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Aardvark 

Abacus 

Abrasives 

Abscess 

Absolute zero 
Abyssal plain 
Acceleration 
Accelerators 
Accretion disk 
Accuracy 

Acetic acid 

Acetone 
Acetylcholine 
Acetylsalicylic acid 
Acid rain 

Acids and bases 
Acne 

Acorn worm 
Acoustics 

Actinides 

Action potential 
Activated complex 
Active galactic nuclei 
Acupressure 
Acupuncture 

ADA (adenosine deaminase) deficiency 
Adaptation 
Addiction 

Addison’s disease 
Addition 

Adenosine diphosphate 
Adenosine triphosphate 
Adhesive 

Adipocere 

Adrenals 

Aerobic 
Aerodynamics 
Aerosols 


Aflatoxin 

Africa 

Age of the universe 
Agent orange 

Aging and death 
Agouti 

Agricultural machines 
Agrochemicals 
Agronomy 

AIDS 

AIDS therapies and vaccines 
Air masses and fronts 
Air pollution 

Aircraft 

Airship 

Albatrosses 

Albedo 

Albinism 

Alchemy 

Alcohol 

Alcoholism 
Aldehydes 

Algae 

Algebra 

Algorithm 

Alkali metals 
Alkaline earth metals 
Alkaloid 

Alkyl group 

Alleles 

Allergy 

Allotrope 

Alloy 

Alluvial systems 
Alpha particle 
Alternate light source analysis 
Alternative energy sources 
Alternative medicine 
Altruism 

Aluminum 
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Aluminum hydroxide 

Alzheimer’s disease 

Amaranth family (Amaranthaceae) 
Amaryllis family (Amaryllidaceae) 


American Standard Code for 
Information Interchange 


Ames test 
Amicable numbers 
Amides 

Amino acid 
Ammonia 
Ammonification 
Amnesia 
Amniocentesis 
Amoeba 
Amphetamines 
Amphibians 
Amplifier 
Amputation 
Anabolism 
Anaerobic 
Analemma 
Analgesia 

Analog signals and digital signals 
Analytic geometry 
Anaphylaxis 
Anatomy 
Anatomy, comparative 
Anchovy 

Anemia 
Anesthesia 
Aneurism 
Angelfish 
Angiography 
Angiosperm 
Angle 

Anglerfish 

Animal 

Animal breeding 
Animal cancer tests 
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Anion 

Anode 

Anoles 

Antarctica 

Antbirds and gnat-eaters 
Anteaters 

Antelopes and gazelles 
Antenna 

Anthrax 
Anthropocentrism 
Anthropometry 
Anti-inflammatory agents 
Antibiotics 
Antibody and antigen 
Anticoagulants 
Anticonvulsants 
Antidepressant drugs 
Antihelmintics 
Antihistamines 
Antimatter 
Antimetabolites 
Antioxidants 
Antiparticle 
Antipsychotic drugs 
Antisepsis 

Antlions 

Ant-pipits 

Ants 

Anxiety 

Apes 

Apgar score 

Aphasia 

Aphids 
Approximation 
Apraxia 

Aqueduct 

Aquifer 

Arachnids 

Arapaima 

Arc 

Arc lamp 
Archaebacteria 
Archaeoastronomy 
Archaeogenetics 
Archaeological mapping 
Archaeological sites 
Archaeology 
Archaeometallurgy 
Archaeometry 
Arithmetic 
Armadillos 

Arrow worms 
Arrowgrass 
Arrowroot 
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Arteries 
Arteriosclerosis 
Arthritis 

Arthropods 
Arthroscopic surgery 


Artifacts and artifact classification 


Artificial fibers 

Artificial heart and heart valve 

Artificial intelligence 

Artificial vision 

Arum family (Araceae) 

Asbestos 

Asexual reproduction 

Asia 

Assembly line 

Asses 

Associative property 

Asteroid 2002AA29 

Asthenosphere 

Asthma 

Astrobiology 

Astroblemes 

Astrolabe 

Astrometry 

Astronomical unit 

Astronomy 

Astrophysics 

Atmosphere, composition and 
structure 

Atmosphere observation 

Atmospheric circulation 

Atmospheric optical phenomena 

Atmospheric pressure 

Atmospheric temperature 

Atomic clock 

Atomic models 

Atomic number 

Atomic spectroscopy 

Atomic theory 

Atomic weight 

Atoms 


Attention-deficit/hyperactivity 
disorder (ADHD) 


Auks 

Australia 

Autism 
Autoimmune disorders 
Automatic pilot 
Automation 
Automobile 
Autopsy 

Autotroph 
Avogadro’s number 
Aye-ayes 
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Babblers 
Baboons 
Bacteria 
Bacteriophage 
Badgers 

Ball bearing 
Ballistic missiles 
Ballistics 
Balloon 
Banana 
Bandicoots 

Bar code 
Barberry 
Barbets 
Barbiturates 
Bariatrics 
Barium 

Barium sulfate 
Bark 

Barley 
Barnacles 
Barometer 
Barracuda 
Barrier islands 
Basin 

Bass 

Basswood 
Bathymetric maps 
Bathysphere 
Bats 

Battery 

Beach nourishment 
Beardworms 
Bears 

Beavers 
Bedrock 
Bee-eaters 
Beech family (Fagaceae) 
Bees 

Beetles 

Beets 

Begonia 
Behavior 
Bennettites 
Benzene 
Benzoic acid 
Bernoulli’s principle 
Beta-blockers 
Big bang theory 
Binary star 
Bindle paper 
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Binocular 

Binomial theorem 

Bioaccumulation 

Bioassay 

Biochemical oxygen demand 

Biochemistry 

Biodegradable substances 

Biodiversity 

Bioenergy 

Biofeedback 

Biofilms 

Bio-flips 

Bioinformatics and computational 
biology 

Biological and biomimetic systems 

Biological community 

Biological rhythms 

Biological warfare 

Biology 

Bioluminescence 

Biomagnification 

Biomass 

Biome 

Biometrics 

Biophysics 

Bioremediation 

Biosphere 

Biosphere Project 

Biotechnology 

Bioterrorism 

Bipolar disorder 

Birch family (Betulaceae) 

Birds 

Birds of paradise 

Birds of prey 

Birth 

Birth defects 

Bison 

Bitterns 

Bivalves 

BL Lacertae object 

Black hole 

Blackbirds 

Blackbody radiation 

Bleach 

Blennies 

Blindness and visual impairments 

Blindsnakes 

Blood 

Blood gas analysis 

Blood supply 

Bloodstain evidence 

Blotting analysis 

Blue revolution (aquaculture) 


Bluebirds 
Boarfish 

Boas 

Bohr model 
Boiling point 
Bond energy 
Bony fish 
Boobies and gannets 
Boolean algebra 
Boric acid 
Botany 
Botulism 
Bowen’s reaction series 
Bowerbirds 
Bowfin 

Boxfish 
Brachiopods 
Brackish 

Brain 
Breathalyzer® 
Brewing 

Brick 

Bridges 
Bristletails 
Brittle star 


Bromeliad family (Bromeliaceae) 


Bronchitis 

Brown dwarf 
Brownian motion 
Brucellosis 
Bryophyte 
Bubonic plague 
Buckminsterfullerene 
Buckthorn 
Buckwheat 

Buds and budding 
Buffer 


Building design/architecture 


Bulbuls 

Bunsen burner 
Buoyancy, principle of 
Buret 

Burn 

Bustards 

Buttercup 

Butterflies 

Butterfly fish 

Butyl group 

Butylated hydroxyanisole 
Butylated hydroxytoluene 
Buzzards 
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Ic 


Cactus 
CAD/CAM/CIM 
Caddisflies 
Caecilians 

Caffeine 

Caisson 

Calcium 

Calcium carbonate 
Calcium oxide 
Calcium propionate 
Calcium sulfate 
Calculator 
Calculus 
Calendars 
Calibration 
Caliper 

Calorie 
Calorimetry 
Camels 

Canal 

Cancel 

Cancer 

Canines 

Cantilever 
Capacitance 
Capacitor 
Capillaries 
Capillary action 
Caprimulgids 
Captive breeding and reintroduction 
Capuchins 
Capybaras 
Carbohydrate 
Carbon 

Carbon cycle 
Carbon dioxide 
Carbon monoxide 
Carbon tetrachloride 
Carbonyl group 
Carboxyl group 
Carboxylic acids 
Carcinogen 
Cardiac cycle 
Cardinal number 
Cardinals and grosbeaks 
Caribou 

Carnivore 
Carnivorous plants 
Carp 

Carpal tunnel syndrome 
Carrier (genetics) 
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Carrot family (Apiaceae) 
Carrying capacity 
Cartesian coordinate plane 
Cartilaginous fish 
Cartography 

Cashew family (Anacardiaceae) 
Cassini spacecraft 
Catabolism 

Catalyst and catalysis 
Catastrophism 

Catfish 

Catheters 

Cathode 

Cathode ray tube 

Cation 

Cats 

Cattails 

Cattle family (Bovidae) 
Cauterization 

Cave 

Cave fish 

Celestial coordinates 
Celestial mechanics 


Celestial sphere: The apparent 
motions of the sun, moon, planets, 
and stars 


Cell 

Cell death 

Cell division 

Cell membrane transport 
Cell staining 

Cell, electrochemical 
Cellular respiration 
Cellular telephone 
Cellulose 

Centipedes 

Centrifuge 

Ceramics 

Cerenkov effect 
Cetaceans 
Chachalacas 
Chameleons 

Chaos 
Charge-coupled device 
Chelate 

Chemical bond 
Chemical evolution 
Chemical oxygen demand 
Chemical reactions 
Chemical warfare 
Chemistry 
Chemoreception 
Chestnut 

Chi-square test 


Chickenpox 
Childhood diseases 
Chimaeras 
Chimpanzees 
Chinchilla 

Chipmunks 

Chitons 

Chlordane 
Chlorinated hydrocarbons 
Chlorination 

Chlorine 
Chlorofluorocarbons (CFCs) 
Chloroform 
Chlorophyll 
Chloroplast 

Cholera 

Cholesterol 

Chordates 

Chorionic villus sampling (CVS) 
Chromatin 
Chromatography 
Chromosomal abnormalities 
Chromosome 
Chromosome mapping 
Cicadas 

Cigarette smoke 

Circle 

Circulatory system 
Circumscribed and inscribed 
Cirrhosis 

Citric acid 

Citrus trees 

Civets 

Climax (ecological) 
Clingfish 

Clipper chip 

Clone and cloning 
Closed curves 

Closure property 
Clouds 

Club mosses 

Coal 

Coast and beach 
Coatis 

Coca 

Cocaine 

Cockatoos 
Cockroaches 

Codeine 

Codfishes 

Codons 

Coefficient 

Coelacanth 

Coffee plant 


Cogeneration 
Cognition 

Cold, common 
Collagen 

Colloid 

Colobus monkeys 
Color 

Color blindness 
Colugos 

Coma 

Combinatorics 
Combustion 

Comet Hale-Bopp 
Comets 
Commensalism 
Community ecology 
Commutative property 
Compact disc 
Competition 
Complementary DNA 
Complex 

Complex numbers 
Composite family (Compositaceae) 
Composite materials 
Composting 
Compound, chemical 
Compton effect 
Compulsion 
Computer, analog 
Computer, digital 
Computer hardware security 
Computer keystroke recorder 
Computer languages 


Computer memory, physical and vir- 
tual memory 


Computer modeling 
Computer software 
Computer software security 
Computer virus 
Computerized axial tomography 
Concentration 

Concrete 

Conditioning 

Condors 

Congenital 

Congruence (triangle) 
Conic sections 

Conifer 

Connective tissue 
Conservation 

Conservation laws 
Constellation 
Constructions 
Contaminated soil 
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Contamination 
Continent 
Continental drift 
Continental margin 
Continental shelf 
Continuity 

Contour plowing 
Contraception 
Convection 
Coordination compound 
Copepods 

Copper 

Coral and coral reef 
Coriolis effect 

Cork 

Corm 

Cormorants 

Corn (maize) 


Coronal ejections and magnetic 
storms 


Correlation (geology) 

Correlation (mathematics) 

Corrosion 

Cosmic background radiation 

Cosmic ray 

Cosmology 

Cotingas 

Cotton 

Coulomb 

Countable 

Coursers and pratincoles 

Courtship 

Coypu 

Crabs 

Crane 

Cranes 

Crayfish 

Crestfish 

Creutzfeldt-Jakob disease 

Crickets 

Crime scene investigation 

Crime scene reconstruction 

Critical habitat 

Crocodiles 

Crop rotation 

Crops 

Cross multiply 

Cross-section 

Crows and jays 

Crustacea 

Cryobiology 

Cryogenics 

Cryptography, encryption, and 
number theory 


Crystal 

Cubic equations 
Cuckoos 

Curare 

Curlews 

Currents 

Curve 

Cushing syndrome 
Cuttlefish 
Cybernetics 
Cycads 

Cyclamate 
Cyclone and anticyclone 
Cyclosporine 
Cyclotron 

Cystic fibrosis 
Cytochrome 
Cytology 


Ib 


Dams 

Damselflies 

Dark matter 
Dating techniques 


DDT (Dichlorodiphenyl- 
trichloroacetic acid) 


Deafness and inherited hearing loss 
Decimal fraction 
Decomposition 
Decontamination methods 
Decryption 

Deer 

Deer mouse 

Deforestation 

Degree 
Dehydroepiandrosterone (DHEA) 
Delta 

Dementia 

Dendrochronology 

Dengue fever 

Denitrification 

Density 

Dentistry 

Deoxyribonucleic acid (DNA) 
Deposit 

Depression 

Depth perception 

Derivative 

Desalination 

Desert 

Desertification 

Determinants 
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Deuterium 
Developmental processes 
Dew point 

Diabetes mellitus 
Diagnosis 

Dialysis 

Diamond 

Diatoms 

Dielectric materials 
Diesel engine 
Diethylstilbestrol (DES) 
Diffraction 
Diffraction grating 
Diffusion 

Digestive system 
Digital recording 
Digitalis 

Dik-diks 

Dinosaur 

Diode 

Dioxin 

Diphtheria 

Dipole 

Direct variation 
Disease 

Dissociation 
Distance 

Distillation 
Distributive property 
Disturbance, ecological 
Diurnal cycles 
Division 

DNA databanks 
DNA fingerprinting 


DNA recognition instruments 


DNA replication 
DNA synthesis 
DNA technology 
DNA vaccine 
Dobsonflies 
Dogwood tree 
Domain 
Donkeys 
Dopamine 
Doppler effect 
Dories 


Dormouse 
Dosimetry 
Double-blind study 
Double helix 
Down syndrome 
Dragonflies 

Drift net 

Drongos 
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Alphabetical List of Entries 


Drosophila melanogaster 
Drought 

Ducks 

Duckweed 

Duikers 

Dune 

Duplication of the cube 
Dust devil 

DVD 

Dwarf antelopes 

Dyes and pigments 
Dysentery 

Dyslexia 

Dysplasia 
Dystrophinopathies 


EF 


e (number) 

Eagles 

Ear 

Earth 

Earth science 
Earthquake 

Earth’s interior 
Earth’s magnetic field 
Earth’s rotation 
Earwigs 

Eating disorders 
Ebola virus 

Ebony 

Echiuroid worms 
Echolocation 
Eclipses 

Ecological economics 
Ecological integrity 
Ecological monitoring 
Ecological productivity 
Ecological pyramids 
Ecology 

Ecosystem 

Ecotone 

Ecotourism 

Edema 

Eel grass 

El Nifio and La Nifia 
Eland 

Elapid snakes 
Elasticity 

Electric arc 

Electric charge 
Electric circuit 
Electric conductor 


xii 


Electric current 
Electric motor 

Electric vehicles 
Electrical conductivity 
Electrical power supply 
Electrical resistance 
Electricity 
Electrocardiogram (ECG) 
Electroencephalogram (EEG) 
Electrolysis 

Electrolyte 
Electromagnetic field 
Electromagnetic induction 
Electromagnetic pulse 
Electromagnetic spectrum 
Electromagnetism 
Electromotive force 
Electron 

Electron cloud 
Electronics 
Electrophoresis 
Electrostatic devices 
Element, chemical 
Element, families of 
Element, transuranium 
Elements, formation of 
Elephant 

Elephant shrews 
Elephant snout fish 
Elephantiasis 

Elevator 

Ellipse 

Elm 

Embiids 

Embolism 

Embryo and embryonic development 
Embryo transfer 
Embryology 

Emission 

Emphysema 

Emulsion 

Encephalitis 
Endangered species 
Endemic 

Endocrine system 
Endoprocta 
Endoscopy 
Endothermic 

Energy 

Energy budgets 

Energy efficiency 
Energy transfer 
Engineering 

Engraving and etching 
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Enterobacteria 
Entropy 
Environmental ethics 
Environmental impact statement 
Enzymatic engineering 
Enzyme 

Epidemic 
Epidemiology 
Epilepsy 

Episomes 
Epstein-Barr virus 
Equation, chemical 
Equilibrium, chemical 
Equinox 

Erosion 

Error 

Escherichia coli 

Ester 

Esterification 

Ethanol 

Ether 
Ethnoarchaeology 
Ethnobotany 

Ethyl group 

Ethylene glycol 
Ethylenediaminetetra-acetic acid 
Etiology 

Eubacteria 

Eugenics 

Eukaryotae 

Europe 
Eutrophication 
Evaporation 
Evapotranspiration 
Even and odd 

Event horizon 
Evolution 

Evolution, convergent 
Evolution, divergent 
Evolution, evidence of 
Evolution, parallel 
Evolutionary change, rate of 
Evolutionary mechanisms 
Excavation methods 
Exclusion principle, Pauli 
Excretory system 
Exercise 

Exocrine glands 
Explosives 

Exponent 

Extinction 

Extrasolar planets 

Eye 


~———— 


Factor 

Factorial 

Falcons 

Faraday effect 

Fat 

Fatty acids 

Fault 

Fauna 

Fax machine 
Feather stars 
Fermentation 
Ferns 

Ferrets 
Fertilization 
Fertilizers 

Fetal alcohol syndrome 
Feynman diagrams 
Fiber optics 
Fibonacci sequence 
Field 

Figurative numbers 
Filtration 

Finches 

Firs 

Fish 

Flagella 

Flame analysis 
Flamingos 

Flatfish 
Flatworms 

Flax 

Fleas 

Flies 

Flightless birds 
Flooding 

Flora 

Flower 

Fluid dynamics 
Fluid mechanics 
Fluorescence 


Fluorescence in situ hybridization 
(FISH) 


Fluorescent light 
Fluoridation 

Flying fish 

Focused ion beam (FIB) 
Fog 

Fold 

Food chain/web 

Food irradiation 

Food poisoning 


Food preservation 
Food pyramid 

Foot and mouth disease 
Force 

Forensic science 
Forestry 

Forests 

Formula, chemical 
Formula, structural 
Fossa 

Fossil and fossilization 
Fossil fuels 

Fractal 

Fraction, common 
Fraunhofer lines 
Freeway 

Frequency 

Freshwater 

Friction 

Frigatebirds 

Frogs 

Frog’s-bit family 
Frostbite 

Fruits 

Fuel cells 

Function 

Fundamental theorems 
Fungi 

Fungicide 


Ic 


Gaia hypothesis 
Galaxy 

Galileo project 

Game theory 

Gamete 
Gametogenesis 
Gamma-ray astronomy 
Gamma ray burst 
Gangrene 

Garpike 

Gases, liquefaction of 
Gases, properties of 
Gazelles 

Gears 

Geckos 

Geese 

Gelatin 

Gene 

Gene chips and microarrays 
Gene mutation 

Gene splicing 
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Gene therapy 

Generator 

Genetic disorders 

Genetic engineering 

Genetic identification of 
microorganisms 

Genetic testing 

Genetically modified foods and 
organisms 

Genetics 

Genets 

Genome 

Genomics (comparative) 

Genotype and phenotype 

Geocentric theory 

Geochemical analysis 

Geochemistry 

Geode 

Geodesic 

Geodesic dome 

Geographic and magnetic poles 

Geologic map 

Geologic time 

Geology 

Geometry 

Geomicrobiology 

Geophysics 

Geospatial imagery 

Geotropism 

Gerbils 

Germ cells and the germ cell line 

Germ theory 

Germination 

Gerontology 

Gesnerias 

Geyser 

Gibbons and siamangs 

Gila monster 

Ginger 

Ginkgo 

Ginseng 

Giraffes and okapi 

GIS 

Glaciers 

Glands 

Glass 

Global climate 

Global Positioning System 

Global warming 

Glycerol 

Glycol 

Glycolysis 

Goats 

Goatsuckers 
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Gobies 
Goldenseal 
Gophers 
Gorillas 


Gourd family (Cucurbitaceae) 


Graft 

Grand unified theory 
Grapes 

Graphs and graphing 
Grasses 

Grasshoppers 
Grasslands 
Gravitational lens 
Gravity and gravitation 
Great Barrier Reef 
Greatest common factor 
Grebes 

Greenhouse effect 
Groundhog 
Groundwater 

Group 

Grouse 

Growth and decay 
Growth hormones 
Guenons 

Guillain-Barre syndrome 
Guinea pigs and cavies 
Guineafowl 

Gulls 

Guppy 

Gutenberg discontinuity 
Gutta percha 
Gymnosperm 
Gynecology 

Gyroscope 


fi 


HS5NI1 

Habitat 
Hagfish 
Half-life 
Halide, organic 
Hall effect 
Halley’s comet 
Hallucinogens 


Halogenated hydrocarbons 


Halogens 

Halosaurs 

Hamsters 

Hand tools 
Hantavirus infections 


xiv 


Hard water 
Harmonics 
Hartebeests 
Hawks 
Hazardous wastes 
Hazel 

Hearing 

Heart 

Heart diseases 


Heart, embryonic development and 


changes at birth 
Heart-lung machine 
Heat 
Heat capacity 
Heat index 
Heat transfer 
Heath family (Ericaceae) 
Hedgehogs 
Heisenberg uncertainty principle 
Heliocentric theory 
Hematology 
Hemoglobin 
Hemophilia 
Hemorrhagic fevers and diseases 
Hemp 
Henna 
Hepatitis 
Herb 
Herbal medicine 
Herbicides 
Herbivore 
Hermaphrodite 
Hernia 
Herons 
Herpetology 
Herrings 
Hertzsprung-Russell diagram 
Heterotroph 
Hibernation 
Himalayas, geology of 
Hippopotamus 
Histamine 
Historical geology 
Hoatzin 
Hodgkin’s disease 
Holly family (Aquifoliaceae) 
Hologram and holography 
Homeostasis 
Honeycreepers 
Honeyeaters 
Hoopoe 
Horizon 
Hormones 
Hornbills 


Horse chestnut 
Horsehair worms 
Horses 

Horseshoe crabs 
Horsetails 

Horticulture 

Hot spot 

Hovercraft 

Hubble Space Telescope 
Human artificial chromosomes 
Human chorionic gonadotropin 
Human cloning 

Human ecology 

Human evolution 
Human Genome Project 
Humidity 
Hummingbirds 

Humus 

Huntington disease 
Hybrid 

Hybrid transportation 
Hydra 

Hydrocarbon 
Hydrocephalus 
Hydrochlorofluorocarbons 
Hydrofoil 

Hydrogen 

Hydrogen chloride 
Hydrogen peroxide 
Hydrogenation 
Hydrologic cycle 
Hydrology 

Hydrolysis 
Hydroponics 
Hydrosphere 
Hydrothermal vents 
Hydrozoa 

Hyena 

Hyperbola 
Hypertension 
Hypothermia 

Hypoxia 

Hyraxes 
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Ibises 

Ice 

Ice age refuges 
Ice ages 
Icebergs 
Iceman 
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Identity element 

Identity property 

Igneous rocks 

Iguanas 

Imaginary number 
Immune system 
Immunology 

Impact crater 

Imprinting 

In vitro and in vivo 

In vitro fertilization (IVF) 
Incandescent light 
Incineration 

Indicator, acid-base 
Indicator species 
Individual 

Indoor air quality 
Industrial minerals 
Industrial Revolution 
Inequality 

Inertial guidance 

Infection 

Infertility 

Infinity 

Inflammation 

Inflection point 

Influenza 

Infrared astronomy 
Infrared detection devices 
Inherited disorders 
Insecticides 

Insectivore 

Insects 

Insomnia 

Instinct 

Insulin 

Integers 

Integral 

Integrated circuit 
Integrated pest management 
Integumentary system 
Interference 

Interferometry 

Interferons 

Internal combustion engine 
International Space Station 
International Ultraviolet Explorer 
Internet and the World Wide Web 
Internet file transfer and tracking 
Internet search engine 
Interstellar matter 

Interval 

Introduced species 
Invariant 


Invasive species 
Invertebrates 

Jon and ionization 
Ion exchange 
Ionizing radiation 
Iris family 

Tron 

Irrational number 
Irrigation 

Island 
Isoantibodies 
Isobars 

Isomer 

Isostasy 

Isotope 

Isotopic analysis 
Isthmus 

Iteration 
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Jacanas 
Jacks 
Jaundice 
Jellyfish 
Jerboas 
Jet engine 
Jet stream 
Juniper 
Jupiter 


Tk 


Kangaroo rats 
Kangaroos and wallabies 
Karst topography 
Karyotype and karyotype analysis 
Kelp forests 

Kepler’s laws 

Keystone species 
Killifish 

Kingfishers 

Kinglets 

Koalas 

Kola 

Korsakoff’s syndrome 
Krebs cycle 


K-T event (Cretaceous-Tertiary 
event) 


Kuiper belt objects 
Kuru 
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Lacewings 

Lactic acid 
Lagomorphs 

Lake 

Lamarckism 
Lampreys and hagfishes 
Land and sea breezes 
Land use 

Landfill 

Landform 

Langurs and leaf-monkeys 
Lantern fish 
Lanthanides 

Larks 

Laryngitis 

Laser 

Laser surgery 
Latitude and longitude 
Laurel family (Lauraceae) 
Laws of motion 

LCD 

Leaching 

Lead 

Leaf 

Leafhoppers 
Learning 

Least common denominator 
Lecithin 

LED 

Legionnaire disease 
Legumes 

Lemmings 

Lemurs 

Lens 

Leprosy 

Leukemia 

Lewis structure 

Lice 

Lichens 

Life history 

Ligand 

Light 

Lightning 

Light-year 

Lilac 

Lily family (Liliaceae) 
Limit 

Limiting factor 
Limpets 

Line, equations of 
Linear algebra 
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Lipid 

Liquid crystals 
Lithium 
Lithography 
Lithosphere 
Lithotripsy 
Liverwort 
Livestock 
Lobsters 
Lock 

Lock and key 
Locus 
Logarithms 
Loons 
LORAN 
Lorises 
Luminescence 
Lungfish 
Lycophytes 
Lyme disease 
Lymphatic system 
Lyrebirds 


Iu 


Macaques 

Mach number 
Machine tools 
Machine vision 
Machines, simple 
Mackerel 

Magic square 
Magma 
Magnesium 
Magnesium sulfate 
Magnetic levitation 


Magnetism 
Magnetosphere 
Magnolia 
Mahogany 
Maidenhair fern 
Malaria 
Malnutrition 
Mammals 
Manakins 
Mangrove tree 
Mania 

Map 

Maples 

Marfan syndrome 
Marijuana 


xvi 


Magnetic recording/audiocassette 
Magnetic resonance imaging (MRI) 


Marlins 


Marmots 
Mars 


Mars Pathfinder 
Marsupial cats 


Marsupials 


Maser 

Mass 

Mass extinction 
Mass number 

Mass production 
Mass spectrometry 
Mass transportation 
Mass wasting 
Mathematics 
Matrix 

Matter 

Maunder minimum 
Maxima and minima 
Mayflies 

Mean 

Median 

Medical genetics 
Meiosis 

Membrane 
Memory 
Mendelian genetics 
Meningitis 
Menopause 
Menstrual cycle 
Mercurous chloride 
Mercury (element) 
Mercury (planet) 
Mesoscopic systems 
Mesozoa 

Metabolic disorders 
Metabolism 

Metal 

Metal detectors 
Metal fatigue 
Metal production 
Metallurgy 
Metamorphic grade 
Metamorphic rock 
Metamorphism 
Metamorphosis 
Meteorology 


Methyl group 
Metric system 


Marmosets and tamarins 


Mars exploration rovers 


Marsupial rats and mice 


Marten, sable, and fisher 


Meteors and meteorites 


Mice 
Michelson-Morley experiment 
Microbial genetics 
Microchip 
Microclimate 
Microorganisms 
Microscope 
Microscopy 
Microtechnology 
Microwave communication 
Migraine headache 
Migration 

Mildew 

Milkweeds 

Milky Way 
Miller-Urey experiment 
Millipedes 

Mimicry 

Mineralogy 

Minerals 

Mining 

Mink 

Minnows 

Minor planets 

Mint family 

Mir Space Station 
Mirrors 

Miscibility 

Mistletoe 

Mites 

Mitochondrial DNA analysis 
Mitosis 

Mixture, chemical 
MoObius strip 
Mockingbirds and thrashers 
Mode 

Modular arithmetic 
Mohs’ scale 

Mold 

Mole 

Molecular biology 
Molecular formula 
Molecular geometry 
Molecular weight 
Molecule 

Mole-rats 

Moles 

Mollusks 
Momentum 
Monarch flycatchers 
Mongooses 

Monitor lizards 
Monkeys 
Monochromatic light 
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Monoculture 

Monomer 

Monosodium glutamate (MSG) 
Monotremes 

Monsoon 

Moon 

Mooneyes 

Moose 

Morphine 

Mosquitoes 

Moss 

Moss animals 

Mossbauer effect 

Moths 

Motion 

Motion pictures 
Moundbuilders 

Mounds, earthen 
Mountains 

Mousebirds 

Mulberry family (Moraceae) 
Multiple personality disorder 
Multiplication 

Murchison meteorite 
Muscle relaxants 

Muscular system 
Mushrooms 

Muskoxen 

Muskrat 

Mustard family (Brassicaceae) 
Mustard gas 

Mutagen 

Mutagenesis 

Mutation 

Mutualism 

Mycorrhiza 

Mycotoxin 

Mynah birds 

Myrtle family (Myrtaceae) 


IN 


Nanotechnology 
Narcotic 

Natural fibers 
Natural gas 

Natural numbers 
Nautical archaeology 
N-body problem 


Near-Earth Object Hazard 
Index 


Nectar 
Negative 


Neptune 
Nerve gas 
Nerve growth factor 


Nerve impulses and conduction of 
impulses 


Nervous system 
Neuromuscular diseases 
Neuron 

Neuroscience 
Neurosurgery 
Neurotransmitter 
Neutralization 

Neutrino 

Neutron 

Neutron activation analysis 
Neutron star 

New World monkeys 
Newton’s laws of motion 
Newts 

Niche 

Nicotine 

Night vision enhancement devices 
ightshade 

itric acid 

itrification 

itrogen 

itrogen cycle 

itrogen fixation 

oise pollution 
on-Euclidean geometry 
onmetal 

on-point source 

orth America 

ova 

ovocain 

uclear fission 

uclear fusion 

uclear magnetic resonance 
uclear medicine 

uclear power 

uclear reactor 

uclear weapons 

uclear winter 

ucleic acid 

ucleon 

ucleus, cellular 

umbat 

umber theory 
umeration systems 

ut 

uthatches 

utmeg 

utrient deficiency diseases 
utrients 
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Nutrition 
Nux vomica tree 


lo 


Oaks 

Obesity 

Obsession 

Ocean 

Ocean basin 

Ocean sunfish 

Ocean zones 
Oceanography 

Octet rule 

Octopus 

Odontology 

Ohm’s law 

Oil spills 

Oil well drilling 
Old-growth forests 
Olive family (Oleaceae) 
Omnivore 

One-to-one correspondence 
Opah 

Open-source software 
Opossums 
Opportunistic species 
Optical data storage 
Optics 

Orangutans 

Orbit 

Orchid family (Orchidaeceae) 
Ordinal number 

Ore 

Organ 

Organelles and subcellular genetics 
Organic farming 
Organism 
Organogenesis 

Organs and organ systems 
Origin of life 

Orioles 

Ornithology 
Orthopedics 

Oryx 

Oscillating reactions 
Oscillations 
Oscilloscope 

Osmosis 

Osmosis (cellular) 
Ossification 
Osteoporosis 

Otter shrews 
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Otters 
Outcrop 


Ovarian cycle and hormonal 
regulation 


Ovenbirds 

Oviparous 
Ovoviviparous 

Owls 

Oxalic acid 
Oxidation state 
Oxidation-reduction reaction 
Oxygen 
Oystercatchers 
Ozone 

Ozone layer depletion 


Ip 


Pacemaker 

Pain 
Paleobotany 
Paleoclimate 
Paleoecology 
Paleomagnetism 
Paleontology 
Paleopathology 
Palindrome 
Palms 
Palynology 
Pandas 
Pangolins 
Papaya 

Paper 

Parabola 
Parallax 
Parallel 
Parallelogram 
Parasites 
Parasitology 
Parity 
Parkinson disease 
Parrots 
Parthenogenesis 
Particle detectors 
Partridges 
Pascal’s triangle 
Passion flower 
Paternity and parentage testing 
Pathogens 
Pathology 

PCR 

Peafowl 

Peanut worms 


XViil 


Peccaries 

Pedigree analysis 
Pelicans 

Penguins 

Peninsula 

Pentyl group 

Peony 

Pepper 

Peptide linkage 

Percent 

Perception 

Perch 

Peregrine falcon 
Perfect numbers 
Performance-enhancing drugs 
Periodic functions 
Periodic table 
Permafrost 
Perpendicular 

Personal digital assistant 
Personal music players 
Pesticides 

Pests 

Petrels and shearwaters 
Petroglyphs and pictographs 
Petroleum 

pH 

Phalangers 
Pharmacogenetics 
Pheasants 

Phenyl group 
Phenylketonuria 
Pheromones 

Phlox 

Phobias 

Phonograph 

Phoronids 

Phosphoric acid 
Phosphorus 
Phosphorus cycle 
Phosphorus removal 
Photic zone 
Photochemistry 
Photocopying 
Photoelectric cell 
Photoelectric effect 
Photogrammetry 
Photographic resolution 
Photography 
Photography, electronic 
Photon 

Photosynthesis 
Phototropism 
Photovoltaic cell 


Phylogeny 

Physical therapy 
Physics 

Physiology 
Physiology, comparative 
Phytoplankton 

Pi 

Pigeons and doves 
Pigs 

Pike 

Piltdown hoax 
Pinecone fish 

Pines 

Pipefish 

Placebo 

Planck’s constant 
Plane 

Plane family 

Planet 

Planet X 

Planetary atmospheres 
Planetary geology 
Planetary nebulae 
Planetary ring systems 
Plankton 

Plant 

Plant breeding 

Plant diseases 

Plant pigment 

Plasma 

Plastic surgery 
Plastics 

Plate tectonics 
Platonic solids 
Platypus 

Plovers 

Pluto 

Pneumonia 

Podcast 

Podiatry 

Point 

Point source 

Poisons and toxins 
Polar coordinates 
Polar ice caps 
Poliomyelitis 

Pollen analysis 
Pollination 

Pollution 

Pollution control 
Polybrominated biphenyls (PBBs) 
Polychlorinated biphenyls (PCBs) 
Polycyclic aromatic hydrocarbons 
Polygons 
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Polyhedron 

Polymer 

Polynomials 

Poppies 

Population growth and control 
(human) 

Population, human 

Porcupines 

Positive number 

Positron emission tomography (PET) 

Postulate 

Potassium aluminum sulfate 

Potassium hydrogen tartrate 

Potassium iodide 

Potassium nitrate 

Potato 

Pottery analysis 

Prairie 

Prairie chicken 

Prairie dog 

Prairie falcon 

Praying mantis 

Precession of the equinoxes 

Precious metals 

Precipitation 

Predator 

Prenatal surgery 

Prescribed burn 

Pressure 

Prey 

Primates 

Prime numbers 

Primroses 

Printing 

Prions 

Prism 

Probability theory 

Proboscis monkey 

Projective geometry 

Prokaryote 

Pronghorn 

Proof 

Propyl group 

Prosimians 

Prosthetics 

Proteas 

Protected area 

Proteins 

Proteomics 

Protista 

Proton 

Protozoa 

Psychiatry 

Psychoanalysis 


Psychology 
Psychometry 
Psychosis 
Psychosurgery 
Puberty 

Puffbirds 

Puffer fish 

Pulsar 

Punctuated equilibrium 
Pyramid 
Pythagorean theorem 
Pythons 


Lo 


Quadrilateral 

Quail 

Qualitative analysis 
Quantitative analysis 
Quantum computing 
Quantum electrodynamics (QED) 
Quantum mechanics 
Quantum number 
Quarks 

Quasar 

Quetzal 

Quinine 


Er 


Rabies 

Raccoons 

Radar 

Radial keratotomy 
Radiation 
Radiation detectors 
Radiation exposure 
Radical (atomic) 
Radical (math) 
Radio 

Radio astronomy 
Radio waves 
Radioactive dating 
Radioactive decay 
Radioactive fallout 
Radioactive pollution 
Radioactive tracers 
Radioactive waste 
Radioisotopes in medicine 
Radiology 

Radon 
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Rails 

Rainbows 
Rainforest 

Random 

Rangeland 

Raptors 

Rare gases 

Rare genotype advantage 
Rate 

Ratio 

Rational number 
Rationalization 
Rats 

Rayleigh scattering 
Rays 

Real numbers 
Reciprocal 
Recombinant DNA 
Rectangle 
Recycling 

Red giant star 

Red tide 

Redshift 
Reflections 

Reflex 

Refrigerated trucks and railway cars 
Rehabilitation 
Reinforcement, positive and negative 
Relation 

Relativity, general 
Relativity, special 
Remote sensing 
Reproductive system 
Reproductive toxicant 
Reptiles 

Resins 

Resonance 
Resources, natural 
Respiration 
Respiration, cellular 
Respirator 
Respiratory diseases 
Respiratory system 
Restoration ecology 
Retrograde motion 
Retrovirus 

Reye’s syndrome 
Rh factor 

Rhesus monkeys 
Rheumatic fever 
Rhinoceros 
Rhizome 

Rhubarb 

Ribbon worms 


xix 
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Ribonuclease 
Ribonucleic acid (RNA) 
Ribosomes 

Rice 

Ricin 

Rickettsia 

Rigor mortis 

Rivers 

RNA function 
RNA splicing 
Robins 

Robotic vehicles 
Robotics 

Rockets and missiles 
Rocks 

Rodents 

Rollers 

Root system 

Rose family (Rosaceae) 
Rotation 
Roundworms 
Rumination 

Rushes 

Rusts and smuts 


[s 


Saiga antelope 
Salamanders 
Saliva 

Salmon 
Salmonella 

Salt 

Saltwater 
Sample 

Sand 

Sand dollars 
Sandfish 
Sandpipers 
Sapodilla tree 
Sardines 

Sarin gas 
Satellite 

Saturn 

Savanna 

Savant 

Sawfish 
Saxifrage family 
Scalar 

Scale insects 
Scanners, digital 
Scanning electron microscopy 
Scarlet fever 


xX 


Scavenger 
Schizophrenia 
Scientific method 
Scorpion flies 
Scorpionfish 
Screamers 
Screwpines 
Sculpins 

Sea anemones 

Sea cucumbers 
Sea level 

Sea lily 

Sea lions 

Sea moths 

Sea spiders 

Sea squirts and salps 
Sea urchins 
Seahorses 

Seals 

Seamounts 
Seasonal winds 
Seasons 
Secondary pollutants 
Secretary bird 
Secretor 

Sedges 

Sediment and sedimentation 
Sedimentary environment 
Sedimentary rock 
Seed ferns 

Seeds 

Segmented worms 
Seismograph 
Selection 
Sequences 
Sequencing 
Sequoia 

Serology 
Servomechanisms 
Sesame 

Set theory 

SETI 


Severe acute respiratory syndrome 
(SARS) 


Sewage treatment 

Sewing machine 

Sex change 

Sex determination 

Sextant 

Sexual dimorphism 

Sexual reproduction 
Sexually transmitted diseases 
Sharks 

Sheep 


Shell midden analysis 
Shingles 

Shore birds 
Shoreline protection 
Shotgun cloning 
Shrews 

Shrikes 

Shrimp 

Sickle cell anemia 
Sieve of Eratosthenes 
Silicon 

Silk cotton family (Bombacaceae) 
Sinkholes 

Skates 

Skeletal analysis 
Skeletal system 
Skinks 

Skuas 

Skunks 
Slash-and-burn agriculture 
Sleep 

Sleep disorders 
Sleeping sickness 
Slime molds 

Sloths 

Slugs 

Smallpox 

Smallpox vaccine 
Smell 

Smog 

Snails 

Snakeflies 

Snakes 

Snapdragon family 
Soap 

Sociobiology 
Sodium 

Sodium benzoate 
Sodium bicarbonate 
Sodium carbonate 
Sodium chloride 
Sodium hydroxide 
Sodium hypochlorite 
Soil 

Soil conservation 
Solar activity cycle 
Solar flare 


Solar illumination: Seasonal and 
diurnal patterns 


Solar prominence 

Solar system 

Solar wind 

Solder and soldering iron 
Solstice 
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Solubility 

Solution 

Solution of equation 
SONAR 

Song birds 
Sonoluminescence 
Sorghum 

Sound waves 

South America 
Soybean 

Space 

Space probe 

Space shuttle 
Spacecraft, manned 
Sparrows and buntings 
Species 

Spectral classification of stars 
Spectral lines 
Spectroscope 
Spectroscopy 
Spectrum 

Speech 

Sphere 

Spider monkeys 
Spiderwort family 
Spin of subatomic particles 
Spina bifida 

Spinach 

Spiny anteaters 

Spiny eels 
Spiny-headed worms 
Spiral 

Spirometer 

Split-brain functioning 
Sponges 

Spontaneous generation 
Spore 

Springtails 

Spruce 

Spurge family 

Square 

Square root 

Squid 

Squirrel fish 

Squirrels 

Stalactites and stalagmites 
Standard Model 

Star 

Star cluster 

Star formation 
Starburst galaxy 
Starfish 

Starlings 

States of matter 


Statistical mechanics 
Statistics 

Steady-state theory 
Stealth technology 
Steam engine 

Steam pressure sterilizer 
Stearic acid 

Steel 

Steganography 

Stellar evolution 

Stellar magnetic fields 
Stellar magnitudes 
Stellar populations 
Stellar structure 

Stellar wind 

Stem cells 
Stereochemistry 
Sticklebacks 

Stilts and avocets 
Stimulus 

Stone and masonry 
Stoneflies 

Storks 

Storm 

Storm surge 

Strata 

Stratigraphy 
Stratigraphy (archaeology) 
Stream capacity and competence 


Stream valleys, channels, and 
floodplains 


Strepsiptera 

Stress 

Stress, ecological 
String theory 
Stroke 
Stromatolite 
Sturgeons 
Subatomic particles 
Sublimation 
Submarine 
Subsidence 
Subsurface detection 
Subtraction 
Succession 

Suckers 

Sudden infant death syndrome (SIDS) 
Sugar beet 
Sugarcane 

Sulfur 

Sulfur cycle 

Sulfur dioxide 
Sulfuric acid 

Sun 
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Sunbirds 

Sunspots 

Superclusters 
Superconductor 
Supernova 

Surface tension 

Surgery 

Surveying instruments 
Survival of the fittest 
Sustainable development 
Swallows and martins 
Swamp cypress family (Taxodiaceae) 
Swamp eels 

Swans 

Sweet gale family (Myricaceae) 
Sweet potato 

Swifts 

Swordfish 

Symbiosis 

Symbol, chemical 
Symbolic logic 
Symmetry 

Synapse 

Syndrome 

Synthesis, chemical 
Synthesizer, music 
Synthesizer, voice 
Systematics 

Systems of equations 


————— 


T cells 
Tabun 
Tanagers 
Taphonomy 
Tapirs 
Tarpons 
Tarsiers 
Tartaric acid 
Taser 
Tasmanian devil 
Taste 
Taxonomy 
Tay-Sachs disease 
Tea plant 
Tectonics 
Telegraph 
Telemetry 
Telephone 
Telescope 
Television 
Temperature 


xxi 
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Temperature regulation 
Tenrecs 

Teratogen 

Term 

Termites 

Terns 

Terracing 
Territoriality 
Tetanus 
Tetrahedron 
Textiles 
Thalidomide 
Thanatology 
Theorem 

Thermal expansion 
Thermochemistry 
Thermocouple 
Thermodynamics 
Thermometer 
Thermostat 

Thistle 

Thoracic surgery 
Thrips 

Thrombosis 
Thrushes 
Thunderstorm 
Tides 

Time 

Tinamous 

Tissue 

Tit family 
Titanium 

Toadfish 

Toads 

Tomato family 
Tongue worms 
Tonsillitis 
Topology 

Tornado 

Torque 

Torus 

Total solar irradiance 
Toucans 

Touch 

Towers of Hanoi 
Toxic shock syndrome 
Toxicology 

Trace elements 
Tragopans 

Trains and railroads 
Tranquilizers 
Transcendental numbers 
Transducer 
Transformer 


xxii 


Transgenics 
Transistor 
Transitive 
Translations 
Transpiration 
Transplant, surgical 
Trapezoid 

Tree 

Tree shrews 
Trichinosis 
Triggerfish 
Triglycerides 
Trigonometry 
Tritium 

Trogons 
Trophic levels 
Tropic birds 
Tropical cyclone 
Tropical diseases 
Trout-perch 
True bugs 

True eels 

True flies 
Trumpetfish 
Tsunami 
Tuatara lizard 
Tuber 
Tuberculosis 
Tularemia 
Tumbleweed 
Tumor 

Tuna 

Tundra 
Tunneling 
Turacos 

Turbine 
Turbulence 
Turkeys 

Turner syndrome 
Turtles 

Typhoid fever 
Typhus 
Tyrannosaurus rex 
Tyrant flycatchers 


Eu 


Ulcers 

Ultracentrifuge 
Ultrasonics 

Ultraviolet astronomy 
Unconformity 
Underwater exploration 


ngulates 
niformitarianism 
Jnits and standards 
plift 

pwelling 

ranium 

ranus 

rea 


eqqcaacccqcacd 


rology 


Iv 


Vaccine 

Vacuum 

Vacuum tube 
Valence 

Van Allen belts 
Van der Waals forces 
Vapor pressure 
Variable 

Variable stars 
Variance 

Varicella zoster virus 
Variola virus 
Vegetables 

Veins 

Velocity 

Venus 

Verbena family (Verbenaceae) 
Vertebrates 

Video recording 
Viking project 
Violet family (Violaceae) 
Vipers 

Viral genetics 
Vireos 

Virtual particles 
Virtual reality 
Virus 

Viscosity 

Vision 

Vision disorders 
Vitamin 

Viviparity 
Vivisection 
Volatility 

Volcano 

Voles 

Volume 

Voyager spacecraft 
Vulcanization 
Vultures 

VX agent 
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Iw 


Wagtails and pipits 

Walkingsticks 

Walnut family 

Walruses 

Warblers 

Wasps 

Waste management 

Waste, toxic 

Water 

Water bears 

Water conservation 

Water lilies 

Water microbiology 

Water pollution 

Water treatment 

Waterbuck 

Watershed 

Waterwheel 

Wave motion 

Waxbills 

Waxwings 

Weapon-grade plutonium and 
uranium, tracking 

Weapons of mass 
destruction 


Weasels 

Weather 

Weather forecasting 
Weather mapping 


Weather modification 
Weathering 

Weavers 

Weevils 

Welding 

West Nile virus 
Wetlands 

Wheat 

Whisk fern 

White dwarf 
White-eyes 
Whooping cough 
Wild type 

Wildfire 

Wildlife 

Wildlife trade (illegal) 
Willow family (Salicaceae) 
Wind 

Wind chill 

Wind shear 
Wintergreen 

Wireless communications 
Wolverine 

Wombats 

Wood 

Woodpeckers 

Woolly mammoth 
Work 

Wrens 
Wren-warblers 
Wrynecks 
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Ix 


X-ray astronomy 
X-ray crystallography 
X rays 

Xenogamy 

Xylotomy 


Yam 

Yeast 
Yellow fever 
Yew 


Yttrium 


Iz 


Zebras 

Zero 
Zodiacal light 
Zoonoses 


Zooplankton 


Xxill 
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ORGANIZATION OF THE ENCYCLOPEDIA 


The Gale Encyclopedia of Science, Fourth Edition 
has been designed with ease of use and ready reference 
in mind. 

* Entries are alphabetically arranged across six vol- 


umes, in a single sequence, rather than by scientific 
field 


* Length of entries varies from short definitions of one 
or two paragraphs, to longer, more detailed entries 
on more complex subjects. 


* Longer entries are arranged so that an overview of 
the subject appears first, followed by a detailed dis- 
cussion conveniently arranged under subheadings. 


* A list of key terms is provided where appropriate to 
define unfamiliar terms or concepts. 
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* Longer entries conclude with a “Resources” section, 
which points readers to other helpful materials 
(including books, periodicals, and Web sites). 


*The author’s name appears at the end of longer 
entries. His or her affiliation can be found in the 
“Contributors” section at the front of each volume. 


* “See also” references appear at the end of entries to 
point readers to related entries. 


* Cross references placed throughout the encyclopedia 
direct readers to where information on subjects with- 
out their own entries can be found. 


*A comprehensive, two-level General Index guides 
readers to all topics, illustrations, tables, and persons 
mentioned in the book. 


XXV 


INTRODUCTION 


The Gale Encyclopedia of Science (GES) is 
devoted to providing younger students and general 
readers with a foundation upon which to build an 
understanding of modern science. 

Although as expansive and inclusive as size 
allows, any encyclopedia devoted to science can only 
hope to wade a bit along the shore of a vast ocean of 
knowledge. For that reason, GES topics are carefully 
selected to present fundamental information in key 
areas across the science curriculum and to provide 
essential information for topics related to current 
events and issues. For example, the entries in this 
book were also specifically chosen to reflect the diver- 
sity of environmental issues facing present and future 
generations. 

GES entries are designed to instruct, challenge, 
and excite less-experienced students, while providing 
a solid foundation and reference for students prepar- 
ing for more specialized studies in science. The articles 
in GES are meant to be understandable by anyone 
with a curiosity about science or scientific thought, 
or an area of science in which they may not have a 
depth of knowledge. 

GES relies on a talented and globally diverse 
group of expert contributors. Written by scientists, 
physicians, teachers, and specialized science writers, 
every effort has been taken to explain scientific con- 
cepts clearly and simply, without sacrifice of funda- 
mental accuracy. While some topics remain 
challenging, there is a dedicated emphasis toward pre- 
senting information that enhances and fosters critical 
thinking about issues related to science, technology, 
and ethics. 


IMPORTANT UPDATES 


Science and news never stops, and after this revi- 
sion of GES went to press developments continue to 
evolve some topics. For example: In April 2007, 
NASA announced its conclusion that an errant com- 
puter command resulted in the November 2006 fatal 


GALE ENCYCLOPEDIA OF SCIENCE 4 


malfunction to the Mars Global Surveyor probe that 
ended its already extended scientific mission after col- 
lecting more than 240,000 photographs. Such events, 
however, do not greatly impact the value of the fun- 
damental information offered in GES articles. 
Especially with regard to topics in medicine or health, 
readers must always consult their personal health care 
provider to ensure that they have the latest informa- 
tion that applies to their individual needs. 


One event that occurred after GES went to press is 
so significant that the editors desire to offer an update 
in this introduction. 


At a press conference in Paris in February 2007, 
Intergovernmental Panel on Climate Change (IPCC) 
scientists offered landmark consensus that strong sci- 
entific evidence supports the assertion that “most of 
the observed increase” in global warming is due to 
observed increases in greenhouse gases contributed 
by human (anthropogenic) activity. The report find- 
ings instantly fueled global debate on how to respond 
to the report’s ominous predictions regarding climate 
change. 


The IPCC panel described progress in under- 
standing both the natural and human impacts on cli- 
mate change, including data related to observed 
climate change, the methods involved in the scientific 
study of climate processes, and estimates of projected 
future climate change. The report expanded upon 
prior IPCC reports and incorporated new data and 
findings discovered since the last report in 2001. 


The IPCC working group members also assert 
that there is a much higher confidence in their predic- 
tions regarding future climate change. Accordingly, 
the report’s findings are issued with increased cer- 
tainty regarding assessments and predictions. 


* Older IPCC reports stated that satellite measure- 
ments of global warming did not agree with surface 
measurements. The latest report, however, asserts 
that this discrepancy has been reconciled and that 


XXVii 


Introduction 


“warming of the climate system is unequivocal” 
(undisputable). 

* Prior IPCC reports asserted that human activity was 
only “likely” to be driving global warming. The new 
report states there is “very high confidence” (more 
than 90% probability) that human activity is driving 
global warming. 


New data gathered since the last report show that 
losses from the ice sheets of Greenland and 
Antarctica have “very likely contributed to sea level 
rise.” The new report also contains (for the first time) 
detailed regional predictions, such as that the western 
USS. will be 9°F (5°C) warmer by 2100. 


While the 2001 IPCC report did not address the 
question of how sensitive the climate is to the amount 
of CO? in the atmosphere, the 2007 report does assert 
that for each doubling of CO’, global average tem- 
perature will warm 5.4°F (3°C). 


The latest report also revises prior predictions of the 
rise in global average temperature by 2100 from 2.5— 
10.4°F (1.4-5.8°C) to 2-11.5°F(1.1-6.4°C). 

The 2001 IPCC report predicted 3.5—34.6 inches (9— 
88 cm) rise in sea levels by 2100—but the current 
report predicts a rise of 7.1 to 23.2 inches (18-59 
cm) in sea levels. 


Although predictions of the maximum possible 
increase in sea levels have actually lowered, scientists 
and politicians agree that the increase in the mini- 
mum expected rise is much more dire because even at 
the minimum levels there will be profound social and 
economic ramifications for global humanity. 


As dire as the latest sea level rise prediction might 
be, some scientists have already challenged the 
estimates as too optimistic. For example, the IPCC 
working group did not consider data gathered after 
December 2005, but according reports published in 
the scientific journal Nature, “Greenland is losing ice 
at an ever-increasing rate.” If confirmed, scientists 
argue that this 2006 data would further raise estimates 
of expected increases on sea levels. In addition, a paper 
published in Science the day before the IPCC’s press 
conference reported that sea levels have risen since 
2001 at the maximum or uppermost rate predicted in 
the 2001 IPCC report. 
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ESSENTIAL FEATURES OF GES 


Because less-experienced student and readers may 
not be familiar with the traditional divisions of sci- 
ence, entries are arranged alphabetically. See also 
references at the end of entries alert the readers to 
related entries across the set that may provide addi- 
tional resources or insights each topic. 


Longer entries are signed by individual contribu- 
tors, and every effort has been made to present a bal- 
anced and accessible list of additional resource items 
for many topics. 


Color illustrations and graphics are included 
throughout the book where they might stimulate inter- 
est or understanding. 
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] one of Africa’s strangest animals. Despite superficial 
Aardvark appearances, aardvarks are not classified as true 
anteaters; they have no close relatives and are the 


only living species of the order Tubulidentata and 
family Orycteropodidae. Aardvarks are large, pig-like 


Aardvarks (Orycteropus afer) are nocturnal, 
secretive, termite- and ant-eating mammals, and are 


An immature aardvark standing in the grass. (Eric & David Hosking. The National Audubon Society Collection/Photo Researchers, Inc.) 
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Abacus 


animals weighing from 88-143 Ib (40-65 kg) and meas- 
uring nearly 6 ft (1.8 m) from nose to tip of tail. They 
have an arched, brownish-gray, almost hairless body 
with a tapering pig-like snout at one end and a long 
tapering tail at the other. Their legs are powerful and 
equipped with long, strong claws for digging. The first 
white settlers in South Africa named these peculiar 
animals aardvarks, which means earth pigs in 
Afrikaans. 


Aardvarks are found throughout Africa south of 
the Sahara Desert. They spend the daylight hours in 
burrows and forage for food at night. Fleshy tentacles 
around the nostrils may be chemical receptors that 
help locate prey. Grunting, shuffling, and occasionally 
pressing their nose to the ground, aardvarks zigzag 
about in search of insects. Termites are their favorite 
food. Using powerful limbs and claws, aardvarks tear 
apart concrete-hard termite mounds and lick up the 
inhabitants with their sticky, foot-long tongues. 
Aardvarks also eat ants, locusts, and the fruit of wild 
gourds. Adapted for eating termites and ants, the teeth 
of aardvarks are found only in the cheeks, and have 
almost no enamel or roots. 


Female aardvarks bear one offspring per year. A 
young aardvark weighs approximately 4 Ib (2 kg) 
when born and is moved to a new burrow by its 
mother about every eight days. After two weeks the 
young aardvark accompanies its mother as she for- 
ages, and after about six months it can dig its own 
burrow. 


Hyenas, lions, cheetahs, wild dogs, and humans 
prey on aardvarks. Pythons occasionally enter aard- 
vark burrows and may eat the young. Many Africans 
regard aardvark meat as a delicacy, and some parts of 
the animal are valued by many tribes for their sup- 
posed magical powers. If caught in the open, aard- 
varks leap and bound away with surprising speed; if 
cornered, they roll over and lash out with their clawed 
feet. An aardvark’s best defense is digging, which it 
does with astonishing speed even in sun-baked, rock- 
hard soil. In fact, aardvarks can penetrate soft earth 
faster than several men digging frantically with 
shovels. 


Since aardvarks have a specialized diet, they are 
vulnerable to habitat disturbances. They are widely 
distributed in sub-Saharan Africa, but their numbers 
in each area are small. There are no known conserva- 
tion efforts directed specifically at aardvarks, but they 
do occur in most large national parks and other con- 
servation areas in Africa. 


l Abacus 


The abacus is an ancient calculating machine. 
This simple apparatus is about 5,000 years old and is 
thought to have originated in Babylon. As the con- 
cepts of zero and Arabic number notation became 
widespread, basic math functions became simpler, 
and the use of the abacus diminished. Most of the 
world employs adding machines, calculators, and 
computers for mathematical calculations, but today 
Japan, China, the Middle East, and Russia still use the 
abacus, and school children in these countries are 
often taught to use the abacus. In China, the abacus 
is called a suan pan, meaning counting tray. In Japan 
the abacus is called a soroban. The Japanese have 
yearly examinations and competitions in computa- 
tions on the soroban. 


Before the invention of counting machines, people 
used their fingers and toes, made marks in mud or 
sand, put notches in bones and wood, or used stones 
to count, calculate, and keep track of quantities. The 
first abaci were shallow trays filled with a layer of fine 
sand or dust. Number symbols were marked and 
erased easily with a finger. Some scientists think that 
the term abacus comes from the Semitic word for dust, 
abq. 


A modern abacus is made of wood or plastic. It is 
rectangular, often about the size of a shoe-box lid. 
Within the rectangle, there are at least nine vertical 
rods strung with movable beads. The abacus is based 
on the decimal system. Each rod represents columns of 
written numbers. For example, starting from the right 
and moving left, the first rod represents ones, the 
second rod represents tens, the third rod represents 
hundreds, and so forth. A horizontal crossbar is per- 
pendicular to the rods, separating the abacus into two 
unequal parts. The moveable beads are located either 
above or below the crossbar. Beads above the crossbar 
are called heaven beads, and beads below are called 
earth beads. Each heaven bead has a value of five units 
and each earth bead has a value of one unit. A Chinese 
suan pan has two heaven and five earth beads, and the 
Japanese soroban has one heaven and four earth 
beads. These two abaci are slightly different from 
one another, but they are manipulated and used in 
the same manner. The Russian version of the abacus 
has many horizontal rods with moveable, undivided 
beads, nine to a column. 


To operate, the soroban or suan pan is placed flat, 
and all the beads are pushed to the outer edges, away 
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Enter 32. Numbers are entered by 
moving beads toward the crossbar. 


Add 7 to get 39. 


Add 1. All five earth beads on 
the first rod are now used.... 


Cancel the section by moving 
the beads away from the 
crossbar and moving one 
heaven bead down. Now 

both heaven beads are used.... 


Cancel the two heaven beads 
by moving them away from 

the crossbar and moving up one 
earth bead on the next rod. 

The abacus now reads 40. 


An example of addition on a suan pan. The heaven beads 
have five times the value of the Earth beads below them. 
(Hans & Cassidy. Courtesy of Gale Group.) 


from the crossbar. Usually the heaven beads are moved 
with the forefinger and the earth beads are moved with 
the thumb. For the number one, one earth bead would 
be pushed up to the crossbar. Number two would 
require two earth beads. For number five, only one 
heaven bead would to be pushed to the crossbar. The 
number six would require one heaven (five units) plus 
one earth (one unit) bead. The number 24 would use 
four earth beads on the first rod and two earth beads on 
the second rod. The number 26 then, would use one 
heaven and one earth bead on the first rod, and two 
earth beads on the second rod. Addition, subtraction, 
multiplication, and division can be performed on an 
abacus. Advanced abacus users can do lengthy multi- 
plication and division problems, and even find the 
square root or cube root of any number. 


See also Arithmetic; Mathematics. 
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Heaven beads 


ae] 
fav} 
Oo 
a 
Ss 
= 
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uw 


Billions 

Hundred Millions 
Ten Millions 

Millions 

Hundred Thousands 
Ten Thousands 
Thousands 
Hundreds 


A Chinese abacus called a suan pan (reckoning board). (Hans 
& Cassidy. Courtesy of Gale Group.) 


| Abrasives 


Abrasive materials are hard crystals that occur 
naturally or are manufactured. The most commonly 
used of such materials are aluminum oxide, silicon 
carbide, cubic boron nitride, and diamond. Other 
materials, such as garnet, zirconia, glass, emery, pum- 
ice, and even walnut shells, are used for special 
applications. 


Abrasives have several general uses. The first 
application is the cleaning of surfaces and the coarse 
removal of excess material, such as rough off-hand 
grinding in foundries. Secondly, abrasives are valuable 
in shaping other materials, as in form grinding and 
tool sharpening. Abrasives are also used to alter the 
size of materials, primarily in precision grinding. 
Finally, abrasives are important in separating sections 
of material, such as in cut-off or slicing operations. 


Abrasives are used in metalworking because their 
grains can penetrate even the hardest metals and 
alloys. However, their hardness also makes them suit- 
able for working with such other hard materials as 
stone, glass, and certain types of plastics. Abrasives 
are also used with relatively soft materials including 
wood and rubber, because their use permits high stock 


SOAISRAGY 


Abrasives 


Common industrial abrasives 


Abrasive Used for 


aluminum oxide grinding plain and alloyed steel in a soft or 


hardened condition 

cast iron, nonferrous metals, and nonmetallic 
materials 

grinding cemented carbides, and for grinding 
glass, ceramics, and hardened tool steel 
grinding hardened steels and wear-resistant 
superalloys 


silicon carbide 


diamond 


cubic boron nitrate 


Table 1. Common Industrial Abrasives. (Thomson Gale.) 


Mohs hardnesses of selected materials 


Abrasive Mohs hardness 


wax (0 deg C) 0.2 
graphite 0.5 to 1 
talc 4 
copper 2.5 to 3 
gypsum 2 
aluminum 2to2.9 
gold 2.5 to 3 
silver 2.5 to 4 
calcite 3 

brass 3to4 
fluorite 4 

glass 4.5 to 6.5 
asbestos 

apatite 

steel 

cerium oxide 

orthoclase 

vitreous silica 

beryl 

quartz 

topaz 

aluminum oxide 

silicon carbide (beta type) 

boron carbide 

boron 

diamond 


Table 2. Mohs Hardnesses of Selected Materials. (Thomson 
Gale.) 


removal, long-lasting cutting ability, good form con- 
trol, and fine finishing. 


Manufactured abrasives such as silicon carbide 
and aluminum oxide have largely replaced natural 


abrasives. Synthetic diamonds have nearly supplanted 
by natural diamonds. The success of manufactured 
abrasives arises from their superior, controllable prop- 
erties as well as their dependable uniformity. 


Both silicon carbide and aluminum oxide abra- 
sives are very hard and brittle, and as a result they tend 
to form sharp edges. These edges help the abrasive to 
penetrate the work material and reduce the amount of 
heat generated during the abrasion. This type of abra- 
sive is used in precision and finish grinding. Tough 
abrasives, which resist fracture and last longer, are 
used for rough grinding. 


Industrial abrasives are used in three basic forms. 
They can be bonded to form solid tools such as grind- 
ing wheels, cylinders, rings, cups, segments, or sticks. 
Secondly, they can be applied as a coating on backings 
made of paper or cloth in the form of sheets (such as 
sandpaper), strips, or belts. Finally, abrasives can be 
unfixed in some liquid or solid carrier as for polishing 
or tumbling, or propelled by force of air or water 
pressure against a work surface (such as sandblasting 
for buildings). 


One industrial use of abrasives is in construction. 
The ability to cut through material such as concrete 
requires abrasives such as synthetic diamond, which is 
incorporated into a cutting wheel. 


Abrasion most frequently results from scratching 
a surface. As a general rule, a substance is only seri- 
ously scratched by a material that is harder than itself. 
This is the basis for the Mohs scale of hardness in 
which materials are ranked according to their ability 
to scratch materials of lesser hardness. 


During abrasion, abrasive particles first penetrate 
the abraded material and then cause a tearing off of 
particles from the abraded surface. The ease with 
which the abrasive particles dig into the surface 
depends on the hardness of the abraded surface. The 
ease with which the deformed surface is torn off 
depends on the strength and, in some cases, on the 
toughness of the material. Hardness is usually the 
most important factor determining a material’s resist- 
ance to abrasion. 


When two surfaces move across each other, peaks 
of microscopic irregularities must either shift position, 
increase in hardness, or break. If local stresses are 
sufficiently great, failure of a tiny volume of abraded 
material will result, and a small particle will be 
detached. This type of abrasion occurs regardless of 
whether contact of the two surfaces is due to sliding, 
rolling, or impact. 
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Some forms of abrasion involve little or no 
impact, but in others the energy of impact is a deciding 
factor in determining the effectiveness of the abrasive. 
Brittle materials, for example, tend to shatter when 
impacted, and their abrasion may resemble erosion 
more than fracture. 


See also Crystal. 
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| Abscess 


An abscess is a circumscribed collection of pus 
usually caused by microorganisms. Abscesses can 
occur anywhere in the body—in hard or soft tissue, 
organs or confined spaces. Due to their fluid content, 
abscesses can assume various shapes. Their internal 
pressure can cause compression and displacement of 
surrounding tissue, resulting in pain. An abscess is 
part of the body’s natural defense mechanism; it local- 
izes infection to prevent the spread of pathogens 
(infectious organisms). 


Microorganisms causing an abscess may enter 
tissue following penetration (e.g., a cut or puncture) 
with an unsterile object or be spread from an adjacent 
infection. These microorganisms also are disseminated 
by the lymph and circulatory systems. Less frequently, 
parasitic organisms can cause an abscesses in affected 
areas of the skin or in organs. 


Abscesses are more likely to occur if the urinary, 
biliary, respiratory, or immune systems have impaired 
function. A foreign object such as a splinter or stitch 
can predispose an area to an abscess. The body’s 
inflammatory response mechanism reacts to trauma. 
The area involved has increased blood flow; leuko- 
cytes (mostly neutrophils) and exudates (fluid, typi- 
cally serum and cellular debris) escape from blood 
vessels at the early stage of inflammation and collect 
in any available space. Neutrophils release enzymes 
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An amoebic abscess caused by Entameoba histolytica. 
(Phototake (CN) /Phototake NYC.) 


that are thought to help establish the abscess cavity. 
The exudate attracts water, causing swelling in the 
affected area. Usually, the body removes various exu- 
dates with its circulatory and lymphatic systems. 
When the body’s immune response is altered by dis- 
ease, extreme fatigue, or other predisposing factors as 
mentioned above, resolution of the inflamed area is 
slow to occur. If the affected area does not heal prop- 
erly, an abscess can form. 


Symptoms of an abscess vary according to loca- 
tion. Fever and pain can be present, while dysfunction 
of an organ system sometimes is the symptom. An 
abscess can rupture and drain to the outside of the 
body or into surrounding tissue where the fluid and 
debris can be reabsorbed into the blood stream. 
Occasionally, surgical drainage or antibiotics are 
needed to resolve an abscess. 


See also Immune system. 


Absolute dating see Dating techniques 
Absolute temperature see Temperature 


| Absolute zero 


Absolute zero, 0 degrees Kelvin (K), —459.67°F, 
or —273.15°C, is the minimum possible temperature: 
the state in which all motion of particles in a substance 
is at a minimum. It is also referred to as the temper- 
ature at which pressure is zero. Equivalently, when the 
entropy of a substance has been reduced to zero, the 
substance is at absolute zero. 


The third law of thermodynamics dictates that 
absolute zero can never be achieved. The law states 
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Absolute zero 


that the entropy of a perfect crystal is zero at absolute 
zero. If the particles comprising a substance are not 
ordered as a perfect crystal, then their entropy cannot 
be zero. At any temperature above zero, however, 
imperfections in the crystal lattice will be present 
(induced by thermal motion), and to remove them 
requires compensatory motion, which itself leaves a 
residue of imperfection. Another way of stating this 
dilemma is that as the temperature of a substance 
approaches absolute zero, it becomes increasingly 
more difficult to remove heat from the substance 
while decreasing its entropy. Consequently, absolute 
zero can be approached but never attained. 


Although the third law of thermodynamics 
declares that it is impossible to cool a substance all 
the way to absolute zero, temperatures of only a few 
billionths of a degree Kelvin have been achieved in the 
laboratory. These very low temperatures are referred 
to as cryogenic temperatures. To reach such low tem- 
peratures, procedures use specially insulated vessels 
called cryostats. 


The motions of particles near absolute zero are so 
slow that their behavior, even in large groups, is gov- 
erned by quantum-mechanical laws that otherwise 
tend to be swamped by the chaotic atomic- and molec- 
ular-scale motions that are perceived as heat. As a 
result, various special phenomena (e.g., Bose- 
Einstein condensation, superfluids such as helium II) 
can only be observed in materials cooled nearly to 
absolute zero. 


Atoms may be cooled by many methods, but laser 
cooling and trapping have proved essential to achiev- 
ing the lowest possible temperatures. A laser beam can 
cool atoms that are fired in a direction contrary to the 
beam because when the atoms encounter photons, 
they absorb them if their energy is at a value accept- 
able to the atom (atoms can only absorb and emit 
photons of certain energies). If a photon is absorbed, 
its momentum is transferred to the atom; if the atom 
and photon were originally traveling in opposite direc- 
tions, this slows the atom down, which is equivalent to 
cooling it. 


When atoms have been cooled to within mil- 
lionths or billionths of a degree of absolute zero, a 
number of important phenomena appear, such as the 
creation of Bose-Einstein condensates, so called 
because they were predicted in 1924 by German phys- 
icist Albert Einstein (1879-1955) and Indian physicist 
Satyendranath Bose (1894-1974). According to Bose 
and Einstein, bosons—particles having an integral 
value of the property termed “spin”—are allowed to 
coexist locally in the same quantum energy state. 


KEY TERMS 


Absolute zero—Absolute zero is the lowest tem- 
perature and is equal to OK (—459°F [—273°C]). 


Boson—A type of subatomic particle that has an 
integral value of spin and obeys the laws of Bose- 
Einstein statistics. 


Fermion—A type of subatomic particle with frac- 
tional spin. 


(Fermions, particles that have half-integer spin values, 
cannot coexist locally in the same energy state; elec- 
trons are fermions, and so cannot share electron orbi- 
tals in atoms.) At temperatures far above absolute 
zero, large collections of bosons (e.g., rubidium 
atoms) are excited by thermal energy to occupy a 
wide variety of energy states, but near absolute zero, 
some or all of the bosons will lapse into an identical, 
low-energy state. A collection of bosons in this con- 
dition is a Bose-Einstein condensate. Bose-Einstein 
condensates were first produced, with the help of 
laser cooling and trapping, in 1995. Since that time, 
numerous researchers have produced them and inves- 
tigated their properties. 


A Bose-Einstein condensate can emit “atom 
lasers,” beams of fast-moving atoms analogous to 
the beams of photons that comprise conventional 
lasers. Furthermore, the speed of light in a Bose- 
Einstein condensate can be controlled by a laser 
beam. Researchers have succeeded in reducing the 
speed of light in a Bose-Einstein condensate to 38 
mph (61 km/h) and even to zero, effectively stopping 
a pulse of light for approximately a thousandth of a 
second and then restarting it. This ability does not 
contradict the famous statement that nothing can 
exceed the speed of light in a vacuum, i.e., 186,000 
miles per second (300,000 kilometers per second). 
Light is slowed in any transparent medium, such as 
water or glass, but its vacuum speed remains the limit- 
ing speed everywhere in the Universe. 


Temperatures near absolute zero permit the study 
not only of Bose-Einstein condensates, but of large, 
fragile molecules that cannot exist at higher temper- 
atures, of superfluids, of the orderly arrangements 
of electrons termed Wigner crystals, and of other 
phenomena. 


See also Atomic theory; Matter; Physics; 


Quantum mechanics; Subatomic particles. 
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| Abyssal plain 


Abyssal plains are sediment-covered portions of 
the deep ocean floor. With surface slopes of less than 
one foot of elevation difference for each thousand feet 
of horizontal distance, they are the flattest areas on 
Earth. 


Abyssal plains occur at depths greater than 6,500 ft 
(2,000 m) below sea level and are underlain by oceanic 
crust composed primarily of basalt, a dark colored 
volcanic rock rich in iron- and magnesium-silicate 
minerals. The basalt is covered by layers of sediment 
deposited by deep ocean turbidity currents, the shells 
of marine plants and animals that have fallen down 
from the ocean’s upper levels, or a combination of 
both. Turbidity currents, which are often triggered 
by earthquakes or submarine landslides, are denser 
than the surrounding ocean water because they carry 
large amounts of sediment being transported from 
continental slopes to abyssal plains. Other minor com- 
ponents of abyssal plain sediment include wind-blown 
dust, volcanic ash, chemical precipitates, and occa- 
sional meteorite fragments. 


Although they are more common and widespread 
in the Atlantic and Indian Ocean basins than in the 
Pacific, abyssal plains are found in all major ocean 
basins. Approximately 40% of Earth’s ocean floor is 
covered by abyssal plains. The remainder of the ocean 
floor topography consists of hills, cone-shaped or flat- 
topped mountains, deep trenches, and mountain 
chains such as the mid-oceanic ridge systems. 


Abyssal plains are often littered with manganese 
nodules containing varying amounts of iron, nickel, 
cobalt, and copper. The pea- to potato-sized nodules 
form by direct precipitation of minerals from the sea- 
water onto a bone or rock fragment. 
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Only a fraction of the 15 billion tons of clay, silt, 
sand, and gravel that is washed into the oceans each 
year reaches the abyssal plains. The amount of bio- 
logical sediment that reaches the bottom is similarly 
small. Thus, the rate of sediment accumulation on the 
abyssal plains is low, and in many areas less than an 
inch (2.5 cm) of sediment accumulates per thousand 
years. Because of the slow rate of sediment accumu- 
lation and the flat topography, abyssal plains were 
once thought to be stable and unchanging environ- 
ments. Deep ocean currents, however, can periodically 
scour the ocean floor in places and have damaged trans- 
oceanic communication cables laid across abyssal 
plains. 


Abyssal plains do not support abundant aquatic 
life, but deep sea dredges have collected specimens of 
unusual fish, worms, and clam-like creatures from 
these depths. 


| Acceleration 


An object is said to be accelerating if its velocity is 
changing, either in direction or magnitude. Acceleration 
is a vector quantity. If, however, when acceleration 
is known to be in a straight line, it is often specified 
as a scalar quantity (pure number). Since the unit of 
velocity is distance per unit time, the unit of acceleration 
is velocity per unit time; in metric units, this is (m/s)/s 
or m/s”. 

A material object only accelerates when under the 
influence of a nonzero net force. Sir Isaac Newton 
(1642-1727) defined acceleration in his second law of 
motion as the ratio of a force acting on an object to the 
mass of the object: a = f/m. 


History 


The study of motion by Galileo Galilei (1564— 
1642) in the late sixteenth and early seventeenth cen- 
turies and by Sir Isaac Newton in the mid-seven- 
teenth century is a cornerstone of modern Western 
experimental science. For some 20 years, Galileo 
painstakingly timed the motions of objects rolling 
down smooth inclines. He discovered that the dis- 
tance an object traveled was proportional to the 
square of the time that it was in motion. From these 
experiments came the first correct concept of accel- 
erated motion. 


Newton wanted to know what the character of 
acceleration was, but also why it occurred at all. In 
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Acceleration 


order to produce a model that would help explain how 
the known universe of the seventeenth century 
worked, Newton gave science and physics a rigorously 
defined concept of “force.” In his second law of 
motion, he stated that acceleration is caused by an 
unbalanced force (such as a push or a pull) acting on 
an object. Newton showed that gravity could be con- 
sidered a special type of acceleration. The acceleration 
of a mass by gravity produces the force we call weight. 
A general definition of mass is that it is the quantity of 
matter in a body; weight, on the other hand, is the 
force experienced by a stationary body in a given 
gravitational field. The mass of a body does not, in 
Newtonian (non-relativistic) physics, vary depending 
on its location or state of motion; its weight does. 


Linear acceleration 


An object that is moving in a straight line is 
accelerating if its velocity (commonly referred to as 
its speed) is increasing or decreasing. Straight-line 
acceleration (a) can be either positive or negative, 
depending on whether its direction is positive (a) or 
negative (a). 


An automobile’s motion can help explain linear 
acceleration. The car’s speedometer measures velocity 
magnitude. If the car starts from rest and accelerates 
steadily in a positive direction to 60 miles per hour (mph) 
in 10 seconds, what is its acceleration throughout those 
10 seconds? The car’s velocity changes 60 mph in 10 
seconds, so its acceleration is 60 mph/10 s = +6 mi/ 
hr/s. (These units could be converted into m/s” if neces- 
sary.) That means its acceleration changes six miles per 
hour for each second it accelerates. If the car started at 
60 mph and stopped after 10 seconds of steady braking, 
its average acceleration would be equal to —6 mi/hr/s. 


Curvilinear acceleration 


In curvilinear motion—motion along any path other 
than a straight line—an object’s magnitude of velocity 
may or may not remain constant but the direction of its 
motion changes constantly. It is therefore being acceler- 
ated. If our automobile is going at a constant 60 mph 
around a bend in the road, it undergoes acceleration 
because its direction is changing while it is on the curve. 
Roller coasters and other amusement park rides cause 
their riders to experience rapid changes in acceleration by 
making them move rapidly along curved paths. 


G forces 


The force experienced by an object due to accel- 
eration 1s sometimes expressed as a fraction of the 


KEY TERMS 


Acceleration—The rate at which the velocity of an 
object changes over time. 


Circular acceleration—Acceleration in which the 
direction of motion is changing. 


Force—Influence exerted on an object by an out- 
side agent that produces an acceleration changing 
the object's state of motion. 


“G"” forces—The apparent increase in body weight 
due to rapid acceleration; a force of 2 Gs means 
that a body feels a force of twice its body weight 
acting on it. 

Gravity—The special acceleration of 9.81 m/s* 
exerted by the attraction of the mass of Earth on 
nearby objects at Earth’s surface. 


Linear acceleration—Acceleration in which the 
magnitude (velocity) of the motion is changing. 


Mass—A measure of the quantity of matter in an 
object. 


Vector—A quantity or term that can be expressed 
in terms of both magnitude (a number) and a 
direction. 


Velocity—The speed and direction of a moving 
object. 


Weightlessness—A condition caused by accelerat- 
ing freely toward Earth at the same rate as gravity 
and not feeling the usual effects of weight. 


force the same object would experience due to its 
own weight if stationary at the surface of Earth, 
referenced as 1 G. An acceleration that makes an 
object feel a force equal to twice its weight, for exam- 
ple, subjects it to 2 Gs. Astronauts experience as 
much as 7 Gs during lift-off of a space shuttle, but 
once in free-falling orbit they experience no G force. 
The concept of “weightlessness” in space is often 
misunderstood. It is not caused by the fact that 
objects in low Earth orbit are far from Earth’s 
mass; they are, in fact, subject to almost as much 
gravity as objects at the surface. They are, however, 
falling freely under the influence of gravity, like peo- 
ple in a falling elevator. They remain aloft because of 
their tangential or sideways motion. In a sense they 
are always falling freely toward Earth, but moving 
sideways fast enough to miss it. If an orbiting 
object’s sideways velocity is decreased, say by firing 
a rocket against its direction of motion, it falls 
toward the surface of Earth. 
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See also Accelerators; Gravity and gravitation; 
Laws of motion; Velocity. 
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| Accelerators 


The term “accelerators” usually refers to particle 
accelerators, devices for increasing the velocity of par- 
ticles such as protons, electrons, positrons, and ions. 
Particle accelerators were originally invented for the 
purpose of studying the basic structure of matter, 
although they later found a number of practical 
applications. 


Particle accelerators can be subdivided into two 
basic groups, linear and circular. Linear accelerators 
accelerate particles in a straight line, sometimes over 
miles. Circular accelerators move particles along cir- 
cular or spiral paths in machines that vary in size from 
less than a few feet to miles in diameter. 


The earliest particle accelerator was invented by 
Alabama-born physicist Robert Jemison Van de 
Graaff (1901-1967) in about 1929. The machine that 
now bears his name illustrates the fundamental prin- 
ciples on which all particle accelerators are based. 


In the Van de Graaff generator, a nonconducting 
conveyor belt (silk, in the earliest versions) collects 
positive charges from a high-voltage source at one 
end of the belt and transfers those charges to the 
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outside of a hollow metal dome at the other end of 
the belt located at the top of the machine. The original 
Van de Graaff accelerator operated at a potential 
difference of 80,000 volts, although later improve- 
ments raised that value to 25,000,000 volts. 


The Van de Graaff generator can be used as a 
particle accelerator by attaching a source of positively 
charged ions, such as protons or He ions, to the 
hollow dome. The ions are released from their source 
and travel away from the dome at high velocities, 
repelled by the positive charge on the dome. If these 
rapidly-moving particles are directed at a target, the 
ions may collide with atoms in the target and break 
them apart. An analysis of ion-atom collisions such as 
these can provide information about the structure of 
the target atoms and about the ions themselves. 


Linear accelerators 


In a Van de Graaff accelerator, an electrically 
charged particle is accelerated by exposing that par- 
ticle to an electric field. The velocity of a proton, for 
example, may go from near zero to 100,000 miles per 
second (160,000 km per second) as the particle feels a 
strong force of repulsion from the positive charge on 
the generator dome. Linear accelerators (linacs) oper- 
ate on the same general principle, except that a particle 
is exposed to a series of electrical fields, each of which 
increases the velocity of the particle. 


A typical linac consists of a few hundred or a few 
thousand cylindrical metal tubes arranged one in front 
of another. The tubes are electrically charged so that 
each carries a charge opposite that of the tube on 
either side of it. The odd-numbered tubes might, for 
example, be positively charged, and the even-num- 
bered tubes negatively charged. 


Imagine that a negatively charged electron is 
introduced into a linac just in front of the first tube. 
In the circumstances described above, the electron is 
attracted by and accelerated toward the tube. The 
electron passes toward and then into that tube. Once 
inside the tube, the electron no longer feels any force of 
attraction or repulsion and merely keeps on moving 
through the tube passively—drifting—until it reaches 
the far end. It is because of this behavior that the 
cylindrical tubes in a linac are generally referred to as 
drift tubes. 


At the moment that the electron leaves the first 
drift tube, the charge on all drift tubes is reversed. 
Odd-numbered plates are now negatively charged 
and even-numbered plates are positively charged. 
The electron exiting the first tube now finds itself 
repelled by the tube it has just left and attracted to 
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Accelerators 


The End Station A experimental hall at the Stanford Linear Accelerator Center (SLAC) in California contains three giant particle 
spectrometers that detect particles of various energies and angles of scatter. The particles are created when electrons from 
SLAC’s 1.8-mi (3-km) long linear accelerator collide with a target in front of the spectrometers. The large spectrometer 
dominating the picture is about 98 ft (30 m) long and weighs 550 tons (500 metric tons); a man below it can be used for size 
comparison. A smaller, circular spectrometer is to its left, and the third, even larger, is mostly hidden by the central one. 
Experiments at End Station A in 1968-72 confirmed the existence of quarks. (David Parler. National Audubon Society Collection/ 
Photo Researchers Inc.) 


the second tube. These forces of attraction and repul- 
sion provide a kind of “kick” that accelerates the 
electron in a forward direction. It passes through the 
space between the first and second tubes and enters 
the second tube. Once again, the electron drifts 
through this tube until it exits at the far end. 


Again electrical charge on all drift tubes reverses, 
and the electron is repelled by the second tube and 
attracted to the third. The added energy it receives is 
manifested in a greater velocity. As a result, the elec- 
tron is moving faster in the third tube than in the 
second and can cover a greater distance in the same 
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amount of time. To make sure that the electron exits a 
tube at just the right moment, the tubes must be of 
different lengths. Each one is slightly longer than the 
one before it. 


The largest linac in the world is the Stanford 
Linear Accelerator, located at the Stanford Linear 
Accelerator Center (SLAC) in Stanford, California. 
An underground tunnel 2 mi (3 km) in length passes 
beneath U.S. highway 101 and holds 82,650 drift tubes 
along with the magnetic, electrical, and auxiliary 
equipment needed for the machine’s operation. 
Electrons accelerated in the SLAC linac leave the end 
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This particle-beam fusion accelerator can direct 36 beams of charged atomic particles at a single target simultaneously. 
Scientists use this technology to study the structure of matter. (© Alexander Tsiaras, National Audubon Society Collection/Photo 
Researchers, Inc.) 


of the machine traveling at nearly the speed of light 
with a maximum energy of about 32 GeV (gigaelec- 
tron volts). 


The term electron volt (ev) is the standard unit of 
energy measurement in accelerators. It is defined as the 
energy lost or gained by an electron as it passes through 
a potential difference of one volt. Most accelerators 
operate in the megaelectron volt (million electron volt; 
MeV), gigaelectron volt (billion electron volt; GeV), or 
teraelectron volt (trillion electron volt; TeV) range. 


Circular accelerators 


Linear accelerators are limited by certain basic 
physical constraints. For example, the SLAC linac is 
so long that engineers had to take into consideration 
the Earth’s curvature when they laid out the drift tube 
sequence. One way of avoiding the problems associ- 
ated with the construction of a linac is to accelerate 
particles in a circle. Machines that operate on this 
principle are known as circular accelerators. 


The earliest circular accelerator, the cyclotron, 
was invented by University of California professor of 
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physics Ernest Orlando Lawrence in the early 1930s. 
Lawrence’s cyclotron added to the design of the linac 
one new fundamental principle from physics: a 
charged particle that passes through a magnetic field 
travels in a curved path. The shape of the curved path 
depends on the velocity of the particle and the strength 
of the magnetic field. 


The cyclotron consists of two hollow metal con- 
tainers that look as if a tuna fish can had been cut in half 
vertically. Each half resembles a uppercase letter D, so 
the two parts of the cyclotron are known as dees. At any 
one time, one dee in the cyclotron is charged positively 
and the other negatively. The dees are connected to a 
source of alternating current so that the signs on both 
dees change back and forth many times per second. 


The second major component of a cyclotron is a 
large magnet that is situated above and below the dees. 
The presence of the magnet means that any charged 
particles moving within the dees will travel not in 
straight paths, but in curves. 


Imagine that an electron is introduced into the 
narrow space between the two dees. The electron is 
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Accelerators 


accelerated into one of the dees, the one carrying a 
positive charge. As it moves, the electron travels in a 
curved path because it is in a magnetic field. 


After a fraction of a second, the current in the dees 
changes signs. The electron is then repelled by the dee 
toward which it first moved, reverses direction, and 
heads toward the opposite dee with an increased veloc- 
ity. Throughout this process, the electron’s path is 
curved because of the magnetic field surrounding the 
dees, so the electron does not simply collide with the 
one dee or the other. 


Just as a particle in a linac passes through one drift 
tube after another, always gaining energy, so does a 
particle in a cyclotron. As the particle gains energy, it 
picks up speed and spirals outward from the center of 
the machine. Eventually, the particle reaches the outer 
circumference of the machine, passes out through a 
window, and strikes a target. 


Lawrence’s original cyclotron was a modest piece 
of equipment—only 4.5 in (11 cm) in diameter—capa- 
ble of accelerating protons to an energy of 80,000 
electron volts (80 kiloelectron volts). It was assembled 
from coffee cans, sealing wax, and leftover laboratory 
equipment. The largest accelerators of this design ever 
built were the 86 in (218 cm) and 87 in (225 cm) cyclo- 
trons at the Oak Ridge National Laboratory and the 
Nobel Institute in Stockholm, Sweden, respectively. 


Cyclotron modifications 


At first, improvements in cyclotron design were 
directed at the construction of larger machines that 
could accelerate particles to greater velocities. Soon, 
however, a new problem arose. Nothing can travel 
faster than the speed of light. Thus, adding more and 
more energy to a particle will not make that particle’s 
speed increase indefinitely. Instead, as the particle’s 
velocity approaches the speed of light, additional 
energy supplied to it appears in the form of increased 
particle mass. A particle whose mass is constantly 
increasing, however, travels in a path different from 
that of a particle with constant mass. The practical 
significance of this fact is that as the velocity of par- 
ticles in a cyclotron begins to approach the speed of 
light, those particles start to fall out of sync with the 
alternating current change that drives them back and 
forth between the dees. 


Two different modifications—or a combination 
of the two—in the basic cyclotron design can deal 
with this problem. One approach is to gradually 
change the rate at which the electrical field alternates 
between the dees. The goal here is to have the sign 
change occur at exactly the moment that particles have 
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reached a certain point within the dees. As the particles 
speed up and gain weight, the rate at which electrical 
current alternates between the two dees slows down to 
catch up with the particles. 


In the 1950s, a number of machines containing 
this design element were built in various countries. 
Those machines were known as frequency modulated 
(FM) cyclotrons, synchrocyclotrons, or, in the Soviet 
Union, phasotrons. The maximum particle energy 
attained with machines of this design ranged from 
about 100 MeV to about | GeV. 


A second solution for the mass-increase problem 
is to alter the magnetic field of the machine in such a 
way as to maintain precise control over the particles’ 
paths. This principle has been incorporated into the 
machines that are now the most powerful cyclotrons in 
the world, the synchrotrons. 


A synchrotron consists essentially of a hollow cir- 
cular tube (the ring) through which particles are accel- 
erated. The particles are actually accelerated to 
velocities close to the speed of light in smaller machines 
before they are injected into the main ring. Once they 
are within the main ring, particles receive additional 
jolts of energy from accelerating chambers placed at 
various locations around the ring. At other locations 
around the ring, very strong magnets control the path 
followed by the particles. As particles pick up energy 
and tend to spiral outward, the magnetic fields are 
increased, pushing particles back into a circular path. 
The most powerful synchrotrons now in operation can 
produce particles with energies of at least 400 GeV. 


In the 1970s, nuclear physicists proposed the design 
and construction of the most powerful synchrotron of 
all, the superconducting super collider (SSC). The SSC 
was expected to have an accelerating ring 51 mi (82.9 
km) in circumference with the ability to produce par- 
ticles having an energy of 20 TeV. Estimated cost of the 
SSC was originally set at about $4 billion. Shortly after 
construction of the machine at Waxahachie, Texas, 
began, however, the U.S. Congress decided to discon- 
tinue funding for the project. 


Applications 


By far the most common use of particle acceler- 
ators is basic research on the composition of matter. 
The concentrations of energy released in such 
machines are unmatched anywhere on Earth. At 
these energy densities, forms of matter are produced 
that do not exist under ordinary conditions or even in 
the hearts of stars. These forms of matter provide clues 
about the ultimate structure of matter and the origins 
of the universe. 
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KEY TERMS 


Electron—A fundamental particle of matter carry- 
ing a single unit of negative electrical charge. 


lon—An atom or molecule that has acquired elec- 
trical charge by either losing electrons (positively 
charged ion) or gaining electrons (negatively 
charged ion). 


Positron—A positively charged electron. 


Potential difference—The work that must be done 
to move a unit charge between two points. 


Proton—A fundamental particle matter carrying a 
single unit of positive electrical charge. 


Accelerators have also found some important 
applications in medical and industrial settings. As 
particles travel through an accelerator, they give off 
a form of electromagnetic radiation known as syn- 
chrotron radiation. This form of radiation is some- 
what similar to x rays and has been used for similar 
purposes. 


Looking ahead 


The most powerful accelerator ever built, the 
Large Hadron Collider, is due to begin operation at 
CERN (the European Organization for Nuclear 
Research) in late 2007. (A hadron is any subatomic 
particle that is influenced by the strong nuclear force; 
protons and neutrons are hadrons.) This machine is a 
circular accelerator that will, in its first version, pro- 
duce particle energies of up to 6 TeV. Since particles 
traveling in opposite directions can be made to collide, 
collision energies of up to 12 TeV will be possible. By 
observing the results of such collisions in the Large 
Hadron Collider, physicists intend to answer funda- 
mental questions about matter and gravity. 
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| Accretion disk 


An accretion disk is rapidly spiraling matter that 
is in the process of falling into an astronomical object. 
In principle, any star could have an accretion disk, but 
in practice, accretion disks are often associated with 
highly collapsed stars such as black holes or neutron 
stars. 


The matter that feeds the accretion disk can be 
obtained when a star passes through a region where 
the interstellar matter is thicker than normal. Usually, 
however, a star obtains matter for an accretion disk 
from a companion star. When two stars orbit each 
other, there is an invisible surface around each of the 
stars, called the Roche lobe. Each star is more or less at 
the center of one of these two teardrop-shaped surfa- 
ces, which touch at their points. The two Roche lobes 
represent all points where the gravitational potential 
of both stars is equal. Any matter on a Roche lobe can 
just as easily fall into either star. If one star in a binary 
system becomes larger than its Roche lobe, matter will 
fall from it onto the other star, forming an accretion 
disk. 


The matter falling into a collapsing star hole tends 
to form a disk because a spherical mass of gas that is 
spinning will tend to flatten out. The faster it is spin- 
ning, the flatter it gets. So, if the falling material is 
orbiting the central mass, the spinning flattens the 
matter into an accretion disk. 


Black holes are objects that have collapsed to the 
point that nothing, not even light, can escape their 
gravity. Because no light can escape, there is no way 
to directly observe a black hole. However, if the black 
hole has an accretion disk, we can observe the black 
hole indirectly by observing the behavior of the accre- 
tion disk, which will emit x rays. 
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Accuracy 


Accretion disks can also occur with a white dwarf 
in a binary system. A white dwarf is a collapsed star 
that is the final stage in the evolution of stars similar to 
the Sun. White dwarfs contain as much mass as the 
Sun, compressed to about the size of Earth. Normally 
the nuclear reactions in a white dwarf have run out of 
fuel, but additional nuclear reactions may be fueled by 
hydrogen from the accretion disk falling onto the 
white dwarf. White dwarfs have some unusual proper- 
ties that do not allow them to expand slowly to release 
the heat pressure generated by these nuclear reactions. 
This heat pressure therefore builds up until the surface 
of the white dwarf explodes. This type of explosion is 
called a nova (not the same as a supernova), and 
typically releases as much energy in the form of pro- 
tons in less than a year as the Sun does in 100,000 
years. 


l Accuracy 


Accuracy is the degree to which an experimental 
reading or a calculation approximates the true value. 
Lack of accuracy may be due to measurement error or 
due to numerical approximation. The less error in an 
experiment or calculation means the more accurate the 
results. Error analysis can provide information about 
the accuracy of a result. 


Accuracy in measurements 


Errors in experiments stem from incorrect design, 
inexact equipment, noise from random sources, and 
approximation. Imperfections in equipment are a fact 
of life; sometimes design imperfections are unavoid- 
able as well. Approximation is also unavoidable and 
depends on the quality and correctness of the measur- 
ing equipment. For example, if the finest marks on a 
ruler are in centimeters, then the final measurement 
made using such a device cannot have an accuracy of 
more than half a centimeter. But if the ruler has milli- 
meter markings, then the measurements can be an 
order of magnitude (i.e., a factor of 10) more accurate. 


Accuracy differs from precision. Precision deals 
with how repeatable measurements are—if multiple 
measurements return numbers that are close to each 
other, then the experimental results are precise. The 
results may, however, not be accurate. For instance, if 
one measured a three-inch piece of string five times 
and found every time that its length was 4.001 inches, 
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one would have performed a series of measurements 
with low accuracy and high precision. 


In calculation 


Approximations are also unavoidable in calcula- 
tion. A perfectly accurate decimal or binary represen- 
tation of 1/3, pi (2), and many other numbers cannot 
be written down, because it would require an infinite 
number of digits; calculations made using such num- 
bers cannot, therefore, generally be done without 
some loss of information. Fortunately, the accuracy 
required from a given calculation usually does not 
require perfection. The person designing the calcula- 
tion must, however, make sure that the approxima- 
tions used are sufficiently close that they do not 
endanger the usefulness of the result. Accuracy is 
also an issue in computation because rounding errors 
accumulate, series expansions are truncated, and other 
numerical issues arise. 


Rounding 


If you buy several items, all of which are subject to 
a sales tax, then you can calculate the total tax by 
summing the tax on each item. For the total tax to be 
accurate to the penny, you must do all the calculations 
to an accuracy of tenths of a penny (in other words, to 
three significant digits), then round the sum to the 
nearest penny (two significant digits). If you calcu- 
lated only to the penny, then each measurement 
might be off by as much as half a penny ($0.005) and 
the total possible error would be this amount multi- 
plied by the number of items bought. If you bought 
three items, then the error could be as large as 1.5 
cents; if you bought 10 items, then your total tax 
could be off by as much as 5 cents. 


As another example, if you want to represent the 
value of m to an accuracy of two decimal places, then 
you express it as 3.14. This can also be expressed as 3.14 
+ /-0.005, since any number from 3.135 to 3.145 would 
be expressed the same way if truncated (cut down) to 
two significant decimal places. Calculations using num- 
bers with two decimal places can only be accurate, at 
best, to one decimal place; for example, adding two 
measurements of m that are both accurate only to the 
second place would involve adding their uncertainties 
as well, namely, 3.14 + /-0.005 + 3.14 +/-0.005 = 
6.28 +/-0.01. The true value of 22, according to this 
calculation, might be anything from 6.27 to 6.29. 


In scientific and engineering calculations, the issue 
of how many digits are both needed and meaningful 
arises constantly. Calculating a result that has more 
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digits than measurement accuracy can justify is mean- 
ingless and produces the dangerous illusion that the 
result is more accurate than it really is; yet using too 
few digits to overcome all possible numerical error in 
one’s calculations will cause information to be lost. 
One approach to this problem is to perform calcula- 
tions using more digits than the accuracy of one’s data 
can justify, then rounding the result to the correct 
number of significant digits. Mathematical techni- 
ques, not guesswork, are used for dealing with numer- 
ical errors in computation. 


l Acetic acid 


Acetic acid is an organic acid with the chemical 
formula CH3;COOH. It is found most commonly in 
vinegar. The vinegar formulation of acetic acid repre- 
sents one of the earliest chemical compounds known 
and used by humans. It is mentioned in the Bible as a 
condiment. Historical evidence indicates vinegar’s use 
predates the Bible, in the manufacture of white lead 
and the extraction of mercury metal from its ores. 


Acetic acid is a colorless liquid with a sharp, dis- 
tinctive odor and the characteristic taste associated 
with vinegar. In its pure form it is referred to as glacial 
acetic acid because of its tendency to crystallize as it is 
cooled. Glacial acetic acid has a melting point of 62°F 
(16.7°C) and a boiling point of 244.4°F (118°C). The 
acid mixes readily with water, ethyl alcohol, and many 
other liquids. When in solution with water, glacial 
acetic acid displays typical acid behaviors such as 
neutralization of oxides and bases and reactions with 
carbonates. 


Glacial acetic acid is an extremely caustic sub- 
stance with a tendency to burn the skin. This tendency 
is utilized by physicians and in over-the-counter prep- 
arations for wart removal. 


Acetic acid was originally manufactured from 
pyroligneous acid which, in turn, was obtained from 
the destructive distillation of wood. Today the com- 
pound is produced commercially by the oxidation of 
butane, ethylene, or methanol (wood alcohol). Acetic 
acid forms naturally during the aerobic fermentation 
of sugar or alcoholic solutions such as beer, cider, fruit 
juice, and wine. This process is catalyzed by a bacterial 
genus called Acetobacter, a process from which the 
species gets its name. 


Most vinegar is prepared commercially by the 
fermentation of apple cider, malt, or barley. The 
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fermentation product is a brownish or yellow liquid 
consisting of 4-8% acetic acid. It is then distilled to 
produce a clear colorless liquid known as white vinegar. 


Although acetic acid is most recognizable in the 
form of vinegar, its primary commercial use is in the 
production of cellulose acetate, vinyl acetate, and ter- 
ephthalic acid. The first of these compounds is widely 
used as a rubber substitute and in photographic and 
cinematic film, while the latter two compounds are 
starting points for the production of polymers such as 
adhesives, latex paints, and plastic film and sheeting. 


A relatively recent acetic acid-based innovation 
was the manufacture of calcium-magnesium acetate 
(CMA), a highly effective and biodegradable deicer. 
CMA had limited use in the past because it was 50 
times more expensive than salt. In 1992, however, 
Shang-Tian Yang, an engineer at Ohio State 
University, announced a new method for making ace- 
tic acid from wastes produced during cheese making. 
The reduced costs of CMA manufacture have made 
the compound a viable alternative to road salt in 
winter climates. CMA also has the advantage of 
being a poor corrosive; thus, its use is relatively innoc- 
uous to vehicles. CMA is often blended with road salt 
to increase the quantity of road deicing supplies avail- 
able for wintertime use. 


| Acetone 


Acetone is the common name for the simplest of 
the ketones. The formula of acetone is CH3COCH3. 
Acetone is a colorless, flammable, and volatile liquid 
with a characteristic odor that can be detected at very 
low concentrations. It is used in consumer goods such 
as nail polish remover, model airplane glue, lacquers, 
and paints. Industrially, it is used mainly as a solvent 
and an ingredient to make other chemicals. 


The International Union of Pure and Applied 
Chemistry’s (IUPAC) systematic name for acetone is 
2-propanone; it is also called dimethyl ketone. The 
molecular weight is 58.08. Its boiling point is 133°F 
(56°C) and the melting point is —139.63°F (—95.4°C). 
The specific gravity is 0.7899. 

Acetone is the simplest and most important of the 
ketones. It is a polar organic solvent and therefore 
dissolves a wide variety of substances. It has low 
chemical reactivity. 


These traits, and its relatively low cost, make it the 
solvent of choice for many processes. About 25% of 
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the acetone produced is used directly as a solvent. 
About 20% is used in the manufacture of methyl 
methacrylate to make plastics such as acrylic plastic, 
which can be used in place of glass. Another 20% is 
used to manufacture methyl isobutyl ketone, which 
serves as a solvent in surface coatings. 


Acetone is also important in the manufacture of 
artificial fibers, explosives, and polycarbonate resins. 


Acetone is normally present in low concentrations 
in human blood and urine. Diabetic patients produce 
it in larger amounts. Sometimes “acetone breath” is 
detected on the breath of diabetics by others and 
wrongly attributed to the drinking of liquor. While 
acetone is not considered to be toxic, it can cause 
irritation. For example, if acetone is splashed in the 
eyes, irritation or damage to the cornea will result. 
Excessive breathing of fumes causes headache, weari- 
ness, and irritation of the nose and throat. Drying 
results from contact with the skin. 


Conversely, acetone may have some health bene- 
fits. Animal studies have indicated that low, nontoxic 
levels of acetone play an as yet undefined role in 
relieving the convulsive symptoms of epilepsy. 
Indeed, it has been proposed that diets used to control 
some forms of epilepsy in children act by increasing 
the quantity of acetone in the brain. 


t Acetylcholine 


Acetylcholine is a highly active neurotransmitter 
that diffuses across the synapse, the narrow gap 
between nerve cells, and plays an important role in 
connecting nerves to each other. 


By the early 1900s, scientists had a reasonably 
clear idea of the anatomy of the nervous system. 
They knew that individual nerve cells—neurons— 
form the basis of that system. They also knew that 
neurological messages travel in minute electrical sig- 
nals along the length of a neuron and then pass from 
the axons, which carry electrical impulses from the cell 
to the dendrites of another, which receive these 
impulses. 


The mechanism by which the nerve message trav- 
els across the synapse between two adjacent neurons 
was unknown until British neurologist Thomas R. 
Elliott (1877-1961) suggested in 1903 that a chemical 
compound might carry the impulse. Elliott assumed 
that adrenalin might be this chemical messenger or 
neurotransmitter, as it is known today. 
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Nearly two decades passed before evidence con- 
firming Elliott’s hypothesis was obtained. In 1921 
German-American pharmacologist Otto Loewi 
(1873-1961) devised a way to test the idea. After earn- 
ing his medical degree from the University of 
Strasbourg in 1896, Loewi then taught and did 
research in London, Vienna, and Graz, Austria. 
With the rise of Adolf Hitler (1889-1945), Loewi left 
Germany first for England and then emigrated to the 
United States in 1940, where he became a faculty 
member at the New York University College of 
Medicine. 


In his 1921 experiment, Loewi found that when he 
stimulated the nerves attached to a frog’s heart, they 
secreted at least two chemical substances. One he 
thought was adrenalin, while the second he named 
vagusstoffe, after the vagus nerve, which branches 
into the heart. 


Soon news of Loewi’s discovery reached other 
scientists in the field, among them English physiologist 
Henry Dale (1875-1968). Dale earned a medical degree 
from Cambridge in 1909. After a short academic 
career at St. Bartholomew’s Hospital in London and 
at University College London, he joined the physio- 
logical research laboratories at the pharmaceutical 
firm of Burroughs Wellcome. Except for the war 
years, Dale remained at Burroughs Wellcome until 
1960. He died in Cambridge on July 23, 1968. 


While attending a conference in Heidelberg in 
1907, Dale became interested in the ergot fungus and 
the chemicals it secretes. By 1914, he had isolated a 
compound from ergot that produces effects on organs 
similar to those produced by nerves. He called the 
compound acetylcholine. When Dale heard of 
Loewi’s discovery of vagusstoffe seven years later, he 
suggested that it was identical to acetylcholine. For 
their discoveries, Loewi and Dale shared the 1936 
Nobel Prize in physiology or medicine. 


Unraveling the exact mechanism by which acetyl- 
choline carries messages across the synapse has occu- 
pied countless neurologists since the Loewi-Dale 
discovery. Some of the most important work was 
done by Australian physiologist John Carew Eccles 
(1903-1997) and German-British physiologist Bernard 
Katz (1911-2003). Eccles developed a method for 
inserting microelectrodes into adjacent cells and then 
studying the chemical and physical changes that occur 
when a neurotransmitter passes through the synapse. 
Katz discovered that neurotransmitters like acetylcho- 
line are released in tiny packages of a few thousand 
molecules. He also characterized the release of these 
packages in resting and active neurons. Eccles and 
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Katz received Nobel Prizes in physiology or medicine 
in 1963 and 1970, respectively. 


The biochemical action of acetylcholine is now 
well understood. Depending on its concentration, it 
exerts two different physiological effects. Injecting 
small amounts reduces blood pressure (by dilating 
blood vessels, or vasodilation), slows the heartbeat, 
and increases both smooth muscle contraction and 
exocrine gland secretions. These effects are collectively 
known as the “muscarinic effects” because they mimic 
those of the Amanita mushroom toxin muscarine. 
Acetylcholine levels rise with atropine administration, 
causing a rise in blood pressure similar to that pro- 
duced by nicotine. This effect is therefore known as the 
“nicotinic effect” of acetylcholine. 


See also Nerve impulses and conduction of 
impulses; Neuroscience. 


Acetylene see Hydrocarbon 


] Acetylsalicylic acid 


Acetylsalicylic acid, commonly known as aspirin, 
is the most popular therapeutic drug in the world. It is 
an analgesic (pain-killing), antipyretic (fever-reduc- 
ing), and anti-inflammatory sold without a prescrip- 
tion as tablets, capsules, powders, or suppositories. 
The drug reduces pain and fever, is believed to 
decrease the risk of heart attacks and strokes, and 
may deter colon cancer and help prevent premature 
birth. However, aspirin can have serious side effects, 
and its use results in more accidental poisoning deaths 
in children under five years of age than any other drug. 


History 


In the mid- to late-1700s, English clergyman 
Edward Stone chewed on a piece of willow bark and 
discovered its analgesic property after hearing a story 
that declared a brew from the bark was “good for pain 
and whatever else ails you.” The bark’s active ingre- 
dient was isolated in 1827 and named salicin for the 
Greek word salix, meaning willow. Salicylic acid, first 
produced from salicin in 1838 and synthetically from 
phenol in 1860, was effective in treating rheumatic 
fever and gout but caused severe nausea and intestinal 
discomfort. 


Acetylsalicylic acid was first synthesized in 1898 
by a chemist working at Bayer Laboratories in 
Germany. Soon thereafter, the process for making 
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large quantities of acetylsalicylic acid was patented, 
and aspirin—named for its ingredients acetyl and spi- 
ralic (salicylic) acid—became available by prescrip- 
tion. Its popularity was immediate and worldwide. 
Huge demand in the United States brought the man- 
ufacture of aspirin to that country in 1915 when it also 
became available without a prescription. 


Acetylsalicylic acid has a number of actions. One 
of these is as an analgesic. Acetylsalicylic acid blocks 
the production of hormones (chemical substances 
formed by the body) called prostaglandins that may 
be released by an injured cell, triggering release of two 
other hormones that sensitize nerves to pain. The 
blocking action prevents this response and is believed 
to work in a similar way to prevent tissue inflamma- 
tion. Acetylsalicylic acid is only effective on cells pro- 
ducing prostaglandins—for instance, injured cells. 
The recommended maximum therapeutic dosages for 
children (2,000 mg daily, spread over four-500 mg 
doses separated by at least four hours) and adults of 
(4,000 mg daily) works best against “tolerable” pain; 
extreme pain is virtually unaffected, as is pain in inter- 
nal organs. Its effect lasts for about four hours. 


Antipyretic action 


Acetylsalicylic acid also reduces fever (antipyre- 
sis). This action is believed to occur at the anterior 
(frontal) hypothalamus, a portion of the brain that 
regulates such functions as heart rate and body tem- 
perature. The body naturally reduces its heat through 
perspiration and the dilation (expansion) of blood 
vessels. Prostaglandins released in the hypothalamus 
inhibit the body’s natural heat-reducing mechanism. 
As acetylsalicylic acid blocks these prostaglandins, the 
hypothalamus is free to regulate body temperature. 
Acetylsalicylic acid lowers abnormally high body tem- 
peratures while normal body temperature remains 
unaffected. 


Finally, acetylsalicylic acid reduces the formation 
of blood clots due to platelet aggregation. It accom- 
plishes this by inhibiting the production of a prosta- 
glandin called thromboxane Ag, which is instrumental 
in platelet aggregation. This “thinning the blood” can 
reduce the risk of heart attack and stroke, and so 
acetylsalicyclic acid is frequently prescribed in low 
doses (such as 75-80 mg daily) over long periods for 
at-risk patients. 


Despite these benefits, use of acetylsalicylic acid 
formulations such as aspirin has risks. Aspirin’s avail- 
ability and presence in many prescription and non- 
prescription medications makes the risk of accidental 
overdose relatively high. Children and the elderly are 
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KEY TERMS 


Analgesic—A compound that relieves pain without 
loss of consciousness. 


Antipyretic—Anything that reduces fever. 


Hypothalamus—A small area near the base of the 
brain where release of hormones influence such 
involuntary bodily functions as temperature, sexual 
behavior, sweating, heart rate, and moods. 


Placenta—An organ that develops in the uterus 
during pregnancy to which the fetus is connected 
by the umbilical cord and through which the fetus 
receives nourishment and eliminates waste. 


Platelets—Irregularly shaped disks found in the 
blood of mammals that aid in clotting the blood. 


Prostaglandins—Groups of hormones and active 
substances produced by body tissues that regulate 
important bodily functions, such as blood pressure. 


Suppository—Medication placed in a body cavity, 
usually the vagina or rectum, that melts and is 
absorbed by the body. 


particularly susceptible, as their toxicity thresholds are 
much lower than adults. About 10% of all accidental 
or suicidal episodes reported by hospitals are related 
to aspirin. 

As aspirin slows down platelet aggregation, its use 
increases risk of bleeding, a particular concern during 
surgery and childbirth. Aspirin’s irritant effect on the 
stomach lining may cause internal bleeding, some- 
times resulting in anemia. 


Reye syndrome is an extremely rare disease, pri- 
marily striking children between the ages of three and 
15 years after they have been treated with aspirin for a 
viral infection. Reye syndrome manifests as severe 
vomiting, seizures, disorientation, and sometimes 
coma, which can result in permanent brain damage 
or death. The cause of Reye syndrome is unknown, 
but the onset strongly correlates to the treatment of 
viral infections with aspirin. Incidents of Reye syn- 
drome in children on aspirin therapy for chronic 
arthritis are significant. In 1985, these observations 
were widely publicized and warning labels placed on 
all aspirin medications, resulting in a decline in the 
number of children with viruses being treated with 
aspirin and a corresponding decline in cases of Reye 
syndrome. 


Aspirin can adversely affect breathing in people 
with sinusitis or asthma, and long-term use may cause 
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kidney cancer or liver disease. There is some evidence 
that it delays the onset of labor in full-term pregnan- 
cies and, as it crosses the placenta, may be harmful to 
the fetus. 


See also Analgesia; Anti-inflammatory agents; 
Anticoagulants. 
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[ Acid rain 


“Acid rain” is a popularly used phrase that refers 
to the deposition of acidifying substances from the 
atmosphere and the environmental damage that this 
causes. Acid rain became a prominent issue around 
1970, and since then research has demonstrated that 
the deposition of atmospheric chemicals is causing 
widespread acidification of lakes, streams, and soil. 
The resulting biological effects include the disruption 
or even localized extinction of many populations of 
plants and fish. 


Atmospheric deposition 


Strictly speaking, the term acid rain should only 
refer to rainfall. However, acidification is not just 
caused by acidic rain, but also by chemicals in snow 
and fog and by inputs of gases and particulates when 
precipitation is not occurring. 


Of the many chemicals that are deposited from the 
atmosphere, the most important in terms of causing 
acidity in soil and surface waters (such as lakes and 
streams) are dilute solutions of sulfuric and nitric acids 
(H,SO, and HNOs, respectively) deposited as acidic 
rain or snow; gases that include sulfur dioxide 
(SO2) and oxides of nitrogen (NO and NOs, together 
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Acid rain damage done to a piece of architecture in Chicago, Illinois. (Richard P. Jacobs. JLM Visuals.) 


called NO,); and, tiny particulates such as ammo- 
nium sulfate ([NH4],SO4) and ammonium nitrate 
(NH,4NOs3). 


Depositions of the gases and particulates primar- 
ily occur when it is not raining or snowing and so are 
known as dry deposition. Large regions of Europe and 
North America are exposed to these acidifying depo- 
sitions. However, only certain types of ecosystems are 
vulnerable to becoming acidified by these atmospheric 
inputs. These usually have a thin cover of soil that 
contains little calcium and sit upon bedrock of hard 
minerals such as granite or quartz. Atmospheric dep- 
ositions have caused an acidification of freshwater 
ecosystems in such areas. Many lakes, streams, and 
rivers have become acidic, resulting in depleted pop- 
ulations of some plants and animals. 


Chemistry of precipitation 


The acidity of an aqueous solution is measured as 
its concentration of hydrogen ions (H *). The pH scale 
expresses this concentration in logarithmic units, 
ranging from very acidic solutions of pH 0, through 
the neutral value of pH 7, to very alkaline (or basic) 
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solutions of pH 14. It is important to recognize that a 
one-unit difference in pH (for example, from pH 3 to 
pH 4) represents a ten-fold difference in the concen- 
tration of hydrogen ions. 


Large regions are affected by acidic precipitation 
in North America, Europe, and elsewhere. A relatively 
small region of eastern North America is known to 
have experienced acidic precipitation before 1955, but 
this has since expanded so that most of the eastern 
United States and southeastern Canada is now 
affected. 


Interestingly, the acidity of precipitation is not 
usually greater close to large point-sources of emission 
of important gaseous precursors of acidity, such as 
smelters or power plants that emit SO, and NO,. 
This observation emphasizes the fact that acid rain is 
a regional phenomenon, not a local one. For instance, 
the acidity of precipitation is not appreciably influ- 
enced by distance from the world’s largest point- 
source of SO, emissions, a smelter in Sudbury, 
Ontario. Furthermore, when that smelter was tempo- 
rarily shut down by a labor dispute, the precipitation 
averaged pH 4.49, not significantly different from the 
pH 4.52 when there were large emissions of SO>. 
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Trees killed by acid rain in the Great Smoky Mountains. (JLM 
Visuals.) 


Dry deposition of acidifying substances 


Dry deposition occurs in the intervals of time 
between precipitation events. Dry deposition includes 
inputs of tiny particulates from the atmosphere, as 
well as the uptake of gaseous SO, and NO, by plants, 
soil, and water. Unlike wet deposition, the rates of dry 
deposition can be much larger close to point-sources 
of emission, compared with further away. 


Once they are dry deposited, certain chemicals can 
generate important quantities of acidity when they are 
chemically transformed in the receiving ecosystem. For 
example, SO, gas can dissolve into the water of lakes or 
streams, or it can be absorbed by the foliage of plants. 
This dry-deposited SO, is then oxidized to SO,?, 
which is electrochemically balanced by H™, so that 
acidity results. Dry-deposited NO, gas can similarly 
be oxidized to NO3~ and also balanced by H°. 


In relatively polluted environments close to emis- 
sions sources, the total input of acidifying substances 
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(i.e., wet and dry depositions) is dominated by the dry 
deposition of acidic substances and their acid-forming 
precursors. The dry deposition is mostly associated 
with gaseous SO, and NOx, because wet deposition is 
little influenced by distance from sources of emission. 


For example, within a 25 mi (40 km) radius of the 
large smelter at Sudbury, about 55% of the total input 
of sulfur from the atmosphere is due to dry deposition, 
especially SO2. However, less than 1% of the SO, 
emission from the smelter is deposited in that area, 
because the tall smokestack is so effective at widely 
dispersing the emissions. 


Because they have such a large surface area of 
foliage and bark, forests are especially effective at 
absorbing atmospheric gases and __ particles. 
Consequently, dry inputs accounted for about 33% 
of the total sulfur deposition to a hardwood forest in 
New Hampshire, 56-63% of the inputs of Sand N toa 
hardwood forest in Tennessee, and 55% of their inputs 
to a conifer forest in Sweden. 


In any forest, leaves and bark are usually the first 
surfaces encountered by precipitation. Most rainwater 
penetrates the foliar canopy and then reaches the forest 
floor as so-called throughfall, while a smaller amount 
runs down tree trunks as stemflow. Throughfall and 
stemflow have a different chemistry than the original 
precipitation. Because potassium is easily leached out 
of leaves, its concentration is especially changed. In a 
study of several types of forest in Nova Scotia, the 
concentration of potassium (K*) was about 10 times 
larger in throughfall and stemflow than in rain, while 
calcium (Ca**) and magnesium (Mg**) were three to 
four times more concentrated. There was less of a 
change in the concentration of H~; the rainwater pH 
was 4.4, but in throughfall and stemflow of hardwood 
stands pH averaged 4.7, and it was 4.44.5 in conifer 
stands. The decreases in acidity were associated with 
ion-exchange reactions occurring on foliage and bark 
surfaces, in which H™ is removed from solution in 
exchange for Ca**, Mg”*, and K ©. Overall, the “con- 
sumption” of hydrogen ions accounted for 42-66% of 
the input of H~ by precipitation to these forests. 


In areas polluted by SO, there can be large 
increases in the sulfate concentration of throughfall 
and stemflow, compared with ambient precipitation. 
This is caused by previously dry-deposited SO, and 
SO, washing off the canopy. At Hubbard Brook this 
SO, enhancement is about four times larger than 
ambient precipitation, while in central Germany it is 
about two to three times greater. These are both 
regions with relatively large concentrations of partic- 
ulate SO, and gaseous SO, in the atmosphere. 
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Once precipitation reaches the forest floor, it per- 
colates into the soil. Important chemical changes take 
place as microbes and plants selectively absorb, release, 
and metabolize chemicals; as ions are exchanged at the 
surfaces of particles of clay and organic matter; as 
minerals are made soluble by so-called acid-weathering 
reactions; and as secondary minerals such as certain 
clays and metal oxides are formed through chemical 
precipitation of soluble ions of aluminum, iron, and 
other metals. These various chemical changes can con- 
tribute to: soil acidification, the leaching of important 
chemicals such as calcium and magnesium, and the 
mobilization of toxic ions of aluminum, especially 
AP*. These are all natural, closely-linked processes, 
occurring wherever there is well-established vegetation, 
and where water inputs by precipitation are greater 
than evapotranspiration (i.e., evaporation from vegeta- 
tion and non-living surfaces). A potential influence of 
acid rain is to increase the rates of some of these proc- 
esses, such as the leaching of toxic H* and AP* to 
lakes and other surface waters. 


Some of these effects have been examined by 
experiments in which simulated rainwater of various 
pHs was added to soil contained in plastic tubes. These 
experiments have shown that very acidic solutions can 
cause a number of effects including soil acidification; 
decreased soil fertility due to increased leaching of 
calcium, magnesium, and potassium ions from the 
soil; increased solubilization of toxic ions of metals 
such as aluminum, iron, manganese, lead, and zinc; 
and, loss of sulfate. 


Soil acidification can occur naturally. This fact 
can be illustrated by studies of ecological succession 
on newly exposed parent materials of soil. At Glacier 
Bay, Alaska, the melting of glaciers exposes a mineral 
substrate with a pH of about 8.0, with up to 7-10% 
carbonate minerals. As this material is colonized and 
modified by vegetation and climate, its acidity 
increases, reaching about pH 4.8 after 70 years when 
a conifer forest is established. Accompanying this 
acidification is a reduction of carbonates to less than 
1%, caused by leaching and uptake by plants. 


Several studies have attempted to determine 
whether naturally occurring soil acidification has 
been intensified as a result of acid rain and associated 
atmospheric depositions. So far, there is no conclusive 
evidence that this has occurred on a wide scale. It 
appears that soil acidification is a potential, longer- 
term risk associated with acid rain. 


Compared with the water of precipitation, that of 
lakes, ponds, streams, and rivers is relatively concen- 
trated in ions, especially in calcium, magnesium, 
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potassium, sodium, sulfate, and chloride. These chem- 
icals have been mobilized from the terrestrial part of 
the watersheds of the surface waters. In addition, some 
surface waters are colored brown because of their high 
concentrations of dissolved organic compounds, usu- 
ally leached out of nearby bogs. Brown-water lakes are 
often naturally acidic, with a pH of about 4 to 5. 


Seasonal variations in the chemistry of surface 
waters are important. Where a snowpack accumu- 
lates, meltwater in the springtime can be quite acidic. 
This happens because soils are frozen and/or saturated 
during snowmelt, so there is little possibility to neu- 
tralize the acidity of meltwater. So-called “acid shock” 
events in streams have been linked to the first melt- 
waters of the snowpack, which are generally more 
acidic than later fractions. 


A widespread acidification of weakly-buffered 
waters has affected the northeastern United States, 
eastern Canada, Scandinavia, and elsewhere. In 
1941, for example, the average pH of 21 lakes in 
central Norway was 7.5, but only 5.4-6.3 in the 
1970s. Before 1950 the average pH of 14 Swedish 
water bodies was 6.6, but 5.5 in 1971. In New York’s 
Adirondack Mountains, 4% of 320 lakes had pH less 
than 5 in the 1930s, compared with 51% of 217 lakes in 
that area in 1975 (90% were also devoid of fish). The 
Environmental Protection Agency sampled a large 
number of lakes and streams in the United States in 
the early 1990s. Out of 10,400 lakes, 11% were acidic, 
mostly in the eastern United States. Atmospheric dep- 
osition was attributed as the cause of acidification of 
75% of the lakes, while 3% had been affected by acidic 
drainage from coal mines and 22% by organic acids 
from bogs. Of the 4,670 streams considered acidic, 
47% had been acidified by atmospheric deposition, 
26% by acid-mine drainage, and 27% by bogs. 


Surface waters that are vulnerable to acidification 
generally have a small acid-neutralizing capacity. 
Usually, H* is absorbed until a buffering threshold is 
exceeded, and there is then a rapid decrease in pH until 
another buffering system comes into play. Within the 
pH range of 6 to 8, bicarbonate alkalinity is the natural 
buffering system that can be depleted by acidic deposi- 
tion. The amount of bicarbonate in water is determined 
by geochemical factors, especially the presence of min- 
eral carbonates such as calcite (CaCO3) or dolomite 
(CaMgCOs) in the soil, bedrock, or aquatic sediment 
of the watershed. Small pockets of these minerals are 
sufficient to supply enough acid-neutralizing capacity 
to prevent acidification, even in regions where acid rain 
is severe. In contrast, where bedrock, soil, and sediment 
are composed of hard minerals such as granite and 
quartz, the acid-neutralizing capacity is small and 
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acidification can occur readily. Vulnerable watersheds 
have little alkalinity and are subject to large depositions 
of acidifying substances; these are especially common in 
glaciated regions of eastern North America and 
Scandinavia and at high altitude in more southern 
mountains (such as the Appalachians) where crustal 
granite has been exposed by erosion. 


High-altitude, headwater lakes and streams are 
often at risk because they usually have small water- 
sheds. Because there is little opportunity for rainwater 
to interact with the thin soil and bedrock typical of 
headwater systems, little of the acidity of precipitation 
is neutralized before it reaches surface water. 


Acidification of freshwaters can be described as a 
titration of a dilute bicarbonate solution with sulfuric 
and nitric acids derived from atmospheric deposition. 
In waters with little alkalinity, and where the water- 
shed provides large fluxes of sulfate accompanied by 
hydrogen and aluminum ions, the body of water is 
vulnerable to acidification. 


Few studies have demonstrated injury to terres- 
trial plants caused by an exposure to ambient acid 
rain. Although many experiments have demonstrated 
injury to plants after treatment with artificial “acid 
rain” solutions, the toxic thresholds are usually at 
substantially more acidic pHs than normally occur in 
nature. 


For example, some Norwegian experiments 
involved treating young forests with simulated acid 
rain. Lodgepole pine watered for three years grew 
15-20% more quickly at pHs 4 and 3, compared with 
a “control” treatment of pH 5.6-6.1. The height 
growth of spruce was not affected over the pH range 
5.6 to 2.5, while Scotch pine was stimulated by up to 
15% at pHs of 2.5 to 3.0, compared with pH 5.6-6.1. 
Birch trees were also stimulated by the acid treat- 
ments. However, the feather mosses that dominated 
the ground vegetation were negatively affected by acid 
treatments. 


Because laboratory experiments can be well 
controlled, they are useful for the determination of 
dose-response effects of acidic solutions on plants. In 
general, growth reductions are not observed unless treat- 
ment the pH is more acidic than about 3.0, and some 
species are stimulated by a more acidic pH than this. In 
one experiment, the growth of white pine seedlings was 
greater after treatment at pH levels from 2.3 to 4.0 than 
at pH 5.6. In another experiment, seedlings of 11 tree 
species were treated over the pH range of 2.6 to 5.6. 
Injuries to foliage occurred at pH 2.6, but only after a 
week of treatment with this very acidic pH. 
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Overall, it appears that trees and other vascular 
plants are rather tolerant of acidic rain, and they may 
not be at risk of suffering direct, short-term injury 
from ambient acidic precipitation. It remains possible, 
however, that even in the absence of obvious injuries, 
stresses associated with acid rain could decrease plant 
growth. Because acid rain is regional in character, 
these yield decreases could occur over large areas, 
and this would have important economic implications. 
This potential problem is most relevant to forests and 
other natural vegetation. This is because agricultural 
land is regularly treated with liming agents to reduce 
soil acidity, and because acid production by cropping 
and fertilization is much larger than that caused by 
atmospheric depositions. 


Studies in western Europe and eastern North 
America have examined the possible effects of acid 
rain on forest productivity. Recent decreases in pro- 
ductivity have been shown for various tree species and 
in various areas. However, progressive decreases in 
productivity are natural as the canopy closes and com- 
petition intensifies in developing forests. So far, 
research has not separated clear effects of regional 
acid rain from those caused by ecological succession, 
insect defoliation, or climate change. 


The community of microscopic algae (or phyto- 
plankton) of lakes is quite diverse in species. Non- 
acidic, oligotrophic (i.e., unproductive) lakes in a tem- 
perate climate are usually dominated by golden-brown 
algae and diatoms, while acidic lakes are typically 
dominated by dinoflagellates, cryptomonads, and 
green algae. 


An important experiment was performed in a 
remote lake in Ontario, in which sulfuric acid was 
added to slowly acidify the entire lake, ultimately to 
about pH 5.0 from the original pH of 6.5. During this 
whole-lake acidification, the phytoplankton commun- 
ity changed from an initial domination by golden- 
brown algae to dominance by green algae. There was 
no change in the total number of species, but there was 
a small increase in algal biomass after acidification 
because of an increased clarity of the water. 


In some acidified lakes, the abundance of larger 
plants (called macrophytes) has decreased, sometimes 
accompanied by increased abundance of a moss 
known as Sphagnum. In itself, proliferation of 
Sphagnum can cause acidification, because these 
plants efficiently remove cations from the water in 
exchange for H™, and their mats interfere with acid 
neutralizing processes in the sediment. 


Zooplankton are small crustaceans living in the 
water column of lakes. These animals can be affected 
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by acidification through the toxicity of H* and asso- 
ciated metals ions, especially Al?*; changes in their 
phytoplankton food; and changes in predation, espe- 
cially if plankton-eating fish become extirpated by 
acidification. Surveys have demonstrated that some 
zooplankton species are sensitive to acidity, while 
others are more tolerant. 


Fish are the best-known victims of acidification. 
Loss of populations of trout, salmon, and other spe- 
cies has occurred in many acidified freshwaters. A 
survey of 700 Norwegian lakes, for example, found 
that brown trout were absent from 40% of the water 
bodies and sparse in another 40%, even though almost 
all of the lakes had supported healthy fish populations 
prior to the 1950s. Surveys during the 1930s in the 
Adirondack Mountains of New York found brook 
trout in 82% of the lakes. However, in the 1970s fish 
did not occur in 43% of 215 lakes in the same area, 
including 26 definite extirpations of brook trout in 
resurveyed lakes. This dramatic change paralleled the 
known acidification of these lakes. Other studies docu- 
mented the loss of fish populations from lakes in the 
Killarney region of Ontario, where there are known 
extirpations of lake trout in 17 lakes, while small- 
mouth bass have disappeared from 12 lakes, large- 
mouth bass and walleye from four, and yellow perch 
and rock bass from two. 


Many studies have been made of the physiological 
effects of acidification on fish. Younger life-history 
stages are generally more sensitive than adults, and 
most losses of fish populations can be attributed to 
reproductive failure, rather than mortality of adults 
(although adults have sometimes been killed by acid- 
shock episodes in the springtime). 


There are large increases in concentration of cer- 
tain toxic metals in acidic waters, most notably ions of 
aluminum. In many acidic waters aluminum ions can 
be sufficient to kill fish, regardless of any direct effect 
of H~. In general, survival and growth of larvae and 
older stages of fish are reduced if dissolved aluminum 
concentrations are larger than 0.1 ppm, an exposure 
regularly exceeded in acidic waters. The most toxic 
ions of aluminum are Al?* and AIOH?*. 


Although direct effects of acidification on aquatic 
birds have not been demonstrated, changes in their 
habitat could indirectly affect their populations. 
Losses of fish populations would be detrimental to 
fish-eating waterbirds such as loons, mergansers, and 
osprey. In contrast, an increased abundance of aquatic 
insects and zooplankton, resulting from decreased 
predation by fish, could be beneficial to diving ducks 
such as common goldeneye and hooded merganser, 
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and to dabbling ducks such as the mallard and black 
duck. 


Fishery biologists especially are interested in lim- 
ing acidic lakes to create habitat for sport fish. 
Usually, acidic waters are treated by adding limestone 
(CaCO) or lime (Ca[OH]3), a process analogous to a 
whole-lake titration to raise pH. In some parts of 
Scandinavia liming has been used extensively to miti- 
gate the biological damages of acidification. By 1988 
about 5,000 water bodies had been limed in Sweden, 
mostly with limestone, along with another several 
hundred lakes in southern Norway. In the early 
1980s there was a program to lime 800 acidic lakes in 
the Adirondack region of New York. 


Although liming rapidly decreases the acidity of a 
lake, the water later re-acidifies at a rate determined by 
size of the drainage basin, the rate of flushing of the 
lake, and continued atmospheric inputs. Therefore, 
small headwater lakes have to be re-limed more fre- 
quently. In addition, liming initially stresses the acid- 
adapted biota of the lake, causing changes in species 
dominance until a new, steady-state ecosystem is 
achieved. It is important to recognize that liming is a 
temporary management strategy, and not a long-term 
solution to acidification. 


Neutralization of acidic ecosystems treats the 
symptoms, but not the sources of acidification. 
Clearly, large reductions in emissions of the acid- 
forming gases SO; and NO, are the ultimate solution 
to this widespread environmental problem. However, 
there is controversy over the amount that the emis- 
sions must be reduced in order to alleviate acidic dep- 
osition and about how to pursue the reduction of 
emissions. For example, should large point sources 
such as power plants and smelters be targeted, with 
less attention paid to smaller sources such as automo- 
biles and residential furnaces? Not surprisingly, indus- 
tries and regions that are copious emitters of these 
gases lobby against emission controls, which they 
argue do not have adequate scientific justification. 


In spite of many uncertainties about the causes 
and magnitudes of the damage associated with acid 
rain and related atmospheric depositions, it is intui- 
tively clear that what goes up (that is, the acid-precursor 
gases) must come down (as acidifying depositions). 
This common-sense notion is supported by a great 
deal of scientific evidence, and, because of public 
awareness and concerns about acid rain in many coun- 
tries, politicians have began to act more effectively. 
Emissions of sulfur dioxide and nitrogen oxides are 
being reduced, especially in western Europe and North 
America. For example, in 1992 the governments of the 
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Acid rain 


KEY TERMS 


Acid mine drainage—Surface water or groundwater 
that has been acidified by the oxidation of pyrite and 
other reduced-sulfur minerals that occur in coal and 
metal mines and their wastes. 


Acid shock—A short-term event of great acidity. This 
phenomenon regularly occurs in freshwater systems 
that receive intense pulses of acidic water when an 
accumulated snowpack melts rapidly in the spring. 


Acidic rain (acidic precipitation)—(1) Rain, snow, 
sleet, or fog water having a pH less than 5.65. (2) The 
deposition of acidifying substances from the atmos- 
phere during a precipitation event. 


Acidification—An increase over time in the content 
of acidity in a system, accompanied by a decrease in 
acid-neutralizing capacity. 

Acidifying substance—Any substance that causes 
acidification. The substance may have an acidic 
character and therefore act directly, or it may ini- 
tially be non-acidic but generate acidity as a result of 
its chemical transformation, as happens when 
ammonium is nitrified to nitrate, and when sulfides 
are oxidized to sulfate. 


Acidity—The ability of a solution to neutralize an 
input of hydroxide ion (OH). Acidity is usually 
measured as the concentration of hydrogen ion 


United States and Canada signed an air-quality agree- 
ment aimed at reducing acidifying depositions in both 
countries. This agreement called for large expendi- 
tures by government and industry to achieve substan- 
tial reductions in the emissions of air pollutants during 
the 1990s. Eventually, these actions should improve 
environmental conditions related to damage caused by 
acid rain, but as of 2006 no long-term studies have 
definitively attributed specific changes (generally 
reductions in acid rain levels) to policy changes rather 
than improved technologies that also reduce levels of 
acidic rain. 


So far, the actions to reduce emissions of the 
precursor gases of acidifying deposition have only 
been vigorous in western Europe and North 
America. Actions are also needed in other, less weal- 
thy regions where the political focus is on industrial 
growth and not on control of air pollution and other 
environmental damages that are used to subsidize that 
growth. In the coming years, much more attention will 
have to be paid to acid rain and other pollution 
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(H*), in logarithmic pH units (see also pH). Strictly 
speaking, an acidic solution has a pH less than 7.0. 


Acidophilous—Refers to organisms that only occur 
in acidic habitats and are tolerant of the chemical 
stresses of acidity. 


Conservation of electrochemical neutrality—Refers 
to an aqueous solution, in which the number of 
cation equivalents equals the number of anion 
equivalents, so that the solution does not have a net 
electrical charge. 


Equivalent—Abbreviation for mole-equivalent, cal- 
culated as the molecular or atomic weight multiplied 
by the number of charges of the ion. Equivalent units 
are necessary for a charge-balance calculation, related 
to the conservation of electrochemical neutrality 
(above). 


Leaching—The movement of dissolved chemicals 
with water percolating through soil. 


pH—The negative logarithm to the base 10 of the 
aqueous concentration of hydrogen ions in units 
of moles per liter. An acidic solution has pH less 
than 7, while an alkaline solution has pH greater 
than 7. Note that a one-unit difference in pH implies 
a ten-fold difference in the concentration of hydro- 
gen ions. 


problems in eastern Europe, Russia, China, India, 
southeast Asia, Mexico, and other so-called “develop- 
ing” nations. Emissions of air pollutants are rampant 
in these places, and are increasing rapidly. 


A concept that has gained popularity since the 
1990s is referred to as emissions trading. In this 
scheme, a polluting installation essentially pays a 
license to emit pollution. However, this sum is reim- 
bursed if the pollution is cut or stopped. Thus, there is 
an economic incentive to reduce emissions. 


See also Forests; Sulfur dioxide. 
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| Acids and bases 


Acids and bases are chemical compounds that 
have certain specific properties in aqueous solutions. 
In most chemical circumstances, acids are chemicals 
that produce positively-charged hydrogen ions (H~) 
in water, while bases are chemicals that produce neg- 
atively-charged hydroxide ions (OH ) in water. Bases 
are sometimes called alkalis. Acids and bases react 
with each other in a reaction called neutralization. In 
a neutralization reaction, the hydrogen ion and the 
hydroxide ion react to form a molecule of water: 


H* + OH —H.O 


Chemically, acids and bases are considered to be 
opposites of each other. The concept of acids and 
bases is so important in chemistry that there are sev- 
eral useful definitions of “acid” and “base” that per- 
tain to different chemical environments, although the 
definition above is the most common one. 


Acids and bases have some general properties. 
Many acids have a sour taste. Citric acid, found in 
oranges and lemons, is one example in which the sour 
taste is related to the fact that the chemical is an acid. 
Molecules that are bases usually have a bitter taste, 
like caffeine. Bases make solutions that are slippery. 
Many acids will react with metals to dissolve the metal 
and, at the same time, generate hydrogen gas, Hb». 
Perhaps the most obvious behavior of acids and 
bases is their ability to change the colors of certain 
other chemicals. Historically, to determine if a solu- 
tion is acidic or basic, an extract of lichens (V. /ecanora 
and V. rocella) called litmus has been used, since it 
turns blue in the presence of bases and red in the 
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presence of acids. Litmus paper is still commonly 
used to indicate whether a compound is an acid or a 
base. Extracts made from red onions, red cabbage, 
and many other fruits and vegetables change colors 
in the presence of acids and bases. These materials are 
called indicators. 


Classic definition of acids and bases 


Although acids and bases have been known for 
centuries (vinegar, for example, is an acid), the first 
attempt to define what makes a compound an acid ora 
base was made by the Swedish chemist Svante 
Arrhenius (1859-1927), who proposed the definition 
that an acid was any compound that produced hydro- 
gen ions, H*, when dissolved in water, and a base was 
any compound that produced hydroxide ions, OH’, 
when dissolved in water. Although this was (and still 
is) a very useful definition, it has two major limita- 
tions. First, it was limited to water, or aqueous, sol- 
utions. Second, it practically limited acids and bases to 
ionic compounds that contained the H~ ion or the 
OH’ ion (compounds like hydrochloric acid, HCI, or 
sodium hydroxide, NaOH). Limited though it might 
be, it was an important step in the understanding of 
chemistry in solutions, and for his work on solution 
chemistry Arrhenius was awarded the 1903 Nobel 
Prize in chemistry. 


Many common acids and bases are consistent 
with the Arrhenius definition. The following table 
shows a few common acids and bases and their uses. 
In all cases it is assumed that the acid or base is 
dissolved in water. 


Many acids release only a single hydrogen ion per 
molecule into solution. Such acids are called monop- 
rotic. Examples include hydrochloric acid, HCl, and 
nitric acid, HNO3. Diprotic acids can release two 
hydrogen ions per molecule. H,SO, is an example. 
Triprotic acids, like H3POu,, can release three hydrogen 
ions into solution. Acetic acid has the formula 
HC;H;30; and is a monoprotic acid because it is com- 
posed of one H “ion and one acetate ion, C;H30,. 
The three hydrogen atoms in the acetate ion do not act 
as acids. 


Strong and weak acids and bases 


An important consideration when dealing with 
acids and bases is their strength; that is, how chemi- 
cally reactive they are as acids and bases. The strength 
of an acid or base is determined by the degree of 
ionization of the acid or base in solution—that is, the 
percentage of dissolved acid or base molecules that 
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saseq pure sploy 


Acids and bases 


Acids and bases 


Acid Name Use 


Name Use 


HCI hydrochloric acid 
H2SO. sulfuric acid 


cleaning, drugs, plastics 
chemical synthesis, batteries 
vinegar 


HC2Hs02 acetic acid 


Acids and Bases and Their Common Uses. (Thomson Gale.) 


release hydrogen or hydroxide ions. If all of the dis- 
solved acid or base separates into ions, it is called a 
strong acid or strong base. Otherwise, it is a weak acid 
or weak base. 


Strong acids and bases are 100% ionized in aque- 
ous solution; in other words they completely dissociate 
to form ions. In contrast, weak acids or bases do not 
completely ionize. The percentage of the acid and base 
molecules that are ionized in solution varies and 
depends on the concentration of the acid. For exam- 
ple, a 2% solution of acetic acid in water, which is 
about the concentration found in vinegar, is only 0.7% 
ionized. This means that fully 99.3% of the acetic acid 
molecules are not ionized and exist in solution as the 
complete acetic acid molecule. 


Brensted-Lowry definition of acids and bases 


Although the Arrhenius definitions of acids and 
bases are the simplest and most useful, they are not the 
most widely applicable. Some compounds, like ammo- 
nia, NH3, act like bases in aqueous solution even 
though they are not hydroxide-containing com- 
pounds. Also, the Arrhenius definition assumes that 
the acid-base reactions are occurring in aqueous 
(water-based) solutions. In some cases, water is indeed 
the solvent, yet in other cases, water is not the solvent; 
rather an alcohol or some other liquid is involved. 
Thus, it was necessary to formulate definitions of 
acids and bases independent of the solvent and the 
presence of H* and OH “ions. 


Such a definition was proposed in 1923 by English 
chemist Thomas Lowry (1874-1936) and Danish 
chemists J. N. Bronsted (1879-1947) and N. Bjerrum 
(1879-1958); it is called the Bronsted-Lowry definition 
of acids and bases. The central chemical species of this 
definition is H* , which consists merely of a proton. By 
the Bronsted-Lowry definition, an acid is any chemical 
species that donates a proton to another chemical 
species. Conversely, a base is any chemical species 
that accepts a proton from another chemical species. 
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sodium hydroxide drain cleaner, soap 
potassium hydroxide soaps 
magnesium hydroxide antacids 


Simply put, a Bronsted-Lowry acid is a proton donor 
and a Brensted-Lowry base is a proton acceptor. 


In order to better understand the Bronsted-Lowry 
definition, it needs to be understood what is meant by 
a proton. The descriptions proton donor and proton 
acceptor are easy to remember, but are there actually 
bare protons floating around in solution? Not really. 
In aqueous solution, the protons are attached to the 
oxygen atoms of water molecules, giving them a pos- 
itive charge. This species is called the hydronium ion 
and has the chemical formula H;0 * . It is more accu- 
rate to use the hydronium ion instead of the bare 
hydrogen ion when writing equations for chemical 
reactions between acids and bases in aqueous solution. 
For example, the reaction between the hydronium ion 
and the hydroxide ion, the typical Arrhenius acid-base 
reaction, would produce two molecules of water. 


Lewis definition of acids and bases 


The Bronsted-Lowry acid-base definition, while 
broader than the Arrhenius definition, is still limited 
to hydrogen-containing compounds, and is dependent 
on a hydrogen ion (that is, a proton) transferring from 
one molecule to another. Ultimately, a definition of 
acid and base that is completely independent of the 
presence of a hydrogen atom is necessary. 


Such a definition was provided in 1923 by 
American chemist Gilbert N. Lewis (1875-1946). 
Instead of focusing on protons, Lewis’s definition 
focuses on electron pairs. Since all compounds contain 
electron pairs, the Lewis definition is applicable to a 
wide range of chemical reactions. 


A Lewis acid is defined as the reactant in a chem- 
ical reaction that accepts an electron pair from 
another reactant. A Lewis base is defined as the reac- 
tant in a chemical reaction that donates an electron 
pair to another reactant. Like the Bronsted-Lowry 
definition of acids and bases, the Lewis definition is 
reaction-dependent. A compound is not an acid or 
base in its own right; rather, how that compound 
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KEY TERMS 


Functional group—Specific groupings of atoms ina 
molecule. 


lonic compound—A compound consisting of pos- 
itive ions (usually metal ions) and negative ions 
(nonmetal ions) held together by electrostatic 
attraction. 


reacts with another compound is what determines 
whether it is an acid or a base. 


Organic acids 


Organic chemistry is the study of compounds of 
the element carbon. Organic chemistry uses the ideas 
of acids and bases in two ways. The more general way 
is that the concept of Lewis acids and bases is used to 
classify organic chemical reactions as acid/base reac- 
tions because the donation of electron pairs is quite 
common. 


The second way that organic chemistry uses the 
concepts of acids and bases is in the definition, as 
acidic or basic, of certain groupings (called functional 
groups) of atoms within an organic molecule. An 
organic base is, in the true Lewis base style, any mol- 
ecule with electron pairs that can be donated. The 
most common organic base involves a nitrogen 
atom, N, bonded to carbon-containing groups. One 
important class of such compounds is known as 
amines. In these compounds, the nitrogen atom has 
an unbonded electron pair that it can donate as it 
reacts as a Lewis base. Several of these compounds 
are gases and have a somewhat putrid, fish-like odor. 
These compounds are relatively simple molecules. 
There are larger organic molecules, including many 
of natural origin, that contain a nitrogen atom and 
so have certain base-like properties. These compounds 
are called alkaloids. Examples include quinine, caf- 
feine, strychnine, nicotine, morphine, and cocaine. 


Organic chemistry uses the acid concept not only 
in the definition of the Lewis acid but also by defining 
a particular collection of atoms as an acid functional 
group. Any organic molecule containing a carboxyl 
group, —COQOH, is called a carboxylic acid. (Non- 
organic acids are sometimes called mineral acids). 
Examples include formic acid, which has the formula 
HCOOH. This acid is produced by some ants and 
causes their bites to sting. Another example is acetic 
acid, CH;COOH, which is the acid in vinegar. 
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Uses of acids and bases 


Many specific uses of acids and bases have been 
discussed above. Generally, strong acids and bases are 
used for cleaning and, most importantly, for synthesiz- 
ing other compounds. 
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| Acne 


Acne, also called acne vulgaris, is a chronic inflam- 
mation of the sebaceous glands embedded in the skin. 
These glands secrete sebum, an oily lubricant. As a 
skin disease, acne is characterized by pimples primar- 
ily on the face, chest, and back. It occurs when the 
pores of the skin become clogged with oil, dead skin 
cells, and bacteria. According to the National Institute 
of Arthritis and Musculoskeletal and Skin Diseases, 
acne affects nearly 17 million people in the United 
States at any one time, or about one in sixteen people. 
While it can arise at any age, acne usually begins at 
puberty and worsens during adolescence. Nearly 85% 
of people develop acne at some time between the ages 
of 12 to 25 years. Based on these statistics, acne is the 
most common skin disease in the United States. 


Youth and adults 


Although it may occur at any age, acne is most 
frequently associated with the maturation of young 
adult males. Part of the normal maturation process 
involves the production of—or altered expression of— 
hormones. During adolescence, hormones termed 
androgens are produced. Androgens stimulate the 
enlargement of the sebaceous glands and result in 
increased production of dermal oils designed to facil- 
itate the growth of facial hair. In females, androgen 
production is greater around the time of menstruation. 
Estrogen in females also reduces sebum production. 
As a result, acne often appears in young women at the 
time of their monthly menstrual period. 
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Acne 


Acne vulgaris affecting a woman’s face. Acne is the general 
name given to a skin disorder in which the sebaceous glands 
become inflamed. (Biophoto Associates. National Audubon 
Society Collection/Photo Researchers, Inc.) 


In most cases, acne resolves itself by the time the 
individual is 20 to 30 years old. 


One out of every five adult men and one out of 
three adult women are inflicted some time in their lives 
with what is called adult cosmetic acne. It is called 
adult cosmetic acne because cosmetics are the second 
largest factor contributing to acne in adult women and 
men. Adult acne can be formed by the use of skin care 
products, shaving creams and foams, sun-block and 
self-tanning products, and makeup. 


Diagnosis 


Acne patients are often treated by family doctors, 
but some cases are handled by a dermatologist, a skin 
disease specialist, or an endocrinologist, a specialist 
who treats diseases of the endocrine (hormones and 
glands) system. Acne is not difficult to diagnose. The 
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doctor takes a complete medical history and asks 
about skin care, diet, flare-ups, medication use, and 
prior treatment. The physical examination includes 
checking of the face, upper neck, chest, shoulders, 
back, and other affected areas. Treatment choices 
depend on whether the acne is mild, moderate, or 
severe. 


Contrary to popular myth, acne is not caused or 
aggravated by eating greasy foods or chocolate. Bacteria 
play a critical role in the development of acne. The 
principal bacterial species associated with acne is 
Proprionibacterium acnes, the other is Staphylocccus epi- 
dermidis. These microorganisms normally reside on the 
skin and inside hair follicles. 


The outward flow of oil forces the bacteria to the 
surface where it can be removed with washing. 
However, in the androgen-altered hair follicles, the 
cells lining the cavity shed more frequently, stick 
together, mix with the excess oil that is being pro- 
duced, and pile up in clumps inside the cavity. The 
accumulated material is a ready nutrient source for the 
Proprionibacterium acnes in the cavity. The bacteria 
grow and multiply rapidly to produce an acne sore or 
pustule. 


As the numbers of bacteria increase, by-products 
of their metabolic activities cause additional inflam- 
mation. The bacteria also contain enzymes that can 
degrade the oil from the oil glands into free fatty acids 
that are irritating to the skin. Various other bacterial 
enzymes contribute to inflammation (e.g., proteases 
and phosphatases). 


The damage caused by bacteria in acne ranges 
from mild to severe. In a mild case of acne, only so- 
called blackheads or whiteheads are evident on the 
skin. More severe cases are associated with more 
blackheads, whiteheads, and pimples, and also with 
inflammation. The most severe form, called cystic 
acne, may produce marked inflammation over the 
entire upper body, and requires a physician’s attention 
to reduce the bacterial populations. 


Manipulating (e.g., squeezing, scratching, or pick- 
ing) acne pustules can cause deep and permanent scar- 
ring. Normally, simply washing the affected area with 
soap will help dislodge the material plugging the duct. 


Treatments 


Treatment for mild to moderate acne consists of 
topical medications (medications that go on the skin) 
and oral antibiotics (medications that are taken inter- 
nally). These drugs may be used for months to years to 
control flare-ups. Topical medications are cream, gel, 
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lotion, or pad preparations that include antibiotics 
(agents that kill bacteria) or comedolytics (agents 
that loosen hard plugs and open pores). Possible side 
effects include mild redness, peeling, irritation, dry- 
ness, and an increased sensitivity to sunlight. Oral 
antibiotics may also be prescribed for mild to moder- 
ate acne. The drugs are taken daily for two to four 
months. Possible side effects include allergic reactions, 
stomach upset, vaginal yeast infections, dizziness, and 
tooth discoloration. 


For severe acne with cysts and nodules, oral iso- 
tretinoin (Accutane) is used because it effectively 
reduces sebum production and cell stickiness. It is 
taken for four to five months and may be prescribed 
with topical or oral antibiotics. Side effects include 
temporarily worse acne, dry skin, nosebleeds, vision 
disorders, and elevated liver enzymes, blood fats, and 
cholesterol. This drug cannot be taken during preg- 
nancy because it causes birth defects. Women who are 
unresponsive to other therapies may be prescribed 
anti-androgen drugs, certain types of oral contracep- 
tives, or female sex hormones. 


Oral corticosteroids, or anti-inflammatory drugs, 
are used for an extremely severe, but rare type of destruc- 
tive inflammatory acne called acne fulminans, found 
mostly in adolescent males. Acne conglobata, a more 
common form of severe acne, is characterized by numer- 
ous, deep, inflammatory nodules that heal with scarring. 
It is treated with oral isotretinoin and corticosteroids. 


Surgical or medical treatments are available to 
treat acne or acne scars. In comedone extraction, the 
comedo is removed from the pore with a special tool. 
Chemical peels involve applying glycolic acid to peel 
off the top layer of skin to reduce scarring. Another 
technique in which the top layer of skin is removed is 
dermabrasion. In this procedure, the affected skin is 
frozen with a chemical spray, and removed by brush- 
ing or planing. If scars are deep, a procedure called 
punch grafting may be an option. Deep scars are 
excised and the area repaired with small skin grafts. 
Drug injection is another option for some people. With 
intralesional injection, corticosteroids are injected 
directly into inflamed pimples. Collagen injection 
elevates shallow scars. 


Lessening the condition 


Although the tendency to develop acne can be 
passed from parent to child, certain behaviors can 
aggravate acne outbreak. Acne can be caused by 
mechanical irritation, including pulling or stretching 
the skin, as often happens in athletic activities. 
Because steroid drugs contain androgens, taking 
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steroids can also aggravate acne. Adolescent women 
who use oil-based cosmetics and moisturizers may 
develop an aggravated case of acne. Because the bac- 
teria active in acne are normal residents of the skin, 
there is no cure for acne. Rather, the condition is 
lessened until biochemical or lifestyle changes in the 
individual lessen or eliminate the conditions that pro- 
mote bacterial overgrowth. 


Adopting a healthy lifestyle that promotes health- 
ier skin will help minimize acne. Drinking plenty of 
water, eating a healthy diet, and getting regular exer- 
cise have all been show to reduce acne. Even though 
acne is not curable, it can be controlled by proper 
treatment. Acne tends to reappear when treatment 
stops, but can spontaneously improve over time. 


See also Menstrual cycle. 


| Acorn worm 


Acorn worms are marine, worm-like animals, most 
of which live in sand or mud burrows. Acorn worms are 
members of the phylum Hemichordata, which includes 
two classes—the Enteropneusta (the acorn worms) and 
the Pterobranchia (pterobranchs). The acorn worms 
include four genera, Balanoglossus, also known as tongue 
worms; Glossobalanus, Ptychodera, and Saccoglossus. 
Acorn worms generally vary in size from 1 to 39 in (I- 
100 cm) in length. The body of acorn worms consists 
of a proboscis, a collar, and a trunk. The proboscis is 
very muscular and primarily used for digging. 
Together with the collar it resembles an acorn, hence 
its name. The trunk is usually substantially longer 
than the proboscis and collar segments. 


Embryos of hemichordates share similarities with 
both the phylum Echinodermata (starfish and sand dol- 
lars) and with the phylum Chordata (cephalochordates 
and vertebrates). The larvae of the subphylum 
Cephalochordata, which includes Amphioxus, closely 
resemble the larvae of Hemichordates. This suggests 
that the Hemichordata may have given rise to the 
Chordata and, therefore, vertebrates. 


The phylum Chordata is characterized by a dor- 
sal, hollow nerve cord, a notochord, pharyngeal gill 
slits or pouches, and a coelom, the fluid-filled main 
body cavity. Acorn worms resemble chordates in that 
these worms have pharyngeal gill slits, a nerve cord, 
and a coelom. A small structure in the anterior trunk 
was once thought to be a notochord, but it has been 
shown to be an extension of the gut. 
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| Acoustics 


Acoustics, sometimes called acoustical physics, is 
the science that deals with the production, transmis- 
sion, reception, control, and effects of sound in gases, 
liquids, and solids. The word acoustic was derived from 
the ancient Greek word akoustikos, meaning able to be 
heard. Sound may be produced when a material body 
vibrates; it is transmitted only when there is some 
material body, called the medium, that can carry the 
vibrations away from the producing body; it is received 
when a third material body, attached to some indicating 
device, is set into vibratory motion by that intervening 
medium. However, the only vibrations that are consid- 
ered sound (or sonic vibrations) are those in which the 
medium vibrates in the same direction as the sound 
travels, and for which the vibrations are very small. 
When the rate of vibration is below the range of 
human hearing, the sound is termed infrasonic; when 
it is above that range, it is called ultrasonic. The term 
supersonic refers to bodies moving at speeds greater 
than the speed of sound, and is not normally involved 
in the study of acoustics. 


Production of sound 


There are many examples of vibrating bodies pro- 
ducing sounds. Some examples are as simple as a 
string in a violin or piano, or a column of air in an 
organ pipe or in a clarinet; some are as complex as the 
vocal chords of a human. Sound may also be caused by 
a large disturbance that causes parts of a body to 
vibrate, such as sounds caused by a falling tree. 


Vibrations of a string 


To understand some of the fundamentals of sound 
production and propagation it is instructive to first 
consider the small vibrations of a stretched string held 
at both ends under tension. While these vibrations are 
not an example of sound, they do illustrate many of the 
properties of importance in acoustics as well as in the 
production of sound. The string may vibrate in a variety 
of different ways, depending upon whether it is struck or 
rubbed to set it in motion, and where on the string the 
action took place. However, its motion can be analyzed 
into a combination of a large number of simple motions. 
The simplest, called the fundamental (or the first har- 
monic), appears in Figure 1, which shows the outermost 
extensions of the string carrying out this vibration. 


The second harmonic is shown in Figure 2; the 
third harmonic in Figure 3; and so forth (the whole 
set of harmonics beyond the first are called the 
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Figures 1 through 5. (Courtesy of Gale Research.) 


overtones). The rate at which these vibrations take 
place (number of times per second the motion is 
repeated) is called the frequency, denoted by f (the 
reciprocal of the frequency, which is the time for one 
cycle to be competed, is called the period). A single 
complete vibration is normally termed a cycle, so that 
the frequency is usually given in cycles per second, 
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or the equivalent modern unit, the hertz (abbreviated 
Hz). It is characteristic of the stretched string that the 
second harmonic has a frequency twice that of the 
fundamental; the third harmonic has a frequency 
three times that of the fundamental; and so forth. 
This is true for only a few very simple systems, with 
most sound-producing systems having a far more 
complex relationship among the harmonics. 


Those points on the string that do not move are 
called the nodes; the maximum extension of the string 
(from the horizontal in the Figures) is called the ampli- 
tude, and is denoted by A in Figures 1-3. The distance 
one must go along the string at any instant of time to 
reach a section having the identical motion is called the 
wavelength, and is denoted by L in Figures 1-3. It can 
be seen that the string only contains one-half wave- 
length of the fundamental; that is, the wavelength of 
the fundamental is twice the string length. The wave- 
length of the second harmonic is the length of the 
string. The string contains one-and-one-half (3/2) 
wavelengths of the third harmonic, so that its wave- 
length is two-thirds (2/3) of the length of the string. 
Similar relationships hold for all the other harmonics. 


If the fundamental frequency of the string is called 
fo, and the length of the string is /, it can be seen from 
the above that the product of the frequency and the 
wavelength of each harmonic is equal to 2fp/. The 
dimension of this product is a velocity (e.g., feet per 
second or centimeters per second); detailed analysis of 
the motion of the stretched string shows that this is the 
velocity with which a small disturbance on the string 
would travel down the string. 


Vibrations of an air column 


When air is blown across the entrance to an organ 
pipe, it causes the air in the pipe to vibrate, so that 
there are alternate small increases and decreases of the 
density of the air (condensations and rarefactions). 
These alternate in space, with the distance between 
successive condensations (or rarefactions) being the 
wavelength; they alternate in time, with the frequency 
of the vibration. One major difference here is that the 
string vibrates transversely (perpendicular to the 
length of the string), while the air vibrates longitudi- 
nally (in the direction of the column of air). If the pipe 
is open at both ends, then the density of the air at 
the ends must be the same as that of the air outside 
the pipe, while the density inside the pipe can vary 
above or below that value. Again, as for the vibrations 
of the string, the density of the air in the pipe can be 
analyzed into a fundamental and overtones. If the 
density of the air vibrating in the fundamental mode 
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(of the open pipe) is plotted across the pipe length, the 
graph is as in Figure 4. 


The zero value at the ends denotes the fact that the 
density at the ends of the pipe must be the same as 
outside the pipe (the ambient density), while inside the 
pipe the density varies above and below that value 
with the frequency of the fundamental, with a maxi- 
mum (and minimum) at the center. The density plot 
for the fundamental looks just like that for the funda- 
mental of the vibrating stretched string (Figure 1). In 
the same manner, plots of the density for the various 
overtones would look like those of the string over- 
tones. The frequency of the fundamental can be calcu- 
lated from the fact that the velocity, which is 
analogous to that found for vibrations of the string, 
is the velocity with which sound travels in the air, 
usually denoted by c. Since the wavelength of the 
fundamental is twice the pipe length, its frequency is 
(c/2)/, where / is the length of the organ pipe. (While 
the discussion here is in terms of the density variations 
in the air, these are accompanied by small variations in 
the air pressure, and small motions of the air itself. At 
places of increased density the pressure is increased; 
where the pressure is changing rapidly, the air motion 
is greatest.) When a musician blows into the mouth- 
piece of a clarinet, the air rushing past the reed causes 
it to vibrate, which then causes the column of air in the 
clarinet to vibrate in a manner similar to, but more 
complicated than, the motion of the organ pipe. These 
vibrations (as for all vibrations) can also be analyzed 
into harmonics. By opening and closing the keyholes 
in the clarinet, different harmonics of the clarinet are 
made to grow louder or softer causing different tones 
to be heard. 


Sound production in general 


Thus, the production of sound depends upon the 
vibration of a material body, with the vibration being 
transmitted to the medium that carries the sound away 
from the sound producer. The vibrating violin string, 
for example, causes the body of the violin to vibrate; 
the back-and-forth motion of the parts of the body of 
the violin causes the air in contact with it to vibrate. 
That is, the motion of the violin body produces small 
variations in the density of the air, and these variations 
are carried forth into the air surrounding the violin. As 
the sound is carried away, the small variations in air 
density are propagated in the direction of travel of the 
sound. 


Sounds from humans, of course, are produced by 
forcing air across the vocal cords, which causes them 
to vibrate. The various overtones are enhanced or 
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diminished by the size and shape of the various cavities 
in the head (the sinuses, for example), as well as 
the placement of the tongue and the shape of the 
mouth. These factors cause specific wavelengths, of 
all that are produced by the vocal cords, to be ampli- 
fied differently so that different people have their own 
characteristic voice sounds. These sounds can be then 
controlled by changing the placement of the tongue 
and the shape of the mouth, producing speech. The 
frequencies usually involved in speech are from about 
100 to 10,000 Hz. However, humans can hear sounds 
in the frequency range from about 20 to 18,000 Hz. 
These outer limits vary from person to person, with 
age, and with the loudness of the sound. The density 
variations (and corresponding pressure variations) 
produced in ordinary speech are extremely small, 
with ordinary speech producing less than one- 
millionth the power of a 100 watt light bulb! In the 
sonic range of frequencies (those produced by 
humans), sounds are often produced by loudspeakers, 
devices using electronic and mechanical components 
to produce sounds. The sounds to be transmitted are 
first changed to electrical signals by a microphone (see 
Reception of sounds, below), for example, or from a 
compact disc; the frequencies carried by the electrical 
signals are those to be produced as the sound signals. 
In the simplest case, the wires carrying the electrical 
signals are used to form an electromagnet, which 
attracts and releases a metal diaphragm. This, in 
turn, causes the variations in the density in the air 
adjacent to the diaphragm. These variations in density 
will have the same frequencies as were in the original 
electrical signals. 


Ultrasonic vibrations are of great importance in 
industry and medicine, as well as in investigations in 
pure science. They are usually produced by applying 
an alternating electric voltage across certain types of 
crystals (quartz is a typical one) that expand and con- 
tract slightly as the voltage varies; the frequency of the 
voltage then determines the frequency of the sounds 
produced. 


Transmission of sound 


In order for sound to travel between the source 
and the receiver there must be some material between 
them that can vibrate in the direction of travel (called 
the propagation direction). (The fact that sounds can 
only be transmitted by a material medium means that, 
for example, an explosion outside a spaceship would 
not be heard by its occupants!) The motion of the 
sound-producing body causes density variations in 
the medium (see Figure 5, which schematically shows 
the density variations associated with a sound wave), 
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which move along in the direction of propagation. The 
transmission of sounds in the form of these density 
variations is termed a wave since these variations are 
carried forward without significant change, although 
eventually friction in the air itself causes the wave to 
dissipate. (This is analogous to a water wave in which 
the particles of water vibrate up and down, while the 
wave propagates forward.) Since the motion of the 
medium at any point is a small vibration back and 
forth in the direction in which the wave is proceeding, 
sound is termed a longitudinal wave. (The water wave, 
like the violin string, is an example of a transverse 
wave.) The most usual medium of sound transmission 
is air, but any substance that can be compressed can 
act as a medium for sound propagation. A fundamen- 
tal characteristic of a wave is that it carries energy and 
momentum away from a source without transporting 
matter from the source. 


Since the speed of sound in air is about 1,088 ft/sec 
(331 m/sec), human speech involves wavelengths from 
about 1.3 in to 11 ft (3.3 cm to 3.3 m). Thus, the 
wavelengths of speech are of the size of ordinary 
objects, unlike light, whose wavelengths are extremely 
small compared to items that are part of everyday life. 
Because of this, sound does not ordinarily cast acous- 
tic shadows but, because its wavelengths are so large, 
can be transmitted around ordinary objects. For 
example, if a light is shining on a person, and a book 
is placed directly between them, the person will no 
longer be able to see the light (a shadow is cast by the 
book on the eyes of the observer). However, if one 
person is speaking to another, then placing a book 
between them will hardly affect the sounds heard at 
all; the sound waves are able to go around the book to 
the observer’s ears. On the other hand, placing a high 
wall between a highway and houses can greatly 
decrease the sounds of the traffic noises if the dimen- 
sions of the wall (height and length) are large com- 
pared with the wavelength of the traffic sounds. Thus, 
sound waves (as for all waves) tend to go around (e.g., 
ignore the presence of) obstacles that are small com- 
pared with the wavelength of the wave; and are 
reflected by obstacles that are large compared with 
the wavelength. For obstacles of approximately the 
same size as the wavelength, waves exhibit a very 
complex behavior known as diffraction, in which 
there are enhanced and diminished values of the 
wave amplitude, but which is too complicated to be 
described here in detail. 


The speed of sound in a gas is proportional to the 
square root of the pressure divided by the density. 
Thus, helium, which has a much lower density than 
air, transmits sound at a greater speed than air. If a 
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person breathes some helium, the characteristic wave- 
lengths are still determined by the shape of the mouth, 
but the greater sound speed causes the speech to be 
emitted at a higher frequency—thus, the Mickey 
Mouse-like sounds from someone who speaks after 
taking a breath of helium from a balloon. 


In general, the speed of sound in liquids is greater 
than in gases, and greater still in solids. In seawater, 
for example, the speed is about 4,750 ft/sec (1,447 m/ 
sec); in a gas, the speed increases as the pressure 
increases, and as the density decreases. Typical speeds 
of sound in solids are 5,450 yd/sec (5,000 m/sec), but 
vary considerably from one solid to another. 


Reception of sound 


Physiological acoustics is the study of the trans- 
mission of sound and how it is heard by the human 
ear. Sound travels in waves, vibrations that cause 
compression and rarefaction of molecules in the air. 
The organ of hearing, the ear, has three basic parts 
that collect and transmit these vibrations: the outer, 
middle and inner ear. The outer ear is made of the 
pinna, the external part of the ear that can be seen, 
which acts to funnel sound through the ear canal 
toward the eardrum or tympanic membrane. The 
membrane is highly sensitive to vibrations; it also 
protects the middle and inner ear. When the eardrum 
vibrates, it sets up vibrations in the three tiny bones of 
the middle ear: the malleus, incus, and stapes, which 
are often called the hammer, anvil, and stirrup because 
of their resemblance to those objects. These bones 
amplify the sound. The stapes is connected to the 
oval window, the entrance to the inner ear, which 
contains a spiral-shaped, fluid-filled chamber called 
the cochlea. When vibrations are transmitted from 
the stapes to the oval window, the fluid within the 
cochlea is put into motion. Tiny hairs that line the 
basilar membrane of the cochlea, a membrane that 
divides the cochlea lengthwise, move in accordance 
with the wave pattern. The hair cells convert the 
mechanical energy of the waveform into nerve signals 
that reach the auditory nerve and then the brain. In the 
brain, the sound is interpreted. 


In the sonic range of frequencies, the microphone, 
a device using electrical and mechanical components, 
is the common method of receiving sounds. One sim- 
ple form is to have a diaphragm as one plate of an 
electrical condenser. When the diaphragm vibrates 
under the action of a sound wave, the current in the 
circuit varies due to the varying capacitance of the 
condenser. This varying current can then be used to 
activate a meter or oscilloscope or, after suitable 
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processing, make an audio tape or some such perma- 
nent record. 


Applications 


The applications of acoustical devices are far too 
numerous to describe; one only has to look around 
residential homes to see some of them: telephones, 
radios and television sets, and compact disc players; 
even clocks that speak the time. Probably one of the 
most important from the human point of view is 
the hearing aid, a miniature microphone-amplifier- 
loudspeaker that is designed to enhance whatever 
range of frequencies a person finds difficulty hearing. 


However, one of the first large-scale industrial 
uses of sound propagation was by the military in 
World War I (1914-1918), in the detection of enemy 
submarines by means of sonar (for so und 7 avigation 
and ranging). This was further developed during the 
period leading upt to World War II (1939-1945), and 
since then. The ship-hunting submarine has a sound 
source and receiver projecting from the ship’s hull that 
can be used for either listening or in an echo-ranging 
mode; the source and receiver are directional, so that 
they can send and receive an acoustic signal from only 
a small range of directions at one time. In the listening 
mode of operation, the operator tries to determine 
what are the sources of any noise that might be 
heard: the regular beat of an engine heard underwater 
can tell that an enemy might be in the vicinity. In the 
echo-ranging mode, a series of short bursts of sound is 
sent out, and the time for the echo to return is noted; 
that time interval multiplied by the speed of sound in 
water indicates (twice) the distance to the reflecting 
object. Since the sound source is directional, the direc- 
tion in which the object lies is also known. This is now 
such a well developed method of finding underwater 
objects that commercial versions are available for fish- 
ermen to hunt for schools of fish. 


Ultrasonic sources, utilizing pulses of frequencies 
in the many millions of cycles per second (and higher), 
are now used for inspecting metals for flaws. The small 
wavelengths make the pulses liable to reflection from 
any imperfections in a piece of metal. Castings may 
have internal cracks which will weaken the structure; 
welds may be imperfect, possibly leading to failure of a 
metal-to-metal joint; metal fatigue may produce 
cracks in areas impossible to inspect by eye. The use 
of ultrasonic inspection techniques is increasingly 
important for failure prevention in bridges, aircraft, 
and pipelines, to name just a few. 


The use of ultrasonics in medicine is also of grow- 
ing importance. The detection of kidney stones or 
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KEY TERMS 


Amplitude—The maximum displacement of the 
material that is vibrating. 


Condensations—When air is the vibrating medium 
there are alternate small increases and decreases of 
the density of the air; the increases are called 
condensations. 


Cycle—A single complete vibration. 


Cycles per second—The number of complete vibra- 
tions per second. 


Frequency—The rate at which vibrations take place 
(number of times per second the motion is repeated), 
denoted here by f and given in cycles per second or 
in hertz. 


Fundamental—The lowest frequency of vibration of a 
sound-producing body (also called the first harmonic). 


Harmonics (first, second, etc.)—The various fre- 
quencies of vibration of a sound-producing body, 
numbered from the lowest frequency to higher 
frequencies. 


Hertz—A unit of measurement for frequency, abbre- 
viated Hz. One hertz is one cycle per second. 


Infrasonic vibrations—When the rate of vibration is 
below the range of human hearing, e.g., below about 
10 cycles per second. 


Longitudinal wave—The case where the motion of 
the vibrating body is in the wave propagation 
direction. 

Loudspeaker—A device to produce sounds from an 
electric current, by electrical and mechanical 
means, in the range of frequencies around the sonic 
range (that is produced by humans). 


Medium—A material body that carries the acoustic 
vibrations away from the body producing them. 


gallstones is routine, as is the imaging of fetuses to 
detect suspected birth defects, cardiac imaging, blood 
flow measurements, and so forth. 


Thus, the field of acoustics covers a vast array of 
different areas of use, and they are constantly expand- 
ing. Acoustics in the communications industry, in 
various phases of the construction industries, in oil 
field exploration, in medicine, in the military, and in 
the entertainment industry, all attest to the growth of 
this field and to its continuing importance in the 
future. 
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Microphone—A device to change sounds, by elec- 
trical and mechanical means, into an electric current 
having the same frequencies as the sound, in the 
range of frequencies around the sonic range (that is 
produced by humans). 


Nodes—Places where the amplitude of vibration is 
zero. 


Overtones—tThe set of harmonics, beyond the first, 
of a soundproducing body. 


Period—The length of time for one cycle to be com- 
pleted; the reciprocal of the frequency. 


Propagation direction—The direction in which the 
wave is traveling. 


Rarefactions—When air is the vibrating medium 
there are alternate small increases and decreases of 
the density of the air; the decreases are called 
rarefactions. 


Sonar—Sound Navigation And Ranging. A device 
utilizing sound to determine the range and direction 
to an underwater object. 


Supersonic—Refers to bodies moving at speeds 
greater than the speed of sound (not normally 
involved in the study of acoustics). 

Transverse wave—The case where the motion of the 
vibrating body is perpendicular to the wave propa- 
gation direction. 

Ultrasonic vibrations—Acoustic vibrations with fre- 
quencies higher than the human threshold of hearing. 
Wave—A motion, in which energy and momentum 
is carried away from some source, which repeats 
itself in space and time with little or no change. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 
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Acrylic see Artificial fibers 


| Actinides 


Actinides, or actinoids, is a generic term that 
refers to a series of 15 radioactive chemical elements 
with atomic numbers 89 (actinium) through 103 (law- 
rencium). Denoted by the generic symbol An, these 
elements are all radioactive heavy metals, positioned 
in the seventh period and elaborated upon at the bot- 
tom of the periodic table. In order of increasing atomic 
number, the actinide series members are: actinium, 
thorium, protactinium, uranium, neptunium, pluto- 
nium, americium, curium, berkelium, californium, 
einsteinitum, fermium, mendelevium, nobelium, and 
lawrencium. (Note: Lawrencium is sometimes not 
grouped with the actinides but with the transition 
metals.) The actinide elements share the following 
properties: radioactive; easily tarnished in air; highly 
electropositive; very dense metals with unique struc- 
tures; ability to combine directly with most non-metals; 
and ability to react with dilute acids or boiling water 
with the subsequent release of hydrogen gas. 


Occurrence 


Only actinium (atomic symbol, Ac), thorium (Th), 
protactinium (Pa), and uranium (U) are extracted 
from deposits in nature. In Canada, the United 
States, South Africa, and Namibia, thorium and pro- 
tactinium are available in large quantities. All other 
actinides are synthetic, or artificially made. 


To understand the physical and chemical proper- 
ties of actinides, a basic foundation of atomic structure, 
radioactivity, and the periodic table is required. The 
atomic structure can be pictured like a solar system. 
In the middle of the atom is the nucleus, composed of 
neutrons (no charge) and protons (positively charged). 
Around the nucleus, electrons (negatively charged) are 
rotating on their own axis, as well as circulating in 
definite energy levels. Each energy level (or shell) is 
designated by a principal quantum number (n) as K, 
L, M,N, O, etc. or 1, 2, 3, 4, 5, etc., respectively. Each 
shell has sub-shells, or orbitals. The first energy level 
consists of one orbital (s); the second level consists of 
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two orbitals (s and p); the third level consists of three 
orbitals (s, p, and d), and from the fourth level on up 
there are four orbitals (s, p, d, and f). The orbitals 
closer to the nucleus are lower in energy level than 
the orbitals further away from the nucleus. 


The electrons are distributed according to Pauli’s 
exclusion principle. In any atom, the number of pro- 
tons is equal to the number of electrons, thus bringing 
neutrality in charge. These stable and abundant atoms 
exist in nature only. In the unstable and less abundant 
atoms, the number of neutrons is more than the num- 
ber of electrons (one element with the same atomic 
number but with a different atomic mass). These 
unstable atoms are known as isotopes, some of which 
are radioactive. 


Radioactive isotopes become nonradioactive by 
the decaying process. The decaying process may 
involve an emission of: (1) electrons or negative beta 
particles; (2) helium nuclei or alpha particles; (3) 
gamma rays or very high frequency electromagnetic 
waves; or (4) positrons or positively charged electrons 
or positive beta particles. 


The decaying process may also be due to K-capture 
(an orbital electron of a radioactive atom that may 
be captured by the nucleus and taken into it). Each of 
the above mentioned decay processes results in 
an isotope of a different element (an element with a 
different atomic number). The emission of alpha par- 
ticles also results in elements with different atomic 
weights. 


The most important decay process in actinides is 
K-capture, followed by the splitting, or fission, of the 
nucleus. This fission results in enormous amounts of 
energy and two or more extra neutrons. These newly 
formed neutrons can further start K-capture, with the 
subsequent reactions going on like a chain reaction. 
Atomic reactors and atomic bombs depend on the 
chain reactions. 


A scheme of the classification of all known (both 
discovered and artificially-made) elements is repre- 
sented in the modern periodic table. The periodic 
table is divided into vertical columns and horizontal 
rows representative of the periods with increasing 
atomic numbers. Each box contains one element and 
is represented by its symbol, a single or double letter, 
with the atomic number as a superscript, and the 
atomic weight as a subscript. Note that in the sixth 
and seventh periods, there are breaks between atomic 
numbers 57 and 72 (lanthanides) and 89 and 104 (acti- 
nides). Fourteen elements are present between the 
atomic numbers 89 and 104; these are elaborated 
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Action potential 


upon at the bottom of the periodic table. These 14 
elements, plus actinium, are known as actinides. 


General preparation 


All actinide metals are prepared on a scale by the 
reduction of AnF3 or AnF, with vapors of lithium 
(Li), magnesium (Mg), calcium (Ca), or barium (Ba) 
at 2,102—2,552°F (1,150—-1,400°C); sometimes chlor- 
ides or oxides are used. The Van Arkel-de Boer proc- 
ess is a special preparation method used for thorium 
and protactinium. 


Physical and chemical properties 


A common feature of actinides is the possession of 
multiple oxidation states. The term oxidation state 
refers to the number of electron(s) that are involved 
or that can possibly become involved in the formation 
of chemical bond(s) in that compound, when one ele- 
ment combines with another element during a chemical 
reaction. The oxidation state is designated by a plus 
sign (when an electron is donated or electro-positive) or 
by a minus sign (when the electron is accepted or elec- 
tronegative). An element can have more than one 
oxidation state. An electron configuration can provide 
the information about the oxidation state of that ele- 
ment. The most predominant oxidation state among 
actinides is +3, which is similar to lanthanides. The 
crystal structure (geometry), solubility property, and 
the formation of chemical compounds are based on 
the oxidation state of the given element. 


Actinides ions in an aqueous solution are colorful, 
containing colors such as red purple (U**), purple 
(Np**), pink (Am**), green (U*"), yellow green 
(Np**), and pink red (Am**). Actinides ions U, Np, 
Pu, and Am undergo hydrolysis, disproportionation, 
or formation of polymeric ions in aqueous solutions 
with a low pH. 


All actinides are characterized by partially filled 5f, 
6d, and 7s orbitals. Actinides form complexes easily with 
certain ligands as well as with halide, sulfate, and other 
ions. Organometallic compounds (compounds with 
a sign bond between the metal and carbon atom of 
organic moiety) of uranium and thorium have been 
prepared and are useful in organic synthesis. Several 
alloys of protactinium with uranium have been prepared. 


Uses of actinides 


Even though hazards are associated with radio- 
activity of actinides, many beneficial applications exist 
as well. Radioactive nuclides are used in cancer ther- 
apy, analytical chemistry, and in basic research in the 
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study of chemical structures and mechanisms. The 
explosive power of uranium and plutonium are 
exploited in making atom bombs. In fact, the 
uranium-enriched atom bomb that exploded over Japan 
was the first uranium bomb released. Nuclear reac- 
tions of uranium-235 and plutonium-239 are currently 
utilized in atomic energy power plants to generate 
electric power. Thorium is economically useful for 
the reason that fissionable uranium-233 can be pro- 
duced from thorium-232. Plutonium-238 is used in 
implants in the human body to power the heart pace- 
maker, which does not need to be replaced for at least 
10 years. Curium-244 and plutonium-238 emit heat at 
2.9 watts and 0.57 watts per gram, respectively. 
Therefore, curium and plutonium are used as power 
sources on the Moon and on spacecraft to provide 
electrical energy for transmitting messages to Earth. 


Sutharchanadevi Murugen 
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[ Action potential 


Action potentials are electrochemical pulses that 
transmit information along nerves. An action potential 
is a temporary change in electrical potential of a neural 
cell membrane (the voltage between the interior of the 
cell and the exterior) from the resting potential. It 
involves a series of electrical and underlying chemical 
changes that travel down the length of a neuron. An 
action potential is a controlled, temporary shift in the 
concentrations of charged molecules in the cell that 
sweeps rapidly down a long, fiber-like projection (axon). 


There are two major control and communication 
systems in the human body, the endocrine system and 
the nervous system. In many respects, the two systems 
complement each other. Although long-duration effects 
are achieved through endocrine hormonal regulation, 
the nervous system allows rapid control, especially of 
muscles and of homeostatic mechanisms (e.g., blood 
pressure regulation). The cells transmitting and process- 
ing information in the nervous system are the neurons. 


The neuron is specialized so that at one end, there 
is a flared structure termed the dendrite. At the den- 
drite, the neuron is able to process chemical signals 
from other neurons and endocrine hormones. If the 
signals received at the dendritic end of the neuron are 
of a sufficient strength and properly timed, they trig- 
ger action potentials that are then transmitted 
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one-way (unidirectional) down the axon, primarily to 
the dendrites of other neurons. 


In neurons, electrical potentials are created by the 
separation of positive and negative electrical charges 
that are carried on ions (charged atoms) across the cell 
membrane. There is unequal distribution of anions 
(negatively charged ions) and cations (positively 
charged ions) on the inside and outside of the cell 
membrane. Sodium ions (Na+) are, for example, 
more numerous on the outside of the cell than on the 
inside. The normal distribution of charge represents 
the resting membrane potential (RMP) of the cell. In 
the rest state there is a standing potential across the 
membrane; that is, the cell membrane is polarized 
(there is a voltage difference between the two sides of 
the membrane). The inner side of the cell membrane is 
negatively charged relative to the outer side. This 
potential difference can be measured in millivolts 
(mV). Measurements of the resting potential in a nor- 
mal cell average about 70 mV. 


The standing potential is maintained because, 
although there are both electrical and concentration 
gradients (a range of high to low concentration) that 
induce the excess sodium ions to attempt to try to enter 
the cell, the channels for passage are closed and the 
membrane remains almost impermeable to sodium ion 
passage in the rest state. 


The situation is reversed with regard to potassium 
ion (K+) concentration. The concentration of potas- 
sium ions is approximately 30 times greater on the 
inside of the cell than on the outside. The potassium 
concentration and electrical gradient forces trying to 
move potassium out of the cell are approximately 
twice the strength of the sodium ion gradient forces 
trying to move sodium ions into the cell. Because, 
however, the membrane is more permeable to potas- 
sium passage, the potassium ions leak through the 
membrane at a greater rate than sodium enters. 
Accordingly, there is a net loss of positively charges 
ions from the inner part of the cell membrane, and 
the inner part of the membrane carries a relatively 
more negative charge than the outer part of the cell 
membrane. These differences result in the net RMP 
of —70 mV. 


The structure of the cell membrane, and a process 
termed the sodium-potassium pump, maintain the 
neural cell RMP. Driven by an ATPase enzyme, 
the sodium potassium pump moves three sodium 
ions from the inside of the cell for every two potassium 
ions that it brings back in. The ATPase is necessary 
because this movement or pump of ions is an active 
process that moves sodium and potassium ions 
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against the standing concentration and electrical gra- 
dients. Equivalent to moving water uphill against a 
gravitational gradient, such action requires the expen- 
diture of energy to drive the appropriate pumping 
mechanism. 


When a neuron is subjected to sufficient electrical, 
chemical, or in some cases physical or mechanical 
stimulus that is greater than or equal to a threshold 
stimulus, there is a rapid movement of ions, and the 
resting membrane potential changes from —70 mV to 
about + 40 or +30 mV. This change of approximately 
100 mV is an action potential. In each portion of the 
axon, molecular ion pumps in the membrane restore 
the resting potential quickly so that the action poten- 
tial travels down the neuron like a wave, altering the 
RMP as it passes. 


The creation of an action potential is an all-or- 
nothing event. Accordingly, there are no partial 
action potentials. The stimulus must be sufficient 
and properly timed to create an action potential. 
Only when the stimulus is of sufficient strength will 
the sodium and potassium ions begin to migrate down 
their concentration gradients to reach what is termed 
threshold stimulus and then generate an action 
potential. 


The action potential is characterized by three 
phases described as depolarization, repolarization, 
and hyperpolarization. During depolarization, the 
100 mV potential change occurs. During depolariza- 
tion, the neuron cannot react to additional stimuli; this 
inability is termed the absolute refractory period. Also 
during depolarization, the RMP of —70mV is reestab- 
lished. When the RMP becomes more negative than 
usual, this phase is termed hyperpolarization. As repo- 
larization proceeds, the neuron achieves an increasing 
ability to respond to stimuli that are greater than the 
threshold stimulus, and so undergoes a relative refrac- 
tory period. 


The opening of selected channels in the cell mem- 
brane allows the rapid movement of ions down their 
respective electrical and concentration gradients. This 
movement continues until the change in charge is 
sufficient to close the respective channels. Because 
the potassium ion channels in the cell membrane are 
slower to close than the sodium ion channels, however, 
there is a continual loss of potassium ion from the 
inner cell that leads to hyperpolarization. The 
sodium-potassium pump then restores and maintains 
the normal RMP. 


In demyelinated nerve fibers, the depolarization 
induces further depolarization in adjacent areas of the 
membrane. In myelinated fibers, a process termed 
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Activated complex 


salutatory conduction allows transmission of an 
action potential, despite the insulating effect of the 
myelin sheath. Because of the sheath, ion movement 
takes place only at the Nodes of Ranvier. The action 
potential jumps from node to node along the myeli- 
nated axon. Differing types of nerve fibers exhibit 
different speeds of action potential conduction. 
Larger fibers (also with decreased electrical resistance) 
exhibit faster transmission than smaller diameter 
fibers). 


The action potential ultimately reaches the presy- 
naptic portion of the neuron, the terminal part of the 
neuron adjacent to the synapse. A synapse is a gap or 
fluid-filled intercellular space between neurons. The 
arrival of the action potential causes the release of 
ions and chemicals (neurotransmitters) that diffuse 
across the synapse and act as the stimulus which 
may, if combined with other stimuli, trigger another 
action potential in the next neuron. 


See also Adenosine triphosphate; Nerve impulses 
and conduction of impulses; Neuromuscular diseases; 
Reflex; Touch. 
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l Activated complex 


Activated complexes are molecular compounds 
that exist in the highest energy state, or activated 
stage, of a chemical reaction. They act as an interme- 
diaries between the reactants and the products of the 
reaction. 


A chemical reaction is the reorganization of atoms 
of chemically compatible and reactive molecular com- 
pounds called reactants. A chemical reaction goes 
through three stages, the initial stage consisting of 
the reactants, followed by the transition stage of the 
activated complex, and the final stage, in which the 
products are formed. 


Consider the chemical reaction: 
A+BPA-B—~C+D 


Where A and B are reactants, A—B is the activated 
complex, and C and D are the products. For a chem- 
ical reaction to occur, the reactant molecules must 
collide. Collisions between molecules are facilitated 
by an increase in reactant concentration, an increase 
in temperature, or the presence of a catalyst. Not every 
collision is successful, that is, produces a chemical 
reaction. For a successful collision to occur, reactants 
require a minimum amount of activation energy. Once 
the reactant reaches the energy level, it enters the 
transition stage and forms the activated complex. 


The energy of the activated complex is higher than 
that of reactants or the products, and the state is 
temporary. If there is not sufficient energy to sustain 
the chemical reaction, the activated complex can 
reform into the reactants in a backward reaction. 
With proper energy, though, the activated complex 
forms the products in a forward reaction. 


See also Compound, chemical; Element, chemical. 


tl Active galactic nuclei 


Active galactic nuclei (AGNs) are perhaps the 
most violently energetic objects in the universe. 
AGNs are located at the centers of some galaxies— 
perhaps most galaxies—and emit a_ tremendous 
amount of energy, sometimes on the order of trillion 
times the output of the Sun. An AGN may outshine all 
the stars in its galaxy by a factor of 100. The energy of 
a typical AGN is generated in a volume smaller in 
diameter than our solar system, leading astronomers 
to conclude that AGNs are powered by supermassive 


GALE ENCYCLOPEDIA OF SCIENCE 4 


black holes, that is, black holes containing a million to 
a billion or more times the mass of the Sun. The event 
horizon of such a black hole is a small object by 
astronomical standards, with a diameter equal to per- 
haps one-twentieth of the distance from Earth to the 
Sun. Gas attracted by the black hole’s gravity spirals 
inward, forming a rotating accretion disk. The accre- 
tion disk acquires its name because matter added to 
(accreting to) the black hole comes from this disk. As 
matter in the accretion disk spirals toward the event 
horizon of the black hole, it is accelerated, com- 
pressed, and heated, causing much of its gravitational 
potential energy to be released in the form of radia- 
tion. This converted gravitational potential energy is 
the source of the tremendous outpourings of radiation 
that are observed from AGNs. 


Much of the energy from AGNSs is emitted as 
radio waves rather than as visible light. These waves 
are emitted by electrons moving near the speed of light 
in a helical (corkscrew) path. This is known as syn- 
chrotron radiation (after the machine called a syn- 
chrotron, a type of cyclotron that confines high- 
speed charged particles by using a magnetic field to 
force them to move in curved paths). AGNs also emit 
visible light, x rays, and gamma rays. 


About 10% of AGNs have mirror-image jets of 
material streaming out from the nucleus in opposite 
directions and at right angles to the accretion disk, 
moving at nearly the speed of light. If the accretion 
disk is imagined as a spinning top, these two jets move 
in opposite directions along the spindle of the top. 
Near their source, these jets tend to vary in brightness 
on rapid cycles of days to months. Such rapid varia- 
tions indicate that the energy-producing nucleus is 
small, ranging in size from a few light days to a few 
light months in diameter. Size can be deduced from the 
time-scale of brightness variations. Coordinated 
changes across a jet’s source imply that some sort of 
coherent physical process is affecting the jet from 
one side of its aperture to another at least as rapidly 
as the observed variation, and this cannot happen 
faster than the speed of light. Thus a brightness change 
of, for instance, one day implies a source no more 
than one light day in diameter. (A light day is the 
distance traveled by light in one day, 16 billion miles 
or 2.54 x 10!° km.) 


There are several varieties of active galactic 
nuclei, including compact radio galaxies, Seyfert gal- 
axies, BL Lacertae objects, and quasars. Compact 
radio galaxies appear as giant elliptical galaxies. 
Radio telescopes, however, reveal a very energetic 
compact nucleus at the center, which is the source 
of most of the energy emitted by the galaxy. Perhaps 
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the best-known compact radio galaxy is M87. 
Observations provide strong evidence that this core 
contains a supermassive black hole. Seyfert galaxies 
look like spiral galaxies with a hyperactive nucleus; 
that is, a set of normal-looking spiral arms surround 
an abnormally bright nucleus. BL Lacertae objects 
look like stars, but in reality are most likely very 
active galactic nuclei. BL Lacertae objects exhibit 
unusual behaviors, including extremely rapid and 
erratic variations in observed properties, and their 
exact nature is not known. Quasars also look like 
stars, but they are now known to be simply the most 
distant and energetic type of active galactic nuclei. 
They may be more active than nearer AGNs because 
they are observed in a younger condition (i.e., being 
distant, their light has taken longer to reach us), and so 
are seen in a particularly vigorous stage of accretion— 
before they have eaten up much of the matter in their 
vicinity. 

Evidence is accumulating that many or even most 
galaxies have black holes at their centers. If this is 
true, AGNs may simply have unusually active central 
black holes. Observations have confirmed that our 
own galaxy has a black hole at its core that is about 
three million times as massive as the Sun. It emits far 
less energy than an AGN; this may be simply because 
there is less matter falling into it. Black holes do not 
emit energy on their own, but become visible by 
squeezing energy out of the matter that they are 
swallowing. If the space in the near vicinity of a 
galaxy’s central black hole is relatively free of matter, 
then the galaxy’s core will be relatively quiet, that is, 
emit little energy; if a sufficient amount of matter is 
available for consumption by the black hole, then an 
AGN results. 


AGNSs are a particularly active area of astronom- 
ical research. About one fifth of all research astrono- 
mers are presently engaged in investigating AGNs. 
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l Acupressure 


Acupressure is an ancient method of improving a 
person’s health by applying pressure to specific sites 
on the body. Acupressure is similar to acupuncture, 
but does not break the skin. Instead, the acupressure 
practitioner relies on pressure at certain points on the 
skin invoked by fingertip or knuckle to accomplish 
his/her purpose. By doing so, the practitioner hopes 
to promote pain relief and healing in the patient. 


Also called shiatsu, acupressure originated in 
ancient China in about 500 BC and spread throughout 
Asia. It is the oldest form of physical therapy for which 
instructions are written. A basic level of acupressure 
can be practiced by anyone for the relief of pain or 
tension, and the technique is in active use by those who 
practice alternative forms of medicine. 


Like acupuncture, acupressure recognizes certain 
pressure points located along meridians that extend the 
length of the body. Certain meridians and their con- 
nectors are associated with given organs or muscles, 
and pressure points on the meridian will affect the 
pain level of the organ. The pressure points are often 
located far from the organ they affect. This idea is a 
reflection of the belief that energy flows through the 
body along the meridians and that pain develops in an 
area when the energy flow through the corresponding 
meridian is stopped or reduced. Acupressure opens the 
energy and eases pain or discomfort. 


Before the first treatment, an acupressure practi- 
tioner obtains a thorough medical history and studies 
the patient carefully. All aspects of the individual are 
considered. The practitioner will observe the person’s 
tone of voice and body language, as well as discussing 
many aspects of health, including eating habits, sensi- 
tivity to temperature, emotional distress, and urine 
color. Before receiving acupressure, patients are usu- 
ally asked why they want acupressure and are also 
asked about their current physical condition, medical 
history, and any areas of specific pain. 


During acupressure, light to medium pressure is 
applied to an acupoint, and it is rotated in a tight circle. 
Primarily, this is done with the fingers, thumbs, and 
hands. Sometimes, the elbows or knees are used for 
key pressure points. Since the most reactive points are 
tender or sensitive when pressed, this response helps to 
determine the correct location. If the response cannot be 
felt, the pressure point location may not be correct or the 
pressure may not be strong enough. The sensations felt 
during an acupressure treatment may generate pleasure 
and/or pain. Acupressure on a single point can last thirty 
seconds, five minutes, or twenty minutes involving one- 


40 


minute sequences with rests in between. The length of 
the massage depends on the tolerance of the patient and 
on the type of acupressure. 


Anyone who would practice acupressure must 
first learn the location of the meridians and their con- 
nectors. More than a thousand pressure points have 
been mapped along the meridians, but the amateur 
practitioner need not know them all. Generally the 
individual with a recurrent or chronic pain can learn 
the point that best eases his pain and learn how much 
pressure to apply to accomplish his purpose. 


There are instances where more traditional 
Western medicine is the treatment of choice, including 
life threatening infection, severe trauma, or the need 
for surgical procedures, such as open heart surgery. 
However, reports from various Asian and American 
institutions indicate that acupressure can be an effec- 
tive way to ease pain and relax stressed muscles with- 
out the aid of medications. It has even been employed 
to provide anesthesia for certain types of surgery. This 
understanding has led to the practice of both systems 
side by side in some places, with the strengths of each 
system complementing the other. 


See also Alternative medicine. 


Larry Blaser 


I Acupuncture 


Acupuncture is an ancient method of therapy that 
originated in China more than 2,000 years ago. It 
consists of inserting solid, hair-thin needles through 
the skin at very specific sites to achieve a cure of a 
disease or to relieve pain. 


Until the 1990s, acupuncture was viewed skeptically 
by Western physicians. However, as of 2006, the practice 
has become more widespread and accepted. As evidence 
of this change in perception, a 1998 consensus statement 
released by the National Institutes of Health (NIH) in the 
United States said evidence clearly shows acupuncture 
helps relieve many types of chronic and acute pain; 
nausea and vomiting associated chemotherapy, anesthe- 
sia, and pregnancy; and alters immune system functions. 
Statistics compiled in 2002 as part of the National Health 
Interview Survey revealed that an estimated 8.2 million 
adult Americans have used acupuncture, with over 
2 million Americans having done so in the previous year. 


In the Far East, acupuncture has been used exten- 
sively for over 2,000 years. It is considered one part of a 
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A woman undergoing acupuncture. (Yoav Levy. Phototake 
NYC.) 


total regimen that includes herbal medicine, closely 
guided dietetics, and psychological counseling. In 
ancient Chinese philosophy, good health depends on 
the uninterrupted flow of vital energy called “qi” (some- 
times written as chi but pronounced chee) throughout 
the body. When qi is interrupted, pain and disease 
follow. Qi flows through 12 pairs of pathways called 
meridians—one pair of each meridian lies on either side 
of the body. An additional two meridians run along the 
midline of the front and back. So-called extrameridians 
are scattered about and connect the meridians on each 
side. Other points outside the meridians—on the hands, 
ears, and face—have specific reflex effects. Altogether, 
there are more than 1,000 acupuncture points. Inserting 
needles into points along appropriate meridians 
unblocks qi, restoring energy balance and health. 


The concept of meridians developed as the ancient 
Chinese discovered that pain in a given area responded 
not only to pressure or puncture in its immediate vicin- 
ity, but also to pressure at distant points. Pain in one 
arm, for example, often responds to acupuncture in the 
opposite arm in the area corresponding to the painful 
arm. As the concept of acupuncture took shape, the 
ancient Chinese learned that points on the body, when 
stimulated, helped to ease pain or heal internal diseases. 
They also discovered other points that were distant 
from the affected area that could be stimulated to 
achieve pain relief in the affected area. As the number 
of points grew, they were connected by the meridians 
and were labeled by their function. The large intestine 
meridian, for example, originates at the root of the 
fingernail of the first finger. The channel courses 
along the thumb side of the arm, over the shoulder, 
up the neck to the face, and ends at the nostril. The 
stomach meridian begins below the eye, courses across 
the face up to the forehead, then reverses direction to 
run down the throat, along the chest and abdomen, 
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down the front of the thigh and lower leg, across the 
ankle and foot, and ends at the lateral side of the root of 
the second toenail. The Conception Vessel is the name 
given to one of the midline meridians. Its route is from 
the genital area straight up the middle of the abdomen 
to end at the center of the lower lip. The posterior 
midline meridian, the Governor Vessel, starts at the 
tailbone, courses up the spine, over the midline of the 
head and ends on the front of the upper gum. 


During the acupuncture procedure, 1-20 hair-thin 
needles are inserted under the skin, some of which may 
be inserted as deep as 3 in (7.6 cm). Short needles are 
used for areas that are less fleshy, while longer needles 
are utilized in areas of deep flesh and muscle. The 
needles will remain inserted from 15-30 minutes. 
Needles are always solid; nothing is ever injected 
through them into the body. When the needle enters 
the skin, the patient may feel minor transient pain. 
When the needle tip reaches the depth of the meridian, 
the patient will have a sensation of radiating warmth 
or fullness. The insertion points nearest the painful 
area are usually treated first, then the distant points. 
For acute conditions, the treatment may be given 
twice a day. For a long-lasting condition (chronic 
pain), the treatment can be given every second or 
third day for up to 20 treatments, after which no 
acupuncture should be given for several weeks. 


Because acupuncture points are very specifically 
located, and because people are different sizes, the 
Chinese developed a special system of measuring the 
body called cun, or “human inch.” This term has since 
been modernized to the Acupuncture Unit of 
Measurement (AUM). The AUM divides a given dis- 
tance on the human body into equal parts. For example, 
the AUM of the chest is the division of the distance 
between the nipples into eight AUM. The distance 
from the lower end of the breastbone (sternum) to the 
umbilicus also is eight AUM. Thus, a broad-chested 
man may have a distance of 12 in (30.48 cm) between 
the nipples and the smaller man may have only 10 in 
(25.4. cm). Nevertheless, the distance is divided into eight 
units because it is eight AUM across the thorax. The 
upper arm from crease of the elbow to armpit is nine 
AUM, the lower arm from crease of the elbow to crease 
of the wrist is 12 AUM, and so on until all the areas of 
the body have been given standard AUM dimensions. 


When the appropriate points have been located 
and the needles inserted, the acupuncturist rotates the 
needles occasionally or, in some cases, a mild electric 
current is passed through them to stimulate the meri- 
dian. Another technique, known as moxibustion, uses 
heat stimulation. After the needle is inserted, a small 
piece of dried leaf from the Artemisia vulgaris plant is 
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Gallbladder meridian 


Acupuncture sites and meridians on the face and neck. (Hans & Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Analgesia—The effect of relieving pain. A drug or 
procedure that provides analgesia is an analgesic. 
Anesthetic—A substance that will induce sleep so 
that an individual can undergo surgery or remain 
unconscious until a crucial and painful period of a 
surgical procedure has passed. 

Chronic—A disease or condition that develops 
slowly and exists over a long period of time. 
Opioid peptides—Natural substances produced by 
the brain to desensitize against pain. 
Thalamus—Portion of the brain involved in transmis- 
sion and integration of certain physical sensations. 
Thorax—tThe area just below the head and neck; 
the chest. 
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placed in a little cup on the needle’s exposed end and 
lighted. The heat passes through the needle to the area 
of pain. A few points on the body are not suited to 
needle insertion. In these instances, a small, smolder- 
ing cone of Artemisia vulgaris is placed directly on the 
skin and the heat is allowed to penetrate. 


What makes acupuncture effective remains a mat- 
ter of scientific investigation. However, the meridians 
seem to be pathways of nerve fibers. There are some 
adverse side effects of acupuncture, most of which 
result from lack of knowledge or unhygienic practices 
on the part of the acupuncturist. 


See also Acupressure; Alternative medicine. 


Resources 


BOOKS 


Kidson, Ruth. Acupuncture for Everyone: What It Is, Why It 
Works, and How It Can Help You. Rochester, VT: 
Healing Arts Press, 2000. 

Lian, Yu-Lin, Chun-Yan Chen, Michael Hammes, and 
Bernard C. Kolster. Pictorial Atlas of Acupuncture; an 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Illustrated Manual of Acupuncture Points. Cologne: 
Konemann, 2005. 

Liang, Lifang. Acupuncture & IVF. Boulder: Blue Poppy 
Press, 2003. 


PERIODICALS 

“Acupuncture Illustrated.” Consumer Reports 59 (January 
1994): 54-57. 

Bonta, I. L. “Acupuncture Beyond the Endorphine 
Concept?” Medical Hypotheses 58, 3 (2002): 221-24. 


i ADA (adenosine deaminase) 


deficiency 


ADA deficiency is an inherited condition that 
occurs in fewer than one in 100,000 live births world- 
wide. Individuals with ADA deficiency inherit defec- 
tive ADA genes and are unable to produce the 
adenosine deaminase enzyme. The ADA gene consists 
of a single 32 kb (1 kb = 1,000 base pairs of DNA) 
locus (position of a chromosome on a gene) containing 
12 axons and is located on the long arm of chromo- 
some 20. The adenosine deaminase enzyme is needed 
to break down metabolic byproducts that become 
toxic to T cell lymphocytes, and is essential to the 
proper functioning of the immune system. Most of 
the body’s cells have other means of removing the 
metabolic byproducts that ADA helps break down 
and remain unaffected by ADA deficiency. However, 
T cell lymphocytes, white blood cells that help fight 
infection, are not able to remove the byproducts in the 
absence of ADA. 


Without ADA, the toxins derived from the meta- 
bolic byproducts kill the T cells shortly after they are 
produced in the bone marrow. Instead of having a 
normal life span of a few months, T cells of individuals 
with ADA deficiency live only a few days. Consequently, 
their numbers are greatly reduced, and the body’s 
entire immune system is weakened. ADA deficiency 
can cause a condition known as severe combined 
immunodeficiency (SCID). 


The body’s immune system includes T cell lym- 
phocytes and B cell lymphocytes; these lymphocytes 
play different roles in fighting infections. B cells pro- 
duce antibodies that lock on to disease-causing viruses 
and bacteria, thereby marking the pathogens for 
destruction. Unlike B cells, T cells cannot produce 
antibodies, but they do control B cell activity. T cell 
helpers enable antibody production, whereas T cell 
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suppressors turn off antibody production. Another T 
cell subtype kills cancer cells and virus-infected cells. 


Because T cells control B cell activity, the loss of 
T cells reduces both T cell and B cell function and 
may cause SCID. Individuals with SCID are unable 
to mount an effective immune response to any infec- 
tion. Therefore, exposures to organisms that normal, 
healthy individuals easily overcome become deadly 
infections. Before present-day treatments, most SCID 
victims died from infections before they were two years 
old. Although SCID is usually diagnosed in the first 
year of life, approximately one-fifth of ADA-deficient 
patients have delayed onset SCID, which is only diag- 
nosed later in childhood. There are also a few cases of 
ADA deficiency diagnosed in adulthood. 


Treatments for ADA deficiency 


The treatment of choice for ADA deficiency is 
bone marrow transplantation from a matched sibling 
donor. Successful bone marrow transplants can relieve 
ADA deficiency. Unfortunately, only 20-30% of 
patients with ADA deficiency have a matched sibling 
donor. Another treatment involves injecting the patient 
with PEG-ADA, polyethylene glycol-coated bovine 
ADA derived from cows. The PEG coating helps 
keep the ADA from being prematurely degraded. 
Supplying the missing enzyme in this way helps some 
patients fight infections, while others are helped very 
little. 


The latest treatment for ADA deficiency is gene 
therapy, which gives victims their own T cells into 
which a normal copy of the human ADA gene has 
been inserted. ADA deficiency is the first disease to be 
treated with human gene therapy. 


The first person to receive gene therapy for ADA 
deficiency was four-year-old Ashanthi DeSilva. The treat- 
ment was developed by three physicians—W. French 
Anderson, Michael Blaese, and Kenneth Culver. 
DeSilva received her first treatment, an infusion of her 
own T cells implanted with normal ADA genes, on 
September 14, 1990, at the National Institutes of Health 
in Bethesda, Maryland. 


A. Dusty Miller of the Fred Hutchinson Research 
Center in Seattle, Washington, made the vectors for 
carrying the normal ADA genes into the T cells. These 
vectors were made from a retrovirus, a type of virus 
that inserts its genetic material into the cell it infects. 
By replacing harmful retroviral genes with normal 
ADA genes, Miller created the retrovirus vectors to 
deliver the normal ADA genes into DeSilva’s T cells. 
The retrovirus vectors—carrying normal ADA 
genes—were mixed with T cells that had been 
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KEY TERMS 


B cell lymphocyte—Immune system white blood 
cell that produces antibodies. 


PEG-ADA—Polyethylene-coated bovine ADA, a 
drug used for treating ADA-deficiency. The poly- 
ethylene coating prevents rapid elimination of the 
ADA from the blood. 


Retrovirus—A type of virus that inserts its genetic 
material into the chromosomes of the cells it infects. 


Stem cells—Undifferentiated cells capable of self- 
replication and able to give rise to diverse types of 
differentiated or specialized cell lines. 


T cells—Immune-system white blood cells that 
enable antibody production, suppress antibody 
production, or kill other cells. 


extracted from DeSilva’s blood and grown in culture 
dishes. The retrovirus vectors entered the T cells and 
implanted the normal ADA genes into the T cell chro- 
mosomes. The T cells were then infused back into 
DeSilva’s blood where the normal ADA genes in 
them produced ADA. 


When doctors saw that DeSilva benefited and suf- 
fered no harmful effects from gene therapy, they repeated 
the same treatment on nine-year-old Cynthia Cutshall on 
January 30, 1991. Both girls developed functioning 
immune systems. However, since T cells have a limited 
life span, DeSilva and Cutshall needed to receive periodic 
infusions of their genetically corrected T cells, and they 
both continued with PEG-ADA injections. 


Subsequent research is focusing on developing a 
permanent cure for ADA deficiency using gene ther- 
apy. In May and June of 1993, Cutshall and three 
newborns with ADA deficiency received their own 
stem cells that had been implanted with normal ADA 
genes. Stem cells are the bone marrow cells that pro- 
duce the blood cells. Unlike T cells, which only live for a 
few months, stem cells live throughout the patient’s life, 
and thus the patient should have a lifetime supply of 
ADA without requiring further treatment. 


See also Genetic disorders; Genetic engineering; 
Immunology. 
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! Adaptation 


An adaptation is any developmental, behavioral, 
physiological, or anatomical change in an organism 
that gives that organism a better chance to survive and 
reproduce. The word “adaptation” also refers to the 
fitting of a whole species, over time, to function in its 
particular environment, and to those specific features 
of a species that have changed. 


At the level of the individual organism, an adapta- 
tion is a change in response to conditions. This is a short- 
term change with a short-term benefit. Adaptations 
acquired by individuals during their lifetime, such as 
muscles strengthened by exercise or behaviors honed 
by experience, make an individual organism better 
adapted. Species as a whole, however, generally become 
better adapted to their environments only by the process 
of natural selection. Except in the form of learned behav- 
ior, adaptations achieved by individual organisms can- 
not be passed on to offspring. 


Less-adapted species are less perfectly attuned to a 
particular environment but may be better-suited to 
survive changes in that environment or to colonize 
new areas. Highly adapted species are well suited to 
their particular environment, but being more special- 
ized, are less likely to survive changes to that 
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A boojum tree in Mexico during the dry season. The plant has 
adapted to seasonal changes in precipitation by restricting 
the growth of its foliage during the dry season. (JLM Visuals.) 


environment or to spread to other environments. An 
example of a highly adapted species would be a flower 
that depends on a specific insect that exists only or 
primarily in its present environment for pollination. 
The plant may achieve highly reliable pollination by 
these means, but if its target species of insect becomes 
extinct, the plant will also become extinct unless the 
species can adapt to make use of another pollinator. 


Microorganisms are capable of adaptation. A 
classic example is the response of some bacteria to 
increased temperature. This response includes the 
production of a variety of proteins known as heat 
shock proteins that function to increase the stability 
of the membrane(s) that hold the cell together, aid in 
the transport of compounds into and out of the cell, 
and other functions that increase the likelihood of the 
cell’s survival under the more adverse conditions. 


Another type of adaptation is sensory adaptation. 
If a receptor or sense organ is over-stimulated, its 
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excitability is reduced. For example, continually 
applied pressure to an area of skin eventually causes 
the area to become numb to feeling and a considerably 
larger pressure has to be applied to the area subse- 
quently to elicit a similar response. This form of adap- 
tation enables animals to ignore most of their skin 
most of the time, freeing their attention for more 
pressing concerns. 


Whether occurring within a span of minutes, over 
an organism’s lifetime, or over thousands or millions 
of years, adaptation serves to increase the efficiency of 
organisms and thus, ultimately, their chances of 
survival. 
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| Addiction 


Addiction is a compulsion to engage in unhealthy 
or detrimental behavior. Human beings can become 
addicted to many forms of behaviors such as gamb- 
ling, overeating, sex, or reckless behavior, but the 
term addiction is most commonly used to refer to a 
physiological state of dependence caused by the habit- 
ual use of drugs, alcohol, or other substances. 
Addiction is characterized by uncontrolled craving, 
increased tolerance, and withdrawal symptoms when 
deprived of access to the addictive substance. 
Addictions afflict millions of people in the United 
States each year. 


The term addiction has been partially replaced by 
the term dependence for substance abuse. Addiction 
has been extended, however, to include mood-altering 
behaviors or activities. Some researchers speak of two 
types of addictions: substance addictions such as alco- 
holism, drug abuse, and smoking; and process addic- 
tions such as gambling, spending, shopping, eating, 
and sexual activity. Many addicts are addicted to 
more than one substance or process. 
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Marijuana cigarette smoking while sitting in a park in 
Albuquerque, New Mexico. (AP/Wide World Photos.) 


Addiction results from an incessant need to com- 
bat the negative side effects of a substance or situation 
by returning to that substance or situation for the 
initial enhancing effect. The desire for drugs such as 
heroin, cocaine, or alcohol all result from a need to 
suppress the low that follows the high. Other forms of 
addiction occur where seemingly harmless behaviors 
such as eating, running, or working become the focus 
of the addict’s life. 


Addiction and addictive substances have long 
been a part of human culture. The use of alcoholic 
beverages, such as beer, was recorded by the ancient 
Egyptians. The Romans and other early civilizations 
fermented, drank, and traded in wine. The infamous 
opium dens of the Far East offered crude opium. 
The discovery of America was accompanied by the 
discovery of tobacco, grown by the indigenous 
population. 


Addiction today, especially addiction to illegal 
drugs, takes a heavy toll on modern society. Illegal 
drugs are easy enough to obtain, but they have a high 
price. In order to get money to feed their addiction, 
some addicts resort to theft or prostitution. Aside 
from criminal damage, addiction disrupts families 
and other social institutions in the form of divorce, 
abuse (mental and physical), and neglect. 


Addictions 


There are two classifications for addiction: chem- 
ical (substance) and nonchemical (process). While 
dependency on substances that are ingested or injected 
is more commonly discussed, there are a number of 
non-chemical addictions that can lead to equally dev- 
astating lifestyles. 
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Chemical addictions 


Chemical addiction is the general description for 
an addiction to a substance that must be injected or 
ingested. Alcohol, opiates, and cocaine are the most 
common of these chemicals. Though each of them is 
addictive, they have different effects on the body. 


Addiction to alcohol, for example, may be the 
result of heavy drinking coupled with a malfunction- 
ing type of cell in the liver of the alcoholic. Many 
adults can drink large quantities of alcoholic bever- 
ages and suffer only a hangover—headache and nau- 
sea. The malfunctioning liver in the alcoholic, 
however, does not detoxify the byproducts of alcohol 
ingestion rapidly. The resultant accumulation of a 
chemical called acetaldehyde causes several symp- 
toms, including pain, which can be relieved by the 
intake of more alcohol. The consumption of ever- 
increasing amounts of alcohol with greater frequency 
can lead to organ failure and death if the alcoholic is 
left untreated. 


Opium, produced by a species of poppy, is an 
ancient addictive substance that is still produced for 
its cash value. Although raw opium is not the form 
most addicts encounter, purified, powdered opium has 
been used in many forms for hundreds of years. 
Tincture of opium, or laudanum, was introduced in 
about the year 1500. Paregoric, a familiar household 
remedy today, dates from the early 1700s. 


Heroin, a derivative of opium, has become a com- 
mon addictive drug. Heroin is a powder dissolved in 
water and injected into the user’s vein, giving an imme- 
diate sensation of warmth and relaxation. Physical or 
mental pain is relieved, and the user enters a deeply 
relaxed state for a few hours. The powder can also be 
inhaled for a milder effect. Heroin is extremely addic- 
tive and with only a few doses the user is hooked. 
Morphine, a refinement of opium, was discovered in 
the early 1800s. It was first used as an effective anal- 
gesic, or painkiller, and it is still used for that purpose. 
Its fast action makes it a drug of choice to ease the pain 
of wounded soldiers during wartime. Morphine has 
one-fifth the addictive power of heroin. 


Cocaine in its various forms is another class of 
addictive compounds. In fact, it is the most addictive 
of these drugs; some people need only a single expo- 
sure to the drug to become addicted. Cocaine is proc- 
essed from the cocaplant and is used in the form of a 
white powder. It can be inhaled, ingested, injected, or 
mixed with marijuana and smoked. It is also further 
processed into a solid crystalline substance marketed 
as crack. Unlike the opiates, which bring on a warm 
feeling and immobility, cocaine makes its users 
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energetic. This strong stimulation and period of hyper- 
activity (usually no more than half an hour) is quickly 
followed by a period of intense depression, fatigue, 
and paranoia. In order to relieve these harsh side 
effects, the user will typically retreat to taking more 
cocaine or using another drug, for example alcohol or 
heroin. Suicide is a common occurrence among 
cocaine addicts. 


Any of these chemical substances can become the 
object of intense addiction. Addicts of the opiates and 
cocaine must have increasingly frequent doses to 
maintain their desired physiological effects. Soon the 
addict has difficulty focusing on anything else, making 
it nearly impossible to hold a job or maintain a normal 
lifestyle. These drugs are of economic importance not 
only because of their high cost, but also because of the 
crimes committed to obtain the cash necessary to buy 
the drugs. The drug enforcement resources dedicated 
to policing those crimes and the rehabilitation pro- 
grams provided to the drug addicts are costly. 


Some experts consider drinking large amounts of 
coffee or cola beverages evidence of an addiction to 
caffeine. In fact, these substances do provide a short- 
term mood lift to the user. The first cup of coffee in the 
morning, the midmorning coffee break, the cola at 
lunch, and the dinner coffee are habitual. Withdrawal 
from caffeine, which is a stimulant, can cause certain 
mood changes and a longing for additional caffeine. 


Tobacco use is also addictive (due to the nicotine 
found in tobacco). Cigarette smoking, for example, is 
one of the most difficult habits to stop. Withdrawal 
symptoms are more pronounced in the smoker than in 
the coffee drinker. Reforming smokers are subject to 
swift mood swings and intense cravings for a cigarette. 
A long-time smoker may never overcome the desire for 
cigarettes. 


Withdrawal symptoms are caused by psychologi- 
cal, physical, and chemical reactions in the body. As the 
amount of addictive chemical in the blood begins to 
fall, the urge to acquire the next dose is strong. The hard 
drugs such as heroin and cocaine produce intense with- 
drawal symptoms that, if not eased by another dose of 
the addictive substance or an appropriate medication, 
can leave the user in painful helplessness. Strong muscle 
contractions, nausea, vomiting, sweating, and pain 
increase in strength until it becomes extremely difficult 
for the user to stay away from the drug. 


The nonchemical addictions 


Addictions can involve substances or actions not 
including addictive chemicals. Some of these addic- 
tions are difficult to define and may seem harmless 
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enough, but they can destroy the lives of those who 
cannot escape them. 


Gambling is one such form of addiction, affecting 6 
to 10% of the U.S. population in any given year, 
according to some experts. Gamblers begin as most 
others do, by placing small bets on horses or engaging 
in low-stakes card games or craps. Their successes are a 
form of ego enhancement, so they strive to repeat them. 
Their bets become larger, more frequent, and more 
irrational. Gamblers have been known to lose their 
jobs, homes, and families as a result of their activities. 
Their pattern is to place ever-larger bets to make up for 
their losses. Gamblers are difficult to treat because they 
refuse to recognize that they have an abnormal condi- 
tion. After all, nearly everyone gambles in some form: 
on the lottery, horses, home poker games, or sporting 
events. Once a compulsive gambler is convinced that his 
or her problem is serious, an addiction program may be 
successful in treating the condition. 


Food addiction can be a difficult condition to 
diagnose. Food addicts find comfort in eating. The 
physical sensations that accompany eating can 
become addictive, although an addict may not taste 
the food. Food addicts may indulge in binge eating— 
consuming prodigious quantities of food in one sit- 
ting, or they may consume smaller quantities of food 
over a longer period of time, but eat constantly during 
that time. 


A food addict can become grossly overweight, 
leading to extremely low self-esteem, which becomes 
more pronounced as he or she gains weight. The addict 
then seeks comfort by eating more food, setting up a 
cycle that probably will lead to a premature death if 
not interrupted. 


The opposite of addiction to eating is addiction to 
not eating. This addiction often starts as an attempt to 
lose weight and ends in malnutrition. Two common 
forms of this type of addiction, anorexia and bulimia, 
are typically associated with young females, although 
males and females of all ages may develop this disor- 
der. Anorexia is a condition in which food is almost 
completely rejected. These addicts literally starve their 
bodies, consuming as little food as possible. Bulimia 
on the other hand, involves consuming large amounts 
of food uncontrollably until satisfied and then purging 
the food they took in as soon after eating as possible. 
Some experts claim that nearly 100 people each year in 
the United States die of malnutrition resulting from 
anorexia or bulimia. Others believe the number is 
much larger because the deaths are not recorded as 
anorexia or bulimia, but as heart failure or kidney 
failure, either of which can result from malnutrition. 


47 


uonDIppy 


Addiction 


Anorexia and bulimia are difficult to treat. In the 
minds of victims, they are bloated and obese even though 
they may be on the brink of starvation, and so they often 
resist treatment. Hospitalization may be required even 
before the official diagnosis is made. Treatment includes 
a long, slow process of psychiatric counseling. 


The sex addict also is difficult to diagnose because 
normal sexual behavior is not well defined. Generally, 
any sex act between two consenting adults is condoned 
if neither suffers harm. Frequency of sexual activity is 
not used as a deciding factor in diagnosis. More likely 
the sex addict is diagnosed by his or her attitude 
toward sex partners. 


Other compulsions or addictions include exercise, 
especially running. Running releases certain hormones 
called endorphins in the brain, giving a feeling of eupho- 
ria or happiness. This is the high that runners often 
describe. They achieve it when they have run sufficiently 
to release endorphins and have felt their effects. So good 
is this feeling that the compulsive runner may practice 
his hobby in spite of bad weather, injury, or social 
obligation. Because running is considered a healthful 
hobby, it is difficult to convince an addict that he is 
overdoing it and must temper his activity. 


Codependency could also be regarded as an addic- 
tion, although not of the classical kind. It is a form of 
psychological addiction to another human being. While 
the term codependency may sound like a mutual depend- 
ency, in reality, it is very one-sided. A person who is 
codependent gives up their rights, individuality, wants, 
and needs to another person. The other person’s likes 
and wants become their own desires and the codependent 
person begins to live vicariously through the other per- 
son, totally abandoning their own life. Codependency is 
often the reason that women remain in abusive relation- 
ships. Codependent people tend to trust people who are 
untrustworthy. Self-help groups and counseling is avail- 
able for codependents and provide full recovery. 


Another form of addiction is addiction to work. 
No other addiction is so willingly embraced than that 
of a workaholic. Traits of workaholics are often the 
same traits used to identify hard workers and loyal 
employees. So, when does working hard become 
working too hard? When work becomes an addiction, 
it can lead to harmful effects in other areas of life, such 
as family neglect or deteriorating health. The individ- 
ual drowns himself/herself in work to the point of 
shunning all societal obligations. Their parental duties 
and responsibilities are often handed over to the other 
spouse. The children are neglected by the parent and 
consequently end up having a poor relationship with 
the workaholic parent. Identifying the reason for 
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becoming a workaholic and getting help, such as coun- 
seling, are key for overcoming this addiction. 


Internet addictions are a new illness in society. 
The Internet is an amazing information resource, espe- 
cially for students, teachers, researchers, and physi- 
cians. People all over the globe use it to connect with 
individuals from other countries and cultures. 
However, when the computer world rivals the real 
world, it becomes an addiction. Some people choose 
to commune with the computer rather than with their 
spouses and children. They insulate themselves from 
intimate settings and relationships. Internet abuse has 
been cited as a contributing factor in the disintegration 
of many marriages and families and even in the col- 
lapse of many promising careers. Since it is a relatively 
new disorder, few self-help resources are available. 
Ironically, there are some on-line support groups 
designed to wean people from the Internet. 


The addict 


Because addictive behavior has such serious effects 
on the health and social well being of the addict and 
those around him or her, why would anyone start? One 
characteristic that marks addicts, whether to chemicals 
or non-chemical practices, is a low sense of self esteem. 
The addict may arise from any social or economic sit- 
uation, and there is no way to discern among a group of 
people who will become an addict and who will not. 


It has been a basic tenet that the individual who 
uses drugs heavily will become addicted. However, 
soldiers who served in the Vietnam War (1959-1975) 
reported heavy use of marijuana and heroin while they 
were in the combat zone, yet the vast majority gave up 
the habit upon returning home. There are reports, 
however, of people becoming addicted to a drug with 
exposure only once or a few times. 


Some experts believe people are born with the pre- 
disposition to become addicted. Children of addicts 
have a greater probability of becoming addicts them- 
selves than do children whose parents are not. Thus, the 
potential for addiction may be hereditary. On the other 
hand, a psychological problem may lead the individual 
into addiction. The need for instant gratification, a 
feeling of being socially ostracized, and an inability to 
cope with the downfalls of life have all been cited as 
possible springboards to addiction. 


Treatment of addiction 


Habitual use of an addictive substance can pro- 
duces changes in body chemistry and any treatment 
must be geared to a gradual reduction in dosage. 
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KEY TERMS 


Detoxification—The process of removing a poison 
or toxin from the body. The liver is the primary 
organ of detoxification in the body. 


Endorphins—A group of natural substances in the 
brain that are activated with exercise. They bind to 
opiate receptors and ease pain by raising the pain 
threshold. Of the three types, alpha, beta, and 
gamma, beta is the most potent. 


Opiate—Any derivative of opium (e.g., heroin). 
Opium—A natural product of the opium poppy, 
Papaver somniferum. Incising the immature pods 
of the plant allows the milky exudate to seep out 
and be collected. Air-dried, this is crude opium. 


Initially, only opium and its derivatives (morphine, her- 
oin, codeine) were recognized as addictive, but many 
other drugs, whether therapeutic (for example, tranquil- 
izers) or recreational (such as cocaine and alcohol), are 
now known to be addictive. Research points to a genetic 
predisposition to addiction; although environment and 
psychological make-up are other important factors and 
a solely genetic basis for addiction is too simplistic. 
Although physical addiction always has a psychological 
element, not all psychological dependence is accompa- 
nied by physical dependence. 


Addiction of any form is difficult to treat. Many 
programs instituted to break the grip of addictive 
substances have had limited success. The cure depends 
upon the resolve of the addict, and he or she often 
struggles with the addiction even after treatment. 


A careful medically controlled withdrawal pro- 
gram can reverse the chemical changes of habituation 
Trying to stop chemical intake without the benefit of 
medical help is a difficult task for the addict because of 
intense physical withdrawal symptoms. Pain, nausea, 
vomiting, sweating, and hallucinations must be 
endured for several days. Most addicts are not able 
to cope with these symptoms, and they will relieve 
them by indulging in their addiction. 


The standard therapy for chemical addiction 
is medically supervised withdrawal, along with a 
12-step program, which provides physical and emo- 
tional support during withdrawal and _ recovery. 
The addict is also educated about drug and alcohol 
addiction. Stopping (kicking) a habit, though, is diffi- 
cult, and backsliding is frequent. Many former addicts 
have enough determination to avoid drugs for the 
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remainder of their lives, but research shows that an 
equal number will take up the habit again. 


See also Alcoholism; Amphetamines; Barbiturates. 
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| Addison’s disease 


Addison’s disease (also called adrenocortical defi- 
ciency, primary adrenal hypofunction, chronic adre- 
nal insufficiency, and hypocortisolism) is a rare 
condition caused by destruction of the cortex of the 
adrenal gland, one of several glands the endocrine 
system. Because Addison’s disease is treatable, those 
who develop the illness can expect to have a normal 
life span. One of the more well-known persons to have 
Addison’s disease was U.S. President John F. Kennedy 
(1917-1963). 


The adrenal glands 


The adrenal glands, also called suprarenal glands, 
sit like flat, triangular caps atop each kidney. They are 
divided into two distinct areas-the medulla at the cen- 
ter and cortex surrounding the outside. The cortex, 
which makes up about 80% of the adrenal gland, 
secretes three types of hormones—sex hormones, 
mineralocorticoids (principally aldosterone), and 
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Addison’s disease 


glucocorticoids (primarily cortisol or hydrocortisone). 
Scientists believe these hormones perform hundreds of 
regulatory functions in the body, including helping to 
regulate metabolism, blood pressure, the effects of 
insulin in the breakdown of sugars, and the inflamma- 
tory response of the immune system. Addison’s dis- 
ease results from an injury or disease that slowly 
destroys the adrenal cortex, therefore shutting down 
the production of these hormones. 


The production of cortisol by the adrenal cortex is 
precisely metered by a control loop that begins in an 
area in the brain called the hypothalamus, a collection 
of specialized cells that control many of the functions 
of the body. When necessary, the hypothalamus 
secretes a releasing factor that tells the pituitary 
gland to secrete another hormone to stimulate the 
adrenal gland to release more cortisol. The increased 
cortisol levels signal the pituitary to stop producing 
the adrenal stimulant. This is a finely tuned loop, and 
if it is interrupted or shut down, as in Addison’s dis- 
ease, profound changes occur in the body. 


History of Addison’s disease 


The disease is named for its discoverer, British 
surgeon Thomas Addison (1793-1860), who described 
adrenal insufficiency in 1849, though endocrine func- 
tions had yet to be explained. Addison later wrote a 
publication called On the Constitutional and Local 
Effects of Disease of the Suprarenal Capsules, which 
provided more details on the disease. Addison 
described the condition from autopsies he performed. 
At the time, there was no cure for adrenal insuffi- 
ciency, so victims died after contracting it. Addison 
also noted that 70 to 90% of patients with adrenal 
insufficiency had tuberculosis as well. 


Addison’s disease is no longer a fatal illness if it is 
properly diagnosed. Today, doctors note that up to 
70% of cases are the result of the adrenal cortex being 
destroyed by the body’s own immune system, so 
Addison’s is called an autoimmune disease. Those 
who have sustained an injury to the adrenal gland and 
people who have diabetes are at increased risk of 
Addison’s disease. Tuberculosis is also linked to the 
disease, but since this disease can now be cured, 
Addison’s disease is rarely caused by tuberculosis 
today. 


Addison’s disease 


The effects of adrenal insufficiency do not manifest 
themselves until more than 90% of the adrenal cortex 
has been lost. Then, weakness and dizziness occur, and 
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the skin darkens, especially on or near the elbows, 
knees, knuckles, lips, scars, and skin folds. These symp- 
toms begin gradually and worsen over time. 


The patient becomes irritable and depressed and 
often craves salty foods. Some people do not experi- 
ence these progressive symptoms, but become aware 
of the disease during what is called an addisonian 
crisis. In this case, the symptoms appear suddenly 
and require immediate medical attention. Severe pain 
develops in the lower back, abdomen, or legs; vomit- 
ing and diarrhea leave the patient dehydrated. A per- 
son may become unconscious and may even die. 


A doctor’s examination reveals low blood pres- 
sure that becomes even lower when the patient rises 
from a sitting or lying position to a standing position. 
A blood test shows low blood sugar (hypoglycemia), 
low blood sodium (hyponatremia), and low levels of 
cortisol. Other tests are carried out to determine 
whether the condition is the result of adrenal insuffi- 
ciency or if the low levels of cortisol are the result of 
problems with the hypothalamus or pituitary. 


Treatment 


Once diagnosed, Addison’s disease is treated by 
replacing the natural cortisol with an oral medication. 
The medicine is adjusted by a doctor to bring cortisol 
levels in the blood up to normal and maintain them. A 
patient also is advised to eat salty foods, not skip any 
meals, and carry a packet containing a syringe with 
cortisone to be injected in case of an emergency. 


With the loss of the ability to secrete cortisol 
under stress, a patient must take extra medication 
when he/she undergoes dental treatments or surgery. 
Even though Addison’s disease is not curable, a 
patient with this condition can expect to live a full 
life span. 


See also Adrenals; Diabetes mellitus; Insulin. 
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| Addition 


Addition, indicated by a + sign, isa mathematical 
method of combining numbers; that is, of increasing 
one amount by another amount. The result of adding 
two numbers (such as a and b) is called their sum. 
For example, if a = 5 and b = 6, then their sum (c) 
issc =a+b=5+ 6= 11. Addition can also include 
the process of adding together any of a number of 
objects; such as adding applies and cherries. 


Adding natural numbers 


Consider the natural, or counting, numbers 1, 2, 
3, 4.... Each natural number can be defined in terms of 
sets. The number | is the name of the collection con- 
taining every conceivable set with one element, such as 
the set containing 0 or the set containing the 
Washington Monument. The number 2 is the name of 
the collection containing every conceivable set with two 
elements, and so on. The sum of two natural numbers 
is determined by counting the number of elements in 
the union of two sets chosen to represent them. For 
example, let the set {A, B, C} represent 3 and the set 
{W, X, Y, Z} represent 4. Then 3 + 4 is determined by 
counting the elements in {A, B, C, W, X, Y, Z}, which 
is the union of {A, B, C} and {W, X, Y, Z}. The result is 
seven, and we write 3 + 4 = 7. In this way, the 
operation of addition is carried out by counting. 


The addition algorithm 


Addition of natural numbers is independent of the 
numerals used to represent the numbers being added. 
However, some forms of notation make addition of 
large numbers easier than other forms. In particular, 
the Hindu-Arabic positional notation (in general 
use today) facilitates addition of large numbers, 
while the use of Roman numerals, for instance, is 
quite cumbersome. In the Hindu-Arabic positional 
notation, numerals are arranged in columns, each 
column corresponding to numbers that are ten times 
larger than those in the column to the immediate right. 
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For example, 724 consists of 4 ones, 2 tens, and 
7 hundreds. The addition algorithm amounts to count- 
ing by ones in the right hand column, counting by tens 
in the next column left, counting by hundreds in the 
next column left, and so on. When the sum of two 
numbers in any column exceeds nine, the amount 
over 10 is retained and the rest transferred, or carried, 
to the next column left. Suppose it is desired to add 724 
and 897. Adding each column gives 11 ones, 11 tens, 
and 15 hundreds. However, 11 ones is equal to 1 ten 
and | one so one has | one, 12 tens and 15 hundreds. 
Checking the tens column one finds 12 tens equals 
2 tens and | hundred, so one actually has 1 one, 
2 tens and 16 hundreds. Finally, 16 hundreds is 6 
hundreds and | thousand, so the end result is 1 thou- 
sand, 6 hundreds, 2 tens, and | one, or 1,621. 


Adding common fractions 


Historically, the number system expanded as it 
became apparent that certain problems of interest 
had no solution in the then-current system. Fractions 
were included to deal with the problem of dividing a 
whole thing into a number of parts. Common frac- 
tions are numbers expressed as a ratio, such as 2/3, 7/9, 
and 3/2. When both parts of the fraction are integers, 
the result is a rational number. Each rational number 
may be thought of as representing a number of pieces; 
the numerator (top number) tells how many pieces the 
fraction represents; the denominator (bottom num- 
ber) tells how many pieces the whole was divided 
into. Suppose a cake is divided into two pieces, after 
which one-half is further divided into six pieces and 
the other half into three pieces, making a total of nine 
pieces. If a person takes one piece from each half, what 
part of the whole cake has been taken? This amounts 
to a simple counting problem if both halves are cut 
into the same number of pieces, because then there are 
a total of six or 12 equal pieces, of which one takes 
two. One gets either 2/6, or 2/12, of the cake. The 
essence of adding rational numbers, then, is to turn 
the problem into one of counting equal size pieces. 
This is done by rewriting one or both of the fractions 
to be added so that each has the same denominator 
(called a common denominator). In this way, each 
fraction represents a number of equal size pieces. 
A general formula for the sum of two fractions is 
a/b + c/d = (ad + bc)/bd. 


Adding decimal fractions 


Together, the rational and irrational numbers 
constitute the set of real numbers. Addition of real 
numbers is facilitated by extending the positional 
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notation used for integers to decimal fractions. Place a 
period (called a decimal point) to the right of the ones 
column, and let each column to its right contain num- 
bers that are successively smaller by a factor of ten. 
Thus, columns to the right of the decimal point repre- 
sent numbers less than one, in particular, tenths, hun- 
dredths, thousandths, and so on. Addition of real 
numbers, then, continues to be defined in terms of 
counting and carrying, in the manner described above. 


Adding signed numbers 


Real numbers can be positive, negative, or zero. 
Addition of two negative numbers always results in a 
negative number and is carried out in the same fashion 
that positive numbers are added, after which a negative 
sign is placed in front of the result, such as -4 + (-21) = -25. 
Adding a positive and a negative number is the equivalent 
of subtraction, and, while it also proceeds by counting, 
the sum does not correspond to counting the members 
in the union of two sets, but to counting the members not 
in the intersection of two sets. 


Addition in algebra 


In algebra, which is a generalization of arithmetic, 
addition is also carried out by counting. For example, to 
sum the expressions 5x and 6x one notices that 5x means 
five ‘x’s and 6x means six ‘x’s, making a total of 11 “x’s. 
Thus 5x + 6x = (5 + 6)x = 11x, which is usually 
established on the basis of the distributive law, an impor- 
tant property that the real numbers obey. In general, only 
like variables or powers can be added algebraically. In 
adding two polynomial expressions, only similar terms 
are combined; thus, (3x7 + 2x +7y + z) + (x? + 3x4 
Az + 2yz) = (x? + 3x7 + 5x + Ty + Sz + 2yz). 


See also Fraction, common. 
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l Adenosine diphosphate 


Adenosine diphosphate (ADP) is a key intermedi- 
ate in the body’s energy metabolism—tt serves as the 
base to which energy-producing reactions attach an 
additional phosphate group, forming adenosine tri- 
phosphate (ATP). ATP then diffuses throughout the 
cell to drive reactions that require energy. 


The chemical reactions that produce ATP from 
ADP were discovered by Paul Boyer of the University 
of California, Los Angeles, and John Walker of the 
Medical Research Council in the United Kingdom. 
They received the 1997 Nobel prize in chemistry for 
their accomplishment. 


The reverse reaction, namely the production of 
ADP from ATP by the removal of a phosphate 
group, is valuable for living organisms, because the 
phosphate removal also releases energy. The energy 
can be used to make cell components or to power 
reactions that are necessary for cell survival. 


Structurally, ADP consists of the purine base 
adenine (a complex, double-ring molecule containing 
five nitrogenatoms) attached to the five-carbon sugar 
ribose; this combination is known as adenosine. 
Attaching two connected phosphate groups to the 
ribose produces ADP. Schematically, the structure 
may be depicted as Ad-Ph-Ph, where Ad is adenosine 
and Ph is a phosphate group. 


See also Metabolism. 


f Adenosine triphosphate 


Adenosine triphosphate (ATP) has been described as 
the body’s energy currency—energy-producing metabolic 
reactions store their energy in the form of ATP, which can 
then drive energy-requiring syntheses and other reactions 
anywhere in the cell. The energy for these activities is 
obtained when a phosphate group is removed from 
ATP to form adenosine diphosphate (ADP). 


Structurally, ATP consists of the purine base desig- 
nated adenine (a complex, double-ring molecule 
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containing five nitrogen atoms) attached to the five- 
carbon sugar ribose; this combination is known as 
adenosine. Attaching a string of three connected phos- 
phate groups to the ribose produces ATP. Schematically, 
one may depict the structure of ATP as Ad-Ph-Ph-Ph, 
where Ad is adenosine and Ph is a phosphate group. If 
only two phosphate groups are attached, the resulting 
compound is adenosine diphosphate (ADP). 


The final step in almost all the body’s energy-pro- 
ducing mechanisms is attachment of the third phos- 
phate group to ADP. This new phosphate-phosphate 
bond, known as a high-energy bond, effectively stores 
the energy that has been produced. The ATP then 
diffuses throughout the cell, eventually reaching sites 
where energy is needed for such processes as protein 
synthesis or muscle cell contraction. At these sites, 
enzyme mechanisms couple the energy-requiring proc- 
esses to the breakdown of ATP’s high-energy bond. 
This regenerates ADP and free phosphate, both of 
which diffuse back to the cell’s energy-producing sites 
and serve as raw materials for production of more ATP. 


The ATP-ADP couple is analogous to a recharge- 
able storage battery, with energy production sites rep- 
resenting the battery charger. ATP is the fully charged 
battery that can supply energy to a flashlight or tran- 
sistor radio. ADP is the used battery that is returned 
for charging. 
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The analogy breaks down somewhat, as ADP is 
not a fully drained battery, however. It still possesses 
one high-energy phosphate-phosphate bond. When 
energy is short and ATP is scarce, the second phos- 
phate can be transferred from one ADP to another. 
This creates a new ATP molecule, along with one of 
adenosine monophosphate (AMP). Since the “fully 
drained” AMP will probably be broken down and 
disposed of, however, this mechanism represents an 
emergency response that is inhibited when ATP is 
plentiful. 


ATP is also a building block in DNA synthesis, 
with the adenosine and one phosphate being incorpo- 
rated into the growing helix. (The “A” in ATP is the 
same as in the A-C-G-T “alphabet” of DNA.) This 
process differs from most other ATP-using reactions, 
since it releases two phosphate groups—initially still 
joined, but soon separated. With very little pyrophos- 
phate (Ph-Ph) available in the cell, the chance that it 
will break the DNA chain and form again—though all 
enzyme reactions are theoretically reversible—is effec- 
tively infinitesimal. Since breaking the DNA chain 
would probably kill the cell, what at first might appear 
to be energy wastage turns out to be quite worthwhile. 
The cell also converts ATP to AMP and pyrophos- 
phate in a few other cases where the reaction must 
always go only in a single direction. 


See also Metabolism. 
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| Adhesive 


Adhesives bond two or more materials at their 
surface, and may be classified as structural or non- 
structural. Structural adhesives can support heavy 
loads, while nonstructural adhesives cannot. Most 
adhesives exist in liquid, paste, or granular form, 
although film and fabric-backed tape varieties are 
also commercially available. 


Adhesives have been used since ancient times. The 
first were probably made from boiled-down animal 
products such as hides or bones. Organic (i.e., carbon- 
based) adhesives were later derived from plant products 
for use with paper. While many organic glues are effec- 
tive in adhering furniture and other indoor products, 
they have not been effective in outdoor use where they 
are exposed to harsher environmental conditions. 


Although inorganic adhesives (based on materials 
not containing carbon) such as sodium silicates (water 
glasses) are sold commercially, most adhesives in com- 
mon use are made of organic materials and are syn- 
thetic. By far the most widely used adhesives are 
polymer based. 


Synthetic adhesives can be made of amorphous 
thermoplastics; thermosetting monomers (as in the 
case of epoxy glues and cyanoacrylates); low-molecular- 
weight reactive species (such as urethane adhesives); or 
block copolymers, suspensions, and latexes. 


Types of adhesive bonding 


Adhesive bonding can be the result of mechanical 
interlocking of the adhesive with the bonded surface, 
covalent bonding between bonded surfaces, or secondary 
electronic interactions between the bonded materials. 


In mechanical adhesion, the adhesive flows 
around the substrate surface roughness so that the 
two materials interlock. The adhesive may penetrate 
the substrate surface, often via polymer diffusion. This 
type of bonding depends on the ability of the polymer 
adhesive to diffuse into the bonded surface. 


Secondary electronic bonding may result from 
hydrogen bonds between the adhesive and substrate, 
from the interactions of overlapping polymer chains, 
or from such nonspecific forces as van der Waals 
interactions. 


In covalent bonding, actual primary chemical 
bonds form between the bonded materials. For exam- 
ple, graft or block copolymers may bond different 
phases of a multicomponent polymeric material 
together. 
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Bonding applications 


Adhesives are characterized by their shelf life— 
the time that an adhesive can be stored after manufac- 
ture and still remain usable—and their working life— 
the time between mixing or making the adhesive and 
when the adhesive is no longer usable. The best choice 
of adhesive depends on the materials to be bonded. 


Bonding metals 


Epoxy resin adhesives perform well in the struc- 
tural bonding of metal parts. Nonstructural adhesives 
such as polysulfides, neoprene, or rubber-based adhe- 
sives are also available for bonding metal foils. 
Ethylene cellulose cements are used for filling recesses 
in metal surfaces. 


When bonding metals to nonmetals, adhesive 
choices are more extensive. For structural bonding, 
for example, polyester-based adhesives may be used 
to bond plastic laminates to metal surfaces; low-den- 
sity epoxy adhesives may be used to adhere light plas- 
tics such as polyurethane foam to various metals; and 
liquid adhesives made of neoprene and synthetic resins 
may be used to bond metals to wood. General-purpose 
rubber, cellulose, and vinyl adhesives may be used to 
bond metals to other materials such as glass and 
leather. 


Bonding plastics 


Thermoplastic materials including nylon, poly- 
ethylene, acetal, polycarbonate, polyvinyl chloride, 
cellulose nitrate, and cellulose acetate are easily dis- 
solved by solvents and softened by heat. These limita- 
tions restrict the use of adhesives with such materials, 
and solvent or heat welding may provide better bond- 
ing alternatives for adhering these materials. 


Solvent cements can be used to bond thermoplas- 
tics. They combine a solvent with a base material that 
is the same as the thermoplastic to be adhered. In view 
of environmental considerations, however, many 
adhesives manufacturers are now reformulating their 
solvent-based adhesives. General-purpose adhesives 
such as cellulosics, vinyls, rubber cements, and epoxies 
have also been used successfully with thermoplastics. 


Thermosetting plastics, including phenolics, epoxies, 
and alkyds are easily bonded with epoxy-based adhesives, 
neoprene, nitrile rubber, and polyester-based cements. 
These adhesives have been used to bond both thermosets 
and thermoplastics to other materials, including 
ceramics, fabric, wood, and metal. 
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KEY TERMS 


Composite—A mixture or mechanical combina- 
tion (on a macroscopic level) of materials that are 
solid in their finished state, mutually insoluble, and 
have different chemistries. 


Inorganic—Not containing carbon. 

Monomer—A substance composed of molecules 
that are capable of reacting together to form a 
polymer. 

Organic—Containing carbon atoms, when used in 
the conventional chemical sense. 


Polymer—A substance, usually organic, composed 
of very large molecular chains that consist of recur- 
ring structural units. 


Synthetic—A substance that either reproduces a 
natural product, or that produces a unique material 
not found in nature, and that is produced by means 
of chemical reactions. 


Thermoplastic—A high-molecular-weight polymer 
that softens when heated and returns to its original 
condition when cooled to ordinary temperatures. 


Thermoset—A high-molecular-weight polymer that 
solidifies irreversibly when heated. 


Bonding wood 


Animal glues, available in liquid and powder 
form, are frequently used in wood bonding, but they 
are very sensitive to variations in temperature and 
moisture. Casein-type adhesives offer moderate resist- 
ance to moisture and high temperature, as do urea 
resin adhesives, which can be used to bond wood to 
wood, or wood to plastic. 


Vinyl-acetate emulsions are excellent for bonding 
wood to materials that are especially porous, such as 
metal and some plastic laminates, but these adhesives 
also tend to be sensitive to temperature and moisture. 
General-purpose rubber, acrylic, and epoxy adhesives 
also perform well with wood and other materials. 


Fabric and paper bonding 


General-purpose adhesives including rubber cements 
and epoxies can bond fabrics together, as well as fab- 
rics to other materials. When coated fabrics must be 
joined, the base adhesive material must be the same as 
the fabric coating. Rubber cements, gum mucilages, 
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wheat pastes, and wood rosin adhesives can be used to 
join paper or fabric assemblies. 
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l Adipocere 


Also known as “grave wax,” adipocere (from the 
Latin, adipo for fat and cera for wax) is a grayish-white 
postmortem (after death) matter caused by fat decom- 
position, which results from hydrolysis and hydroge- 
nation of the lipids (fatty cells) that compose 
subcutaneous (under the skin) fat tissues. 


Although decomposition of fatty tissues starts 
almost immediately after death, adipocere formation 
time may vary from two weeks to one or two months, 
on average, due to several factors, such as temper- 
ature, embalming and burial conditions, and materials 
surrounding the corpse. For instance, the subcutane- 
ous adipose (fatty) tissue of corpses immersed in cold 
water or kept in plastic bags may undergo a uniform 
adipocere formation with the superficial layers of skin 
slipping off. 


Several studies have been conducted in the last ten 
years to understand and determine the rate of adipo- 
cere formation under different conditions. Other stud- 
ies also investigated the influence of some bacteria and 
chemicals, present in grave soils, in adipocere decom- 
position. Although this issue remains a challenging 
one, the purpose of such studies is to establish stand- 
ard parameters for possible application in forensic 
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analysis, such as the estimation of time elapsed since 
death when insect activity is not present. In forensics, 
adipocere is also important because preserved body 
remains may offer other clues associated either with 
the circumstances surrounding or the cause of death. 
The ability of adipocere to preserve a body has been well 
illustrated in exhumed corpses, even after a century. 


Adipose cells are rich in glycerol molecules and 
are formed by triglycerols (or triglycerides). Bacterial 
activity releases enzymes that break these triglycerides 
into a mixture of saturated and unsaturated free fatty 
acids, a process known as hydrolysis. In the presence 
of enough water and enzymes, triglycerol hydrolysis 
will proceed until all molecules are reduced to free 
fatty acids. Unsaturated free fatty acids, such as pal- 
mitoleic and linoleic acids, react with hydrogen to 
form hydroxystearic, hydroxypalmitic acids and 
other stearic compounds, a process known as saponi- 
fication, or turning into soap. 


This final product of fat decomposition, or adipo- 
cere, can be stable for long periods of time due to its 
considerable resistance to bacterial action. This resist- 
ance allows for slower decomposition of those areas of 
a corpse where adipose tissues are present, such as 
cheeks, thighs, and buttocks. When a corpse is exposed 
to insects, however, adipocere probably will not be 
formed, as body decomposition will be much faster 
because of the insects’ action. Animal scavenging of a 
dead body will also prevent adipocere formation. 


See also Forensic science. 


Sandra Galeotti 


Adolescence see Puberty 
ADP see Adenosine diphosphate 


| Adrenals 


The adrenal glands are a pair of endocrine glands 
that sit atop the kidneys and release their hormones 
directly into the bloodstream. The adrenals are flat- 
tened, somewhat triangular bodies that, like other 
endocrine glands, receive a rich blood supply. The 
phrenic (from the diaphragm) and renal (from the 
kidney) arteries send many small branches to the adre- 
nals, while a single large adrenal vein drains blood 
from the gland. 


Each adrenal gland is actually two organs in one. 
The inner portion of the adrenal gland, the adrenal 
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medulla, releases substances called catecholamines, 
specifically epinephrine, adrenaline, norepinephrine, 
noradrenaline, and dopamine. The outer portion of 
the adrenal gland, the adrenal cortex, releases steroids, 
which are hormones derived from cholesterol. 


There are three somewhat distinct zones in the 
adrenal cortex: the outer part, the zona glomerulosa 
(15% of cortical mass), made up of whorls of cells; the 
middle part, the zona fasciculata (50% of cortical 
mass), which are continuous with the whorls and are 
made up of columns of cells; and an innermost area 
called the zona reticularis (7% of cortical mass), which 
is separated from the zona fasciculata by venous 
sinuses. 


The cells of the zona glomerulosa secrete steroid 
hormones known as mineralocorticoids, which affect 
the fluid balance in the body, principally aldosterone, 
while the zona fasiculata and zona reticularis secrete 
glucocarticoids, notably cortisol and the androgen 
testosterone, which are involved in carbohydrate, pro- 
tein, and fat metabolism. 


The secretion of the adrenal cortical hormones is 
controlled by a region of the brain called the hypo- 
thalamus, which secretes a corticotropin-releasing 
hormone. This hormone targets the anterior part of 
the pituitary gland, situated directly below the hypo- 
thalamus. The corticotropin-releasing hormone stim- 
ulates the release of adreno-corticotropin (ACTH) 
from the anterior pituitary, which, in turn, enters the 
blood and targets the adrenal cortex. There, it binds to 
receptors on the surface of the gland’s cells and stim- 
ulates them to produce the steroid hormones. 


Steroids contain as their basic structure three 
6-carbon (hexane) rings and a single 5-carbon (pen- 
tane) ring. The adrenal steroids have either 19 or 21 
carbon atoms. These important hormones are collec- 
tively called corticoids. The 21-carbon steroids include 
glucocorticoids and mineralocorticoids, while the 19- 
carbon steroids are the androgens. Over 30 steroid 
hormones are made by the cortex, but only a few 
are secreted in physiologically significant amounts. 
These hormones can be classified into three main 
classes: glucocorticoids, mineralocorticoids, and 
corticosterone. 


Cortisol (hydrocortisone) is the most important 
glucocorticoid. Its effect is opposite that of insulin. It 
causes the production of glucose from amino acids 
and glycogen stored in the liver, a process called glu- 
coneogenesis, which increases blood glucose. Cortisol 
also decreases the use of glucose in the body (except 
for the brain, spinal cord, and heart), and stimulates 
the use of fatty acids for energy. 
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Glucocorticoids also have anti-inflammatory and 
antiallergenic action, so they are often used to treat 
rheumatoid arthritis. The excessive release of gluco- 
corticoids causes Cushing’s disease, which is charac- 
terized by fatigue and loss of muscle mass due to the 
excessive conversion of amino acids into glucose. In 
addition, there is the redistribution of body fat to the 
face, causing the condition known as “moon face.” 
Mineralocorticoids are essential for maintaining the 
balance of sodium in the blood and body tissues and 
the volume of the extracellular fluid in the body. 
Aldosterone, the principal mineralocorticoid pro- 
duced by the zona glomerulosa, enhances the uptake 
and retention of sodium in cells, as well as the cells’ 
release of potassium. This steroid also causes the kid- 
neys’ tubules to retain sodium, thus maintaining levels 
of this ion in the blood, while increasing the excretion 
of potassium into the urine. Simultaneously, aldoster- 
one increases reabsorption of bicarbonate by the kid- 
ney, thereby decreasing the acidity of body fluids. 


A deficiency of adrenal cortical hormone secre- 
tion causes Addison’s disease, characterized by 
fatigue, weakness, skin pigmentation, a craving for 
salt, extreme sensitivity to stress, and increased vulner- 
ability to infection. 


The adrenal androgens are weaker than testoster- 
one, the male hormone produced by the testes. 
However, some of these androgens, including andros- 
tenedione, dehydroepiandrosterone (DHEA), and 
dehydroepiandrosterone sulfate, can be converted by 
other tissues to stronger androgens, such as testoster- 
one. The cortical output of androgens increases dra- 
matically after puberty, giving the adrenal gland a 
major role in the developmental changes in both 
sexes. The cortex also secretes insignificant amounts 
of estrogen. 


The steroid hormones are bound to steroid-bind- 
ing proteins in the bloodstream, from which they are 
released at the surface of target cells. From there they 
move into the nucleus of the cell, where they may 
either stimulate or inhibit gene activity. 


The release of the cortical hormones is controlled 
by adrenocorticotropic (ACTH) from the anterior 
pituitary gland. ACTH levels have a diurnal perio- 
dicity, that is, they undergo a regular, periodic change 
during a 24-hour time period. ACTH concentration in 
the blood rises in the early morning, peaks just before 
awaking, and reaches its lowest level shortly before 
sleep. 


Several factors control the release of ACTH from 
the pituitary, including corticotropin-releasing hormone 
from the hypothalamus, free cortisol concentration in 
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the plasma, stress (e.g., surgery, hypoglycemia, exercise, 
emotional trauma), and the sleep-wake cycle. 


Mineralocorticoid release is also influenced by 
factors circulating in the blood. The most important 
of these factors is angiotensin II, the end product of a 
series of steps that begin in the kidney. When the 
body’s blood pressure declines, this change is sensed 
by a special structure in the kidney called the juxtaglo- 
merular apparatus. In response, arterioles in the jux- 
taglomerular apparatus release an enzyme called renin 
into the kidney’s blood vessels, where it is converted to 
angiotensin I. This undergoes a further enzymatic 
change in the bloodstream outside the kidney to 
angiotensin II, which stimulates the adrenal cortex to 
release aldosteroneand and causes the kidney to retain 
sodium. Increased sodium concentration in the blood- 
filtering tubules of the kidney causes an osmotic move- 
ment of water into the blood, thereby increasing blood 
pressure. 


The adrenal medulla, which makes up 28% of the 
mass of the adrenal glands, is composed of irregular 
strands and masses of cells that are separated by 
venous sinuses. These cells contain many dense 
vesicles, which contain granules of catecholamines. 


Medulla cells are modified ganglion (nerve) cells 
that are in contact with preganglionic fibers of the 
sympathetic nervous system. There are two types of 
medullary secretory cells, called chromaffin cells: the 
epinephrine- (adrenaline-) secreting cells, which have 
large, less-dense granules, and the norepinephrine- 
(noradrenalin-) secreting cells, which contain smaller, 
very dense granules that do not fill their vesicles. Most 
chromaffin cells are the epinephrine-secreting type. 
These substances are released following stimulation 
by the acetylcholine-releasing sympathetic nerves 
that form synapses on the cells. Dopamine, a neuro- 
transmitter, is secreted by a third type of adrenal 
medullar cell, different from those that secrete the 
other amines. 


The medulla’s extensive nerve connections mean 
that it is a sympathetic ganglion—a collection of sym- 
pathetic nerve cell bodies located outside the central 
nervous system. Unlike normal nerve cells, however, 
medulla cells lack axons and are, instead, secretory 
cells. 


The catecholamines released by the medulla 
include epinephrine, norepinephrine and dopamine. 
While not essential to life, they help to prepare the 
body to respond to short-lived but intense emergencies. 


Most of the catecholamine output in the adrenal 
vein is epinephrine, which stimulates both the nervous 
system and glycogenolysis (the breakdown of glycogen 
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to glucose) in the liver and skeletal muscle. The free 
glucose is used for energy production or to maintain 
glucose levels in the blood; it also stimulates lipolysis 
(the breakdown of fats to release energy-rich free 
fatty acids) and stimulates metabolism in general. 
Epinephrine also increases the force and rate of heart 
muscle contraction, which increases cardiac output. 


The only significant disease associated with the 
adrenal medulla is pheochromocytoma, a vascular 
tumor that secretes its hormones in large amounts. 
Symptoms of this disease include hypertension, sweat- 
ing, headaches, excessive metabolism, inflammation 
of the heart, and palpitations. 


See also Addison’s disease; Endocrine system. 
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| Aerobic 


Aerobic refers to oxygen as it concerns an organ- 
ism. Specifically, an organism that is described as 
being aerobic (or an aerobe) means that the organism 
needs oxygen to live. Some microorganisms can live 
without oxygen; they are called anaerobic. 


Aerobic also refers to the need for oxygen in the 
utilization of foods. Bacteria are not dependent on 
oxygen to use a food source for energy, but most 
other living organisms do need oxygen. Fats, proteins, 
and sugars in the diet of organisms are chemically 
broken down in the process of digestion to release 
energy to drive life activities. If oxygen is present, 
maximum energy is released from the food, and the 
process is referred to as aerobic respiration. The anal- 
ogy of a bonfire with the energy metabolism of living 
organisms is appropriate up to the point that both 
processes require fuel and oxygen to produce energy 
and yield simpler compounds as a result of the oxida- 
tion process. There are, however, a number of impor- 
tant differences between the energy produced by the 
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fire and the energy that comes from organism metab- 
olism. The fire burns all at once and gives off large 
quantities of heat and light. Aerobic oxidation in an 
organism, on the other hand, proceeds in a series of 
small and controlled steps. Much of the energy 
released in each step is recaptured in the high-energy 
bonds of a chemical called adenosine triphosphate 
(ATP), a compound found in all cells, which serves 
as an energy storage site. Part of the energy released is 
given off as heat. 


Energy metabolism begins with an anaerobic 
sequence known as glycolysis. Since the reactions of 
glycolysis do not require the presence of oxygen, it is 
termed the anaerobic pathway. This pathway does not 
produce very much energy for the body, but it estab- 
lishes a base for further aerobic steps that do have a 
much higher yield of energy. It is believed that cancer 
cells do not have the necessary enzymes to utilize the 
aerobic pathway. Since these cells rely on glycolysis for 
their energy metabolism, they place a heavy burden on 
the rest of the body. 


The aerobic pathway is also known as the Krebs 
citric acid cycle and the cytochrome chain. In these 
two steps the byproducts of the initial anaerobic gly- 
colysis step are oxidized to produce carbon dioxide, 
water, and many energy-rich ATP molecules. All 
together, all these steps are referred to as cell respira- 
tion. Forty percent of the glucose “burned” in cell 
respiration provides the organism with energy to 
drive its activities, while 60% of the oxidized glucose 
is dissipated as heat. This ratio of heat and energy is 
about the same as a power plant that produces elec- 
tricity from coal. 


fl Aerodynamics 


Aerodynamicsis the science of airflow over airplanes, 
cars, buildings, and other objects. Aerodynamic prin- 
ciples are used to find the best ways in which airplanes 
can get lift, reduce drag, and remain stable by control- 
ling the shape and size of the wing, the angle at which it 
is positioned with respect to the air stream, and the 
flight speed. The flight characteristics change at higher 
altitudes as the surrounding air becomes colder and 
thinner. The behavior of airflow also changes dramat- 
ically at flight speeds close to, and beyond, the speed 
of sound. The explosion in computational capability 
has made it possible to understand and exploit the 
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Wind tunnel testing of an aircraft model. (© Dr. Gary Settles/ 
Science Source, National Audubon Society Collection/Photo 
Researchers, Inc.) 


concepts of aerodynamics and to design improved 
wings for airplanes. Increasingly sophisticated wind 
tunnels are also available to test new models. 


Basic airflow principles 
Air properties that influence flow 


Airflow is governed by the principles of fluid 
dynamics that deal with the motion of liquids and 
gases in and around solid surfaces. The viscosity, den- 
sity, compressibility, and temperature of the air deter- 
mine how the air will flow around a building or a plane. 
The viscosity of a fluid is its resistance to flow. Even 
though air is 55 times less viscous than water, viscosity 
is important near a solid surface, since air, like all other 
fluids, tends to stick to the surface and slow down the 
flow. A fluid is compressible if its density can be 
increased by squeezing it into a smaller volume. At 
flow speeds less than 220 miles per hour [mph] (354 
kilometers per hour [km/h]), a third the speed of sound, 
it can be assumed that air is incompressible for all 
practical purposes. At speeds closer to that of sound 
(660 mph [1,622 km/h]), however, the variation in the 
density of the air must be taken into account. The 
effects of temperature change also become important 
at these speeds. A regular commercial airplane, after 
landing, will feel cool to the touch. The recently retired 
Concorde jet, which flew at twice the speed of sound, 
would feel hotter than boiling water when it landed. 


Laminar and turbulent flow 


Flow patterns of the air may be laminar or turbu- 
lent. In laminar, or streamlined, flow, air, at any point 
in the flow, moves with the same speed in the same 
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direction at all times so that the flow appears to be 
smooth and regular. The air pattern changes to turbu- 
lent flow, which is cloudy and irregular, when the air 
continually changes speed and direction. 


Laminar flow, without viscosity, is governed by 
Bernoulli’s principle: the sum of the static and 
dynamic pressures in a fluid remains the same. A 
fluid at rest in a pipe exerts static pressure on the 
walls. If the fluid now starts moving, some of the static 
pressure is converted to dynamic pressure, which is 
proportional to the square of the speed of the fluid. 
The faster a fluid moves, the greater its dynamic pres- 
sure and the smaller the static pressure it exerts on the 
sides. 


Bernoulli’s principle works well far from the sur- 
face. Near the surface, however, the effects of viscosity 
must be considered since the air tends to stick to the 
surface, slowing down the flow nearby. Thus, a boun- 
dary layer of slow-moving air is formed on the surface 
of an airplane or automobile. This boundary layer is 
laminar at the beginning of the flow, but it gets thicker 
as the air moves along the surface and becomes turbu- 
lent after a point. 


Numbers used to characterize flow 


Airflow is determined by many factors, all of 
which work together in complicated ways to influence 
flow. Very often, the effects of factors such as viscos- 
ity, speed, and turbulence cannot be separated. 
Engineers have found smart ways to get around the 
difficulty of treating such complex situations. They 
have defined some characteristic numbers, each of 
which tells something useful about the nature of the 
flow, by taking several different factors into account. 


One such number is the Reynolds number, which 
is greater for faster flows and denser fluids and smaller 
for more viscous fluids. The Reynolds number is also 
higher for flow around larger objects. Flows at lower 
Reynolds numbers tend to be slow, viscous, and lam- 
inar. As the Reynolds number increases, there is a 
transition from laminar to turbulent flow. The 
Reynolds number is a useful similarity parameter. 
This means that flows in completely different situa- 
tions will behave in the same way as long as the 
Reynolds number and the shape of the solid surface 
are the same. If the Reynolds number is kept the same, 
water moving around a small stationary airplane 
model will create exactly the same flow patterns as a 
full-scale airplane of the same shape, flying through 
the air. This principle makes it possible to test airplane 
and automobile designs using small-scale models in 
wind tunnels. 
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Aerodynamics 


At speeds greater than 220 mph (354 km/h), the 
compressibility of air cannot be ignored. At these 
speeds, two different flows may not be equivalent 
even if they have the same Reynolds number. 
Another similarity parameter, the Mach number, is 
needed to make them similar. The Mach number of 
an airplane is its flight speed divided by the speed of 
sound at the same altitude and temperature. This 
means that a plane flying at the speed of sound has a 
Mach number of one. 


The drag coefficient and the lift coefficient are two 
numbers that are used to compare the forces in differ- 
ent flow situations. Aerodynamic drag is the force that 
opposes the motion of a car or an airplane. Lift is the 
upward force that keeps an airplane afloat against 
gravity. The drag or lift coefficient is defined as the 
drag or lift force divided by the dynamic pressure. It is 
also defined by the area over which the force acts. Two 
objects with similar drag or lift coefficients experience 
comparable forces, even when the actual values of the 
drag or lift force, dynamic pressure, area, and shape 
are different in the two cases. 


Skin friction and pressure drag 


There are several sources of drag. The air that 
sticks to the surface of a car creates a drag force due 
to skin friction. Pressure drag is created when the 
shape of the surface changes abruptly, as at the point 
where the roof of an automobile ends. The drop from 
the roof increases the space through which the air 
stream flows. This slows down the flow and, by 
Bernoulli’s principle, increases the static pressure. 
The air stream is unable to flow against this sudden 
increase in pressure, and the boundary layer becomes 
detached from the surface, creating an area of low- 
pressure turbulent wake or flow. Since the pressure in 
the wake is much lower than the pressure in front of 
the car, a net backward drag or force is exerted on the 
car. Pressure drag is the major source of drag on blunt 
bodies. Car manufacturers experiment with vehicle 
shapes to minimize the drag. For smooth or stream- 
lined shapes, the boundary layer remains attached 
longer, producing only a small wake. For such bodies, 
skin friction is the major source of drag, especially if 
they have large surface areas. Skin friction comprises 
almost 60% of the drag on a modern airliner. 


Airfoil 


An airfoil is the two-dimensional cross-section of 
the wing of an airplane as one looks at it from the side. 
It is designed to maximize lift and minimize drag. The 
upper surface of a typical airfoil has a curvature 
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Wind 
—_ 


Angle of attack 


The angle of attack that generates the most lift depends on 
many factors including the shape of the airfoil, the velocity of 
the airflow, and the atmospheric conditions. (Argosy. The Gale 
Group.) 


greater than that of the lower surface. This extra cur- 
vature is known as camber. The straight line, joining 
the front tip or the leading edge of the airfoil to the 
rear tip or the trailing edge, is known as the chord line. 
The angle of attack is the angle that the chord line 
forms with the direction of the air stream. 


Lift 


The stagnation point is the point at which the 
stream of air moving toward the wing divides into 
two streams, one flowing above and the other flowing 
below the wing. Air flows faster above a wing with 
greater camber, since the same amount of air has to 
flow through a narrower space. According to 
Bernoulli’s principle, the faster flowing air exerts less 
pressure on the top surface, so that the pressure on the 
lower surface is higher, and there is a net upward force 
on the wing, creating lift. The camber is varied, using 
flaps and slats on the wing in order to achieve different 
degrees of lift during take-off, cruising, and landing. 


Since the air flows at different speeds above and 
below the wing, a large jump in speed will tend to arise 
when the two flows meet at the trailing edge, leading to 
a rearward stagnation point on top of the wing. 
German engineer Wilhelm Kutta (1867-1944) realized 
that a circulation of air around the wing would ensure 
smooth flow at the trailing edge. According to the 
Kutta condition, the strength of the circulation, or 
the speed of the air around the wing, is exactly as 
much as is needed to keep the flow smooth at the 
trailing edge. 


Increasing the angle of attack moves the stagna- 
tion point down from the leading edge along the lower 
surface so that the effective area of the upper surface is 
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increased. This results in a higher lift force on the 
wing. If the angle is increased too much, however, 
the boundary layer is detached from the surface, caus- 
ing a sudden loss of lift. This is known as a stall, and 
the angle at which this occurs for an airfoil of a partic- 
ular shape is known as the stall angle. 


Induced drag 


The airfoil is a two-dimensional section of the 
wing. The length of the wing in the third dimension, 
out to the side, is known as the span of the wing. At the 
wing tip at the end of the span, the high-pressure flow 
below the wing meets the low-pressure flow above the 
wing, causing air to move up and around in wing-tip 
vortices. These vortices are shed as the plane moves 
forward, creating a downward force, or downwash, 
behind it. The downwash makes the air stream tilt 
downward and the resulting lift force tilts backward 
so that a net backward force, or drag, is created on the 
wing. This is known as induced drag or drag due to lift. 
About one-third of the drag on a modern airliner is 
induced drag. 


Stability and control 


In addition to lift and drag, the stability and con- 
trol of an aircraft in all three dimensions is important 
since an aircraft, unlike a car, is completely sur- 
rounded by air. Various control devices on the tail 
and wing are used to achieve this situation. Ailerons, 
for instance, control rolling motion by increasing lift 
on one wing and decreasing lift on the other. 


Supersonic flight 


Flight at speeds greater than that of sound are 
supersonic. Near a Mach number of one, some por- 
tions of the flow are at speeds below that of sound, 
while other portions move faster than sound. The 
range of speeds from Mach number 0.8 to 1.2 is 
known as transonic. Flight at Mach numbers greater 
than five is hypersonic. 


The compressibility of air becomes an important 
aerodynamic factor at these high speeds. The reason 
for this is that sound waves are transmitted through 
the successive compression and expansion of air. The 
compression due to a sound wave from a supersonic 
aircraft does not have a chance to get away before the 
next compression begins. This pile up of compression 
creates a shock wave, which is an abrupt change in 
pressure, density, and temperature. The shock wave 
causes a steep increase in the drag and loss of stability 
of the aircraft. Drag due to the shock wave is known as 
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KEY TERMS 


Airfoil—The cross-section of an airplane wing par- 
allel to the length of the plane. 


Angle of attack—The angle that the length of the 
airfoil forms with the oncoming air stream. 


Camber—The additional curvature of the upper 
surface of the airfoil relative to the lower surface. 


Induced drag or drag due to lift—The drag on the 
airplane due to vortices on the wingtips created by 
the same mechanism that produces lift. 


Similarity parameter—A number used to charac- 
terize a flow and compare flows in different 
situations. 


Stall—A sudden loss of lift on the airplane wing 
when the angle of attack increases beyond a certain 
value known as the stall angle. 


Supersonic—Refers to bodies moving at speeds 
greater than the speed of sound (not normally 
involved in the study of acoustics). 


Wave drag—Drag on the airplane due to shock 
waves that are produced at speeds greater than 
sound. 


wave drag. The familiar sonic boom is heard when the 
shock wave touches the surface of the Earth. 


Temperature effects also become important at 
transonic speeds. At hypersonic speeds above a 
Mach number of five, the heat causes nitrogen and 
oxygen molecules in the air to break up into atoms and 
form new compounds by chemical reactions. This 
changes the behavior of the air, and the simple laws 
relating pressure, density, and temperature become 
invalid. 


The need to overcome the effects of shock waves 
has been a formidable problem. Swept-back wings 
have helped to reduce the effects of shock. The super- 
sonic Concorde that cruised at Mach 2 and several 
military airplanes have delta-shaped or triangular 
wings. The supercritical airfoil designed by Richard 
Whitcomb of the NASA Langley Laboratory has 
made airflow around the wing much smoother and 
has greatly improved both the lift and drag at tran- 
sonic speeds. It has only a slight curvature at the top 
and a thin trailing edge. There have been several 
hypersonic aerospace planes proposed in the United 
States, which would fly partly in air and partly in 
space. If ever flown, it would travel from 
Washington, D.C. to Tokyo within two hours. The 
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challenge for aerodynamicists is to control the flight of 
the aircraft so that it does not burn up like a meteor as 
it enters the atmosphere at several times the speed of 
sound. The last proposed aerospace plane was the X- 
30 National Aero-Space Plane (NASP), which was 
cancelled in 1993, after failing to overcome various 
technical and budgetary problems. Since then, an 
unmanned X-43 Hyper-X program has been devel- 
oped. As an unmanned version of the X-30, the X-43 
is an experimental hypersonic craft that is part of 
NASA’s Hyper-X program. After tests in 2004, 
NASA scientists predicted that it would probably 
take another two decades to develop a two-stage 
hypersonic vehicle that could carry humans to space 
and then land on a runway. 


See also Airship; Balloon. 
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| Aerosols 


Aerosols are collections of tiny particles of solid 
and/or liquid suspended in a gas. The size of these 
particles can range from about 0.001 to about 100 
microns. While a number of naturally occurring aero- 
sols exist, the most familiar form of an aerosol is the 
pressurized spray can. Aerosols are produced by a 
number of natural processes and are now manufac- 
tured in large quantities for a variety of commercial 
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uses. They are also involved in a number of environ- 
mental problems, including air pollution and destruc- 
tion of ozone in the atmosphere. 


Classification 


Aerosols are commonly classified into various 
subgroups based on the nature and size of the particles 
of which they are composed and, to some extent, the 
manner in which the aerosol is formed. Although 
relatively strict scientific definitions are available for 
each subgroup, these distinctions may become blurred 
in actual practical applications. The most important of 
these subgroups are the following: 


Fumes 


Fumes consist of solid particles ranging in size 
from 0.001 to 1 micron. Some typical fumes are those 
produced by the dispersion of carbon black, rosin, 
petroleum solids, and tobacco solids in air. Probably 
the most familiar form of a fume is smoke. Smoke is 
formed from the incomplete combustion of fuels such 
as coal, oil, or natural gas. Its particles are smaller 
than 10 microns in size. 


Dusts 


Dusts also contain solid particles suspended in a 
gas, usually air, but the particles are larger in size than 
those in a fume. They range from about | to 100 
microns (and even larger) in size. Dust is formed by 
the release of materials such as soil and sand, fertil- 
izers, coal dust, cement dust, pollen, and fly ash into 
the atmosphere. Because of their larger particle size, 
dusts tend to be more unstable and settle out more 
rapidly than do fumes, which do not settle out at all. 


Mists 


Mists are dispersions in a gas of liquid particles 
less than about 10 microns in size. The most common 
type of mist is that formed by tiny water droplets 
suspended in the air, as on a cool summer morning. 
If the concentration of liquid particles becomes high 
enough to affect visibility, it is then called a fog. A 
particular form of fog that has become significant in 
the last half century is smog, which forms when natu- 
ral moisture in the air interacts with man-made com- 
ponents, such as smoke and other combustion 
products, to form chemically active materials. 


Sprays 


Sprays form when relatively large (10+ micron) 
droplets of a liquid are suspended in a gas. Sprays can 
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be formed naturally, as along an ocean beach, but are 
also produced as the result of some human invention 
such as aerosol can dispensers of paints, deodorants, 
and other household products. 


Sources 


About three-quarters of all aerosols found in 
Earth’s atmosphere come from natural sources. The 
most important components are sea salt, soil and rock 
debris, products of volcanic emissions, smoke from 
forest fires, and solid and liquid particles formed by 
chemical reactions in the atmosphere. As an example 
of the last category, gaseous organic compounds 
released by plants are converted by solar energy in 
the atmosphere to liquid and solid compounds that 
may then become components of an aerosol. A num- 
ber of nitrogen and sulfur compounds released into 
the atmosphere as the result of living and nonliving 
changes undergo similar transformations. 


Volcanic eruptions are major, if highly irregular, 
sources of atmospheric aerosols. The eruptions of 
Mount Hudson in Chile in August 1991 and Mount 
Pinatubo in the Philippines in June 1991 produced 
huge volumes of aerosols that had measurable effects 
on Earth’s atmosphere. 


Remaining atmospheric aerosols result from 
human actions. Some, such as the aerosols released 
from spray cans, go directly to form aerosols in the 
atmosphere. Others undergo chemical changes similar 
to those associated with natural products. For exam- 
ple, oxides of nitrogen and sulfur produced during the 
combustion of fossil fuels may be converted to liquid 
or solid nitrates and sulfates, which are then incorpo- 
rated into atmospheric aerosols. 


Physical properties 


The physical and chemical properties of an aero- 
sol depend to a large extent on the size of the particles 
that comprise it. When those particles are very large, 
they tend to have the same properties as a macroscopic 
(large size) sample of the same material. The smaller 
the particles, however, the more likely they are to take 
on new characteristics different from those of the same 
material in bulk. Aerosols tend to coagulate, or collide 
and combine with each other, to form larger bodies. A 
cloud, for example, consists of tiny droplets of water 
and tiny ice crystals. These particles move about ran- 
domly within the cloud, colliding with each other from 
time to time. As a result of a collision, two water 
particles may adhere (stick) to each other and form a 
larger, heavier particle. This process results in the 
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formation of droplets of water or crystals of ice 
heavy enough to fall to Earth as rain, snow, or some 
other form of precipitation. 


Synthetic production 


The synthetic production of aerosols for various 
commercial purposes has become such a large industry 
that the term aerosol itself has taken on a new mean- 
ing. Average citizens who know little or nothing about 
the scientific aspects of aerosols recognize the term as 
referring to devices for dispensing a wide variety of 
products. 


Aerosol technology is relatively simple. A spray 
can is filled with a product to be delivered (such as 
paint), a propellant, and, sometimes, a carrier to help 
disperse the product. Pressing a button on the can 
releases a mixture of these components in the form of 
an aerosol. 


The simplicity of this concept, however, masks 
some difficult technological problems involved in 
their manufacture. An aerosol pesticide, for example, 
must be formulated in such a way that a precise 
amount of poison is released, enough to kill pests, 
but not so much as to produce an environmental 
hazard. Similarly, a therapeutic spray such as a throat 
spray must deliver a carefully measured quantity of 
medication. In such cases, efforts must be taken to 
determine the optimal particle size and concentration 
in the aerosol by monitoring chlorofluorocarbon 
(CFC) propellants, which destroy the ozone layer. 


The production of commercial aerosols fell 
slightly in the late 1980s because of concerns about 
the ozone and other environmental effects. By 1992, 
however, their manufacture had rebounded. In that 
year 990 million container units (bottles and cans) of 
personal aerosol products and 695 million container 
units of household products were manufactured. In 
the early 1990s many states passed legislation limiting 
the volatile organic compound (VOC) content in aero- 
sols such as hairspray and spray paint. These limita- 
tions have forced the aerosol industry to seek alternate 
propellants and solvents. In many cases this substitu- 
tion has resulted in inferior products from the stand- 
point of drying time and spray characteristics. The 
industry continued to struggle with these issues after 
the year 2000. 


Combustion aerosols 


Aerosol technology has made possible vastly 
improved combustion systems, such as those used in 
fossil-fueled power generator plants and in rocket 
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Aerosols 


KEY TERMS 


Acid rain—A form of precipitation that is signifi- 
cantly more acidic than neutral water, often pro- 
duced as the result of industrial processes. 


Chlorofluorocarbons (CFCs)—A group of organic 
compounds once used widely as propellants in com- 
mercial sprays, but outlawed in the United States in 
1978 because of their harmful environmental effects. 


Dust—An aerosol consisting of solid particles in the 
range of 1 to 100 microns suspended in a gas. 


Electrostatic precipitator—A device for removing 
pollutants from a smokestack. 


Fume—A type of aerosol consisting of solid particles 
in the range 0.001 to 1 micron suspended in a gas. 


Mist—A type of aerosol consisting of droplets of 
liquid less than 10 microns in size suspended in a gas. 


engines. The fundamental principle involved is that 
any solid or liquid fuel burns only at its surface. The 
combustion of a lump of coal proceeds relatively 
slowly because inner parts of the coal can not begin 
to burn until the outer layers are burned off first. 


The combustion rate can be increased by dividing 
a lump of coal or a barrel of fuel oil into very small 
particles—the smaller the better. Power-generating 
plants today often run on coal that has been pulverized 
to a dust, or oil that has been converted to a mist. The 
dust or mist is then mixed with an oxidizing agent, 
such as air or pure oxygen, and fed into the combus- 
tion chamber. The combustion rate of such aerosols is 
many times greater than would be the case for coal or 
oil in bulk. 


Environmental factors 


A number of environmental problems are associ- 
ated with aerosols, the vast majority of them associated 
with aerosols produced by human activities. For exam- 
ple, smoke released during the incomplete combustion 
of fossil fuels results in the formation of at least two 
major types of aerosols that may be harmful to plant 
and animal life. One type consists of finely divided 
carbon released from unburned fuel. This soot can dam- 
age plants by coating their leaves and reducing their 
ability to carry out photosynthesis. It can also clog the 
alveoli (air sacs) in lungs, and interfere with respiration. 


A second type of harmful aerosol is formed when 
stack gases, such as sulfur dioxide and nitrogen oxides, 
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Ozone layer—A region of the upper atmosphere in 
which the concentration of ozone is significantly 
higher than in other parts of the atmosphere. 


Smog—An aerosol form of air pollution produced 
when moisture in the air combines and reacts with 
the products of fossil fuel combustion. 


Smoke—A form of smoke formed by the incomplete 
combustion of fossil fuels such as coal, oil, and 
natural gas. 


Spray—A type of aerosol consisting of droplets of 
liquid greater than 10 microns in size suspended in 
a gas. 

Stack gases—Gases released through a smokestack 
as the result of some power-generating or manufac- 
turing process. 


react with oxygen and water vapor in the air to form 
sulfuric and nitric acids, respectively. Mists containing 
these acids can be carried hundreds of miles from their 
source before conglomeration occurs and the acids fall 
to Earth as acid rain. Considerable disagreement exists 
about the precise nature and extent of the damage it 
causes, but there seems to be little doubt that in some 
locations it has caused severe harm to plant and 
aquatic life. 


Ozone depletion 


A particularly serious environmental effect of 
aerosol technology has been damage to Earth’s 
ozone layer. This damage appears to be caused by a 
group of compounds known as chlorofluorocarbons 
(CFCs) which, for more than a half century, were by 
far the most popular of all propellants used in aerosol 
cans. 


Scientists originally felt little concern about the 
use of CFCs in aerosol products because they are 
highly stable compounds at conditions encountered 
on the Earth’s surface. They have since learned, how- 
ever, that CFCs behave very differently when they 
diffuse into the upper atmosphere and are exposed to 
the intense solar radiation present there. 


Under those circumstances, CFCs decompose and 
release chlorineatoms that, in turn, react with ozone in 
the stratosphere. The result of this sequence of events 
is that the concentration of ozone in portions of the 
atmosphere has been decreasing over at least the past 
decade, and probably for much longer. This change is 


GALE ENCYCLOPEDIA OF SCIENCE 4 


not a purely academic concern, since the Earth’s ozone 
layer absorbs ultraviolet radiation from the sun and 
protects life on Earth from the harmful effects of that 
radiation. For these reasons, CFCs have been banned 
from consumer product aerosols since the late 1970s. 
They are still employed for certain medical applica- 
tions, but by and large they have been eliminated from 
aerosol use. The aerosol industry has replaced CFCs 
with other propellants such as hydrocarbon gases 
(e.g., butane and propane), compressed gases (e.g., 
nitrogen and carbon dioxide), and hydrochlorofluor- 
ocarbons (which are much less damaging to the ozone 
layer.) 


Technological solutions 


Methods for reducing the harmful environmental 
effects of aerosols such as those described above have 
received the serious attention of scientists for many 
years. As a result, a number of techniques have been 
invented to reduce the aerosol components of things 
like stack gases. One device, the electrostatic precip- 
itator, is based on the principle that the particles of 
which an aerosol consists (such as unburned carbon in 
stack gases) carry small electrical charges. By lining a 
smokestack with charged metal grids, the charged 
aerosol particles can be attracted to the grids and 
precipitated out of the emitted smoke. 


Aerosol sniffing 


Another risk associated with commercial aerosols 
is their use as recreational drugs. Deliberately inhaling 
of some consumer aerosol preparations may produce a 
wide variety of effects, including euphoria, excitement, 
delusions, and hallucinations. Repeated sniffing of 
aerosols can cause addiction intoxication, damaged 
vision, slurred speech, and diminished mental 
capacity. 


See also Emission; Ozone layer depletion. 
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| Aflatoxin 


Aflatoxins belong to a group of toxins called 
mycotoxins, which are derived from fungi. In partic- 
ular, aflatoxins are produced by the soil-born molds 
Aspergillus flavus and Aspergillus parasiticus that grow 
on the seeds and plants. At least 13 aflatoxins have 
been identified, including BI, B2, Gl, G2, M1, and 
M2. The B aflatoxins fluoresce (illuminate into color) 
blue and the G aflatoxins fluoresce green in the pres- 
ence of ultraviolet light. The M aflatoxins are present 
in milk products. Aflatoxin B1 is the most ubiquitous, 
most toxic, and most well studied of the aflatoxins. 


Afatoxins are so powerful that access to them is 
restricted and possession or handling of them by cer- 
tain individuals constitutes a crime. The United States 
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Magnified image of Asperigillus niger mold. This mold 
produces aflatoxins and can lead to the serious lung disease 
aspergillosis. (© Visuals Unlimited/Corbis.) 


Patriot Act contained a provision prohibiting posses- 
sion or access to, shipment or receipt of, a “Select 
Agent” by “Restricted Persons” punishable by fines 
or imprisonment. Aflatoxins are considered select 
agents. 


A restricted person is defined as someone who: 
(1) Is under indictment for a crime punishable by impris- 
onment for a term exceeding | year; or (2) Has been 
convicted in any court of a crime punishable for a term 
exceeding | year; or (3) Is a fugitive from justice; or (4) 
Is an unlawful user of any controlled substance (as 
defined in section 102 of the Controlled Substances 
Act (21 U.S.C. 802); or (5) Is an alien illegally or 
unlawfully in the United States; or (6) Has been adju- 
dicated as a mental defective or has been committed to 
any mental institution; or (7) Is an alien (other than an 
alien lawfully admitted for permanent residence) who 
is a national of a country as to which the Secretary of 
State, has made a determination (that remains in 
effect) that such country has repeatedly provided sup- 
port for acts of international terrorism; or (8) Has 
been discharged from the Armed Service of the 
United States under dishonorable conditions. 


Aspergillus spp. contamination occurs as a result 
of environmental stresses on plants such as heat, dry- 
ness, humidity, or insect infestation. It can also occur 
if plants are harvested and stored in hot, humid envi- 
ronments. As a result, people who live in the regions of 
the world most prone to these conditions, such as 
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sub-Saharan Africa and southeast Asia, are at highest 
risk for aflatoxin poisoning. 


Aflatoxins were first identified in England in 1960 
when more than 10,000 turkeys and ducks died within 
a few months. The disease contracted by these animals 
was called Turkey X disease and its cause was traced to 
Aspergillus flavus contamination of peanut meal that 
had originated in Brazil. The toxin was named for the 
shorthand of its causative agent: A. fla. 


Aflatoxins are the most toxic naturally occurring 
carcinogens known. Aflatoxin B1 is an extremely hep- 
atocarcinogenic compound, causing cancer of the liver 
in humans. Aflatoxin B1 exposure results in both stea- 
tosis (an accumulation of fat) and necrosis (cell death) 
of liver cells. Symptoms of aflatoxicosis are gastro- 
intestinal, including vomiting and abdominal pain. 
Other symptoms can include convulsions, pulmonary 
edema, coma, and eventually death. Aflatoxins also 
pose a threat to developing fetuses and they are trans- 
ferred from mother to infant in breast milk. Aflatoxins 
B1, G1, and M1 are carcinogenic in animals. 


Poisoning due to aflatoxin occurs from ingestion 
of crops that have been infested with Aspergillus spp. 
or from eating animal products from animals that 
have ingested these crops. High concentrations of 
aflatoxins are most often found in plants with very 
nutritive seeds such as maize, nuts, and cereal grains in 
Africa and rice in China and Southeast Asia. In the 
United States, peanuts are routinely tested for afla- 
toxin concentrations, and contamination has also 
occurred in corn, rice, and cereal grains. 


Most consider aflatoxins extremely dangerous 
and suggest that in human food they should have no 
detectable concentration. The maximum allowable 
concentration of aflatoxins set by the United States 
FDA is 20 parts per billion (ppb). Foreign markets 
usually reject grains with concentrations of 4 to 15 
ppb. Acceptable levels of aflatoxins for animal con- 
sumption are up to 100 ppb. Because of the strict 
regulations regarding the permissible concentration 
of aflatoxin, exporting countries often reserve conta- 
minated grains for consumption within their own 
country. Because Aspergillus spp. is usually colorless 
and does not break down during cooking, it is difficult 
to know whether or not people are consuming conta- 
minated food. 


See also Biological warfare; Decontamination 
methods; Forensic science. 


Judyth Sassoon 
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| Africa 


Africa is the world’s second-largest continent. It 
possesses the world’s richest and most concentrated 
deposits of minerals such as gold, diamonds, uranium, 
chromium, cobalt, and platinum. It is also the cradle 
of human evolution and the birthplace of many animal 
and plant species; it has the earliest fossil evidence of 
reptiles, dinosaurs, and mammals. 


Origin 

Present-day Africa, which occupies one-fifth of 
Earth’s land surface, is the central remnant of an ancient 
southern supercontinent called Gondwanaland, which 
once comprised South America, Australia, Antarctica, 
India, and Africa. This landmass broke apart between 
195 and 135 million years ago, cleaved by plate tectonics, 
the force that continues to transform Earth’s crust 
today. 


Gondwanaland broke apart during the Jurassic 
period, the middle segment of the Mesozoic era. It 
was during this time that flowers made their first 
appearance, and dinosaurs like the carnivorous 
Allosaurus and plant-eating Stegosaurus lived. 


Geologically, Africa is 3.8 billion years old, which 
means that whether in its present form or joined with 
other continents, it has existed for four-fifths of Earth’s 
4.6 billion years. The continent’s age and geological 
continuity are unique. It is composed of five cratons— 
structurally stable, undeformed regions of Earth’s 
crust—mostly igneous granite, gneiss, and basalt that 
formed separately between 3.6 and 2 billion years ago, 
during the Precambrian, when life first evolved and 
Earth’s atmosphere and continents developed. 


Geochemical analysis of undisturbed African 
rocks dating back 2 billion years has enabled paleo- 
climatologists (scientists who study ancient climates) 
to determine that Earth’s atmosphere contained much 
higher levels of oxygen than today. 


Continental drift 


Africa, like other continents, “floats” ona plastic 
layer of Earth’s upper mantle called the astheno- 
sphere. The overlying rigid crust, or lithosphere, can 
be as thick as 150 miles (240 km) or less than 10 miles 
(16 km), depending on location. The continent sits on 
the African plate, a section of the crust bounded by 
mid-oceanic ridges in the Atlantic and Indian 
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Oceans. The entire plate is creeping slowly toward 
the northwest at a rate of about 0.75 in (2 cm) per 
year. 


The African plate continues to spread outward in 
all directions. Geologists say that sometime in the next 
50 million years, East Africa will split off from the rest 
of the continent along the East African rift, which 
stretches 4,000 miles (6,400 km) from the Red Sea to 
Mozambique. 


General features 


Despite its vast size, Africa has few extensive 
mountain ranges and fewer high peaks than any 
other continent. The major ranges are the Atlas moun- 
tains along the northwest coast and the Cape 
Mountains in South Africa. Lowland plains are also 
less common than on other continents. 


Geologists characterize Africa’s topography as 
an assemblage of swells—rock strata warped 
upward by heat and pressure—and basins, masses 
of lower-lying crustal surfaces between swells. The 
swells are highest in east and central west Africa, 
where they are capped by volcanic flows originat- 
ing from the seismically active East African rift 
system. The continent can be visualized as an 
uneven tilted plateau, one that slants down toward 
the north and east from higher elevations in the 
east and south. 


The continent’s considerable geological age has 
allowed widespread and repeated erosion, yielding 
soils leached of organic nutrients but rich in iron and 
aluminum oxides. These soils are high in mineral 
deposits such as bauxite (aluminum ore), manganese, 
iron, and gold, but they are very poor for agriculture. 
Nutrient-poor soil, along with deforestation and 
desertification (expansion of deserts) are just some of 
the daunting challenges that face African agriculture 
in modern times. 


East African rift system 


The most distinctive and dramatic geological fea- 
ture in Africa is the East African rift system, which 
opened up in the Tertiary period (approximately 65 
million years ago), shortly after the dinosaurs became 
extinct. The same tectonic forces that formed the rift 
valley—and threaten eventually to split East Africa 
from the rest of the continent—have caused the north- 
east drifting of the Arabian plate, the opening of the 
Red Sea to the Indian Ocean, and the volcanic uplift of 
Africa’s mountains, including its highest: Kilimanjaro 
in Tanzania. Kibo, the highest of Kilimanjaro’s three 
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Both Kilimanjaro and Africa’s second-highest 
peak, Mount Kenya (17,058 ft; 5,117 m), which sit 


astride the equator, are actually composite volcanoes, 
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Zebras grazing at the foot of Mount Kilimanjaro, the highest point in Africa at 19,340 ft (5,895 m). (© Gallo Images/Corbis.) 


part of the valley’s vast volcanic field. The area is also 
punctuated by a string of lakes, the deepest being Lake 
Tanganyika, with a maximum depth of 4,708 feet 
(1,412 m). Only Lake Baikal in Eastern Russia is 
deeper, at 5,712 feet (1,714 m). 


The rift valley is seismically active. Along its west- 
ern stretch, lava flows and volcanic eruptions occur 
about once a decade in the Virunga Mountains north 
of Lake Kivu. One volcano in the region dammed a 
portion of the valley formerly drained by a tributary of 
the Nile River, forming Lake Kivu as a result. 


On its northern reach, the 4,000-mile (6,400-km) 
long rift valley separates Africa from Asia, with an 
eastern arm that can be traced from the Gulf of Aqaba 
along the Red Sea. The rift’s grabens (basins of crust 
bounded by fault lines) stretch through the central 
Ethiopian highlands, which range up to 15,000 feet 
(4,500 m) and then along the Awash River. 
Proceeding south, the valley is dotted by a series of 
small lakes from Lake Azai to Lake Abaya and then 
into Kenya by way of Lake Turkana. 


Slicing through Kenya, the grabens are studded 
by another series of small lakes from Lake Baringo to 
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Lake Magadi. The valley’s trough or basin is disguised 
by layers of volcanic ash and other sediments as it 
threads through Tanzania via Lake Natron. The rift 
can be clearly discerned again in the elongated shape 
of Lake Malawi and the Shire River valley, where it 
finally terminates along the lower Zambezi River and 
the Indian Ocean near Beira in Mozambique. 


The valley also has a western arm that begins north 
of Lake Albert (Lake Mobutu) along the Zaire-Uganda 
border and continues to Lake Edward. It then curves 
south along Zaire’s eastern borders, then extends 
toward Lake Nysasa (Lake Malawi). 


Shallow but vast Lake Victoria sits in a trough 
between the rift’s two arms. Although the surface alti- 
tude of rift valley lakes like Nyasa and Tanganyika are 
hundreds of feet above sea level, their floors are hun- 
dreds of feet below due to their great depths. In that 
sense they resemble the deep fjords found in Norway. 


The valley’s eastern arm is much more seismically 
active than the western. It has more volcanic eruptions 
in the crust, with intrusions of magma (subterranean 
molten rock) in the middle and lower crustal depths. 
Geologists consider these geological forces to be 
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associated with the origin of the entire rift valley, and 
they deem the eastern arm to be the older of the two. 


Human evolution 


It was in the great African rift valley that homi- 
nids, or human ancestors, arose. Fossils of the genus 
Australopithicus dating 3-4 million years ago have 
been unearthed in Ethiopia and Tanzania. And the 
remains of a more direct human ancestor, Homo erec- 
tus, who was using fire 500,000 years ago, have been 
found in Olduvai Gorge in Tanzania as well as in 
Morocco, Algeria, and Chad. 


Paleontologists, who study fossil remains, employ 
radiocarbon (carbon-14) and potassium-argon dating 
to determine a fossil’s age. This is based on the half-life 
of radioisotopes, or the time required for half of a 
sample to undergo radioactive decay. 


Volcanic activity 


Volcanic activity in Africa today is centered in and 
around Tanzania at Oldoinyo Lengai and in the 
Virunga range on the Zaire-Uganda border at 
Nyamlagira and Nyiragongo. Volcanism can also be 
found in west Africa, where Mount Cameroon (13,350 
feet; 4,005 m) and smaller volcanoes stand on the bend 
of Africa’s West Coast in the Gulf of Guinea. They are 
the only active volcanoes on the African mainland that 
are not in the rift valley. 


However, extinct volcanoes and evidence of their 
previous activity are widespread. The Ahaggar 
Mountains in the central Sahara contain more than 
300 volcanic necks that rise in vertical columns of 
1,000 feet (305 m) or more. Huge volcanic craters or 
calderas are found several hundred miles to the east in 
the Tibesti Mountains. The Trou au Natron caldera is 
5 miles (8 km) wide and over 3,000 feet (900 m) deep. 
In the rift valley, the Ngorongoro Crater in Tanzania, 
surrounded by teeming wildlife and spectacular scen- 
ery, is a popular tourist attraction. Volcanism formed 
the diamonds found in South Africa and Zaire. The 
Kimberly diamond mine in South Africa is actually an 
ancient volcanic neck. 


Folded mountains 


The only folded mountains in Africa are found at 
the continent’s northern and southern reaches. Folded 
mountains result from the deformation and uplift of 
Earth’s crust, followed by deep erosion. Over millions 
of years this process built ranges like the Atlas 
Mountains, which stretch from Morocco to Algeria 
and Tunisia. 
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Geologically, the Atlas Mountains are the south- 
ern tangent of the European Alps, separated by the 
Strait of Gibraltar in the west and the Strait of Sicily in 
the east. These mountains are strung across northwest 
Africa in three parallel arrays: the coastal, central, and 
Saharan ranges. By trapping moisture, they carve out 
an oasis along a strip of northwest Africa, with the dry 
and inhospitable Sahara Desert just to the south. 


The Atlas Mountains are relatively complex 
folded mountains featuring horizontal thrust faults 
and ancient crystalline cores. The Cape Ranges, on 
the other hand, are older, simpler structures, analo- 
gous in age and erosion to the Appalachian 
Mountains of the eastern United States, which rise in 
a series of steps from the ocean to the interior, flat- 
tening out in plateaus and rising again to the next 
ripple of mountains. 


Islands 


For a continent of its size, Africa has very few 
islands. The major Mediterranean islands of Corsica, 
Sardinia, Sicily, Crete, and Cyprus are a part of the 
Eurasian plate, not Africa. Islands lying off Africa’s 
Atlantic Coast, like the Canaries, Azores, and even the 
Cape Verde Islands near north Africa, are considered 
Atlantic structures. Two islands in the middle of the 
South Atlantic, Ascension and St. Helena, also belong 
to the Atlantic. Islands belonging to Equatorial 
Guinea as well as the island country of Sao Tome 
and Principe at the sharp bend of Africa off of 
Cameroon and Gabon are related to the volcanic 
peaks of the Cameroon Mountains, the principal one 
being Mount Cameroon. 


Madagascar, the world’s fourth-largest island 
after Greenland, New Guinea, and Borneo, is a geo- 
logical part of Gondwanaland. The island’s eastern 
two-thirds are composed of crystalline igneous rocks, 
while the western third is largely sedimentary. 
Although volcanism is now quiescent, vast lava flows 
indicate widespread past volcanic activity. 
Madagascar’s unique plant and animal species testify 
to the island’s long separation from the mainland. 


Ocean inundations in North Africa 


Marine fossils, notably tribolites dating from the 
Cambrian period (505-570 million years ago; the first 
period of the Paleozoic era) have been found in south- 
ern Morocco and Mauritania. Rocks from the suc- 
ceeding period, the Ordovician (500-425 million 
years ago) consist of sandstones with a variety of 
fossilized marine organisms; these rocks occur 
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throughout northern and western Africa, including 
the Sahara. 


The Ordovician was characterized by the develop- 
ment of brachiopods (shellfish similar to clams), cor- 
als, starfish, and some organisms that have no modern 
counterparts, called sea scorpions, conodonts, and 
graptolites. At the same time, the African crust was 
extensively deformed. The continental table of the 
central and western Sahara was lifted up almost a 
mile (1.6 km). This alternated with crustal subsidings, 
forming valleys that were periodically flooded. 


Glaciation 


During the Ordovician, Africa, then part of 
Gondwanaland, was situated in the southern hemi- 
sphere on or near the South Pole. Toward the end of 
this period, huge glaciers formed across the present- 
day Sahara, filling its valleys with sandstone and gla- 
cial deposits. Although Africa today sits astride the 
tropics, it was once the theater of Earth’s most spec- 
tacular glacial activity. In the next period, the Silurian 
(425-395 million years ago), further marine sediments 
were deposited. 


Tectonics in North Africa 


The Silurian was followed by the Devonian, 
Mississippian, and Pennsylvanian periods (408-286 mil- 
lion years ago), the time interval when insects, reptiles, 
amphibians, and forests first appeared. A continental 
collision between Africa (Gondwanaland) and the 
North American plate formed a super-supercontinent 
(Pangaea) and raised the ancient Mauritanide moun- 
tain chain, which once stretched from Morocco to 
Senegal. During the late Pennsylvanian, layer upon 
layer of fossilized plants were deposited, forming 
seams of coal in Morocco and Algeria. 


When Pangaea (and later Gondwanaland) split 
apart in the Cretaceous (144-66 million years ago), a 
shallow sea covered much of the northern Sahara and 
Egypt as far south as Sudan. Arabia, subjected to 
many of the same geological and climatic influences 
as northern Africa, was thrust northward by tectonic 
movements at the end of the Oligocene and beginning 
of the Miocene epochs (around 30 million years ago). 
During the Oligocene and Miocene (5-35 million years 
ago; segments of the modern Cenozoic Era) bears, 
monkeys, deer, pigs, dolphins, and early apes first 
appeared. 


Arabia at this time nearly broke away from 
Africa. The Mediterranean swept into the resulting 
rift, forming a gulf that was plugged by an isthmus at 
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present-day Aden on the Arabian peninsula and 
Djibouti near Ethiopia. This gulf had the opposite 
configuration of today’s Red Sea, which is filled by 
waters of the Indian Ocean. 


As the Miocene epoch drew to a close about five 
million years ago, the isthmus of Suez was formed 
and the gulf (today’s Red Sea) became a saline (salty) 
lake. During the Pliocene (5-1.6 million years ago) the 
Djibouti-Aden isthmus subsided, permitting the Indian 
Ocean to flow into the rift that is now the Red Sea. 


Origin of the Sahara desert 


In the Pleistocene epoch (1.6-11,000 years ago), 
the Sahara was subjected to humid and then to dry and 
arid phases, spreading the Sahara desert into adjacent 
forests and green areas. About 5,000-6,000 years ago, 
in the post glacial period of our modern epoch (the 
Holocene), a further succession of dry and humid 
stages further promoted desertification in the Sahara 
as well as the Kalahari in southern Africa. Expansion 
of the Sahara is still very much in evidence today, 
causing the desertification of farm and grazing land 
and presenting the omnipresent specter of famine in 
the region. 


Minerals and resources 


Africa has the world’s richest concentration of 
minerals and gems. In South Africa, the 2-billion- 
year-old Bushveld Complex, one of the largest masses 
of igneous rock on Earth, contains major deposits of 
strategic metals such as platinum, chromium, and 
vanadium—etals that are indispensable in tool mak- 
ing and high-tech industrial processes. 


Another spectacular intrusion of magmatic rocks 
composed of olivine, augite, and hypersthene occurred 
in the Archean eon over 2.5 billion years ago in 
Zimbabwe. Called the Great Dyke, it contains sub- 
stantial deposits of chromium, asbestos, and nickel. 
Almost all of the world’s chromium reserves are found 
in Africa. Chromium is used to harden alloys, to pro- 
duce stainless steels, as an industrial catalyst, and to 
provide corrosion resistance. 


Unique eruptions that occurred during the 
Cretaceous period in southern and central Africa 
formed kimberlite pipes—vertical, near-cylindrical 
rock bodies caused by deep melting in the upper man- 
tle. These are the main source of gem and industrial 
diamonds in Africa. The continent contains 40% of 
the world’s diamond reserves, which are found in 
South Africa, Botswana, Namibia, Angola, and Zaire. 
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Uranium deposits are found in Niger, Gabon, 
Zaire, and Namibia. In South Africa uranium is 
found side by side with gold, which decreases produc- 
tion costs. South Africa alone contains half the 
world’s gold reserves. Mineral deposits of gold also 
occur in Zimbabwe, Zaire, and Ghana. Alluvial gold 
(eroded from soils and rock strata by rivers) can be 
found in Burundi, Cote d’Ivoire, and Gabon. 


Half of the world’s cobalt is in Zaire; Zimbabwe 
has sizable reserves as well. One-quarter of the world’s 
aluminum ore is found in a coastal belt of West Africa 
stretching 1,200 miles (1,920 km) from Guinea to 
Togo, with the largest reserves in Guinea. 


Major coal deposits exist in southern Africa, 
North Africa, Zaire, and Nigeria. North Africa is 
awash in petroleum reserves, particularly Libya, 
Algeria, Egypt, and Tunisia. Nigeria is the biggest 
petroleum producer in West Africa, but Cameroon, 
Gabon, and the Congo also contain reserves, as does 
southern Africa, chiefly Angola. 


During much of the Cretaceous period (130 million 
to 65 million years ago), when dinosaurs like Tyranno- 
saurus, Apatosaurus, and Triceratops walked Earth, 
Africa’s coastal areas and most of the Sahara Desert 
were submerged underwater. Global warming during 
the Cretaceous period melted polar ice and caused 
ocean levels to rise. Oceanic organic sediments from 
this period were transformed into the petroleum and 
natural gas deposits now exploited by Libya, Algeria, 
Nigeria, and Gabon. Today, oil and natural gas are 
important components of these nations’ economies. 


Most of Africa’s iron reserves are in western 
Africa, with the most significant deposits in and 
around Liberia, Guinea, Gabon, Nigeria, and 
Mauritania, as well as in South Africa. Most of the 
ore is bound up in Precambrian rock strata. 


Modern-day climate and environment 


Africa, like other continents, has been subjected to 
enormous climate swings during the Quartenary 
period (the last 2 million years); these have had dra- 
matic effects on landforms and vegetation. Some of 
these cyclical changes may have been driven by cosmic 
or astronomical phenomena, including asteroid and 
comet collisions. 


The impact of humankind on the African environ- 
ment is also evident. Beginning 2,000 years ago, with 
the rise of civilization, African woodlands have been 
deforested, exacerbated by overgrazing, agricultural 
abuse, desertification, and soil erosion. 
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KEY TERMS 


Composite volcano—A large, steep-sided volcano 
made of alternating sequences of lava and pyro- 
clastic debris. Sometimes called a stratovolcano. 
Craton—A piece of a continent that has remained 
intact since Earth’s earliest history, which functions 
as a foundation, or basement, for more recent 
pieces of a continent. 

Gondwanaland—An ancestral supercontinent that 
broke into the present continents of Africa, South 
America, Antarctica, and Australia, as well as the 
Indian subcontinent. 

Graben—A block of land that has dropped down 
between the two sides of a fault to form a deep 
valley. 

Lava domes—Small dome-shaped masses of vol- 
canic rock formed in the vent of a volcano. 
Paleoclimatologist—A geologist who studies cli- 
mates of Earth’s geologic past. 

Swells—Rock strata warped upward by heat and 
pressure. 

Volcanic neck—A usually tall, steep mountain of 
lava rock that solidified in the volcano’s throat, 
stopping up the volcano as it became extinct. 


Some of Africa’s environmental changes are man- 
made lakes designed for hydroelectric generation. As 
Africa’s population exerts ever-greater demands on 
irrigation, the continent’s water resources are increas- 
ingly taxed. To stabilize Africa’s ecology and safe- 
guard its resources and mineral wealth, many earth 
scientists say greater use must be made of sustainable 
agricultural and pastoral practices. Progress in envi- 
ronmental and resource management, as well as pop- 
ulation control, is also vital. 
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African violet see Gesnerias 


i Age of the universe 


According to NASA’s Wilkinson Microwave 
Anisotropy Probe project, the age of the universe is 
estimated to be 13.7 billion (13,700,000,000) years 
old—plus or minus 200 million years. (The NASA 
satellite, launched in 2001, measures the temperature 
of radiant heat remaining from the big bang.) In a 
study published January 2003 in the journal Science, 
the age of the universe is estimated to be between 11.2 
and 20 billion years old. Other recent estimates give its 
age to be somewhere between 10 and 15 billion years 
old. The universe’s age is measured from the event 
known as the big bang—an explosion filling all space 
and generating all of the matter and energy that exist 
today. 


Although only in the last 50 years have astrono- 
mers been able to estimate the age of the universe, they 
have long argued that the universe must be of finite 
age, finite size, or both. This conclusion follows from 
the fact that the night sky is mostly dark. German 
astronomer Wilhelm Olber (1758-1840) noted in 
1823 that if the universe consisted of identical stars 
sprinkled through infinite space, and if it had existed 
for an infinitely long time, starlight would have had 
time to illuminate every point in the universe from 
every possible direction. In other words, no matter 
where a person stood and what direction that person 
looked in, the sky would be a solid mass of light as 
bright as the surface of a star. (Such an argument 
would state that the universe has no age because it 
always existed. Such scientists believe in the steady 
state theory, or static universe theory. However, 
most observational and theoretical cosmologists sup- 
port the big bang theory of the universe.) Because the 
night sky is, in fact, dark, either the universe does not 
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contain an infinitely extensive population of stars, has 
not existed for an infinite time, or both. 


Twentieth-century cosmologists proved that both 
are true and, today, in the twenty-first century, cos- 
mologists continue to use these two ideas as the basis 
of their research. Although space has no edges or 
boundaries, it does contain a finite number of cubic 
miles. Furthermore, time did have a beginning, some 
1.37 x 10!° years ago. This figure is determined pri- 
marily by using the Doppler shift of light from distant 
galaxies. Doppler shift is the apparent change in fre- 
quency of a wave emitted by a source that is approach- 
ing or receding from an observer. If a wave source is 
receding from an observer, the waves detected by that 
observer are compressed—that is, their peaks and 
troughs arrive at longer intervals than they would if 
the source were stationary (or approaching). More 
widely spaced peaks and troughs correspond to 
lower frequency. Therefore, light from celestial sour- 
ces that are receding from Earth is redshifted (shifted 
to lower frequencies, in the direction of the red end of 
the visible spectrum), while light from sources that is 
approaching is blueshifted (shifted to higher frequen- 
cies, in the direction of the blue end of the visible 
spectrum). In the 1920s, U.S. astronomer Edwin 
Hubble (1889-1953) observed that every distant galaxy, 
regardless of its position in the sky, is, as judged by 
redshift, receding rapidly from Earth. Furthermore, 
more-distant galaxies are receding more rapidly than 
closer galaxies, and the speed of a galaxy’s recession is 
approximately proportional to its distance (i.e., if gal- 
axy B is twice as far from Earth as Galaxy A, it is 
receding about twice as fast). 


Astronomers did not seriously consider the possi- 
bility that the whole universe was expanding outward 
from a central point, with Earth located, by chance, at 
that central point, even though this would have 
explained Hubble’s data. Even if the universe had a 
central point (which seemed unlikely), the chances 
against finding Earth there by luck seemed large. 
Rather, Hubble’s observations were interpreted as 
proving that space itself was expanding. However, if 
space was expanding at a constant rate—a concept 
which many scientists, including Hubble himself, 
resisted for years as too fantastic—it could not have 
been expanding forever. To know the age of the uni- 
verse, one needed only to measure its present-day rate 
of expansion and calculate how long such an expan- 
sion could have been going on. If the expanding uni- 
verse were played backward like a film, how long 
before all the galaxies came together again? 


This calculation turned out to be more difficult 
than it sounds, due to difficulties in measuring the rate 
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of expansion precisely. It is easy to measure the 
Doppler shift of light from a star in a distant galaxy, 
but how does one know how far away that star is. All 
stars in distant galaxies are so far away as to appear as 
points of light without width, so their size and intrinsic 
(true) brightness cannot be directly measured. This 
problem was solved by discovering a class of stars, 
Cepheid variables, whose absolute brightness can be 
determined from the rapidity of their brightness varia- 
tions. Since the absolute brightness of a Cepheid varia- 
ble is known, its absolute distance can be calculated by 
measuring how dim it is. A Cepheid variable in a distant 
galaxy thus reveals that galaxy’s distance from Earth. 
By observing as many Cepheid variables as possible, 
astronomers have continually refined their estimate of 
the Hubble constant and thus of the age of the universe. 


Because of various uncertainties in measuring the 
characteristics of Cepheid variables, there is still some 
observational doubt about the universe’s rate of 
expansion. An independent method of calculating 
the age of the universe relies on observing the types 
of stars making up globular clusters (relatively small, 
spherical-shaped groups of stars found near galaxies). 
By comparing the characteristics of clusters to knowl- 
edge about the evolution of individual stars, the age of 
the universe can be estimated. The value estimated 
from globular cluster data—14 to 18 billion years— 
agrees fairly well with that estimated from the Hubble 
constant. 


Except for hydrogen, all the elements of which 
humans and Earth are composed were formed by 
nuclear reactions in the cores of stars billions of 
years after the Big Bang. About 4.5 billion years ago 
(i.e., when the universe was about two-thirds its 
present age) the Solar System condensed from the 
debris of exploded older stars containing such heavy 
elements. 


Starting in the late 1990s, data have indicated that 
the expansion of the universe initiated by the Big Bang 
is—contrary to what cosmologists long thought— 
accelerating. Several observational tests since the late 
1990s have confirmed this result. If it continues to hold 
up, scientists can predict that, barring some bizarre 
quantum-mechanical reversal of cosmic history (as 
speculated by some physicists), the universe will con- 
tinue to expand forever. As it does so, its protons and 
neutrons will slowly break down into radiation, until, 
eventually, the entire universe consists of a dilute, 
ever-expanding, ever-cooler gas of photons, neutrinos, 
and other fundamental particles. 


It should be noted that all references to a begin- 
ning of time, or a zero moment, for the universe—and 
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KEY TERMS 


Cepheid variable star—A class of young stars that 
cyclically brighten and dim. From the period of its 
brightness variation, the absolute brightness of a 
Cepheid variable can be determined. Cepheid var- 
iables in distant galaxies give a measure of the 
absolute distance to those galaxies. 


thus of the age of the universe itself—are a simplifica- 
tion. The young universe cannot be meaningfully 
described in terms of space and time until its density 
drops below the Planck density, approximately 10°* 
grams/centimeter*; below this threshold, the common- 
sense concept of time does not apply. Therefore, if one 
could watch time run backwards toward the big bang 
one would not encounter a zero-time moment—a 
beginning of time—but rather a set of conditions 
under which the notion of time itself loses its meaning. 
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f Agent Orange 


Agent Orange is a defoliant that kills plants and 
causes the leaves to fall off the dying plants. The name 
was a code devised by the U.S. military during the 
development of the chemical mixture. The name 


GALE ENCYCLOPEDIA OF SCIENCE 4 


arose from the orange band that marked the contain- 
ers storing the defoliant. 


Agent Orange was an equal mixture of two chem- 
icals; 2, 4-D (2,4, dichlorophenoxyl acetic acid) 
and 2, 4, 5-T (2, 4, 5-trichlorophenoxy acetic acid). 
Another compound designated TCDD (2, 3, 7, 
8-tetrachlorodibenzo-para-dioxin) is a by-product of 
the manufacturing process and remains as a contam- 
inant of the Agent Orange mixture. It is this dioxin 
contaminant that has proven to be damaging to 
human health. 


Agent Orange was devised in the 1940s, but became 
infamous during the 1960s in the Vietnam War. The 
dispersal of a massive amount of Agent Orange through- 
out the tropical jungles of Vietnam (an estimated 
19 million gallons were dispersed) was intended to 
deprive the Viet Cong of jungle cover in which they hid. 


Agent Orange defoliation damage 


By 1971, the use of Agent Orange in Vietnam had 
ended. However, the damage caused to the vegetation 
of the region by the spraying of Agent Orange is still 
visible in 2006. Agent Orange applications affected 
foliage of a diversity of tropical ecosystems of 
Vietnam, but the most severe damage occurred in the 
mangrove forest of coastal areas. About 306,280 acres 
(1,240 km?) of the coastal mangrove forest of South 
Vietnam was sprayed at least once. This area com- 
prised about 40% of the South Vietnamese coastal 
mangrove ecosystem. 


The spraying killed extensive stands of the domi- 
nant mangrove species, Rhizophora apiculata. Barren, 
badly eroded coastal habitat remained, which had 
devastating effects on the local economy. The harvest- 
ing of dead mangroves for fuel would sustain fewer 
people than the living forest once did, according to a 
1970 report commissioned by the United States 
National Academy of Sciences, because the supply of 
mangrove wood was not being renewed. Unless a 
vigorous replanting program was undertaken, the 
report warned of a future economic loss when the 
dead mangroves were harvested. 


The destruction of mature seed-bearing trees has 
made regeneration of mangroves slow and sporadic. 
Weed species have become dominant. Indeed, the 
Academy of Sciences has estimated that full recovery 
of the mangrove forest might take 100 years or more. 


Agent Orange was sprayed over 14 million acres 
of inland tropical forest. A single spray treatment 
killed about 10% of the tall trees comprising the forest 
canopy. Defoliation of the trees was much more 


GALE ENCYCLOPEDIA OF SCIENCE 4 


extensive, but many of the defoliated trees continued 
to live. Smaller shrubs, protected from the herbicide 
by the high canopy, comprised the majority of vegeta- 
tion in sprayed areas. The total loss of commercially 
useful timber caused by the military application of 
herbicide in South Vietnam is estimated to be 26-61 
million cubic yards (20-47 million m*). In areas that 
were sprayed repeatedly, the valuable tree species were 
replaced by a few resistant, commercially unimportant 
trees (such as Irvingia malayana and Parinari anna- 
mense), along with tussock grass and bamboo. In the 
dry season, the stands of grass easily catch fire, and if 
burned repeatedly, the land is less likely to return 
quickly to forest. It will take many decades before 
the tropical forest recovers and attains its former 
productivity. 


Because Agent Orange herbicide remains in the 
soil for some time, there is concern that these residues 
might inhibit the growth of crops and other plants. 
Soil bacteria break down the herbicides into smaller 
molecules, but complete decomposition takes years to 
occur. Studies performed 15 years after the spraying in 
South Vietnam still found degradation products of 
Agent Orange in the soil. These byproducts, which 
can be toxic, can be passed through the food web. 
How much Agent Orange actually reached the soil is 
subject to question. A large proportion of the herbi- 
cide falling onto the forest was trapped by the canopy. 
Few drops reached the soil directly, but much of the 
herbicide was eventually delivered to the forest floor 
by a rain of dead foliage and woody tissue. In open 
areas, much more of the application reached the soil 
directly. The contaminant TCDD is quite persistent in 
soil, with a half-life of three years. (In that period of 
time, one half of the dioxin originally applied would 
still be present in the soil.) In studies conducted in the 
United States, samples of inland soil and sediment 
from mangrove areas treated with herbicide still had 
substantial levels of TCDD after ten years. An indirect 
effect of the Agent Orange spraying is the poor fertility 
of soil in many areas, due to erosion following the 
destruction of soil-binding vegetation. 


Reduction of animal habitat 


As the rich, biodiverse, tropical forests disap- 
peared, so did habitat for indigenous animals. 
Uniform grassland has poor habitat diversity com- 
pared to the complex, multi-layered tropical forest. 
As a result, the number of bird and mammal species 
living in sprayed areas declined dramatically. Most of 
the forest animals are adapted to living in a specific 
habitat and are unable to survive in the post-herbicide 
grassland. Wild boar, wild goat, water buffalo, tiger, 
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Aging and death 


KEY TERMS 


Exposure dose—The quantity of a chemical that an 
organism receives from the environment through 
inhalation, ingestion, and/or contact with the skin. 


Toxicity—The extent to which a substance is 
poisonous. 


and various species of deer became less common once 
the cover and food resources of the forest were 
removed. Domestic animals such as water buffalo, 
zebu, pigs, chickens, and ducks were also reported to 
become ill after the spraying of Agent Orange. 


The defoliation and destruction of the mangrove 
forests had other consequences to wildlife. The num- 
ber of coastal birds declined dramatically, since their 
habitat had vanished. Fish and crustacean popula- 
tions also suffered, since their former breeding and 
nursery habitats in the web of channels winding 
beneath the mangrove trees were destroyed. 
Additionally, the wartime spraying of mangrove forest 
is thought to have contributed to the post-war decline 
in South Vietnam’s offshore fishery. 


Possible human health threat 


Agent Orange has unquestionably been a disaster 
for the ecology of Vietnam. But evidence also suggests 
that the defoliant, and in particular the TCCD dioxin 
component, is a health threat to soldiers who were 
exposed to Agent Orange during their tour of duty in 
Vietnam. Tests using animals have identified TCCD as 
the cause of a wide variety of maladies. In the mid- 
1990s, the “Pointman” project was begun in New 
Jersey, which scientifically assessed select veterans in 
order to ascertain if their exposure to Agent Orange 
had damaged them. The project is ongoing. In the 
meantime, veterans’ organizations continue to lobby 
for financial compensation for the suffering they feel 
has been inflicted on some soldiers by Agent Orange. 


Since the late 1970s, hundreds of lawsuits have 
been filed against the manufacturers of Agent Orange 
(Dow Chemical, Monsanto, Hercules Inc., Diamond 
Shamrock Chemicals, Uniroyal, Thompson Chemical) 
by individual veterans and groups of veterans, seeking 
compensation for illnesses allegedly caused by the 
defoliant. Eventually the claims were consolidated 
into one lawsuit. While the link between Agent 
Orange and the veterans’ illness failed to be estab- 
lished, an award of $180 million was made. 
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In 2003, the Supreme Court ruled that the blanket 
settlement did not bar furture claims against the man- 
facturers of the chemical. A lawsuit brought by one 
veteran is ongoing as of 2006. 


See also Immune system; Poisons and toxins. 
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l Aging and death 


Aging is the natural effect of time and the environ- 
ment on living organisms. It is a progressive, predict- 
able process in which gradual changes not caused by 
disease or accident occur over time. Aging affects both 
the body and the mind. Some age-related changes start 
as early as the 20s, while others may not appear until 
people are in their 70s. Although aging is inevitable, 
people age at different rates. Age-related changes 
eventually lead to the increased probability of death 
as people grow older. Death occurs when all vital 
functions of the body including heartbeat, brain activ- 
ity (including the activity of the brain stem), and 
breathing stop irreversibly. Other signs of death 
include no pupil reaction to light, no jaw reflex (the 
jaw will contact involuntarily like the knee if tapped 
with a reflex hammer), no gag reflex (touching the 
back of the throat will induce vomiting), and no 
response to pain. 


Gerontology is the study of all aspects of aging. 
No single theory on how and why people age is able to 
account for all facets of aging. Although great strides 
have been made to postpone death as the result of 
certain illnesses, less headway has been made in delay- 
ing aging. Life expectancy—how long people are 
expected to live—has risen dramatically since 1900, 
when it was 47 years. In 2004, according to the U.S. 
Centers for Disease Control and Prevention (CDC), 
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As they age, men’s bodies continue to produce facial skin 
oils at levels comparable to earlier years, and thus are less 
prone to wrinkling. (© Vince Streano/Corbis.) 


the average life expectancy for humans is 77.9 years, 
an average increase of about 110 days each year since 
1900. 


Life span is species-specific. Members of the same 
species have similar life expectancies. In most species, 
death occurs not long after the reproductive phase of 
life ends. This is obviously not the case for humans. 
However, there are some changes that occur in women 
with the onset of menopause when estrogen levels 
drop. Post-menopausal women produce less facial 
skin oil (which serves to delay wrinkling) and are at 
greater risk of developing osteoporosis (brittle bones). 
Men continue to produce comparable levels of facial 
oils and are thus less prone to early wrinkling. 
Osteoporosis occurs as calcium leaves bones and is 
used elsewhere; hence, sufficient calcium intake in 
older women is important because bones which are 
brittle break more easily. 


Theories on aging 


The relationship between aging and death is com- 
plex. The results from many studies indicate that aging 
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decreases the efficiency of the body to operate, defeat 
infections, and to repair damage. Comparison of peo- 
ple aged 30 to 75 years has demonstrated that the 
efficiency of lung function decreases by 50% that 
bones become more brittle, and that the immune sys- 
tem that safeguards the body from infections generally 
becomes less efficient as humans age. 


Why this deterioration in the functioning of the 
body with age occurs is still not clear. Several theories 
have been proposed to explain this decline. One theory 
proposes that after the active years of reproduction 
have passed, chemical changes in the body cause the 
gradual malfunctioning of organs and other body 
components. The accumulation of damage to compo- 
nents that are necessary for the formation of new cells 
of the body leads to death. For example, it has been 
discovered that the formation of the genetic material 
deoxyribonucleic acid (DNA) is more subject to mis- 
takes as time goes on. Other theories relating aging 
with death include the negative effect of stresses to the 
body, and a theory that proposes that the build-up of 
non-functional material in the body over time lessens 
the ability of the body to function correctly. 


The strongest arguments on the aging process 
favor involvement of one of, or a combination of the 
following: hormonal control, limited cell division, 
gene theory, gene mutation theory, protein cross-link- 
age theory, and free radical action. In support of 
hormonal control, there is the observation that the 
thymus gland (under the sternum) begins to shrink at 
adolescence, and aging is more rapid in people without 
a thymus. Another hormonal approach focuses on the 
hypothalamus (at the base of the brain), which con- 
trols the production of growth hormones in the pitui- 
tary gland. It is thought that the hypothalamus either 
slows down normal hormonal function or that it 
becomes more error-prone with time, eventually lead- 
ing to physiological aging. 


More recent theories on aging come from cellbi- 
ology and molecular biology. Cells in culture in the 
laboratory keep dividing only up to a point, and then 
they die. Cells taken from embryos or infants divide 
more than those taken from adults. Hence, it is 
thought that this is the underlying mechanism of 
aging—once cells can no longer divide to replenish 
themselves, a person will begin to die. However, 
most scientists now accept that most cells (other than 
brain and muscle cells) are capable of division for a 
longer time than the normal human lifespan. 


Gene theory and gene mutation theory both offer 
explanations for aging at the level of DNA. Gene 
theory suggests that genes are somehow altered over 
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Aging and death 


time, such that they naturally cause aging. Gene muta- 
tion theory is based on the observation that mutations 
accumulate over time, and it is mutations that cause 
aging and disease. This view is supported by the fact 
that samples of cells from older people do generally 
have more genetic mutations than cells taken from 
younger people. In addition, some diseases associated 
with age result from genetic mutations. Cancer is often 
the result of multiple mutations and some mutations 
reveal underlying genetic weaknesses, which cause dis- 
ease in some people. Gene mutation theory also notes 
that for mutations to accumulate, normal DNA-repair 
mechanisms must have weakened. All cells have inher- 
ent repair mechanisms that routinely fix DNA errors. 
For these errors to accumulate, the repair system must 
have gone awry, and DNA-repair failure is thought to 
be a factor in cancer. 


Protein cross-linkage and free radicals are also 
thought to contribute to aging. Faulty bonds (cross- 
linkages) can form in proteins with important structural 
and functional roles. Collagen makes up 25-30% of the 
body’s protein and provides support to organs and 
elasticity to blood vessels. Cross-linkage in collagen 
molecules alters the shape and function of the organs it 
supports and decreases vessel elasticity. Free radicals are 
normal chemical byproducts resulting from the body’s 
use of oxygen. However, free radicals bind unsaturated 
fats into cell membranes, alter the permeability of mem- 
branes, bind chromosomes, and generally alter cellular 
function, causing damage. Antioxidants, such as vita- 
mins C and E, block free radicals and are suggested for 
prolonging life. 


Diseases associated with aging 


Some consequences of aging are age-related 
changes in vision, hearing, muscular strength, bone 
strength, immunity, and nerve function. Glaucoma 
and cataracts are ocular problems associated with 
aging that can be treated to restore failing vision in 
older people. Hearing loss is often noticeable by age 50 
years, and the range of sounds heard decreases. 
Muscle mass and nervous system efficiency decrease, 
causing slower reflex times and less physical strength, 
and the immune system weakens, making older people 
more susceptible to infections. 


More serious diseases of aging include Alzheimer 
and Huntington diseases. Patients with Alzheimer dis- 
ease, also called primary dementia, exhibit loss and 
diminished function of a vast number of brain cells 
responsible for higher functions; learning, memory, 
and judgment are all affected. The condition primarily 
affects individuals over 65 years of age. Some current 
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figures estimate that as many as 10% of people within 
this age group are affected by Alzheimer disease. A 
rapidly expanding disease whose numbers increase as 
the proportion of elderly Americans continues to rise, 
it is predicted that 14 million people in the United 
States will have Alzheimer disease by the year 2050. 
Huntington’s disease is a severely degenerative malady 
inherited as a dominant gene. Although its symptoms 
do not appear until after age 30 years, it is fatal, 
attacking major brain regions. There is no treatment 
for either of these age-related diseases. 


Death 


Death is marked by the end of blood circulation, 
the end of oxygen transport to organs and tissues, the 
end of brain function, and overall organ failure. The 
diagnosis of death can occur legally after breathing 
and the heartbeat have stopped and when the pupils 
are unresponsive to light. The two major causes of 
death in the United States are heart disease and 
cancer. 


Other causes of death include stroke, accidents, 
infectious diseases, murder, and suicide. While most of 
these phenomena are understood, the concept of 
stroke may be unclear. A stroke occurs when blood 
supply to part of the brain is impaired or stopped, 
severely diminishing some neurological function. 
Some cases of dementia result from several small 
strokes that may not have been detected. 


Death is traumatic not only for the dying, but for 
the people who love them. Individual differences in a 
person’s reaction to death are influenced by many 
factors such as their family, cultural, and ethnic back- 
ground, their life experiences, their previous experien- 
ces with death, their socioeconomic status and their 
age. 

Children under age three years generally have no 
understanding of the meaning of death. They react to 
the emotions of others around them and often become 
cranky and irritable. For children of this age, care- 
givers can help keep routines normal, provide verbal 
and physical affection and reassurance, and make an 
effort to cope in healthy ways with their own grief. 


Pre-school children between the ages of three and 
six years often think death is reversible, like going to 
sleep, and that the deceased person will return. They 
may believe that their thoughts or actions caused the 
death and that their thoughts and actions can bring 
the person back to life. When the person does not 
return, they may feel they are being punished for not 
being good enough. Preschoolers may ask the same 
questions repeatedly in an effort to make sense of 
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death. Likewise, in an effort to understand, they may 
connect events that are not logically connected. 
Children of this age are very affected by the emotions 
of the people around them. 


Caregivers can help pre-schoolers cope with loss 
by maintaining routines. Young children can show 
grief for only short periods, and may escape into 
play. Play opportunities, and opportunities to draw 
and talk about their fears and uncertainties are help- 
ful. Children need to understand the physical reality of 
death, even if they do not understand the emotional or 
spiritual aspects, and need to be reassured that they 
are not responsible for the death. Under the stress of 
coping with death, many children become more 
aggressive, irritable, and revert to behaviors more typ- 
ical of younger children. For instance, toilet-trained 
children may revert to wetting their pants, or children 
who have been dressing themselves may insist that 
they cannot get dressed without help. Although it 
may be difficult to be patient with these behaviors, 
they are perfectly normal. 


As children progress through elementary school, 
they begin to grasp the finality of death. They may fear 
that death is contagious and worry that other people 
close to them will also be taken away. They may still 
blame themselves for causing the death. Some children 
become fascinated with the physical processes 
involved in death and dying and ask many questions 
related to the disposal of the body. Children this age 
still have difficulty understanding spiritual and reli- 
gious concepts related to death. Like younger chil- 
dren, elementary age children may become more 
aggressive, have difficulty sleeping, develop problems 
in school and with social behavior, and develop 
unnatural fears or phobias related to death. 


Caregivers can help by honestly addressing child- 
ren’s questions, fears, bad dreams, and irrational 
thoughts. Children of this age are not satisfied with 
cliches like ‘don’t worry’ or ‘everything will be all 
right.’ They benefit from a warm, loving, consistent 
environment and the opportunity to talk, draw, and 
play out their concerns. They often seek specific infor- 
mation on why and how a person died in an effort to 
make sense of death. 


Pre-teenagers understand the finality of death and 
begin to be concerned about how the death will change 
their world. They often ask few questions, are self- 
conscious about their fears, and are reluctant to talk 
about death, although they may show an increased 
interested in the spiritual aspects of life and death 
and in religious rituals. Pre-teens are emotionally frag- 
ile, and may show their distress with changed 
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behavior, including anger, disrupted relationships 
with friends, school phobia, difficulty sleeping, and 
changes in eating patterns. 


Providing support for a pre-teen involves encour- 
aging them to express their feelings, if not in spoken 
words, then in drawing, writing, or music. Many pre- 
teens act out and become aggressive. They need help in 
understanding and identifying their feelings and chan- 
neling their emotions into productive activities. Many 
pre-teens regress to behaviors of younger children, 
while some try to assume adult responsibilities. A 
warm, loving, open, stable environment helps them 
weather their emotional storms. 


Teenagers experience death in basically the same 
ways as adults. They see death as an interruption in 
their lives and as the enemy. They may react in wildly 
emotional ways or show almost no reaction at all. 
Most teens prefer to grieve with their friends, rather 
than with adults. They may romanticize death and 
obsess about it. Many question their spiritual values 
and religious beliefs. It is common for teens that expe- 
rience the death of someone close to them to engage in 
risky behaviors, such as drive cars fast, use alcohol or 
drugs, become sexually irresponsible, and refuse to 
make plans. Many teens are angry and have suicidal 
thoughts. Others simply close themselves off and 
refuse to think about the death. Many teens also 
have changes in their sleeping and eating patterns 
and show poorer physical health after the death of 
some one close to them. 


Teens can be helped by being guided to a trusted 
adult (not necessarily a family member) who will listen 
to them and give them permission to grieve. They need 
to be guided away from risky behaviors and toward 
impulse control. When they will talk about their feel- 
ings, they need adults who will be good listeners, who 
will accept their feelings as valid, and answer their 
questions honestly, even if that involves saying 
‘I don’t know the answer.’ Teens will probably regress 
to younger behavior patterns, and need to be relieved 
of the burden of adult responsibilities when possible. 


Adults experiencing a death feel a whole range of 
emotions including panic, shock, disbelief, hopeless- 
ness, irritability, isolation, and sometimes even relief if 
the death comes after a long, painful, lingering illness. 
They need time to go through different stages of grief. 
Just as with teens, adults may become depressed, and 
their physical and mental health may suffer. They also 
may worry about the practical effects the death will 
have on their life. For example, their financial security 
may change. Having friends who are good listeners 
and who offer practical help when needed can ease 
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KEY TERMS 


Gerontology—the scientific study of aging with 
regard to its social, physical, and psychological 
aspects. 


Life span—The duration of life. 


adults through difficult emotional times. Many peo- 
ple, both children and adults, find short term profes- 
sional counseling and grief support groups helpful in 
understanding their emotions and knowing that they 
are not going through the grief process alone. 


After death, virtually all religions and cultures 
perform some ceremony to mark the death and cele- 
brate the life and memories of the person who has 
died. There ceremonies and rituals are important to 
the survivors. Occasionally before a funeral can occur, 
an autopsy must be done to determine precisely the 
cause of death. Autopsies are usually performed in the 
event of an unexpected death or a suspected criminal 
activity. The idea of an autopsy may be very disturbing 
to the survivors. 


During an autopsy, a specialist medical doctor 
called a pathologist examines the body and submits a 
detailed report on the cause of death. Although an 
autopsy can do nothing for the individual after 
death, the information it provides can benefit the fam- 
ily and, in some cases, medical science. For example, 
the link between smoking and lung cancer was con- 
firmed from data gathered through autopsy. 


Some people seek to thwart aging and death 
through technologies such as the transplantation of 
organs, cosmetic surgery, and cryopreservation (deep- 
freezing) of the recently deceased in the hope that a 
future society will have found the means to revitalize 
the body and sustain life. 


See also Artificial heart and heart valve; 
Autoimmune disorders; Cell death; Cryobiology; 
Stress, ecological. 
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Louise Dickerson 


! Agouti 


The twelve species of agoutis are the best-known 
members of the family Dasyproctidae (genus 
Dasyprocta) of the order Rodentia. Agoutis are found 
from southern Mexico through Central America to 
southern Brazil, including the Lesser Antilles. They 
are long-legged, slender-bodied, rabbit-like mammals 
with short ears and a short tail. The body length of 
agoutis measures 16-24 inches (41.5-62 cm), and adults 
weigh 3-9 pounds (1.3-4 kg). The fur is quite coarse and 
glossy, and is longest and thickest on the back. The fur 
ranges from pale orange through shades of brown to 
black on the backside, with a whitish, yellowish, or 
buff-colored underside. The back may be striped. 


The forelimbs each have four digits, while the hind 
limbs have three hoof-like claws. The cheek teeth have 
high crowns and short roots, a condition known as 
hypsodont. 


Agoutis live in cool, damp, lowland forests, grassy 
stream banks, thick bush, high dry hillsides, savannas, 
and in cultivated areas. These animals are active dur- 
ing the day, feeding on fruit, vegetables, and various 
succulent plants, as well as corn, plantain, and cassava 
root. Agoutis eat sitting erect, holding the food with 
their forelimbs. They collect and store seeds and fruits, 
and since they often forget the locations of these 
stores, they are important dispersers of rainforest 
seeds. 


Female agoutis have eight mammary glands, and 
usually two, but up to four, young are born at one 
time. Mating may occur twice a year, and there is a 
three-month gestation period. The young are born ina 
burrow that is dug out among limestone boulders, 
along river banks, or under the roots of trees. The 
nest is lined with leaves, roots, and hair. The life span 
of agoutis in captivity is 13-20 years. 


Jaguars and other large carnivores prey on agou- 
tis, and they also are heavily hunted by humans. When 
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threatened they will freeze and then run away quickly if 
the threat continues. The World Conservation Union 
(IUCN) lists two species of Dasyprocta as endangered 
and one as vulnerable. 


Other members of the family Dasyproctidae, 
include the members of the genus Myoprocta, known 
as lacushi or iacuchi, agouti, icutia de rabo, icutiaia, or 
icotiara. They are much smaller than agoutis and have 
a longer tail. Agoutis (genus Dasyprocta), are also 
known in their geographical range as iagutis, inequis, 
icutias, icotias, ikonkoni, icotuzas, and ipicure. 


Members of the genus Plagiodontia inhabit the 
Dominican Republic (P. aedium) and Haiti (P. hylaeum), 
and the latter is sometimes incorrectly referred to as an 
agouti or izagouti. The genus Plagiodontia are rodents 
of the family Capromyidae and correctly called 
Hispaniolan hutias or jutias. 


l Agricultural machines 


Agriculture is an endeavor practiced in all coun- 
tries. From the earliest times, humankind has engaged 
in some form of planting, herding, or gathering. From 
about 11000 to 8000 BC in the Middle East, where 
many consider civilization to have begun, early farmers 
used crude flint-edged wooden sickles to harvest wild 
grains growing on the river banks. The harvested grain 
was often stored in caves for use during the fall and 
winter. Unfortunately, there was often not enough to 
gather and store to feed the growing population. 


Soon local tribes learned how to plant and culti- 
vate the seeds of wild grasses and raise them as food. 
About 9000 BC these same Middle Eastern tribes 
learned to domesticate sheep and raise them for both 
their skins and food. Communities grew along the 
rich, fertile banks between the Tigris and Euphrates 
Rivers in Mesopotamia (now Iraq). Here in the cradle 
of civilization the first true machine, the wheel, was 
invented and used on animal-drawn carts in the 
expanding fields. For the first time, canals were built 
linking the principal rivers with local tributaries. 
Pulleys were used to draw water from the canals creat- 
ing the first irrigation system. 


Early farmers quickly learned that a supply of 
water was essential to farming. Thus, the primary 
fields of grain were planted alongside the great rivers 
of the Middle East. However, getting water from the 
rivers to the fields became a problem. The invention of 
the shaduf, or chain-of-pots, helped solve this problem. 
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This human-powered primitive device consisted of 
buckets attached to a circular rope strung over a hor- 
izontal wooden wheel with wooden teeth projecting at 
the rim. The buckets were lowered into the water by 
this revolving chain, and water was lifted from the 
river and carried to the fields. 


The first farming tool was a pointed stick called a 
digging stick. The food gatherers used it to dig roots; 
later farmers used it to dig holes for seeds. The spade 
was invented by the farmer who simply added a cross 
bar to his digging stick so that he could use his foot to 
drive it deeper into the earth. A stick with a sharp 
branch at one end was the first hoe. Later, a stone or 
shell was added to the stick to give it a more effective 
cutting edge. Sharp stones cut along one edge con- 
verted a stick into a sickle. 


After animals were domesticated for food, they 
were soon trained to become beasts of burden. 
Sometime around 2300 BC, along the Indus River of 
northern India, water buffalo and zebu cattle were 
used to pull crude wooden plows through the earth, 
thus developing the practices of plowing and 
cultivating. 


The discovery of metal at the end of the Neolithic 
period (or the New Stone Age), possibly sometime in 
the second millennium BC, enabled farmers to have 
sharper, stronger blades for hoes, plows, points, and 
sickles. The Romans improved the design of their 
agricultural implements, leading to vastly improved 
plows and sickles using metal parts. They raised olive 
and fig trees as well as cereal grains; they also kept 
vineyards, many of which are still bearing. 


The Roman plow consisted of two wooden planks 
in the shape of a “V.” At the base of the “V,” a metal 
tip was attached. At the back of the “V,” an upright 
wooden post allowed a farmer to guide the implement. 
A pair of oxen was required to pull the crude plow 
known as an aratrum. This rather basic tool could not 
plow a furrow or cut a slice of soil and turn it over as 
modern plows do. Since this two-ox aratrum merely 
scratched the soil, it was necessary to go back over the 
first-plowed earth again and cross-plow it at right 
angles to the initial pass. 


The basic plow was one of the farmer’s most 
important implements, yet it remained unchanged for 
centuries. Until the 1800s, the plow was still a heavy, 
pointed piece of wood that was pulled by several oxen 
and dug an irregular furrow. It did not turn the soil. In 
1793, American president, scientist, and inventor 
Thomas Jefferson developed a curved iron mold- 
board, made according to a mathematical plan, that 
would lift and turn the soil yet offer little resistance 
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A combine harvesting wheat in Oklahoma. (JLM Visuals.) 


to the motion of the plow. His idea was never tested. 
However, four years later, New Jersey farmer Charles 
Newbold patented a plow with a cast iron curved mold- 
board similar to the idea Jefferson proposed. Ironically, 
farmers were slow to accept the device, many claiming 
that cast iron would poison the soil and encourage the 
growth of weeds. In 1819, Jethro Wood followed 
Newbold’s design with a cast-iron plow incorporating 
detachable parts that could be replaced when worn. 
Soon, more and more farmers recognized the advan- 
tages of the new design and slowly began to accept the 
concept of a metal, curved blade or moldboard. 


However, as men began to plow the plains, cast 
iron plows proved to have a major disadvantage: soft 
or damp soil easily clung to the blade and made a full 
furrow difficult to achieve. James Oliver, a Scottish- 
American iron founder, developed an iron plow witha 
face hardened by chilling in the mold when it was cast. 
His device solved some of the previous problems. By 
the time of his death in 1908, his invention had made 
him the richest man in Iowa. Yet, even the Oliver plow 
had problems with the heavy, sticky soil of the prai- 
ries. Soil still stuck to the moldboard instead of turn- 
ing over. 


The steel plow was the answer to this problem. In 
1833, John Lane, a blacksmith from Lockport, 
Illinois, began covering moldboards with strips of 
saw steel. For the first time a plow was successful in 
turning the prairie soil. Then, in 1837, a blacksmith 
from Grand Detour, [linois, named John Deere 
began making a one-piece share and moldboard of 
saw steel. Within 25 years, the steel plow had replaced 
the cast iron plow on the prairies. Demand for Deere’s 
plow was so great he had to import steel from 
Germany. Today, the company that bears his name, 
based in Moline, Illinois, is one of the world’s leading 
manufacturers of farming implements. 


The Romans are also credited with the invention 
of a crude machine used to cut, or reap, wheat. It was 
called Pliny’s reaper, not because Pliny was the inven- 
tor but because the great Roman historian mentioned 
it in his writings around AD 60. Pliny’s reaper con- 
sisted of a wooden comb affixed to the front of a 
wooden cart. The cart was pushed through the fields 
by an ox. A farm hand guided the grain into the 
comb’s teeth and manually sliced off the heads of the 
wheat, allowing the grain to fall into a trailing cart and 


leaving the straw standing. This was a disadvantage 
where the straw was valuable as fodder. 


Another agricultural development also occurred 
about this time. For thousands of years the only tool 
used to separate, or thresh, the grain from the straw 
was a Stick that literally beat the grain from the straw. 
In warm climates, animals were used to walk on the 
wheat, or tread out the corn. However, in the colder 
climates of central and northern Europe, where the 
weather was uncertain, threshing was done by hand in 
barns. 


Then, during Roman times, a farmer decided to 
lash two strong pieces of wood together with a leather 
thong. By using one stick as a handle and whipping the 
grain with the other stick, he could swing his device in 
a circular motion rather than the up-and-down 
motion used previously. Thus, a great deal more 
grain could be threshed. The invention was called a 
flagullum after the Latin word meaning a whip. It was 
later simply called a flail. After the fall of Rome, no 
further advances in reaping machines were made for 
15 centuries. 


During the Middle Ages, agricultural hardware 
also made slow progress, yet some gains were 
recorded. Around AD 1300 a new type of harness 
was developed that radically changed farming. This 
simple device allowed a horse, rather than an ox, to be 
hitched to a plow. Since a horse can plow three or four 
times faster than on ox, horses gradually replaced 
oxen as the chief source of power. 


During the early 1700s, several major changes in 
agricultural machines were made. In this period, 
known today as the Agricultural Revolution, inven- 
tors in Great Britain and the United States introduced 
machines that decreased the amount of labor needed 
and increased productivity. 


For centuries farmers had planted seeds by sowing 
or scattering them on the soil and trusting chance to 
provide for germination and a decent crop. Sowing 
seeds was both labor intensive and extremely wasteful, 
as many seeds never grew into plants. Next, farmers 
tried digging a small trench and burying their seeds. 
This method improved the yield, but was even more 
labor intensive. Then, in 1701, English farmer Jethro 
Tull invented a horse-drawn device that drilled a pre- 
set hole in the soil and deposited a single seed. It was 
the first successful farm machine with inner moving 
parts and the ancestor of today’s modern farm 
machinery. 


Harvesting of grain is perhaps the most difficult 
job for farmers, and for hundreds of years all the work 
was performed by human hands. Horses and oxen had 
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been used to pull plows, but harrows and carts were of 
no avail at harvest time. Only hours of backbreaking 
toil could cut and bind the grain before it rotted on the 
ground, a window of about ten days. At best, bringing 
in all the grain was uncertain; in cases of bad weather 
or too few laborers, it could result in famine. 


The principal implement of the harvest in the ear- 
liest recorded days of history was the sickle, a curved 
knife with which a strong man could cut a half acre in 
the course of a day. Harvesting with a sickle, however, 
is grueling labor. Each bunch of grain must be grasped 
in one hand and cut by the sweep of the blade. In 1830, 
the sickle was still in general use under certain crop 
conditions. 


The scythe was an ancient tool used for cutting 
standing grain. With it, a man could cut two acres a 
day. During the eighteenth century, the scythe was 
improved by the addition of wooden fingers. With 
this implement, called a cradle, grain could be cut 
and at the same time gathered and thrown into swaths, 
making it simpler for others following to bind it into 
sheaves. 


It was during the late eighteenth and early nine- 
teenth centuries that American ingenuity altered cen- 
turies of farming practices. In 1793, for example, a 
young Connecticut resident, Eli Whitney, graduated 
from Yale University and went to live on a cotton 
plantation in Georgia. There he observed the slaves 
picking cotton. Each slave slowly separated and 
stripped the cotton fiber from its seed. However, the 
cotton clung so tenaciously to the green seeds that a 
slave working all day could only clean a single pound 
of cotton. Whitney recognized the problem and 
designed a machine to separate the cotton fibers 
from their seeds. 


His device, called a cotton engine (the word engine 
was soon slurred to gin), consisted of a cylinder from 
which hundreds of wires (later changed to saw- 
toothed disks) projected. The pieces of wires worked 
in slots wide enough for the cotton but not wide 
enough for the seeds. As the hooks pulled the cotton 
through the slots, a revolving brush removed the cot- 
ton from the cylinder. 


The cotton gin alone altered the entire economy of 
the South and the nation. In the year following 
Whitney’s invention, the cotton crop increased pro- 
duction from five to eight million pounds. Six years 
later, in 1800, 35 million pounds were produced. By 
the time Whitney died in 1825, more than 225 million 
pounds of cotton were produced each year. The inven- 
tion of the cotton gin led to the expansion of the 
plantation system with its use of slave labor and led 
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to the South’s dependence upon a single staple crop. It 
also encouraged the economic development of the 
entire nation by providing large sums for use in foreign 
exchange. 


The invention of the reaper was probably the most 
influential in the history of agriculture. It greatly 
reduced the threat of famine in America and released 
thousands of men from the farm. Before the early 
1800s, 95% of the world’s population was needed to 
work on the farm. In 1930, 91% of the 220 million 
Americans were living in cities and small towns, with 
only 4% living on farms. 


Many inventors worked on animal-powered 
machines for harvesting grain. In 1828 alone, there 
were four patents issued in England for reaping 
machines. None were successful. However, in 1826, 
Scottish inventor Patrick Bell developed a machine 
that consisted of two metal strips, one fixed and the 
other oscillating back and forth against it. As 
the machine moved forward, the metal strips sliced 
the grain. Although Bell’s machine was an effective 
grain harvester, he was discouraged from requesting a 
patent by angry farm workers who feared for their jobs. 


About the same time as Bell was working on his 
machine, a Virginian of Scottish-Irish parentage, 
Cyrus H. McCormick, was also trying to produce a 
machine that would successfully harvest grain. In 
1831, McCormick demonstrated his first reaper before 
a Skeptical gathering near his father’s farm near Steel’s 
Tavern, Virginia. The trial failed because the field was 
too hilly, but when another farmer offered his acreage 
on a flatter field, the test was a success. Although 
McCormick’s first device was still in a crude state, it 
cut as much grain as six laborers working with scythes 
or as much as 24 could cut with sickles. 


His harvester combined a number of elements, 
none of which were new, but had never been combined 
before. He used a reciprocating blade similar to Bell’s 
design. A reel pushed the grain against a blade. The 
harvested grain fell onto a wooden platform located 
beneath the blade and was swept into swaths by a 
laborer standing astride it. 


Despite the fact that the machine worked, no one 
was interested in buying one for $50. The following 
year McCormick demonstrated an improved model at 
Lexington, California, and still found no buyers. By 
1840, his total sales amounted to one. He increased the 
price to $100 and in 1842 sold seven. By 1845, he had 
sold close to 100 reapers and word of their successful 
achievements began to spread. McCormick moved to 
Chicago, Illinois, and formed his own company to 
manufacture reapers. By the time he retired as a 
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wealthy man, his son had taken over the business, 
which was later merged to become the International 
Harvester Company, now Navistar International 
Corporation. 


Other horse-drawn machines followed the 
improved plows and grain reapers. In 1834, threshing 
machines were first brought to the United States from 
Scotland, where they had been used since 1788. A 
successful American thresher was patented in 1837. 
The following year the combine was introduced on 
the American farm, and for the first time a machine 
combined both the harvesting and threshing of grain. 
These early machines were large and bulky and 
required horse or mule teams to pull them. It was not 
until the 1920s, with the successful introduction of 
gasoline-engine tractors, that combines were accepted 
on farms. By 1935 a one-man combine was in use, and 
by the agricultural boom of World War UH, self- 
propelled combines were common. 


Other American patents were granted in the 1840s 
and 1850s for an improved grain drill (thus making 
obsolete the sowing of seeds by hand), a mowing 
machine, a disk harrow, a corn planter, and a straddle 
row cultivator. The Marsh harvester, patented in 
1858, used a traveling apron to lift the cut grain into 
a receiving box where men, riding on the machine, 
bound it in bundles. Early in the 1870s, an automatic 
wire binder was perfected, but it was superseded by a 
twine binder late in the decade. 


Although animal power was still required, the new 
agricultural implements greatly saved both time and 
labor. During the period between 1830 and 1840, for 
example, the time required to harvest an acre of wheat 
was reduced from 37 hours to about 11 hours. 


With the introduction of steam power in the early 
part of the nineteenth century, the days of animal 
powered machines were numbered. Shortly before 
the Civil War (1861-1865), the first steam engines 
were used on farms. Initially, these heavy, rather 
crude devices were used in the field to provide belt 
power for threshing machines or other farming jobs 
that could be accomplished at a stationary location. 
During the 1850s, self-propelled steam tractors were 
developed. However, they required a team of men to 
operate them. A constant supply of water and fuel 
(usually wood or coal) was required; someone was 
also needed to handle the controls and monitor the 
boiler. 


Huge steam tractors were sometimes used to pull a 
plow, but their use was extremely limited. Because of 
its cost, size, and the general unwieldiness of the 
machine, it could only be employed profitably on the 
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immense acreages of the western states. The first inter- 
nal combustion tractors, built near the beginning of 
the twentieth century, were patterned after the steam 
models. And, like their steam predecessors, the first 
gasoline tractors embodied many of the same faults: 
they were still too heavy; they were unreliable and 
broke down about as often as they ran; and, nearly 
all of them had an alarming tendency to dig themselves 
into mud holes in wet soil. 


During those early years, designers were con- 
vinced that there could be neither power nor traction 
without great weight. The efforts of all progressive 
farm tractor manufacturers have since been directed 
toward lessening a tractor’s weight per horsepower. 
The early steam giants weighed more than 1,000 
pounds [Ib] (450 kilograms [kg]) per horsepower. 
Today’s farm tractor weighs about 95 Ib (43 kg) per 
horsepower. 


Gas powered tractors were tested on farms in the 
early 1900s; however, the first all-purpose gas tractor 
was not introduced until 1922. It had a high rear wheel 
drive for maximum clearance under the rear axle, 
narrow front wheels designed to run between rows, 
and a power connection to attach other implements on 
either the front or rear end. This power take-off was 
standard on all farm tractors by 1934. The use of the 
power take-off allowed all harvesting machinery to 
employ a wider cut and high-speed gearing. It meant 
that rotary power from the engine could be transmit- 
ted through a flexible shaft to drive such field imple- 
ments as mowing machines, balers, combines, etc. 


In 1933, pneumatic tires were introduced and, for 
the first time, allowed tractors to be used on paved 
highways, a valuable aid in moving equipment from 
one field to another on farms crossed by paved roads. 


The continued development of farm machinery 
has kept pace with the rapid expansion of technology. 
The modern farm, for example, can use a single multi- 
purpose machine for precision tillage, planting, shap- 
ing the beds, and fertilizing the soil, all in a single pass. 
For the farmer who needs to grade his/her field to an 
exact slope for proper surface irrigation, the farmer 
can use special laser-leveling equipment. A laser beam 
is transmitted at the pre-set angle of slope and its 
signal is received on a mobile scraper. The scraper 
blade is constantly changing pitch to assure the angle 
of slope is leveled accurately. With laser leveling, farm- 
ers have achieved a 20-30% savings in irrigation water 
compared with traditional methods. 


The use of aircraft in farming has also revolution- 
ized many farming techniques. Fertilizers and pesti- 
cides are now widely broadcast over large fields by 
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low-flying crop dusting planes. In some parts of the 
world, rice is sown over flooded fields by air, which 
saves a tremendous amount of manual labor tradition- 
ally used to plant rice. 


Harvesting techniques have also been modernized 
since the days when McCormick’s reaper was pulled 
across the fields. Today, almost all small grains are 
harvested by self-propelled combines that cut the crop, 
strip it if necessary, and deliver the grain to a waiting 
bin. Although some corn is harvested and chopped for 
silage, most is grown for grain. Special harvester heads 
strip and shell the ears, delivering clean kernels ready 
for bundling or storage in waiting silos. To ease the 
burden of handling large hay bales, machines can now 
harvest a hay crop, compress the hay into compact 1.6 
inch square cubes, and unload the compressed feed 
nuggets into a waiting cart attached to the rear of the 
harvester. 


Harvesting fruits and vegetables has always been 
the most labor intensive farming operation. Traditi- 
onally, harvesters simply cross a field and slice off the 
head of cabbage, lettuce, or celery with a sharp disk or 
series of knives. Most of these harvesters are non- 
selective, and there can be considerable waste from 
harvesting under- or over-ripe produce. Selection for 
color or grade is dependent on workers at the site or at 
grading stations. 


Today, special electronic equipment attached to a 
harvester can determine the correct size, color and 
density of certain types of produce. Tomatoes, for 
example, now pass through special harvesters where 
an optical sensor inspects each tomato as it passes at 
high speed. The sensor judges whether the tomato is 
mature or not mature, red or green, and rejects the 
green fruit. Today, more than 95% of California’s vast 
tomato crop is harvested mechanically. In addition, 
tomatoes have been genetically altered for tougher 
skin, allowing mechanical harvesting. 


Asparagus harvesters can determine the pre-set 
length before cutting, while a lettuce harvester elec- 
tronically determines which heads meet the proper size 
and density standards. Yet, despite the tremendous 
advances in agricultural technology, many fruits and 
vegetables are still best harvested by hand. These 
include most citrus fruits, melons, grapes, broccoli, 
etc. 


In dairy farming, modern equipment such as auto- 
mated milking machines, coolers, clarifiers, separa- 
tors, and homogenizers has allowed the farmer to 
increase his/her herds as well as the productivity 
of the cattle. Yet the dairy farmer still puts in more 
labor-hours of labor per dollar return than does the 
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field-crop farmer. According to a study by the U.S. 
Department of Agriculture, the average number of 
labor-hours used to produce an acre of corn in a 
Midwestern state was reduced from 19.5 in 1910 to 
10.3 in 1938 and to less than seven in 1995. That 
amount has stayed about the same in the mid-2000s. 
In contrast, no change was reported in the labor-hours 
required in the production of beef cattle and egg- 
laying hens, while a 5% increase was noted in the 
labor associated with dairy farming. 


In the twenty-first century, farmers hook up their 
agricultural machines to sensors that are connected to 
computers in order to measure operational character- 
istics. The computer evaluates whether there is a fault 
with the machine. If a problem is found, the computer 
can locate the trouble, recommend repair measures, 
and provide other helpful information. Oftentimes, 
the computer can directly relay the information to a 
distant control station if additional help is needed. 
Farmers also use satellites in space to determine the 
best time to plant, when and where to apply disease 
and insect control products, whether enough moisture 
is getting to the crops, and many other methods to 
improve crop productivity and quality. 


Benedict A. Leerburger 


l Agrochemicals 


An agrochemical is any substance that humans 
use to help in the management of an agricultural eco- 
system. Agrochemicals include fertilizers, liming and 
acidifying agents (which are designed to change the 
pH), soil conditioners, pesticides, and chemicals used 
in the raising of livestock such as antibiotics and 
hormones. 


The use of agrochemicals is an increasingly prom- 
inent aspect of modern agriculture. As farms have 
become massive in size, the challenges in keeping the 
crop free of damage have increased. Hand-tilling 
weeds has become impractical, as one example. Thus, 
agrochemicals have become widely used. 


The use of agrochemicals has been critically 
important in increasing the yield of agricultural 
crops. However, some uses of agrochemicals cause 
environmental and ecological damage, which detracts 
significantly from the benefits gained by the use of 
these materials. 
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Agrochemical spraying in a Michigan orchard. (© Ken 
Wagner/Phototake NYC.) 


Fertilizers 


Fertilizers are substances that are added to agricul- 
tural lands to alleviate nutrient deficiencies, allowing 
large increases in the rates of crop growth. As of 2006, 
over 150 million tons of fertilizer are used in agriculture 
each year worldwide. In the United States, the average 
rate of fertilizer application is about 220 pounds per 
2.5 acres (approximately 100 kilograms per hectare), 
and about 21 million tons (19 million metric tons) are 
used in total each year. 


The most commonly used fertilizers are inorganic 
compounds of nitrogen (N). Under conditions where 
agricultural plants have access to sufficient water, 
their productivity is most often constrained by the 
supply of available forms of nitrogen, especially 
nitrate (NO3), and sometimes ammonium (NH,_° ). 
Farmers commonly increase the availability of these 
inorganic forms of nitrogen by applying suitable fer- 
tilizers, such as urea or ammonium nitrate. The rate of 
fertilization in intensive agricultural systems is com- 
monly several hundred pounds of nitrogen per acre 
per year. 


Phosphorus (P) and potassium (K) are other 
commonly applied nutrients in agriculture. Most 
phosphorus fertilizers are manufactured from rock 
phosphate, and are known as superphosphate and 
triple-superphosphate. Some other phosphorus fertil- 
izers are made from bone meal or seabird guano. 
Potassium fertilizers are mostly manufactured from 
mined potash. 


Often, these three macronutrients are applied in 
a combined formulation that includes nitrogen, in 
what is known as an N-P-K fertilizer. For example, a 
10-10-10 fertilizer would contain materials equivalent 
to 10% each of nitrogen (N), P205 (source of phos- 
phorus [P]), and K20 (source of potassium [K]), while 
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a 4-8-16 fertilizer would contain these nutrients in 
concentrations of 4%, 8%, and 16%, respectively. 
The desired ratios of these three nutrients are gov- 
erned by the qualities of the soil being fertilized, and 
by the needs of the specific crop. 


Sometimes other nutrients must also be supplied 
to agricultural crops. Sulfur, calcium, or magnesium, 
for example, are limiting to crop productivity in some 
places. Rarely, micronutrients such as copper, molyb- 
denum, or zinc must be applied to achieve optimum 
crop growth. 


Liming and acidifying agents 


Agricultural soils are commonly too acidic or too 
alkaline for the optimal growth of many crop species. 
When this is the case, chemicals may be added to the 
soil to adjust its pH to a more appropriate range. 


Acidic soils are an especially common problem in 
agriculture. Acidic soil can be caused by various fac- 
tors, including the removal of acid-neutralizing bases 
contained in the biomass of harvested crops, the use of 
certain types of fertilizers, acid rain, the oxidation 
of sulfide minerals, and the presence of certain types 
of organic matter in soil. Because soil acidification is 
such a common occurrence, acid-neutralizing (or 
liming) materials are among the most important 
agrochemicals used, in terms of the quantities added 
to soil each year. 


Acidic soils are commonly neutralized by adding 
calcium-containing minerals, usually calcite (CaCO3) 
in the form of powdered limestone or crushed oyster 
or mussel shells. Alternatively, soil acidity may be 
neutralized using faster-acting lime (Ca[OH]2). The 
rate of application of acid-neutralizing substances in 
agriculture can vary greatly, from several hundred 
pounds per acre per year to more than 1,000 pounds 
per acre per year. The rates used depend on the 
acidity of the soil, the rate at which new acidity is 
generated, and the needs of specific crops. 


Much less commonly, soils may be alkaline in 
reaction, and they may have to be acidified somewhat 
to bring them into a pH range suitable for the growth 
of most crops. This problem can be especially common 
in soils developed from parent materials having 
large amounts of limestone (CaCO3) or dolomite 
(CaMg[CO3]>). Soil can be acidified by adding sulfur 
compounds, which generate acidity as they are oxi- 
dized, or by adding certain types of acidic organic mat- 
ter, such as peat mined from bogs. 
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Soil conditioners 


Soil conditioners are organic-rich materials that 
are sometimes added to soils to improve aeration and 
water-holding capacity, both of which are very impor- 
tant aspects of soil quality. Various materials can be 
utilized as soil conditioners, including peat, crop resi- 
dues, livestock manure, sewage sludge, and even 
shredded newspapers. However, compost is the most 
desirable of the soil conditioners. Compost contains 
large quantities of well-humified organic compounds, 
and also supplies the soil with nutrients in the form of 
slow-release organic compounds. 


Pesticides 


Pesticides are agrochemicals that are used to 
reduce the abundance of pests, that is, organisms 
that are considered to interfere with some human 
purpose. Many kinds of pesticides are used in agricul- 
ture, but they can be categorized into simple groups on 
the basis of the sorts of pests that are the targets of the 
use of these chemicals. Herbicides are used to kill 
weeds, that is, non-desired plants that interfere with 
the growth of crops and thereby reduce their yield. 
Fungicides are used to protect agricultural plants 
from fungal pathogens, which can sometimes cause 
complete failure of crops. Insecticides are used to kill 
insects that defoliate crops, or that feed on stored 
grains or other agricultural products. Acaricides (or 
miticides) are used to kill mites, which are pests of 
crops such as apples, and ticks, which can carry debil- 
itating diseases of livestock. Nematicides are used to 
kill nematodes, which are parasites of the roots of 
some crop species. Rodenticides are used to kill rats, 
mice, gophers, and other rodents that are pests in 
fields or that eat stored crops. Preservatives are agro- 
chemicals added to processed foods to help prevent 
spoilage. 


Pesticides are chemically diverse substances. 
About 300 different insecticides are now in use, along 
with about 290 herbicides, 165 fungicides, and other 
pesticides. However, each specific pesticidal chemical 
(also known as the “active ingredient”) may be mar- 
keted in a variety of formulations, which contain addi- 
tional substances that act to increase the efficacy of the 
actual pesticide. These so-called “inert” ingredients of 
the formulation can include solvents, detergents, 
emulsifiers, and chemicals that allow the active ingre- 
dient to adhere better to foliage. In total, more than 
3,000 different pesticide formulations exist. 


Pesticides can also be classified according to the 
similarities of their chemical structures. Inorganic pes- 
ticides, for example, are simple compounds of toxic 
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elements such as arsenic, copper, lead, and mercury. 
Inorganic pesticides were formerly used in large quan- 
tities, especially as fungicides. However, they have 
largely been replaced by various organic (carbon- 
containing) pesticides. 


A few of the commonly used organic pesticides are 
based on substances that are synthesized naturally by 
plants as biochemical defenses, and can be extracted 
and used against pests. Pyrethrin, for example, is an 
insecticide based on pyrethrum, which is obtained 
from a species of chrysanthemum, while rotenone is 
a rodenticide extracted from a tropical shrub. 


Most organic pesticides, however, have been syn- 
thesized by chemists. The synthetic organic pesticides 
include such well-known groups as the chlorinated 
hydrocarbons (including the insecticide DDT, and 
the herbicides 2,4-D and 2,4,5-T), organophosphates 
(such as parathion and malathion), carbamates (for 
example, carbaryl and carbofuran), and triazine her- 
bicides (such as atrazine and simazine). 


A final class of pesticides is based on the action of 
bacteria, fungi, or viruses that are pathogenic to spe- 
cific pests and can be applied as a pesticidal formula- 
tion. The most commonly used biological insecticide is 
manufactured using spores of the bacterium Bacillus 
thuringiensis, also known as Bt. These spores can be 
mass-produced in laboratory-like factories, and then 
used to prepare an insecticidal solution. Insecticides 
containing Bt are mostly used against leaf-eating 
moths, biting flies, such as blackflies, and mosquitoes. 
Most other insects are little affected by Bt-based insec- 
ticides, so the unintended nontarget effects of their 
usage are relatively small. 


Agrochemicals used for animal husbandry 


Contagious diseases of livestock can be a problem 
in modern agriculture. This is especially true when 
animals are being reared at a high density, for exam- 
ple, in feed-lots. Various agrochemicals may be used to 
control infectious diseases and parasites under such 
conditions. Antibiotics are especially important in this 
respect. These chemicals may be administered by 
injection whenever bacterial diseases are diagnosed. 
However, antibiotics are sometimes administered 
with the feed, as a prophylactic treatment to prevent 
the occurrence of infections. Because of the extremely 
crowded conditions when livestock are reared in “fac- 
tory farms,” antibiotics must be administered rou- 
tinely to animals raised under those circumstances. 
This practice is contentious, as evidence suggests that 
the development of antibiotic resistant bacteria may 
be encouraged. 
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Sometimes, hormones and other animal-growth 
regulators are used to increase the productivity of live- 
stock. For example, bovine growth hormone is rou- 
tinely administered in some agricultural systems to 
increase the growth rates of cows and their milk pro- 
duction. This use is also contentious; critics contend 
the unclear health effect of the hormone in humans 
argues against growth hormone supplementation. 


Environmental effects of the use of 
agrochemicals 


Many important benefits are achieved by the use 
of agrochemicals. These are largely associated with 
increased yields of plant and animal crops, and less 
spoilage during storage. These benefits are substantial. 
In combination with genetically improved varieties of 
crop species, agrochemicals have made important con- 
tributions to the successes of the “green revolution.” 
This has helped to increase the food supply for the 
rapidly increasing population of humans on Earth. 


However, the use of certain agrochemicals has 
also been associated with some important environ- 
mental and ecological damages. Excessive use of fer- 
tilizers, for example, can lead to the contamination of 
groundwater with nitrate, rendering it unfit for con- 
sumption by humans or livestock. Water containing 
large concentrations of nitrate can poison animals by 
immobilizing some of the hemoglobin in blood, reduc- 
ing the ability to transport oxygen. In addition, the 
run-off of agricultural fertilizer into streams, lakes, 
and other surface waters can cause an increased pro- 
ductivity of those aquatic ecosystems, a problem 
known as eutrophication. The ecological effects of 
eutrophication can include an extensive mortality of 
fish and other aquatic animals, along with excessive 
growth of nuisance algae, and an off-taste of drinking 
water. 


The use of pesticides can also result in environ- 
mental problems. Pesticides are used in agriculture to 
reduce the abundance of species of target pests to 
below a level of acceptable damage, which is econom- 
ically determined. Unfortunately, during many uses of 
pesticides in agriculture, the exposure of other organ- 
isms, including humans, is not well controlled. This is 
especially true when entire fields are sprayed, for 
example, when using application equipment drawn by 
a tractor, or mounted on an airplane or helicopter. 
During these sorts of broadcast applications, many 
non-target organisms are exposed to the pesticide. 
This occurs on the treated site, and also on nearby off- 
sites as a result of “drift” of the sprayed agrochemical. 
These non-target exposures cause many unnecessary 
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KEY TERMS 


Agrochemical—Any substance used in the man- 
agement of an agricultural ecosystem, including 
fertilizers, pH-adjusting agents, soil conditioners, 
pesticides, and crop-growth regulators. 
Fertilizer—An agrochemical that is added to soil to 
reduce or eliminate nutrient-caused constraints to 
crop productivity. 


Non-target effects—Effects on organisms other than 
the intended pest target of a pesticide treatment. 


Pest—An organism that is considered to be 
undesirable. 


pH—The concentration of hydrogen ion in units of 
moles per liter that is expressed in a logarithmic 
fashion. An acidic solution has a pH less than 7, 
while an alkaline solution has a pH greater than 7. 
A one-unit difference in pH is a ten-fold difference 
in the concentration of hydrogen ion. 


Soil conditioners—Substances added to soil to 
improve its aeration and water-holding capacity, 
with great benefits in terms of crop growth. 
Various organic compounds can be used as soil 
conditioners, but compost is the best. 


poisonings and deaths of organisms that are not agri- 
cultural pests. 


In addition, there is a widespread, even global 
contamination of the environment with some types 
of persistent pesticides, especially with organochlor- 
ines such as DDT, dieldrin, and aldrin. This contam- 
ination involves the widespread presence of pesticide 
residues in virtually all wildlife, well water, food, and 
even in humans. Residues of some of the chemicals 
used in animal husbandry are also believed by some 
people to be a problem, for example, when traces of 
antibiotics and bovine growth hormones occur in con- 
sumer products such as meat or milk. 


Some of the worst examples of environmental 
damage caused by pesticides have been associated 
with the use of relatively persistent chemicals, such as 
DDT. Most modern usage of pesticides involves 
chemicals that are less persistent than DDT and 
related chlorinated hydrocarbons. However, severe 
damages are still caused by the use of some newer 
pesticides. In North America, for example, millions 
of wild birds have been killed each year as a non-target 
effect of the routine use of carbofuran, an agricultural 
insecticide. This is a substantial ecological price to 
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pay for the benefits associated with the use of that 
agrochemical. 


The use of some pesticides is also risky for 
humans. About one million pesticide poisonings 
occur globally every year, resulting in 20,000 fatalities. 
About one-half of the human poisonings occur in 
poorer, less-developed countries, even though these 
places account for only 20% of the world’s use of 
pesticides. This disproportionate risk is due to greater 
rates of illiteracy in poorer countries, and to lax 
enforcement of regulations concerning the use of 
pesticides. 


There have been a few examples of pesticides 
causing extensive toxicity to humans. The most 
famous case occurred at Bhopal, India, in 1984, in 
the vicinity of a factory that was manufacturing an 
agricultural insecticide. In that case, there was an 
accidental release of about 45 tons (40 tonnes) of 
deadly methyl isocyanate vapor to the atmosphere. 
This agrochemical-related emission caused the deaths 
of about 3,000 people, and more than 20,000 others 
were seriously injured. 


These and other environmental effects of the use 
of some agrochemicals are unfortunate consequences 
of the application of these chemical tools to deal with 
agricultural problems. Researchers are constantly 
searching for non-chemical ways of dealing with 
many of these agricultural needs. Much attention is 
being paid, for example, to developing “organic” 
methods of enhancing soil fertility and dealing with 
pests. Unfortunately, economically effective alterna- 
tives to most uses of agrochemicals have not yet been 
discovered. Consequently, modern agricultural indus- 
tries will continue to rely heavily on the use of agro- 
chemicals to manage their problems of fertility, soil 
quality, and pests. 
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l Agronomy 


Agronomy can be defined as the branch of agricul- 
tural science that deals with the production of both 
plant and animal crops, and the management of soil. 
The subject matter of agronomy is quite diverse, but 
falls into three major categories: (1) crop breeding and 
the genetic improvement of varieties; (2) methods of 
cultivation of crops (both plants and animals); and 
(3) sustainability of the agricultural enterprise, espe- 
cially with respect to fertility of the soil. People who 
work in agronomy are called agronomists. They work 
as teachers and professors, researchers, and consultants 
in a variety of governmental positions at the local, state, 
and federal levels, and in industrial organizations. 


Crop improvement 


Most varieties of agricultural crops look and grow 
very differently than their wild progenitors. In fact, 
almost all of the domesticated species of plants and 
animals that humans depend upon as sources of food, 
materials, or energy have been selectively bred for 
various desirable traits. This evolutionary process 
has resulted in the development of substantial genetic 
differences between domesticated varieties and their 
wild ancestors—differences that have arisen because 
of deliberate selection of desirable traits by humans. 


Selective breeding of agricultural species has been 
very important in improving their productivity under 
cultivation. Enormous increases in the useful yields of 
cultivated plants have been attained through geneti- 
cally based improvements of growth rates. These 
include responses to the addition of fertilizer, along 
with modifications of the growth form, anatomy, and 
chemistry of crops. Similarly, domesticated animals 
have been selectively bred for growth rates, compliant 
behavior, chemical quality of their produce, and other 
desirable traits. 


Selective breeding of some agricultural species has 
been so intensive and thorough that they can no longer 
survive without the assistance of humans, that is, in 
the absence of cultivation. For example, the seeds of 
maize (corn) can no longer disperse from their cob 
because of the tightly enclosing leaves that have 
evolved because of selective breeding. Similarly, 
dairy cows are no longer capable of surviving on 
their own—they require humans to milk them, or 
they die from the complications of mastitis. 


Selective breeding of existing and potential agri- 
cultural species still has a great deal to contribute to 
future developments in agronomy. Existing crops 
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require continual genetic refinements to make them 
more suitable to the changing environmental condi- 
tions of agricultural ecosystems, to improve their 
resistance to diseases and pests, and to improve their 
nutritional qualities. At the same time, continuing 
surveys of the diversity of wild species will discover 
many plants and animals that are of potential benefit 
to humans. Selective breeding will be a critical part of 
the process by which those new biodiversity resources 
are domesticated. 


Managing the soil 


The quality of agricultural soils can be easily 
degraded by various cultural influences, but espe- 
cially: (1) nutrient removal; (2) loss of organic matter; 
(3) acidification; and (4) erosion that is caused when 
soils are plowed and crops are harvested. Soil degra- 
dation is one of the most important problems associ- 
ated with agricultural activities, because of the 
obvious implications for the longer-term sustainabil- 
ity of productivity and harvests. Understanding the 
causes of soil degradation and devising ways of pre- 
venting or mitigating this problem are among the most 
important objectives of agronomy. 


Nutrient losses from agricultural soils are caused 
by a number of influences: crop biomass removal, soil 
surface disturbance, and nutrient losses. 


Whenever crop biomass is removed from the land 
during harvesting, nutrients such as nitrogen, phos- 
phorus, potassium, calcium, and others are also 
extracted. These removals occur in the form of 
nutrients contained in the biomass. Depending on 
the crop, nutrient removals during annual harvesting 
are not necessarily large, but over a longer period of 
time the cumulative losses become significant, and the 
soil becomes impoverished. 


Severe disturbance of the integrity of the soil sur- 
face, for example, by plowing, makes the soil quite 
susceptible to erosion by water and wind. Associated 
with the physical losses of soil are losses of the 
nutrients that it contains. 


Nutrient losses are also encouraged when there 
are decreases in the concentrations of organic matter 
in the soil, a phenomenon that is also associated with 
tillage of the land. Organic matter is important 
because it helps to bind nutrients in relatively immo- 
bile and insoluble forms, thereby helping to ensure 
their continuous supply, and preventing the leaching 
of nutrients from the site. 


When nutrient losses from soil have been severe, 
it may be possible to compensate for the losses of 
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An irrigated area along a river near Yazd, Iran. Note the unirrigated desert in the background. (JLM Visuals.) 


fertility by adding nutrients. Fertilization is an 
important activity in modern agriculture. However, 
fertilization is expensive, and it causes important envi- 
ronmental impacts. Therefore, many agronomists are 
engaged in research designed to reduce the dependence 
of modern agriculture on intensive fertilization, and 
on increasing the efficiency of nutrient uptake by 
crops. 


Losses of soil organic matter are another impor- 
tant problem that agronomists must address. Soil 
organic matter is important because of its great influ- 
ence on the tilth, or physical structure of soil, which is 
closely associated with the concentration of humified 
organic matter. Tilth is very influential on the water- 
and nutrient-holding capacities of the soil, and is 
highly beneficial to the growth of crops. The emerging 
field of organic agriculture is largely involved with 
managing and optimizing the concentration of organic 
matter in soils. Commonly used techniques in organic 
agriculture include the use of green manures and com- 
posts to maintain the concentration of organic matter 
in soil, as well as the use of carefully designed crop 
rotations and mixed-cropping systems. 


Soil acidification is another important agricul- 
tural problem. Acidification is caused by the removal 
of calcium and magnesium during cropping, through 
erosion, leaching, and actions of certain nitrogen- 
containing fertilizers, such as ammonium nitrate 
and urea. 


Acidification may also be partially caused by 
atmospheric pollution, especially in regions where 
the air is contaminated by sulfur dioxide, and where 
acidic precipitation is important. Acidification is rou- 
tinely countered in agriculture by mixing limestone or 
lime into the soil. 


Erosion is another common agricultural problem 
that is largely caused by disturbance of the soil surface 
through plowing. Erosion represents a mass wasting 
of the soil resource, with great implications for fertility 
and other important aspects of land capability. 
Erosion also causes secondary impacts in the aquatic 
ecosystems that typically receive the large wastage of 
eroded materials. Erosion is particularly severe on 
lands with significant slopes and coarse soils, espe- 
cially if these occur in a region with abundant precip- 
itation. Erosion can be substantially prevented by 
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plowing along contour lines rather than down-slope, 
and by maximizing the amount of time during which 
the land has a well-established plant cover. The latter 
can be accomplished through the use of no-tillage 
agricultural systems, and wherever possible, by culti- 
vating perennial crops on sites that are vulnerable to 
erosion. 


Managing pests and diseases 


Pests and their control are another significant 
problem agronomists must deal with. Pests can be 
defined as any organisms that interfere with some 
human purpose. In agriculture, the most important 
pests are weeds, insects and other defoliators, and 
disease-causing pathogens. The use of pesticides such 
as herbicides, insecticides, fungicides, and environ- 
mental damage, and many agronomists are attempt- 
ing to develop systems that would decrease the reliance 
on pesticides in agriculture, while not compromising 
yields. 


Animal husbandry 


Devising better systems in which to raise animals 
as crops is another important aspect of agronomy. 
Considerations in animal husbandry include optimi- 
zation of the productivity of the animals, achieved 
through selective breeding, and careful management 
of diet, disease, and housing. Agronomists concerned 
with animal husbandry are also interested in improv- 
ing the nutritional quality of the food products, 
disposal of waste materials, and humane treatment 
of the livestock. 


Agricultural systems 


Ultimately, the goal of agronomy is to develop 
agricultural systems that are sustainable over the 
long term. An agricultural system involves particular 
combinations of crop species, along with methods of 
tillage, seeding, pest management, and harvesting. 
Furthermore, agricultural systems may involve the 
growth of successive crops in a carefully designed 
rotation, or perhaps the growth of several crops at 
the same time, for example, by row cropping or 
intercropping. 


The ultimate judgment of the success of agronomy 
will be the sustainability of the agricultural systems 
that agronomists develop, and then persuading agri- 
culturalists to use them. 


See also Acid rain; Agrochemicals; Animal breed- 
ing; Contour plowing; Crop rotation; Crops; Fertilizers; 
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KEY TERMS 


Agricultural system—A combination of the choice 
of crop species, and the methods of tillage, seeding, 
pest management, and harvesting. The crop may be 
grown in successive monocultures, or the system 
may involve rotations of different crops, or poly- 
culture systems such as row cropping and 
intercropping. 


Agronomy—tThe application of agricultural sci- 
ence to the production of plant and animal crops, 
and the management of soil fertility. 


Nutrient—Any chemical required for life. The most 
important nutrients that plants obtain from soil are 
compounds of nitrogen, phosphorus, potassium, 
calcium, magnesium, and sulfur. 


Organic matter—Any biomass of plants or ani- 
mals, whether living or dead. Dead organic matter 
is the most important form in soils, particularly 
when occurring as humic substances. 


Tilth—The physical structure of soil, closely asso- 
ciated with the concentration of humified organic 
matter. Tilth is important in water and nutrient- 
holding capacity of the soil, and is generally bene- 
ficial to plant growth. 


Genetic engineering; Integrated pest management; 
Organic farming; Pests; Pesticides; Soil conservation. 
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l AIDS 


The advent of AIDS (acquired immunity defi- 
ciency syndrome) in early 1981 surprised the scientific 
community. At that time, a scientific consensus had 
developed that the world was on the brink of eliminat- 
ing infectious disease. 


AIDS is an infectious disease syndrome that sup- 
presses the immune system. It is caused by the human 
immunodeficiency virus (HIV), part of a group of 
viruses known as retroviruses. The name AIDS was 
coined in 1982. Victims of AIDS most often die from 
opportunistic infections that take hold of the body 
because the immune system is severely impaired. 


AIDS was recognized prior to the discovery of the 
agent of disease. In 1983 and 1984 two scientists and 
their teams concurrently and independently reported 
isolating HIV, the virus that most scientists agree causes 
AIDS. One was French immunologist Luc Montagnier 
(1932), working at the Pasteur Institute in Paris, and 
the other was American immunologist Robert Gallo 
(1937-), a rersearchers at the National Cancer 
Institute in Bethesda, Maryland. Both identified HIV 
as the cause of AIDS and showed the pathogen to be a 
retrovirus, meaning that its genetic material is RNA 
instead of DNA. Following the discovery, a dispute 
ensued over who made the initial discovery. Gallo and 
Montagnier eventually agreed to be co-discoverers. 


Inside its host cell, the HIV retrovirus uses an 
enzyme called reverse transcriptase to make a DNA 
copy of its genetic material. The single strand of DNA 
then replicates and, in double stranded form, integra- 
tes into the chromosome of the host cell where it 
directs synthesis of more viral RNA. The viral RNA 
in turn directs the synthesis protein capsids and both 
are assembled into HIV viruses. A large number of 
viruses emerge from the host cell before it dies. HIV 
destroys the immune system by invading lymphocytes 
and macrophages and replicating. The ensuing cell 
death liberates a new virus to begin another round of 
replication. 


Scientists believe that HIV originated in the 
region of sub-Saharan Africa and subsequently spread 
to Europe and the United States by way of the 
Caribbean. Because viruses exist that suppress the 
immune system in monkeys, scientists have suggested 
that the virus resident in monkeys underwent muta- 
tion in the bodies of humans who consumed the meat 
of monkeys. 


A fifteen-year-old male with skin lesions who died 
in 1969 is the first documented case of AIDS. Unable 
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to determine the cause of death at the time, tissue 
samples were retained and frozen. More recent exami- 
nation detected the virus in the tissues. During the 
1960s doctors often listed leukemia as the cause of 
death in many AIDS patients. With time, the incidence 
of AIDS was sufficiently widespread to recognize it as 
a specific disease. 


Epidemiologists (scientists who study the inci- 
dence, cause, and distribution of diseases) turned their 
attention to AIDS. American scientist James Curran, 
working with the Centers for Disease Control and 
Prevention (CDC), sparked an effort to track the occur- 
rence of HIV. First spread in the United States through 
the homosexual community by male-to-male sexual 
contact, HIV rapidly expanded more generally. 
Presently, new HIV infections are increasing most 
rapidly among heterosexuals, with women accounting 
for approximately twenty percent of the AIDS cases. 


The worldwide AIDS epidemic is estimated to 
have killed more than 6.5 million people, and infected 
another 29 million. A new infection occurs about every 
fifteen seconds. HIV is not distributed equally 
throughout the world; most afflicted people live in 
developing countries. Africa has the largest number 
of cases, but the fastest rate of new infections is occur- 
ring in Southeast Asia and the Indian subcontinent. In 
the United States, AIDS has spread beyond large 
urban centers to smaller communities and even rural 
areas. Once the leading cause of death among people 
between the ages of 25 and 44 in the Unites States, 
AIDS is now second to accidents. 


HIV is transmitted in bodily fluids. Its main 
means of transmission from an infected person is 
through sexual contact, specifically vaginal and anal 
intercourse, and oral to genital contact. Intravenous 
drug users who share needles are at high risk of con- 
tracting AIDS. An infected mother has a 15-25% 
chance of passing HIV to her unborn child before 
and during birth, and an increased risk of transmitting 
HIV through breast-feeding. Although rare in coun- 
tries such as the United States where blood is screened 
for HIV, the virus can be transmitted by transfusions 
of infected blood or blood-clotting factors. Another 
consideration regarding HIV transmission is that a 
person who has had another sexually transmitted dis- 
ease is more likely to contract AIDS. 


The detection of HIV-1, the virus that causes the 
most pronounced form of AIDS (a less severe and 
widespread form of AIDS is caused by HIV-2), utilizes 
a procedure called the enzyme-linked immunosorbent 
assay (ELISA). Developed in 1985 by Robert Gallo 
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Mature HIV-1 viruses (above) and the lymphocyte from which they emerged (below). Two immature viruses can be seen budding 
on the surface of the lymphocyte (right of center). (Scott Camazinr. National Audubon Society Collection/Photo Researchers, Inc.) 


and his research team, the ELISA test is based on the 
fact that, even though the disease attacks the immune 
system, B cells begin to produce antibodies to fight the 
invasion within weeks or months of the infection. The 
test detects the presence of HIV-1 type antibodies and 
reacts with a color change. Weaknesses of the test 
include its inability to detect patients who are infec- 
tious but have not yet produced HIV-1 antibodies, and 
those who are infected with HIV-2. In addition, 
ELISA may give a false positive result to persons 
suffering from a disease other than AIDS, although 
refinements to the assay continue to diminish this 
tendency. Patients who test positive with ELISA are 
given a second and more specialized test to confirm the 
presence of AIDS. Developed in 1996, the latter test 
detects HIV antigens (proteins produced by the virus) 
and can therefore identify HIV before the patient’s 
body produces antibodies. Separate tests for HIV-1 
and HIV-2 have been developed. 


After HIV invades the body, the disease passes 
through different phases before culminating in 
AIDS. During the earliest phase the infected individ- 
ual may experience general flu-like symptoms such as 
fever and headache within one to three weeks after 
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exposure; then he or she remains relatively healthy 
while the virus replicates and the immune system pro- 
duces antibodies. This stage continues for as long as 
the body’s immune response keeps HIV in check. 
Progression of the disease is monitored by the declin- 
ing number of particular antibodies called CD4-T 
lymphocytes. HIV attacks these immune cells by 
attaching to their CD4 receptor site. The virus also 
attacks macrophages, the cells that pass the antigen to 
helper T lymphocytes. The progress of HIV can also 
be determined by the amount of HIV in the patient’s 
blood. After several months to several years, the dis- 
ease progresses to the next stage in which the CD4-T 
cell count declines, and non-life-threatening symp- 
toms such as weakness or swollen lymph glands may 
appear. The CDC has established a definition for the 
diagnosis of AIDS in which the CD4 T-cell count is 
below 200 cells per cubic millimeter of blood, or an 
opportunistic disease has set in. 


Although progress has been made in the treatment 
of AIDS, a cure has yet to be found. In 1995 scientists 
developed a potent cocktail of drugs that help stop the 
progress of HIV. Among other substances, the cock- 
tail combines zidovudine (AZT), didanosine (ddi), and 
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a protease inhibitor. AZT and ddi are nucleosides that 
are building blocks of DNA. The enzyme, reverse 
transcriptase, mistakenly incorporates the drugs into 
the viral chain, thereby stopping DNA synthesis. Used 
alone, AZT works temporarily until HIV develops 
immunity to the nucleoside. Proteases are enzymes 
that are needed by HIV to reproduce, and when pro- 
tease inhibitors are administered, HIV replicates are 
no longer able to infect cells. In 1995 the Federal Drug 
Administration approved saquinaviras, the first pro- 
tease inhibitor to be used in combination with nucleo- 
side drugs such as AZT; this was followed in 1996 by 
approval for the protease inhibitors ritonavir and indi- 
navir to be used alone or in combination with nucleo- 
sides. As of 2006, the FDA list of drugs approved for 
the treatment of viral cell entry, replication, and for 
opportunisitic infections numbers in the dozens. 


The combination of drugs brings about a greater 
increase of antibodies and a greater decrease of fulmi- 
nant HIV than either type of drug alone. Although 
patients improve on a regimen of mixed drugs, they 
are not cured due to the persistence of inactive virus 
left in the body. Researchers are looking for ways to 
flush out the remaining HIV and to develop a vaccine 
to actually prevent the disease. While a number of 
vaccine candidates have been identified and trials con- 
ducted, no vaccine exists as of 2006. 


In addition to treatment, the battle against AIDS 
includes preventing transmission of the disease. 
Infected individuals pass HIV-laden macrophages 
and T lymphocytes in their bodily fluids to others. 
Sexual behaviors and drug-related activities are the 
most common means of transmission. Commonly, 
the virus gains entry into the bloodstream by way of 
small abrasions during sexual intercourse or direct 
injection with an infected needle. In attempting to 
prevent HIV transmission among the peoples of the 
world, there has been an unprecedented emphasis on 
public health education and social programs; it is 
vitally important to increase public understanding of 
both the nature of AIDS and the behaviors that put 
individuals at risk of spreading or contracting the 
disease. 


The administration of U.S. President George 
W. Bush has advocated for sexual abstinance as the 
most effective means of preventing the spread of HIV. 
The policy of tying funding aid to the practice of 
abstinance has proved to be extremely contentious. 
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[ AIDS therapies and vaccines 


Acquired immunodeficiency syndrome (AIDS) is 
a disease characterized by the destruction of the 
immune system. More than 16,000 new AIDS patients 
are diagnosed each day. AIDS is caused by several 
types of a virus designated as the human immunode- 
ficiency virus (HIV). 


The immune system is the principle defense system 
of the body to a variety of infections. Thus, individuals 
diagnosed with AIDS are prone to illness and, in many 
cases, eventual death from microbiological illnesses, 
organ failures, or cancer. 


AIDS was recognized in the early 1980s. Soon 
thereafter came the discovery of the various types of 
HIV and their association with AIDS. Since then, 
scientists and researchers around the world have 
spent billions of dollars and thousands of hours to 
discover how AIDS is caused and what options are 
available to stop the progression of the disease. 


Once the scientific community became mobilized 
to fight AIDS, international conferences were held in 
the mid-1980s. Exchange of data on AIDS and HIV 
led to the development of blood tests to detect the 
virus or its genetic material, and to diagnose the infec- 
tion. Only then did the severity of the illness and the 
extent of the worldwide epidemic become known. 
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AIDS therapies and vaccines 


By the late 1980s, treatments for the virus became 
available, and so treatment of infections that prey on 
the severely weakened immune systems of those with 
AIDS could be managed to some extent. The death 
toll internationally was still extremely high, and 
remained so until the mid-1990s when the research 
collectively began to identify the best range of treat- 
ments for the 11 or more strains of HIV. 


AIDS treatment 


The eleventh World AIDS conference held in 
Vancouver, British Columbia, Canada, in 1996 pro- 
vided the turning point for treatment. Several groups 
of researchers presented information on a combina- 
tion of drugs (also referred to as an AIDS “cocktail’’) 
that, when used together, could virtually erase any 
traces of the virus from the bloodstream of infected 
individuals. A new blood test that could detect HIV 
much earlier than previously available tests was also 
introduced. 


This blood test changed early treatment options 
and established new ideas about how the disease 
works. Within a year, these novel HIV and AIDS 
treatments were being duplicated in medical offices 
and clinics around the world. By the late 1990s, HIV 
had moved from a progressively terminal disease to 
one that could be managed over the long-term, at least 
for those who had access to and could afford these new 
treatment options. 


Combined drug therapy similar to those first 
introduced at the 1996 conference is now the standard 
of care for those with HIV. Twenty-nine different 
drugs that fall into four categories are available to 
make up the treatment strategy, and Atripla®, a new 
drug approved for use in mid-2006, combines different 
classes of drugs used to treat HIV infection in one 
tablet. Thirteen of the drugs are known as nucleoside 
analogs. That is, the drugs mimic the structure of some 
components of the viral genetic material. The incor- 
poration of the analogs into viral genetic material can 
stop the virus from making new copies of itself. A well- 
known nucleoside analog is azidothymidine (AZT, 
which is marketed under the name Retrovir®). Other 
drugs block the action of protein-degrading enzymes 
(proteases) that are made by HIV. Still other drugs 
block the action of reverse transcriptase (an enzyme 
that HIV uses to duplicate its genetic material). 


The differently acting drugs are used in combina- 
tion to block the disease’s progression. All classes of 
these drugs act to halt the manufacture of new virus 
inside the immune cells of the human body, where HIV 
has already established an active infection. 
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The mortality rate has since fallen sharply as more 
HIV-positive patients are prescribed this three-drug 
combination. The use of the improved blood test has 
also been expanded to measure the amount of HIV in 
the blood during drug treatment, which can help to 
pinpoint the most effective combination of drugs for 
each individual. In all cases, the goal of treatment is to 
keep the level of HIV in the body as low as possible, for 
as long as possible. Presently, a “cure” for AIDS does 
not exist. 


Despite the treatment advances, questions remain 
concerning the effectiveness of such treatments over 
the long term. While treatments can almost completely 
eliminate the virus in as few as two or more years, the 
immune system remains impaired. Patients may be 
just as susceptible to other illnesses that their immune 
systems cannot withstand. Furthermore, because HIV 
can “hide” from the immune system by occupying 
healthy cells, the absence of detectable HIV is no 
guarantee that the viral infection is truly eliminated. 


The average annual cost per patient for the brand 
name three-drug combination treatment can reach 
$15,000, but by 2006, more than twenty generic 
drugs were approved for use in treating AIDS, bring- 
ing the cost down significantly for people who take the 
generic versions of the drugs. In 2003, President 
George W. Bush launched a $15-billion initiative to 
fight AIDS in 15 countries, particularly in Sub- 
Saharan Africa. Many of the drugs distributed in the 
program were generic versions of the combination pill. 


A strict medicine administration schedule and diet 
must be maintained for the drugs to be successful. The 
regimen is difficult for many patients to follow, either 
because of privacy constraints or the side effects some 
of the drugs can cause. 


Perhaps the most basic questions researchers are 
still struggling with are when to provide treatment, 
which drugs to begin with, how to identify when alter- 
ations are needed in the therapy, and which drugs to 
try next. 


Vaccine development 


The search for a vaccine that would protect people 
from HIV infection by blocking the entry of the virus 
into the immune cells, has been ongoing almost as long 
as the search for AIDS treatment strategies. At least 25 
experimental vaccines have been created since identi- 
fication of the disease. Unfortunately, few have 
proved even promising enough to complete the large- 
scale testing on human volunteers that is required to 
demonstrate the vaccine’s success. 
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Some initial vaccine trials, however, have 
occurred. In June 1998, the first AIDS vaccine to be 
tested on humans began with 5,000 volunteers in 30 
cities in the United States, and a smaller group in 
Thailand. Volunteers were given a series of injections 
intended to stimulate the immune system to resist the 
two most common strains of the AIDS virus. Results 
announced in 2003 were disappointing, with little 
immunity protection for the general public noted, 
although blacks and Asians who were given the vac- 
cine showed a two-thirds-lower infection rate than 
participants who received a placebo. Since then, 
more than twenty new candidate AIDS vaccine trials 
were launched under the auspices of the International 
AIDS Vaccine Initiative in small-scale human clinical 
trials around the world. 


See also Molecular biology; T cells. 
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Air see Atmosphere, composition and 
structure 


l Air masses and fronts 


An air mass is a body of air with a relatively 
constant temperature and moisture content over a 
significant altitude. Air masses typically cover hun- 
dreds, thousands, or millions of square kilometers. A 
front is the boundary at which two air masses of differ- 
ent temperature and moisture content meet. The role 
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of air masses and fronts in the development of weather 
systems was first appreciated by the Norwegian father 
and son team of Vilhelm and Jacob Bjerknes in the 
1920s. Today, these two phenomena are still studied 
intensively as predictors of future weather patterns. 


Source regions 


Air masses form when a body of air comes to rest 
over an area large enough for it to take on the temper- 
ature and humidity of the land or water below it. 
Certain locations on Earth’s surface possess the topo- 
graphical characteristics that favor development of air 
masses. The two most important of these character- 
istics are topographic regularity and atmospheric 
stability. Deserts, plains, and oceans typically cover 
large areas and contain relatively few topographical 
irregularities. In such regions, large masses of air can 
accumulate without being broken apart by mountains, 
land/water interfaces, and other features that would 
disturb the air mass. The absence of strong wind also 
favors the development of an air mass; hence, air 
masses cannot develop easily in regions where cyclonic 
or anticyclonic storms are common. 


Classification 


The system by which air masses are classified 
reflects the fact that certain locations possess the topo- 
graphic and atmospheric conditions that favor air mass 
development. That system uses two letters to designate 
an air mass. One letter, written in upper case, indicates 
the approximate latitude (and, therefore, temperature) 
of the region: A for arctic, P for polar, E for equatorial, 
and T for tropical. The distinctions between arctic and 
polar on the one hand and equatorial and tropical on 
the other are relatively modest. The first two terms 
(arctic and polar) refer to cold air masses whereas the 
second two (equatorial and tropical) refer to warm air 
masses. A second letter, written in lower case, indicates 
whether the air mass forms over land or sea and, hence, 
the relative amount of moisture in the mass. The two 
designations are c for continental (land) air mass and m 
for maritime (water) air mass. The two letters are then 
combined to designate both the temperature and the 
humidity of an air mass. 


One source region of arctic air masses is the 
northern-most portions of Alaska, Canada, and 
Greenland. Thus, air masses developing in this source 
region are designated as cA (continental arctic) air 
masses. Similarly, air masses developing over the 
Gulf of Mexico, a source region for maritime tropical 
air masses, are designated as mT (marine tropical) air 
masses. 
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Air masses and fronts 


Properties of air masses 


The movement of air masses across Earth’s sur- 
face is an important component of the weather that 
develops in an area. For example, weather patterns in 
North America are largely dominated by the move- 
ment of about a half dozen air masses that travel 
across the continent on a regular basis. Two of those 
air masses are the cP and cA systems that originate in 
Alaska and central Canada, and sweep down over the 
northern United States during the winter months. 
These air masses bring low temperatures, strong 
winds, and heavy precipitation, such as the snow- 
storms commonly experienced in the Great Lakes 
states and New England. The name “Siberian 
Express” is sometimes used to describe some of the 
most severe storms originating from these cP and cA 
air masses. From the south, mT air masses based in the 
Gulf of Mexico, the Caribbean, and western Atlantic 
Ocean move northward across the southern states, 
bringing hot, humid weather that is often accompa- 
nied by thunderstorms in the summer. Weather along 
the western coast of North America is strongly influ- 
enced by mP air masses that flow across the region 
from the north Pacific Ocean. These masses originate 
as cP air over Siberia, but are modified to mP masses 
as they move over the Pacific and increase their mois- 
ture. When an mP mass strikes the west coast of North 
America, it releases its moisture in the form of showers 
and, in northern regions, snow. 


Fronts 


The term “front” was suggested by the Bjerkneses 
because the collisions of two air masses reminded them 
of a battlefront during a military operation. Fronts 
develop when two air masses with different temper- 
atures and, in most cases, different moisture contents 
come into contact with each other. The result depends 
on the relative temperature and moisture content of 
the two air masses and the relative movement of the 
two masses. 


When a mass of cold air moving across Earth’s 
surface comes into contact with a warm air mass, the 
denser cold air mass may force its way under the 
lighter warm air mass. The boundary formed between 
these two air masses is a cold front. Cold fronts are 
generally accompanied by a decrease in atmospheric 
pressure and the development of large cumulonimbus 
clouds that bring rain and thunderstorms. Cold fronts 
are represented on weather maps as solid lines with 
solid triangles at regular distances along them. The 
direction in which the triangles point shows the direc- 
tion in which the cold front is moving. 


98 


KEY TERMS 


Anticyclonic—Referring to an area of high pressure 
around which winds blow in a clockwise direction 
in the northern hemisphere. 


Continental—Referring to very large land masses. 


Cyclonic—Referring to an area of low pressure 
around which winds blow in a counter-clockwise 
direction in the northern hemisphere. 


Humidity—The amount of water vapor contained 
in the air. 


Maritime—Referring to the oceans. 


Topographical—Referring to the surface features of 
an area. 


The opposite situation is one in which a warm 
air mass approaches and then slides up and over a 
cold air mass. The boundary formed in this case is a 
warm front. As the warm air mass comes into contact 
with the cold air mass, it is cooled and some of the 
moisture held within it condenses to form clouds. In 
most cases, the first clouds to appear are high cirrus 
clouds, followed sometime later by stratus and nim- 
bostratus clouds. Warm fronts are shown on weather 
maps as solid lines to which are attached solid half 
circles. The direction in which the half circles point 
shows the direction in which the warm front is 
moving. 


A more complicated situation occurs when a cold 
front overtakes a slower-moving warm front to create 
an occluded front. A distinction can be made depend- 
ing on whether the approaching cold air mass is colder 
or warmer than the second air mass beneath the warm 
front. The former is called a cold-type occluded front 
whereas the latter is a warm-type occluded front. The 
development of an occluded front is accompanied by 
the formation of clouds and, in most cases, by steady 
and moderate precipitation. An occluded front is 
shown on a weather map with a solid line that con- 
tains, alternatively, both triangles and half circles on 
the same side of the line. 


In some instances, a collision occurs in which 
neither mass is strong enough to displace the other 
and no movement occurs. The boundary between the 
air masses in this case is known as a stationary air mass 
and is designated on a weather map by a solid line with 
triangles and half circles on opposite sides of the line. 
Stationary fronts generally accompanied by fair, clear 
weather, although some light precipitation may occur. 
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See also Atmosphere, composition and structure; 
Storm; Weather forecasting; Weather mapping. 
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l Air pollution 


Air pollution is the presence of chemicals in 
Earth’s atmosphere that are not a normal part of the 
atmosphere. In other words, air pollution is contami- 
nated air. 


Air pollution is a serious health issue. According 
to the World Health Organization, nearly five million 
people die annually from causes directly due to air 
pollution (examples include aggrevations of asthma, 
emphysema, bronchitis, lung disease, and heart 
disease). 


Air contamination is divided into two broad cat- 
egories: primary and secondary. Primary pollutants 
are those released directly into the air. Some examples 
include dust, smoke, and a variety of toxic chemicals, 
such as lead, mercury, vinyl chloride and carbon mon- 
oxide. The exhaust from vehicles and industrial 
smokestacks are examples of primary pollution. 


Secondary pollutants are created or modified 
after being released into the atmosphere. In secondary 
pollution, a compound is released into the air. This 
compound is then modified into some other form, 
either by reaction with another chemical present in 
the air or by a reaction with sunlight (a photochemical 
reaction). The altered compound is the secondary pol- 
lutant. Smog that gathers above many cities is a prime 
example of secondary air pollution. 


Pollution of the atmosphere occurs in the bulk of 
the atmosphere that is within 40-50 miles (64.4-80.5 
km) of Earth’s surface. Nitrogen and oxygen make up 
99% of the atmosphere; the remaining components 
are argon, carbon dioxide, neon, helium, methane, 
krypton, hydrogen, xenon, and ozone. Ozone is con- 
centrated in a band that is 12-30 miles (19-48 km) 
above Earth’s surface. 
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A “brown cloud” (pollution) shrouds Denver, Colorado. 
(© Ted Spiegel/Corbis.) 


Smog can be damaging to human health because 
of the formation of ozone. A complex series of chem- 
ical reactions involving volatile organic compounds, 
nitrogen oxides, sunlight, and molecular oxygen create 
highly reactive ozone molecules containing three 
oxygen atoms. The ozone that is present higher up in 
the atmosphere is beneficial. It provides an important 
shield against harmful ultraviolet radiation in sun- 
light. Closer to the ground, however, ozone is highly 
damaging to both living organisms and building 
materials. 


Criteria pollutants 


The 1970 Clean Air Act in the United States rec- 
ognized seven air pollutants as being in immediate 
need of regulatory monitoring. These pollutants are 
sulfur dioxide, particulates (such as dust and smoke), 
carbon monoxide, volatile organic compounds, nitro- 
gen oxides, ozone, and lead. These pollutants were 
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regarded as the greatest danger to human health. 
Because criteria were established to limit their emis- 
sion, these materials are sometimes referred to as cri- 
teria pollutants. Major revisions to the Clean Air Act 
in 1990 added another 189 volatile chemical com- 
pounds from more than 250 sources to the list of 
regulated air pollutants in the United States. 


Some major pollutants are not directly poisonous 
but can harm the environment over a longer period of 
time. Excess nitrogen from fertilizer use and burning 
of fossil fuels is causing widespread damage to both 
aquatic and terrestrial ecosystems on Earth’s surface. 
For example, over-fertilizing of plants favors the 
growth of weedy species. Pollutants can also damage 
the atmosphere above Earth’s surface. A well-known 
example of this damage is that caused by chlorofluor- 
ocarbons (CFCs). CFCs were used for many years as 
coolant in refrigerators and as cleaning agents. While 
generally chemically inert and non-toxic in these set- 
tings, CFCs diffuse into the upper atmosphere where 
they destroy the ultraviolet-absorbing ozone shield. 
Ozone depletion is a concern for the health of humans, 
as increased exposure to the sun’s ultraviolet radiation 
can cause genetic damage that is associated with var- 
ious cancers, especially skin cancer. 


Air pollutants can travel surprisingly far and fast. 
About half of the fine reddish dust visible in Miami’s 
air during the summer is blown across the Atlantic 
Ocean from the Sahara Desert. Radioactive fallout 
from an explosion at the Chernobyl nuclear reactor 
in the Ukraine was detected many miles away in 
Sweden within two days after its release and spread 
around the globe in less than a week. 


One of the best-known examples of long-range 
transport of air pollutants is acid rain. The acids of 
greatest concern in air are sulfuric and nitric acids, 
which are formed as secondary pollutants from sulfur 
dioxide and nitrogen oxides released by burning fossil 
fuels and industrial processes such as smelting ores. 
These acids can change the pH (a standard measure of 
the hydrogen ion concentration or acidity) of rain or 
snow from its normal, near neutral condition to an 
acidity that is similar to that of lemon juice. Although 
this acidity is not directly dangerous to humans, it 
damages building materials and can be lethal to sensi- 
tive aquatic organisms such as salamanders, frogs, and 
fish. Thousands of lakes in eastern Quebec, New 
England, and Scandinavia have been acidified to the 
extent that they no longer support game fish popula- 
tions. Acid precipitation has also been implicated in 
forest deaths in northern Europe, eastern North 
America, and other places where air currents carry 
urban industrial pollutants. 
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Air pollution control 


Because air pollution is visible and undesirable, 
most developed countries have had S50 years or more of 
regulations aimed at controlling this form of environ- 
mental degradation. In many cases, these regulations 
have had encouragingly positive effects. While urban 
air quality rarely matches that of pristine wilderness 
areas, air pollution in most of the more prosperous 
regions of North America, Western Europe, Japan, 
Australia, and New Zealand has been curtailed in 
recent years. In the United States, for example, the 
Environmental Protection Agency (EPA) reports that 
the number of days on which urban air is considered 
hazardous in the largest cities has decreased 93% over 
the past 20 years. Of the 97 metropolitan areas that 
failed to meet clean air standards in the 1980s, nearly 
half had reached compliance by the early 1990s. 


Perhaps the most striking success in controlling 
air pollution is urban lead. Banning of leaded gasoline 
in the United States in 1970 resulted in a 98% decrease 
in atmospheric concentrations of this toxic metal. 
Similarly, particulate materials have decreased in 
urban air nearly 80% since the passage of the U.S. 
Clean Air Act, while sulfur dioxides, carbon monox- 
ide, and ozone are down by nearly one-third. 


The situation is not as encouraging in some other 
countries. The major metropolitan areas of developing 
countries often have highly elevated levels of air pol- 
lution. Rapid population growth, unregulated indus- 
trialization, local geography, and lack of enforcement 
have compounded the air pollution problem in cities 
such as Mexico City. In this city, pollution levels usu- 
ally exceed World Health Organization (WHO) stand- 
ards 350 days per year. More than half of all children 
in the city have lead levels in their blood sufficient to 
lower intelligence and retard development. The more 
than 5,500 metric tons of air pollutants released in 
Mexico City each day from the thousands of industries 
and millions of motor vehicles are trapped close to the 
surface by the mountains ringing the city. 


Efforts to curb the use of vehicles in Mexico City 
during the 1990s have resulted in an improved air 
quality. This vigilence must be maintained to ensure 
that the air quality does not return to dangerous levels. 
As well, in Mexico City and other jurisdictions, the 
increasing use of bioethanol, biodiesel, solar power, 
and gasoline-electric hybrid vehicle technologies will 
curb air pollution. 


Most of the developing world megacities (those 
with populations greater than 10 million people) have 
similar problems. Air quality in Cairo, Bangkok, 
Jakarta, Bombay, Calcutta, New Delhi, Shanghai, 
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KEY TERMS 


Ecosystem—All of the organisms in a biological 
community interacting with the physical 
environment. 


Ozone—A naturally occurring trace gas, having 
the chemical formula O3. In the stratosphere, it 
serves to absorb many harmful solar UV rays. 


Smog—An aerosol form of air pollution produced 
when moisture in the air combines and reacts with 
the products of fossil fuel combustion. 


Volatile—Readily able to form a vapor at a rela- 
tively low temperature. 


Beijing, and Sao Paulo regularly reach levels scientists 
consider dangerous to human, animal, and plant life. 


See also Atmosphere, composition and structure; 
Global warming; Ozone layer depletion. 
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| Aircraft 


An aircraft is a machine used for traveling 
through the atmosphere supported either by its own 
buoyancy or by an engine that propels the ship 
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through the air. Aircraft of the former type are 
known as lighter-than-air craft, while the latter type 
are heavier-than-air craft. Included in the general term 
aircraft are dirigibles, balloons, gliders, airplanes, and 
helicopters. 


Early theories of air travel 


Humans have dreamed of flying like birds for 
centuries. A Chinese myth dating to at least 1500 BC 
tells of men flying through the air in a carriage driven 
by something much like a modern propeller. The 
Greek legend of Daedalus and Icarus is closer to the 
image that earlier centuries usually had of flight, how- 
ever. According to that legend, Daedalus constructed 
a set of bird-like wings that he attached to his son, 
Icarus, as a means of escaping from the island of Crete. 
Icarus flew so close to the sun, however, that the wax 
holding the wings to his body melted, and he fell to his 
death. 


For more than 20 centuries humans repeated 
some version of Daedalus’s experiment, making 
ever more sophisticated attempts to duplicate the 
flight of birds. All such attempts failed, however, as 
inventors failed to recognize that the power generated 
by a single human could never be sufficient to lift a 
person off the Earth’s surface. (Actually, it is, as the 
crossing of the English Channel by the human- 
powered Gossamer Albatross II proved in 1979; how- 
ever, human arms cannot flap any pair of wings hard 
enough to fly, so human-powered flight requires an 
ultralight aircraft, a propeller mechanism, and large 
fixed-wing area.) 


Lighter-than-air craft 


The first real success in designing aircraft made 
use of the concept of buoyancy. Buoyancy is the ten- 
dency of an object to rise when placed in a medium 
whose density is greater than its own. A cork floats 
in water, for example, because the cork is less dense 
than the water. Buoyant aircraft became possible 
when scientists discovered that hot air, and (as was 
found later) certain gases—especially hydrogen and 
helium—are less dense than ordinary air. Thus, a con- 
tainer filled with hot air, hydrogen, or helium will rise 
through the atmosphere of its own accord. 


Balloons were the first aircraft to make use of 
bouyancy. The Montgolfier brothers, Joseph and 
Jacques, are usually said to be the fathers of bal- 
looning. In 1782, they constructed a large balloon 
which they filled with hot air produced by an ordi- 
nary bonfire under the balloon. The balloon rose 
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The first supersonic transport to fly, the Soviet Union’s 
Tupolev-144. It flew on December 31, 1968, two months 
before the Concorde’ inaugural flight. (U.S. National 
Aeronautics and Space Administration (NASA).) 


more than a mile into the air. A year later, they sent 
up a second balloon, this one carrying a tub that 
held a duck, a rooster, and a sheep. Then, only two 
months later, they constructed yet another balloon, 
this one large enough to carry a human into the 
atmosphere. 


Balloon transportation suffers from one major 
drawback: the balloon goes wherever the winds carry 
it, and passengers have almost no control over the 
direction or speed of their travel. The additions needed 
to convert a balloon into a useable aircraft are a motor 
to propel the balloon in any given direction and a 
rudder with which to steer the balloon. The modified 
form of a balloon with these features is known as a 
dirigible. 

The father of the modern dirigible is generally said 
to be Count Ferdinand von Zeppelin. Zeppelin’s diri- 
gible consisted of a rigid aluminum framework sup- 
porting a fabric covering and filled with hydrogen gas. 
On July 2, 1900, Zeppelin’s dirigible took its initial 
flight; his first working ship was 420 ft (125 m) long 
and 40 ft (12 m) in diameter. It was capable of lifting 
27,000 1b (12,000 kg) and traveling at air speeds com- 
parable to those of airplanes then available. At their 
peak, Zeppelin-styled dirigibles were able to carry a 
maximum of 72 passengers in an elaborate gondola 
that also held a dining room, bar, lounge, and 
walkways. 


The end of commercial dirigible travel came in 
the 1930s as the result of two events. One was the 
continuing improvement in heavier-than-air travel, 
which made the much slower dirigible obsolete. The 
other event was the dramatic explosion and destruc- 
tion of the dirigible Hindenburg as it attempted to 
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moor at Lakehurst, New Jersey, on May 6, 1937. The 
ever-present danger that the highly flammable hydro- 
gen gas used to inflate dirigibles would ignite and burn 
had finally come to realization at Lakehurst. 
(However, some historians have argued that the coat- 
ing of the dirigible was flammable and primarily to 
blame for the fire, rather than the hydrogen filling the 
dirigible.) Although later dirigibles were designed to 
fly with non-flammable helium, they never really 
regained the popularity of the pre-Lakehurst period. 
Today, dirigibles are widely used for advertising pur- 
poses. The Goodyear blimp and its cousins have now 
become familiar sights at outdoor sporting events all 
over the United States. The U.S. military is research- 
ing the use of lighter-than-air craft as ultra-high- 
altitude surveillance platforms and as lifters of 
extremely heavy loads. 


Heavier-than-air aircraft 


The father of heavier-than-air machines is said to 
be Sir George Cayley (1773-1857). Cayley carried out 
a careful study of the way birds fly and, in 1810, wrote 
a pioneering book on flight, On Aerial Navigation. 
Cayley’s research laid the foundations of the modern 
science of aerodynamics, the study of the forces expe- 
rienced by an object flying through the air. In 1853, he 
constructed his first working aircraft, a glider that his 
coachman rode above the valleys on the Cayley estate 
in Yorkshire, England. 


Gliders 


Cayley’s glider is now regarded as the earliest 
version of the modern airplane. The glider—also 
known as a sailplane—differs from a modern airplane 
only in that it has no power source of its own. Instead, 
it uses updrafts and winds for propulsion and maneu- 
vering. Cayley was well aware of the need for a power- 
ful engine for moving a heavier-than-air machine, but 
only steam engines were then available, and they were 
much too heavy for use in an aircraft. So Cayley 
designed an airship (his glider) that could make use 
of natural air movements. 


The modern sailplane retains the characteristics 
that Cayley found to be crucial in the design of his own 
glider. In particular, both aircrafts have very large 
wings, are made of the lightest possible material, and 
have extremely smooth surfaces. The protrusion of a 
single rivet can produce enough friction to interfere 
with the successful maneuvering of a sailplane or 
glider. Properly designed sailplanes can remain in the 
air for hours and can travel at speeds of up to 150 mph 
(240 km/h) using only natural updrafts. 
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Four fundamental aerodynamic forces 


The age of modern aviation began on December 
17, 1903 at Kitty Hawk, North Carolina. On that date, 
Wilbur and Orville Wright, two bicycle makers from 
Dayton, Ohio, flew the world’s first powered aircraft, 
a biplane (double-winged aircraft) with a wing span of 
40 ft 4in (12 m 1.5 cm) and weighing 605 Ib (275 kg). 
The plane remained in the air a total of only 12 sec- 
onds and covered only 120 ft (37 m). But both brothers 
knew, as Wilbur then said, that “the age of flight had 
come at last.” The problems that the Wright brothers 
had to solve in the early 1900s were essentially the 
same as those confronting aeronautical engineers 
today. In order to make a heavier-than-air machine 
fly, four factors have to be taken into consideration: 
weight, lift, drag, and thrust. 


Weight is caused by the pull of the Earth’s gravita- 
tional field on the airplan, its passengers, and its cargo. 
A plane cannot leave the ground unless some method 
is found for counteracting the gravitational effect of 
weight. The way in which weight is counterbalanced is 
lift, a force equal in magnitude to and opposite in 
direction to the pull of gravity. Lift is provided by 
means of the flow of air over the airplane’s wings (or, 
in the case of a helicopter or jump-jet, by the down- 
ward thrust provided by a vertical-axis propeller or 
downward-pointing jets). 


To visualize the action of lift generated by a mov- 
ing wing, imagine that a strong wind blows over the 
wings of an airplane parked on a landing strip. 
Airplane wings are designed so that the flow of air 
across the top surface and across the bottom surface of 
the wing is not identical. For example, the upper sur- 
face of the wing might have a slightly curved shape, 
like half of a flattened tear drop. The lower surface of 
the same wing would be flat. 


When air passes over a wing of this design, it is 
forced to move more quickly over the top surface than 
it does the bottom surface. The effect produced was 
first observed by Swiss mathematician Daniel 
Bernoulli in the 1730s and is now known by his 
name, the Bernoulli effect. Bernoulli discovered that 
the faster a fluid moves over a surface, the less pressure 
it exerts on that surface. 


In the case of an airplane wing, air moving over 
the top of the wing travels faster and exerts less pres- 
sure than air moving over the bottom of the wing. 
Since the pressure under the wing is greater than 
the pressure on top of the wing, the net force of air 
pressure on the wing is upward, tending to raise the 
airplane. 
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A number of factors determine the amount of lift 
a wing can provide an airplane. One factor is the size of 
the wing. The larger the wing, the greater the total 
force exerted on the bottom of the wing compared to 
the reduced pressure on top of the wing. A second 
factor is speed. The faster that air moves over a wing, 
the less pressure it exerts and the greater the lifting 
force it provides to the airplane. A third factor is the 
relative orientation of the wing to the air flow coming 
toward it. This factor is known as the angle of attack. 
In general, the greater the angle of attack, the greater 
the lifting force provided by the wing. 


A pilot has control over all three of these factors in 
an airplane. Speed is controlled by increasing or 
decreasing the rate at which the engine turns, thereby 
changing the speed at which the propeller turns. Wing 
size is also under the pilot’s control because of flaps 
that are attached to the following edge of a wing. 
These flaps can be extended during takeoff and land- 
ing to increase the total wing area and then retracted 
during level flights to reduce drag. Wing flaps and 
flap-like sections on the tail—the elevators—change 
the angle at which the wing or tail meets oncoming air 
and, thus, the airplane’s angle of attack. 


Thrust and drag 


An powered airplane is not made to fly, of course, 
simply by setting it out on the runway and waiting for 
a strong wind to blow over its wings. (Early experi- 
ments with wings were, however, actually done using 
large, tethered kites, some of which carried pilots 
aloft.) Instead, the airplane is caused to move forward 
by jets, rockets, or propellors, forcing it to rush 
through air. The propeller used to drive the Wrights’ 
first flight at Kitty Hawk was a home-built engine that 
weighed 180 Ib (82 kg) and produced 180 horsepower. 


The forward thrust provided by a propeller can be 
explained in exactly the same way that the lift of a wing 
can be explained. Think of a propeller as a short, 
narrow mini-wing pivoted at the center and connected 
to an engine that provides rotational motion. The 
mini-wing is shaped like a larger wing, with a convex 
forward surface and a flat back surface. As the mini- 
wing is caused to rotate around its pivot point, the 
wing sweeps through the air, which passes over the 
forward surface of the mini-wing faster than it does 
over the back surface. As a result, the pressure on the 
forward surface of the mini-wing is less than it is on the 
back, and the mini-wing is driven forward, carrying 
the airplane along with it. 


The pitch and angle of attack of the mini-wing— 
the propeller—can be changed just as the angle of 
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attack of the airplane’s main wings can be changed. 
During level flight, the pitch of the propeller is turned 
at a sharp angle to the oncoming airflow, allowing the 
aircraft to maintain air speed with minimal fuel con- 
sumption. During takeoff and landing, the pitch of a 
propeller is reduced, exposing a maximum surface 
area to airflow and attaining a maximum thrust. At 
landing, the propeller direction can actually be 
reversed, causing the direction of force on the propel- 
lers to shift by 180°. As a result, the propeller becomes 
a brake on the airplane’s forward motion. 


The term drag refers to a variety of factors, each of 
which tends to slow down the forward movement of an 
aircraft. The most obvious type of drag is friction drag, 
a retarding force that results stmply from the move- 
ment of a body such as an airplane through a fluid. The 
amount and effect of friction drag are very much a 
function of the shape and design of the aircraft. 


Perhaps the most complex type of drag is that 
caused by the very air movements that lift an aircraft 
off the ground. The discussion of the Bernoulli effect 
above assumed that air flows smoothly over a surface. 
Such is never the case, however. Instead, as air travels 
over an airplane wing, it tends to break apart and form 
eddies and currents. The interaction of these eddies 
and currents with the overall air flow and with the 
airplane wing itself results in a retarding force: induced 
drag. One of the great challenges facing aeronautical 
engineers is to design aircraft in which all forms of 
drag are reduced to a minimum. 


Aircraft stability 


Once it is in flight, an airplane is subject to three 
major types of movements: pitch, yaw, and roll. These 
three terms describe the possible motion of an airplane 
in each of three dimensions. Pitch, for example, refers 
to the tendency of an airplane to rotate in a forward or 
backward direction, tail-over-nose, or vice versa. Yaw 
is used to describe a horizontal motion, in which the 
airplane tends to rotate with the left wing forward and 
the right wing backward, or vice versa. Roll is the 
phenomenon in which an airplane twists vertically 
around the body, with the right wing sliding upward 
and the left wing downward, or vice versa. 


Each of the above actions can, of course, result in 
an airplane’s crashing, so methods must be available 
for preventing each. The horizontal tail at the back of 
an airplane body helps to prevent pitching. If the 
plane’s nose should begin to dip or rise, the angle of 
attack on the tail changes, and the plane adjusts auto- 
matically. The pilot also has control over the vertical 
orientation of the plane’s nose. 
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Roll is prevented by making a relatively modest 
adjustment in the orientation of the aircraft’s wings. 
Instead of their being entirely horizontal to the 
ground, they are tipped upward at their outer edges 
in a very wide V shape. The shape is called a dihedral. 
When the airplane begins to roll over one direction or 
the other, the movement of air changes under each 
wing and the plane rights itself automatically. 


Yawing is prevented partly by means of the verti- 
cal tail at the back of the airplane. As a plane’s nose is 
pushed in one direction or the other, airflow over the 
tail changes, and the plane corrects its course auto- 
matically. A pilot also has control over vertical tail 
flaps and can adjust for yawing by shifting the plane’s 
ailerons, flaps on the following edge of the wings and 
the rear horizontal tail. 


Jet engines 


Until the 1940s, the only system available for 
powering aircraft was the piston-driven propeller 
engine. In order to increase the speed and lifting 
power of an airplane, the only option that aeronaut- 
ical engineers had was to try to increase the efficiency 
of the engine or to add more engines to the airplane. 
During World War II, the largest power plants con- 
sisted of as many as 28 cylinders, capable of develop- 
ing 3,500 horsepower. 


At the very end of World War IH, German scien- 
tists produced an entirely new type of power system, 
the jet engine. As “new” as the jet airplane was in 1944, 
the scientific principles on which it is based had been 
around for more than 2,000 years. You can think ofa 
jet engine as a very large tin can, somewhat fatter in 
the middle and more narrow at both ends. Both ends 
of the tin can have been removed so that air can pass in 
the front of the can (the engine) and out the back. 


The center of the engine contains the elements 
necessary for its operation. Compressed air is mixed 
with a flow of fuel and ignited. As combustion gases 
are formed, they push out of the rear of the engine. As 
the gases leave the engine, they also turn a turbine which 
compresses the air used in the middle of the engine. 


The principle on which the jet engine operates was 
first enunciated by Sir Isaac Newton in the seven- 
teenth century. According to Newton’s second law, 
for every action, there is an equal and opposite reac- 
tion. In the jet engine, the action is the surge of burned 
gases flowing out of the back of the engine. The reac- 
tion to that stream of hot gases is a forward push that 
moves the engine—and the wing and airplane to which 
it is attached—in a forward direction. 
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The B-2 Stealth Bomber. (P. Shambroom. Photo Researchers, Inc.) 


Because the exiting gases turn a turbine as well as 
powering the engine, a jet of this kind is also known as a 
turbojet. The first airplanes of this kind—the German 
Messerschmitt 262 and the British Gloster Meteor— 
were available for flight in the spring of 1944, only 
months before the end of the European phase of World 
War II. The first turbojet planes were capable of speeds 
of about 540 mph (865 km/h), about 20 mph (33 km/h) 
faster than any piston-driven aircraft then in flight. 


Wind tunnels 


No matter what kind of power system is being 
used in an aircraft, aeronautical engineers are con- 
stantly searching for new designs that will improve 
the aerodynamic properties of aircraft. Perhaps the 
single most valuable tool in that search is the wind 
tunnel. A wind tunnel is a closed space in which the 
model of a new airplane design is placed. A powerful 
fan at one end of the tunnel is then turned on, produc- 
ing a very strong wind across the surface on the air- 
plane model. In this respect, the wind tunnel matches 
the airplane-on-the-landing-strip example used above. 
The flow of air from the fan, across the model, and out 
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the back of the tunnel can be followed by placing small 
amounts of smoke into the wind produced by the fan. 
Engineers can visually observe the path of smoke as it 
flows over the plane, and they can take photographs to 
obtain permanent records of these effects. 


The wind tunnel was first suggested by the great 
Russian physicist Konstantin Tsiolkovsky. In 1897, 
Tsiolkovsky constructed the first wind tunnel in the 
town of Kaluga and investigated the effects of various 
aircraft bodies and wing designs on the flow of air over 
an aircraft. Today, wind tunnels of various sizes are in 
use, allowing the test of small models of airframes and 
wings as well as of full-size aircraft. 


Specialty airplanes 


Many people may think of the modern aircraft 
business as being dominated by military jet fighters 
and bombers, commercial jetliners and prop planes, 
and other similar large aircraft. But flying is a popular 
hobby among many people in the world today, and, as 
a result, a number of special kinds of aircraft have 
been developed for use by ordinary people. One exam- 
ple is the bicycle-drive ultralight plane. 
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One of the most successful examples of this air- 
craft design is known as Daedalus 88. Daedalus ’88 
was designed to be so light and so aerodynamically 
sound that it could be flown by means of a single 
person turning the pedals of a bicycle. The bicycle 
pedals in Daedalus ’88 are attached to a shaft that 
turns the aircraft’s propeller, providing the thrust 
needed to get the plane off the ground. The wings are 
more than 100 ft (31 m) wide and the boom connecting 
the propeller to the tail of the plane is 29 ft (9 m) long. 


Most of Daedalus ’88’s success is due to the use of 
the lightest possible materials in its construction: poly- 
ester for wing coverings, styrofoam and balsa wood 
for wing ribs, and aluminum and graphite epoxy resins 
for wing spars. The final aircraft weighs no more 
than 70 lb (32 kg). In the late 1980s, Daedalus’ 88 
was flown for a record-breaking 70 mi (110 km) at a 
speed of 18 mph (29 km/h) by Greek bicyclist Kanellos 
Kanellopoulos. 


Helicopters 


A helicopter has the capability of maneuvering in 
both horizontal and vertical directions and of hovering. 
It accomplishes these maneuvers by means of a single 
elaborate and rather remarkable propeller-like device 
mounted to its top. Although the device looks like an 
ordinary propeller, it is much more complicated. In 
fact, the device is more properly thought of as a pair 
of wings (rotor blades) that spin around a common 
center. By varying the pitch, position, and angle of 
attack of the rotor blades, the helicopter pilot can 
direct the thrust upward, downward, forward, back- 
ward, or at an angle. For example, if the pilot wants the 
aircraft to go upward, he or she increases the pitch in 
each blade of the rotor, increasing the upward lift that 
is generated. If the pilot wants to move the aircraft in a 
forward direction, the whole rotor shift can be tipped 
forward to change the lifting action to a forward thrust. 


Helicopters present some difficult design prob- 
lems for aeronautical engineers. One of the most seri- 
ous problems is that the spinning of the rotor causes— 
as Newton’s second law would predict—a reaction in 
the helicopter body itself. As the rotors spin in one 
direction, the aircraft has a tendency to spin in the 
opposite direction. A number of inventions have been 
developed to deal with this problem. Some helicopters 
have two sets of rotors, one turning in one direction, 
and the other in the opposite direction. A more com- 
mon approach is to add a second propeller on the rear 
tail of the helicopter, mounted either horizontally or 
vertically. Either design helps to stabilize the helicop- 
ter and to prevent it from spinning out of control. 
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Navigation 


Guiding the motion of aircraft through the skies is 
a serious problem for two reasons. First, commercial 
and military aircraft now fly in all kinds of weather, 
often under conditions that prevent them from seeing 
other aircraft, the ground, or the airports at which 
they are supposed to land. Second, there is so much 
traffic in the air at any one time in many parts of the 
world that precautions must be taken to prevent 
collisions. 


The crucial invention that made the control of air 
flight possible was the development of radar in the 
1930s by the Scottish physicist Sir Robert Watson- 
Watt. Radar is a system by which radio beams are 
sent out from some central location (such as an airport 
tower) in all directions. When those beams encounter 
an object in the sky—such as an aircraft—they bounce 
off that object and are reflected to the sending station. 
A controller at the sending station is able to “see” the 
location of all aircraft in the vicinity and, knowing 
this, can then direct their movements to make landings 
and takeoffs possible and to prevent in-air collisions of 
the aircraft. 


Today, every movement of almost every aircraft is 
constantly monitored using radar and radio signals. 
The moment a commercial airliner is ready to leave its 
gate for a flight, for example, the pilot notifies the 
control tower. One controller in the tower directs the 
airplane’s movement on the ground, telling it when to 
back away from the gate and what runway to use for 
departure. Once the airplane is airborne, the pilot 
switches to a new radio channel and receives instruc- 
tions from departure control. Departure control 
guides the aircraft’s movements through the busiest 
section of the air near the airport, a distance about 
30 mi (50 km) in radius. Finally, departure control 
“hands over” control of the airplane to a third system, 
one that guides the aircraft through various sections of 
the sky between its takeoff and landing points. As the 
plane approaches its final destination, the series of 
“hand offs” described above is reversed. 


By the passenger-mile—the average mile traveled 
by the average passenger—air travel is the safest form 
of transportation available. However, the nervousness 
experienced by some air travelers is not simply irra- 
tional. Studies have shown that on a per-trip basis, air 
travel is the second most dangerous form of transport 
after motorcycles. The average trip by air is longer 
than for other modes of transport, which allows the 
relative per-mile safety to be much higher than the 
relative per-trip safety. 
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KEY TERMS 


Dirigible—A lighter-than-airship capable of being 
piloted and controlled by mechanical means. 
Drag—A force of resistance caused by the move- 
ment of an aircraft through the air, such as the 
friction that develops between air and the aircraft 
body. 

Glider—A motorless aircraft that remains in the air 
by riding on rising currents of air. 


Helicopter—An aircraft with the capability of flying 
upward, downward, forward, backward, or in other 
directions. 


Jet engine—An engine that obtains its power from 
burning a fuel within the engine, creating a back- 
ward thrust of gases that simultaneously pushes the 
engine forward. 
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David E. Newton 


l Airship 


A technologically advanced cousin of the balloon, 
airships are streamlined vessels buoyed by gases 
and controlled by means of propellers, rudders, and 
pressurized air. Often referred to as blimps and 
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Lift—The upper force on the wings of an aircraft 
created by differences in air pressure on top of and 
underneath the wings. 

Pitch—The tendency of an aircraft to rotate in a forward 
or backward direction, tail-over-nose, or vice versa. 
Roll—The tendency of an aircraft to twist vertically 
around its body, the right wing sliding upward and 
the left wing downward, or vice versa. 

Thrust—The forward force on an aircraft provided 
by the aircraft’s power system. 

Wind tunnel—A closed space in which the move- 
ment of air flow over various types of aircraft bodies 
can be studied. 

Yaw—The tendency of an aircraft to rotate in a hor- 
izontal motion, with the left wing forward and the 
right wing backward, or vice versa. 


dirigibles, airships come in non-rigid, semi-rigid, and 
rigid types that rely on the buoyancy of lighter-than- 
air gases such as helium and hydrogen for lift. For 
several decades after the turn of the twentieth century, 
they were engaged commercially in the transport of 
passengers and cargo. For the last half-century they 
have been mostly relegated to advertising, but aero- 
space industry observers report that new, serious 
applications for the airship, both military and civilian, 
are nearing deployment in the early twenty-first 
century. 


Airships derive their lift from the buoyancy of gas 
bags rather than from forward motion forcing air over 
airfoil, as an airplane does. Airships use the internal 
combustion engines, like those type used in automo- 
biles, prop planes, and turboprop planes, to propel 
themselves through the air. The passenger and freight 
compartments are hung below the bag. Traditional 
pressure airships house the engine, propeller, and 
gear box on an outrigger that extends from the side 
of the car, while the modern British Skyship’s 500 and 
600 use inboard engines that turn long prop shafts 
which allow the propellers to be vectored outboard. 
The introduction of pivoted, or vectored, engines gave 
airships the ability to change the direction of thrust 
and afforded such amenities as near-vertical lift-off, 
thus reducing the need for long runways. Capable of 
airborne refueling, airships can remain aloft for weeks 
at a time, and can reach an average airspeed of 60 mph 
(96.5 km/h). 
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A 1929 photo of the Graf Zeppelin airship, which used lighter-than-air hydrogen gas. (The Library of Congress.) 


Non-rigid airships 


Mastery of the skies was a preoccupation of 
French inventors in the latter half of the eighteenth 
century. In 1783, Jacques and Joseph Montgolfier 
designed the first balloon used for manned flight, 
while concurrently, Jean-Baptiste-Marie Meusnier 
had thought to streamline the balloon and maneuver 
it by some mechanized means. While several airships 
of similar design met with limited success from 1852, 
Meusnier’s idea did not officially get off the ground 
until 1898. That year, the Brazilian aeronaut Alberto 
Santos-Dumont became the first pilot to accurately 
navigate a hydrogen-filled envelope and basket by 
means of a propeller mounted to a motorcycle engine. 


Because of their non-rigid structure, the first 
blimps, like the balloon, were prone to collapsing as 
the gas contracted during descent. To counter this, 
Santos-Dumont introduced the ballonet, an internal 
airbag that helps maintain the envelope’s structure 
and regulates pitch as well as lift, or buoyancy. 
Modern blimps continue to use ballonets positioned 
at the front and rear of the envelope, permitting the 
engineer to pump air into one or the other to change 
the pitch angle. For example, by increasing the 
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amount of air in the aft ballonet, the airship becomes 
tail heavy, thus raising the nose skyward. Steering is 
further achieved by controlling rudders affixed to one 
of several types of tail fin configurations, allowing for 
basic left, right, up, and down directions. The long 
standard cross-shaped fin is slowly being replaced by 
an X-shaped configuration. While the X is more com- 
plicated, requiring a combination of rudders to com- 
plete a maneuver, it provides better ground clearance. 


The car or gondola serves as the control center, 
passenger quarters, and cargo hold of the airship. The 
envelope and car are connected by a series of sus- 
pended cables attached to the envelope by different 
types of load-sharing surfaces. Many modern airships 
use a curtain structure glued or bonded along the 
length of the envelope which evenly distributes the 
weight of the car and engines. 


Rigid airships 
The German inventor, Count Ferdinand von 
Zeppelin took the guesswork out of airship aerody- 


namics by building a rigid structure of lightweight 
aluminum girders and rings that would hold the 
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The internal structure of an airship. (Hans & Cassidy. Courtesy of Gale Group.) 


vessel’s streamlined shape under varying atmospheric 
conditions. Unlike Dumont’s single-unit envelope, 
Zeppelin incorporated a number of drum-shaped gas- 
bags within compartments of the structure to maintain 
stabilization should one of the bags become punctured 
or deflate. The dirigible was then encapsulated by a 
fabric skin pulled tightly across its framework. 
Buoyancy was controlled by releasing water ballast 
to ascend or by slowly releasing the hydrogen gas 
through a venting system as the ship descended. 


Zeppelin was among the first airship designers to 
realize, in practice, the functionality of greater size in 
lighter-than-air vessels. As he increased the surface 
area of the envelope, the volume increased by a greater 
proportion. Thus, a larger volume afforded better lift 
to raise the aluminum hull and maximized the dirigi- 
ble’s cargo carrying capacity. Airships like the Graf 
Zeppelin, the Hindenburg, and their American coun- 
terparts, the Macon and the Akron, reached lengths of 
up to 800 ft (244 m) with volume capacities nearing 
seven million cubic feet. Hydrogen was, in part, 
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responsible for such engineering feats because it is 
the lightest gas known to man and it is inexpensive. 
Its major drawback, one that would virtually close the 
chapter on non-rigid airship aviation, was its flamma- 
bility. While passenger quarters, cargo, and fuel could 
be secured to or stored within the dirigible’s metal 
structure, its engines were housed independently and 
suspended to reduce the possibility of friction-caused 
ignition of the gas. 


Little did English writer Horace Walpole know 
how closely he had prophesied the future of airships 
when, upon the launch of the Montgolfier balloon, he 
wrote, “I hope these new mechanic meteors will prove 
only playthings for the learned or the idle, and not be 
converted into engines of destruction.” While zeppe- 
lins, as they had become known, were initially put into 
commercial service, successfully completing nearly 
1,600 flights in a four-year period, they were engaged 
in the service of Germany during World War I as giant 
bombers, raiding London itself in May of 1915. After 
the war, the rigid dirigible was employed as both a 
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trans-Atlantic luxury liner and airborne aircraft 
carrier, but eventually fell out of favor after the 
Hindenburg disaster in Lakehurst, New Jersey, on 
May 6, 1937. 


Semi-rigid airships 


An intermediate version of the rigid and non-rigid 
types, the envelope of the semi-rigid airship was fitted 
with a keel similar to that of a boat. The keel acted as a 
sort of metal spine which helped maintain the enve- 
lope’s shape and supported the gondola and engines. 
Interest in the semi-rigid airship was short-lived, 
though it met with some success. In 1926, the Italian 
pilot Umberto Nobile navigated the airship Norge 
across the North Pole, accompanied by the Norwegian 
explorer Roald Amundsen. 


The modern age of airships 


Helium succeeded hydrogen as the gas of choice 
for the following generation of airships and continues 
as such in the early twenty-first century. Though its 
lifting capacity is less than that of hydrogen, helium is 
considered a safe resource because it is inflammable. 
During the 1920s, the United States discovered an 
abundant source of the gas in its own backyard and 
reinstated the blimp as a surveillance mechanism dur- 
ing World War II, maintaining a fleet of some of the 
largest non-rigid airships ever built. “It was the 
American monopoly of helium that made possible 
this Indian Summer of the small airship—long after 
every other country had abandoned the whole con- 
cept,” wrote Patrick Abbott in his book Airship. 


By the 1950s, the Goodyear Tire and Rubber Co. 
had become involved in the production of airships as 
part of the Navy’s intended early warning defense 
system, and remained one of the largest manufacturers 
of blimps until the late 1980s. The Goodyear blimp is 
probably most noted as a high-flying billboard and 
mobile camera that has offered millions of television 
viewers a bird’s-eye view of sporting events for several 
decades. 


The early 1990s marked a resurgence in airships 
with the design of such models as the 222-ft (67.6-m) 
long Sentinel 1000. Built by Westinghouse Airships, 
Inc., its envelope is made of a lightweight, heavy-duty 
Dacron/Mylar/Tedlar composite that may eventually 
replace the traditional rubberized fabrics used by the 
Sentinel ’s predecessors. According to Aviation Week 
and Space Technology, the craft “has a 345,000-cu-ft. 
envelope and is powered by two modified Porsche 
automotive engines fitted with propellers that can be 
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KEY TERMS 


Ballonet—Air compartments capable of maintain- 
ing constant internal pressure within an airship’s 
envelope in response to outside air pressure and 
temperatures. Manual controls effect pitch, ascent, 
and descent. 


Blimp—Airship in which the structure is supported 
entirely by internal gas and air pressure. 
Dirigible—A lighter-than-airship capable of being 
piloted and controlled by mechanical means. 
Lift—An aerodynamic force acting upon an 
object’s upward motion in air. 


Vector—A quantity or term that can be expressed 
in terms of both magnitude (a number) and a 
direction. 


tilted through a range of plus 120 to minus 90 
degrees.” Its potential for transporting heavy pay- 
loads, its quietness, and relative stability, have 
brought the airship back to design rooms around the 
world. Based partly on its fuel efficiency and the fact 
that its shape and skin make it virtually invisible to 
other radar, the United States has plans to reintroduce 
the blimp as a radar platform for its Air Defense 
Initiative. French scientists have used the airship to 
navigate and study rainforests by treetop, while envi- 
ronmentalists have considered its usefulness as a 
means of monitoring coastal pollution. The future 
may see airships combined with helicopter rotor sys- 
tems and solar power, as well as the return of the rigid 
airship. Airships are also being carefully studied by 
NASA for use in exploring planets and moons in the 
solar system that have significant atmospheres. 
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| Albatross 


Albatrosses are large, long-lived seabirds in the 
family Diomedeidae, which contains about 24 species 
in four genera. They are found primarily in the oceans 
of the Southern Hemisphere. Albatrosses are superb 
fliers, and may be found far from land, soaring with 
their wings set in a characteristic bowed position. 
Together with petrels, shearwaters, and fulmars, alba- 
trosses are grouped in the order Procellariformes, 
which includes hook-billed sea birds commonly 
known as tubenoses. The extremely large nostrils on 
top of the bill lead to a pair of internal tubes, con- 
nected to a highly developed olfactory center in the 
brain. Thus, unlike most other birds, albatrosses pos- 
sess a keen sense of smell; some biologists think that 
albatrosses can locate other individuals, food, and 
breeding and nesting areas by smell alone. 


Flight and navigation 


Albatrosses in flight are soaring birds, “floating” 
on the air for extended periods without flapping their 
wings. They have the greatest wingspan of any bird; 
the wingspan of the wandering albatross (Diomedea 
exulans) may reach 12 ft (3.7 m). The slender wings of 
albatrosses have a large aspect ratio, that is, a high 
ratio of wing length to wing width. This characteristic 
minimizes drag (air resistance) during flight because 
the area at the tip of the wing is relatively small com- 
pared to the overall wing length. In addition, since 
albatrosses are large, relatively heavy birds, the 
amount of load on the wing is rather high. In fact, it 
is thought that albatrosses are close to the structural 
limits of wing design. In spite of this, albatrosses can 
soar extremely well, even in windless conditions, using 


GALE ENCYCLOPEDIA OF SCIENCE 4 


slight updrafts of air created by waves on the water 
surface. 


While albatrosses are remarkably graceful in the 
air, they are ungainly on land and on the surface of the 
water, to which they must descend to feed on fish and 
squid. To become airborne again, albatrosses must 
run into the wind across the surface of the water or 
land, until they can hoist themselves aloft. This 
ungraceful take-off, and their clumsy landings, are 
the reasons the Laysan albatross (D. immutabilis) of 
Midway Island was dubbed the “gooney bird” by 
servicemen during World War II. 


The navigational powers of albatrosses are impres- 
sive. They often spend many weeks at sea searching for 
food, well out of sight of land and obvious geograph- 
ical landmarks. Some 82% of Laysan albatrosses trans- 
ported experimentally to unfamiliar sites up to 4,740 mi 
(7,630 km) from their nesting site were able to find their 
way back. In contrast, only 67% of Leach’s storm- 
petrels (Oceanodroma leucorhoa) were able to navigate 
much shorter distances back to their home area—up to 
540 mi (870 km). 


Salt regulation 


Because albatrosses, and indeed all tubenoses, 
remain out at sea for days or weeks while foraging, 
these birds must be physiologically capable of drink- 
ing seawater without harm. The potentially serious 
problem of salt/fluid balance is resolved by means of 
specialized internal glands located at the base of the 
bill. These glands help regulate the bloodsalt content, 
which rises following ingestion of seawater, by pro- 
ducing a concentrated, salty fluid, which drips out of 
the tube on top of the bill. All tubenoses have the habit 
of sneezing and shaking their head frequently to clear 
this fluid. 


Courtship rituals 


Albatross courtship is unique among seabirds, 
both in its complexity and its duration. Males and 
females engage in a coordinated “dancing” display, 
in which the partners face one another and perform 
stereotyped and often synchronized behaviors such as 
bill “clappering” (in which the bill is quickly opened 
and closed repeatedly); “sky calling” (in which the bird 
lifts its bill to the sky, uttering a call like the “moo” ofa 
cow); and fanning the wings while prancing in place. 
These displays are performed in repeating cycles for up 
to an hour each, numerous times per day. This 
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Two waved albatrosses. (JLM Visuals.) 


behavior allows potential mates to evaluate each 
others’ suitability as long-term partners. 


Once formed, pair bonds in albatrosses appear to be 
life-long. After the initial courtship phase is over, the elab- 
orate courtship rituals are much reduced or abandoned 
altogether in subsequent years. Researchers believe that 
these displays function more in pair formation than in the 
maintenance of the pair bond. 


Albatrosses produce a single, helpless chick, 
which in most species requires a full year to leave the 
nest, longer than any other seabird. This is almost 
certainly because of the great effort required to collect 
food for the chick, who may be left alone for periods of 
30—40 days while the parents forage at sea, and even up 
to 80 days in the case of the wandering albatross. 


To compensate for their lengthy absences, adults 
feed their chicks a rich meal of oil, procured from their 
fishy diet. As a result, albatrosses have been called the 
“oil tankers” of the bird world: a stream of oil, pro- 
duced in the adult stomach, is delivered into the hun- 
gry chick’s bill. In this way the young birds are able to 
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develop a layer of fat to sustain them during long 
parental foraging trips. 


In many parts of the range, albatrosses are suffering 
extensive mortality through their interaction with fish- 
ing fleets. The most intense damage is associated with 
so-called by-catch mortality in long-lining, in which 
baited hooks are strung out for several kilometers 
behind fishing boats. Albatrosses are attracted to the 
bait on the long-lines, but become caught on the hooks 
and drown. Because albatrosses can live to a great age, 
take many years to mature, and raise relatively few 
young, their populations are highly vulnerable to this 
kind of excess, by-catch mortality. The most critically 
endangered species are the Amsterdam albatross 
(Diomedea amsterdamensis) and the Chatham albatross 
(Thalassarche eremite. However, at least six additional 
species are also in serious decline including the Tristan 
albatross (D. dabbenena), the northern royal albatross 
(D. sanfordi), the black-footed albatross (Phoebastria 
nigripes), the sooty albatross (P. fusca), the Indian 
yellow-nosed albatross (Thalassarche carteri), and the 
black-browed albatross (T. melanophrys). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Aspect ratio of a wing—The ratio of a wing’s length 
to its width; a higher value indicates less air resist- 
ance in flight. 


Courtship rituals—Stereotyped displays performed 
by male and female prior to forming a partnership 
for rearing offspring. 


Soaring—Sustained flight with wings extended 
without flapping, characteristic of albatrosses, 
hawks, vultures, and other birds. 


Tubenoses—A group of marine birds including 
albatrosses, shearwaters, petrels, and fulmars, char- 
acterized by paired nasal tubes and salt glands. 
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| Albedo 


Albedo means reflecting power and comes from 
the Latin word, albus, for white or whiteness. It is used 
to describe areas of the Earth (terrestrial albedo) or the 
overall brightness of reflective astronomical objects 
such as planets and moons (astronomical albedo). 
An object’s or area’s albedo is its ability to reflect a 
proportion of the electromagnetic radiation (including 
visible light) that falls upon it. High albedo equals high 
brightness or reflectivity; low albedo equals low 
brightness. A perfect mirror has an albedo of 100%; 
smooth, unoxidized surfaces of white metals like alu- 
minum or silver comes close to that figure. Some 
metals, like brass or copper, however, are colored, 
and do not reflect all visible light equally well. 


In astronomy and meteorology, albedo describes 
the proportion of sunlight reflected back into outer 
space. Without reflection all the planets and their 
satellites would be invisible to us since, unlike the 
Sun, they are not luminous (with some exceptions, 
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such as Jupiter, which radiates more heat from its 
interior than it absorbs from the Sun). An object 
with zero albedo would be perfectly black and there- 
fore perfectly undetectable, except when it passed in 
front of a radiation source and blocked it temporarily. 


The albedo of Earth is around 30-35%. It is 
higher over snow-covered surfaces or where there is a 
cloud cover, and lower over clear oceans or land. After 
30-35% of the sunlight is reflected back to space, the 
remaining 65-70% is first absorbed by Earth and its 
atmosphere and is re-emitted at the much longer wave- 
lengths corresponding to the average temperature of 
our planet, 60°F (15.5°C). This re-emitted radiation is 
in the infrared part of the spectrum, and while we feel 
it as heat, it is not visible. Earth is known as the blue 
planet because the albedo reflects the particular wave- 
length that lies in the blue area of the spectrum. Mars, 
on the other hand, appears reddish to us, probably 
because its surface formations contain a large propor- 
tion of iron oxide, which reflects red light. 


The albedo plays a crucial role in determining 
Earth’s climate, as the average temperature at its sur- 
face is closely tied to the 65-70% of absorbed sunlight 
or solar energy. The light which is directly reflected 
back does not contribute to the warming of our planet. 
If, therefore, the albedo were to increase, the temper- 
ature at the Earth’s surface would drop. If the albedo 
were to decrease, temperature would rise. 


A moon of Saturn, Enceladus, has the highest 
albedo of any body in the Solar System: approxi- 
mately 99%. Its surface is nearly pure water ice. 
Some asteroids have albedos as low as .05% 


See also Weather. 


I Albinism 


Albinism is a recessive inherited defect in melanin 
metabolism in which pigment is absent from hair, skin, 
and eyes (oculocutaneous albinism) or just from the 
eyes (ocular albinism). Melanin is a dark biological 
pigment that is formed as an end product of the 
metabolism of the amino acid tyrosine. When human 
skin is exposed to sunlight it gradually darkens or tans 
due to an increase in melanin. Tanning helps protect 
the underlying skin layers from the sun’s harmful 
ultraviolet rays. 


The most common examples of albinism are the 
white rats, rabbits, and mice found at pet stores. The 
characteristic white coats and pink eyes of these albino 
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Albinism 


An albino tiger cub and his sibling. (© Tom Brakefield/Corbis.) 


animals contrast dramatically with the brown or gray 
fur and dark eyes of genetically normal rats, rabbits, 
and mice. Domestic white chickens, geese, and horses 
are partial albinos. They retain pigment in their eyes, 
legs, and feet. 


In the past, albinos were often regarded with 
fear or awe. Sometimes they were killed at birth, 
although albino births were common enough in 
some groups not to cause any excitement. For exam- 
ple, among the San Blas Indians of Panama, one in 
approximately 130 births is an albino. In the mid- 
nineteenth century, albinos were exhibited in carnival 
sideshows. Whole families were displayed at times 
and were described as a unique race of night people. 
They were said to live underground and to come out 
only at night when the light was dim and would not 
hurt their eyes. 


Albinism is inherent in all races of humans 
around the world but is most frequently found 
among some Native American tribes in the south- 
western portion of the United States. With proper 
medical attention, such as what is found in the 
United States, people with this condition can expect 
to live a normal lifespan. Albinism is also rare in the 
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world. One person in 17,000 has some type of albin- 
ism in the United States and Europe. Rates are higher 
in other parts of the world. Researchers have cur- 
rently identified 10 different types of oculocutaneous 
albinism and five types of ocular albinism based on 
clinical appearance. Humans who have oculocutane- 
ous albinism are unable to produce melanin; they 
have white, yellow, or yellow-brown hair, very light 
eyes (usually blue or grayish rather than pink), and 
very fair skin. The irises of their eyes may appear 
violet or pinkish because they have very little pigment 
and allow light to reflect back from the reddish retina 
in the back of the eye. People with albinism may also 
suffer from a variety optical disorders such as near- or 
far-sightedness, nystagmus (rapid irregular move- 
ment of the eyes back and forth), or strabismus 
(muscle imbalance of the eyes causing crossed eyes 
or lazy eye). They are very sensitive to bright light and 
sunburn easily. They must take great care to remain 
covered, wear a hat, and apply sunscreen anytime 
they are outdoors, since their skin is highly suscepti- 
ble to precancerous and cancerous growths. People 
with albinism often wear sunglasses or tinted lenses 
even indoors to reduce light intensity to a more bear- 
able level. 
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In ocular albinism only the eyes lack melanin pig- 
ment, while the skin and hair show normal or near- 
normal color. People with this condition have a variety 
of eye disorders because the lack of pigment impairs 
normal eye development. They are extremely sensitive 
to bright light and especially to sunlight (photopho- 
bia). Treatment of ocular albinism includes the use of 
visual aids and sometimes surgery for strabismus. 


Albinism occurs when melanocytes (melanin-pro- 
ducing cells) fail to produce melanin. This absence of 
melanin production happens primarily in two ways. In 
tyrosinase-negative albinism (the most common 
form), the enzyme tyrosinase is missing from the mel- 
anocytes. Tyrosinase is a catalyst in the conversion of 
tyrosine to melanin. When the enzyme is missing, no 
melanin is produced. In tyrosinase-positive albinism, a 
defect in the body’s tyrosine transport system impairs 
melanin production. One in every 34,000 persons in 
the United States has tyrosinase-negative albinism. It 
is equally common among blacks and whites, while 
more blacks than whites are affected by tyrosinase- 
positive albinism. Native Americans have a high inci- 
dence to both forms of albinism. 


Albinism cannot be cured, but people with this 
condition can expect to live a normal life span. 
Protection of the skin and eyes from sunlight is of 
primary importance for individuals with albinism. 
The gene carrying the defect that produces albinism 
is recessive, so both parents must carry this recessive 
gene in order to produce a child with the condition. 
When both parents carry the gene (and neither has 
albinism), there is a one in four chance with each 
pregnancy that their child will have albinism. The 
inheritance pattern of ocular albinism is somewhat 
different. This condition is X-linked, meaning that 
the recessive gene for ocular albinism is located on 
the X chromosome. X-linked ocular albinism appears 
almost exclusively in males who inherit the condition 
from their mothers. Recently, a blood test has been 
developed to identify carriers of the gene that causes 
tyrosinase-negative albinism, and a similar test can 
identify this condition in the fetus by amniocentesis. 


Vitiglio is another pigmentation disorder that 
resembles partial albinism. In this condition, the skin 
exhibits stark white patches resulting from the destruc- 
tion or absence of melanocytes. About 1% of the U.S. 
population has this disorder and it primarily affects 
people between the ages of 10 and 30 years. Unlike 
albinism, the specific cause of vitiglio is not known, 
although there seems to be a hereditary component, 
since about 30% of those who have vitiglio have fam- 
ily members with the condition. A link also exists 
between vitiglio and several other disorders with 
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KEY TERMS 


Catalyst—Any agent that accelerates a chemical 
reaction without entering the reaction or being 
changed by it. 

Melanin—A dark biological pigment found in the 
hair, skin, and eyes. Melanin absorbs harmful ultra- 
violet rays and is an important screen against the 
Sun. 


Melanocyte—A melanin-producing cell. 


Tyrosinase—An enzyme that catalyzes the conver- 
sion of tyrosine to melanin. 


Tyrosine—An amino acid that is a precursor of 
thyroid hormones and melanin. 


which it is often associated, including thyroid dysfunc- 
tion, Addison’s disease, and diabetes. Chemicals such 
as phenols may also cause vitiglio. 


People with albinism may experience social and 
psychological problems because of a lack of under- 
standing and prejudice based on appearance on the 
part of others. Such attitudes toward albinism are 
similar to those attitudes shown toward minority 
groups and disabled people. The small number of 
people inflicted with albinism has led to much isola- 
tion within the group. Often times, professional help in 
the form of therapists or counselors who are well 
versed in albinism can assist a person dealing with 
the condition. Better and more widespread under- 
standing about albinism will eliminate some of the 
problems that people with albinism must deal with 
on a daily basis. 
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Larry Blaser 


I Alchemy 


Alchemy was a system of thinking about nature 
that preceded and contributed to the development of 
the modern science of chemistry. It was popular in 
ancient China, Persia, and western Europe throughout 
antiquity and the Middle Ages. A combination of 
philosophy, metallurgical arts, and magic, alchemy 
was based on a world view postulating an integral 
correspondence between the microcosm and the mac- 
rocosm—the smallest and largest parts of the universe. 
Its objectives were to find ways of accelerating the 
rates at which metals were thought to “grow” within 
the earth in their development toward perfection 
(gold) and of accomplishing a similar perfection in 
humans by achieving eternal life. 


Origin 

While it is not known when alchemy originated, 
historians agree that alchemistic ideas and practices 
flourished in the ancient world within several cultural 
traditions, as evidenced by manuscripts dating from 
the early centuries of the Christian era. The term 
“alchemy” has remained mysterious; scholars have 
identified “al” as an Arabic article, and proposed 
various etymologies for the word “chem,” but a clear 
explanation of the term is still lacking. 


Alchemy in China 


Alchemical practices, namely, attempts to attain 
immortality, are believed to have arisen in China in the 
fourth century BC in conjunction with spread of 
Taoism, a mystical spiritualist doctrine which emerged 
in reaction to the practical spirit of Confucianism, the 
dominant philosophy of the period. The main empha- 
sis in Chinese alchemy, it seems, was not on trans- 
mutation—the changing of one metal into another— 
but on the search for human immortality. In their 
search for an elixir of immortality, court alchemists 
experimented with mercury, sulfur, and arsenic, often 
creating venomous potions; several emperors died 
after drinking them. Such spectacular failures eventu- 
ally led to the disappearance of alchemy in China. 
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Arabic alchemy 


Alchemy flourished in the Islamic Arab caliphate 
of Baghdad in the eighth and ninth centuries, when 
court scientists, encouraged by their rulers, began 
studying and translating Syriac manuscripts of Greek 
philosophical and scientific works. The greatest repre- 
sentative of Arabic alchemy was ar-Razi (or Rhazes; 
c. 864-c.930), who worked in Baghdad. In their quest 
for gold, Arabic alchemists diligently studied and 
classified chemical elements and chemicals. Ar-Razi 
speculated about the possibility of using “strong 
waters,” which were in reality corrosive salt solutions, 
as the critical ingredient for the creation of gold. 
Experimentation with salt solutions led to the discov- 
ery of mineral acids, but scholars are not sure if Islamic 
alchemy should be credited with this discovery. 


Alchemy in the Western world 


The history of Western alchemy probably begins 
in the Egyptian city of Alexandria, a great center of 
Greek learning during the Hellenistic period, a time of 
Greek cultural expansion and dominance following 
Alexander the Great’s military conquests. Among 
the most prominent Alexandrian alchemists was 
Zosimos of Panopolis, Egypt, who may have lived in 
the third or fourth century AD 


In accordance with older traditions, Zosimos 
believed that a magical ingredient was needed for the 
creation of gold. Greek alchemists called this ingre- 
dient xerion, which is Greek for powder. Through 
Arabic, this word came into Latin and modern 
European languages as elixir, and later became 
known as the elusive “philosopher’s stone.” 


After the fall of the Western Roman Empire in the 
fifth century, Greek science and philosophy, as well as 
alchemy, sank into oblivion. In was not until the elev- 
enth century that scholars rediscovered Greek learning, 
translating Syriac and Arabic manuscripts of Greek 
scientific and philosophical works into Latin, the uni- 
versal language of educated Europeans. The pioneers 
of medieval science, such as Roger Bacon (c. 1220- 
1292), viewed alchemy as a worthwhile intellectual pur- 
suit, and alchemy continued to exert a powerful influ- 
ence on intellectual life throughout the Middle Ages. 
However, as in ancient China, alchemists’ failure to 
produce gold eventually provoked skepticism and led 
to the decline of alchemy. In the sixteenth century, 
however, alchemists, frustrated by their fruitless quest 
for gold, turned to more practical matters, such as the 
use of alchemy to create medicines. 


The greatest representative of this practical 
alchemy, which provided the basis for the development 
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KEY TERMS 


Elixir—In alchemy, a substance supposed to have 
the power to change base metals into gold or to 
bring about human immortality. 


Macrocosm—The whole extent of the universe. 


Microcosm—A small part of the whole universe, 
as, for example, an individual human life. 


Philosopher’s stone—A material thought by 
alchemists to have the power to bring about the 
transmutation of metals. 


Transmutation—The conversion of one substance 
into another, as in the conversion of lead or iron 
into gold. 


of chemistry as a science, was the German physician 
and alchemist Bombast von Hohenheim (known as 
Paracelsus; 1493-1541), who successfully used chem- 
icals in medicine. Although a follower of magic, astrol- 
ogy, and alchemy, Paracelsus was also an empirical 
scientist who significantly contributed to the develop- 
ment of medicine. 


Although eclipsed by the development of empiri- 
cal science, alchemy continued as a spiritual counter- 
part to modern science, which is viewed by some 
thinkers as too narrow in scope. While alchemy is 
often defined as “unscientific,” great scientists, includ- 
ing Isaac Newton (1643-1727), took it seriously 
enough to conduct alchemical experiments. In addi- 
tion, alchemy is credited with laying the foundation of 
chemistry. Not only did alchemists systematize and 
classify the knowledge of elements and chemicals, they 
also made a number of important discoveries, includ- 
ing sal ammoniac, saltpeter, alcohol, and mineral 
acids. They also developed a number of laboratory 
techniques, including distillation and crystallization. 
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| Alcohol 


Alcohol is any carbon-hydrogen compound with 
at least one hydroxyl group (symbolized as —OH) in 
its molecular structure. Categorized by the number 
and placement of the —OH groups, and the size and 
shape of the attached carbon molecule, alcohols are 
fundamental to organic chemical synthesis. The chem- 
ical industry produces and uses many different kinds 
of alcohols. 


History 


Techniques for producing beer and wine, the first 
alcoholic beverages, were developed millennia ago by 
various Middle Eastern and Far Eastern cultures. 
Even the word alcohol is of Arabic derivation. 
Ancient Egyptian papyrus scrolls gave directions for 
making beer from dates and other plant foods. These 
beverages contained ethyl alcohol, since pure alcohol 
could not be made at that time; it was always mixed 
with the water, flavorings, and plant residue from the 
original fermentation. Almost all ethanol produced 
was used for drinking. 


Fermentation, the oldest kind of alcohol produc- 
tion and possibly the oldest chemical technology in the 
world, is the action of yeast on sugars in solution. 
When fruits, vegetables, honey, molasses, or grains 
such as barley are mashed up in water, the yeast’s 
metabolism of the sugars produces ethanol as a 
byproduct. Wood and starches can also be fermented, 
although their complex molecules must be broken 
down somewhat first. They always give small amounts 
of other larger alcohols (collectively called fusel oil) in 
addition to ethanol. 


The process of distillation was discovered some- 
time after the first century AD. Purer ethanol distilled 
from crude fermentation mixtures was then available 
for consumption, medicinal, and chemical uses. In 
1923 the first industrial process for generating meth- 
anol was developed; since then many different alco- 
hols have been made by direct chemical synthesis (the 
production of complex chemical compounds from 
simpler ones). 


Names, properties, and uses 


The formal name of an alcohol tells the number of 
hydroxyl (—OH) groups and the number of carbon 
atoms in the molecule, the names of any other atoms, 
and the attachment of the atoms in the molecule. Most 
simple alcohols end with the —o/ suffix, added to the 
name of the molecule that had the same number of 
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Alcohol 


The molecular structures of some alcohols: 


PROPYLALCOHOL 
(PROPANOL) 


ISOPROPYLALCOHOL 
(ISOPROPANOL) 


ETHYLENE GLYCOL 


GLYCEROL 


Figure 1. (/llustration by Hans & Cassidy. Courtesy of Gale Group.) 


carbon atoms, but with a hydrogen atom in place of 
the hydroxyl group. Methanol, for example, has one 
carbon atom (like methane) and one hydroxyl group. 
Ethanol has two carbon atoms (like ethane) and one 
hydroxyl group. Two isomers of propanol exist 
(1-propanol and 2-propanol) because the hydroxyl 
group can be attached either at the end or in the middle 
of the three-carbon atom chain. Rubbing alcohol (also 
called isopropanol or isopropyl alcohol) contains 
mostly 2-propanol. 


As the number of carbon atoms increases, the 
alcohol’s solubility in water decreases. But as the num- 
ber of hydroxyl groups grows, the solubility increases, 
as does its boiling point. Alcohols with two hydroxyl 
groups on adjacent carbon atoms are called glycols or 
diols. Ethylene glycol’s properties of high water solu- 
bility, high boiling point, and low freezing point make 
it a good antifreeze for cars. These characteristics are 
due to the hydrogen bonding making the glycol 
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associate firmly with water. Alcohols with more than 
three hydroxyl groups are called polyols. The sweet- 
ener sorbitol, often found in packaged baked goods 
and sugar-free gum, is a polyol with six carbon atoms 
and six hydroxyl groups in its molecules. 


Most alcohols burn in air, a quality that makes 
ethanol a fuel additive. Methanol can sometimes be 
used as a fuel, though it evaporates too quickly for 
regular use in cars. Isopropyl alcohol is widely used in 
industry as a paint solvent and in chemical processes. 
In addition to its presence in alcoholic beverages, 
ethanol also is used as a solvent for food extracts 
such as vanilla, perfumes, and some types of paints 
and lacquers. Some alcohols can be ingested, although 
methanol is extremely toxic, and even ethanol is poi- 
sonous in large quantities. Glycerol, an alcohol with 
three carbon atoms and three hydroxyl groups in its 
molecules, has very low toxicity. It also possesses good 
moisturizing properties; about 50% of the amount 
produced goes into foods and cosmetics. 


Almost any organic chemical can form with the 
smaller alcohols, so both methanol and ethanol are in 
the top 50 industrial chemicals in the United States. 
Methanol is particularly important in the synthesis of 
organic chemicals such as formaldehyde (used to make 
various polymers), methyl-tert-butyl ether (the octane 
enhancer that replaced lead in gasoline), acetic acid, 
and synthetic gasoline, though this use has not yet 
become common. 


Production 


Alcohols are produced industrially from petro- 
leum, coal, or other natural products. The “cracking” 
of crude petroleum yields many lower-molecule- 
weight chemical compounds, including some starting 
materials for alcohols such as ethylene and propylene. 
Ethylene reacts with hot steam over a catalyst to yield 
ethanol directly. A process known as hydration pro- 
duces isopropyl alcohol when water is chemically 
added to propylene. 


When “gasified,” (heated to a high temperature 
with very little oxygen) coal and other carbon-based 
compounds yield a mixture of hydrogen gas and car- 
bon monoxide called synthesis gas, an important start- 
ing material for a variety of low- or high-molecular- 
weight alcohols. Methanol is now made almost 
entirely from synthesis gas. Before direct chemical 
synthesis was available, methanol was produced by 
the destructive distillation of wood (hence its older 
name, wood alcohol). Wood heated to a high temper- 
ature without air does not burn in the regular sense 
but decomposes into a large number of different 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Alcohol—Any of the large number of molecules 
containing a hydroxyl (~OH) group bonded to a 
carbon atom to which only other carbon atoms or 
hydrogen atoms are bonded. 


Azeotrope—A liquid mixture of substances that dis- 
till together at the same boiling temperature, instead 
of separately. 


Destructive distillation—An antiquated process for 
obtaining small amounts of alcohols, particularly 
methanol, from wood. The wood, heated to a high 
temperature in the absence of air, gradually decom- 
poses into a large number of chemicals. 


Distillation—Collecting and condensing the vapor 
from a boiling solution. Each distinct volatile chem- 
ical compound boils off individually at a specific 
temperature, so distillation is a way of purifying the 
volatile compounds in a mixture. 


Ester—A molecule with a carbon both bonded to an 
ether linkage (carbon-oxygen-carbon), and double 
bonded to an oxygen. 


chemicals, of which methanol and some other alcohols 
are a small fraction. 


Distilling the ethanol from fermentation products 
gives a mixture of 95% ethanol and 5% water, result- 
ing in an azeotrope: a liquid composed of two chem- 
icals that distill together instead of separating at their 
different boiling temperatures. Most industrial etha- 
nol is 95% alcohol unless there is specific need for very 
dry ethanol. 


Reactions 


The plastics industry is a major consumer of all 
types of alcohols, because they are intermediates in a 
large variety of polymer syntheses. The hydroxyl 
group makes the alcohol molecule relatively reactive 
and thus useful in synthesis. Important esters made 
from ethanol include the insecticide malathion, the 
fragrance compound ethyl cinnamate, and the poly- 
mer building blocks ethyl acrylate and ethyl methacry- 
late. Esters made from methanol include methyl 
salicylate (oil of wintergreen), the perfume ingredients 
methyl paraben and methyl benzoate, and the polymer 
starting material methyl acrylate. High-molecule- 
weight alcohols converted into esters are widely used 
in the polymer industry as plasticizers, and very high- 
molecule-weight alcohols with 12-18 carbon atoms are 
used to make biodegradable surfactants (detergents). 
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Fermentation—The action of yeast metabolism on 
sugar solutions, which produces ethanol and carbon 
dioxide. 


Glycol—An_ alcohol with two hydroxyl groups 
bonded to adjacent carbons in the molecule. Also 
called a diol. 


Hydroxyl group—The —OH group attached to a 
carbon atom in a molecule. If the carbon atom itself 
is attached to only other carbon atoms or hydrogen 
atoms, the molecule is an alcohol. 


Polyol—An _ alcohol with many hydroxyl groups 
bonded to the carbon atom backbone of the 
molecule. 


Synthesis gas—A mixture of carbon monoxide and 
hydrogen gases, obtainable both from coal and nat- 
ural gas, and used widely for the synthesis of alco- 
hols and other organic compounds in the chemical 
industry. 


Alcohols can also be oxidized. If the hydroxyl 
group is at the end of a carbon atom chain, an oxida- 
tion reaction produces either a carboxylic acid or an 
aldehyde. If the hydroxyl group is in the middle of a 
straight carbon atom chain, it produces a ketone. An 
alcohol whose hydroxyl group is attached to a carbon 
atom that also has three other carbon branches 
attached to it cannot be oxidized. 


Alcohols can also be dehydrated to form double 
bonds in hydrocarbons. Adding acid to the alcohol 
removes not only the hydroxyl group, but a hydrogen 
atom from an adjacent carbon atom as well. The 
reaction is called a dehydration, because H-O—H 
(water) is removed from the molecule and a double 
bond forms between the two carbon atoms. 
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| Alcoholism 


Alcoholism is a serious, chronic, and potentially 
fatal condition manifested by a person’s powerful 
addiction to alcoholic beverages. While experts have 
linked alcoholism to physiological (possibly heredi- 
tary), psychological, socioeconomic, ethnic, cultural, 
and other factors, there is no clear explanation of its 
genesis. Alcoholism can occur all through life and is 
not dependent on gender, race, or economic circum- 
stances. The popular stereotype of the alcoholic as a 
down-and-out person is misleading: alcoholics can be 
sufficiently functional to maintain a successful profes- 
sional career. While the abuse of alcoholic beverages 
has been known for millenia, the term alcoholism was 
coined in the nineteenth century by the Swedish physi- 
cian Magnus Huss. 


The psychology of alcoholism 


It is commonly held that an alcoholic drinks in 
order to attain a euphoric state of mind. While true for 
some alcoholics, this physical dependence is not the 
sole trigger of alcoholism. Some people drink exces- 
sively as an escape from psychological pain. For the 
latter, conselling and resolution of the phsychological 
torments can relieve the need to blunt the pain of 
everyday life through alcohol overuse. 


The physiology of alcoholism 


Some adults can drink alcohol-containing bever- 
ages in moderate amounts without experiencing sig- 
nificant side effects. There is evidence that having a 
glass of wine each day may be beneficial for the heart 
and digestive process. 


Alcohol is a potent source of energy and calories. 
The ready availability of calories in alcohol gives an 
individual—alcoholic or nonalcoholic—a jolt of 
energy. These are, however, called empty calories, 
because alcohol contains no nourishment—vitamins, 
minerals, or other substances that the body needs. 
Some of the symptoms of alcoholism are the result of 
this phenomenon. The alcoholic can obtain the calo- 
ries he needs from alcohol, but alcohol does not con- 
tain the nourishment his body needs to maintain such 
functions as the repair or replacement of cells. 


Normally when alcohol enters the body it is rapidly 
absorbed from the stomach and distributed to all parts 
of the body in the blood. The alcohol is detoxified or 
broken down by first being changed into acetaldehyde 
when it flows through the liver. Acetaldehyde is a 
chemical that can cause painful reactions in the body. 
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A second reaction in the liver alters acetaldehyde to 
form acetate, which is then changed into sugar. The 
liver of the alcoholic, however, is abnormally slow at 
the second-stage reaction. 


The conversion of acetaldehyde into acetate in the 
livers of some alcoholics can occur at about half the 
speed that it does in the livers of nonalcoholics. This 
permits acetaldehyde to accumulate, producing symp- 
toms such as staggering gait, uncontrollably shaking 
hands, blinding headaches, and even hallucinations. 
The symptoms exhibited by some alcoholics when they 
begin to enter sobriety are collectively called delirium 
tremens or DTs. These symptoms can include halluci- 
nations, illusions, trembling, and sweating. 


The stages of alcoholism 


While individuals differ in their increasing depend- 
ence on alcohol, research conducted over decades has 
substatiated that many alcoholics progress through 
three stages of increasing deterioration if they continue 
to drink. 


In the early (adaptive) stage, alcoholism is difficult 
to diagnose. The alcoholic may drink heavily and 
remain functional. He does not experience any with- 
drawal symptoms other than the standard hangover 
following excessive drinking. The cells of the body 
adapt to large quantities of alcohol and still function. 
The alcohol provides a ready source of energy for cell 
functions and the cells become adept at using it. Even at 
this stage, however, alcohol can begin to attack cell 
structures, erode cell membranes, alter cellular chemical 
balances, and otherwise upset the body’s physiology. 


No definite signpost marks the border between 
the early stage and middle stage of alcoholism, and 
the change may take years. Eventually, however, the 
alcoholic drinks to effect a cure, not to attain euphoria 
or efficiency in functioning. Deterioration of the cells 
of the body’s organs and systems by steady infusion of 
alcohol begins to exert itself. At this stage some alco- 
holics experience withdrawal symptoms that bring on 
physical and psychological pain that persists until it is 
eased by taking in more alcohol. These withdrawal 
symptoms soon worsen and require increased 
amounts of alcohol to erase them. The alcoholic will 
experience severe headaches, trembling, chills, and 
nausea when his blood alcohol level begins to ebb. 


Even if these indicators are absent, those who 
have become habitual drinkers will display changed 
behavior, which can include lying about their prob- 
lem, increased absences from work or school, conceal- 
ing alcohol so as to ensure a ready access to a drink, 
and laspse in personal hygiene. 
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Full-blown DTs can eventually follow for some as 
cellular metabolism becomes more and more depend- 
ent upon alcohol. These symptoms are not benign, but 
signify a deep-seated stress on the body, especially the 
nervous system, and require immediate medical atten- 
tion. The trauma of DTs may bring about a heart 
attack, stroke, or respiratory failure. Up to 25% of 
alcoholics experiencing DTs may die if not treated. At 
this stage, the alcoholic’s body will not easily or com- 
fortably tolerate a state of low blood alcohol. 


In alcoholics who have progressed to a constant 
state of drunkenness, the body’s ability to process 
alcohol lessens because of widespread organ damage, 
especially in the liver and nervous system. About 10% 
of such alcoholics die as a result of late-stage organ 
damage such as cirrhosis. The liver simply cannot 
perform its functions, and the blood has a steadily 
increasing level of toxins. Perhaps a third of those in 
the late stages of alcoholism die from accidents such as 
falling down stairs or drowning, or by committing 
suicide. The physiological damage is widespread: the 
heart, pancreas, digestive system, and respiratory sys- 
tem all have characteristic changes in the late-stage 
alcoholic. The liver, however, suffers the most exten- 
sive damage. 


Genetics of alcoholism 


There is strong evidence that alcoholism runs in 
families. Most research studies in this area have dem- 
onstrated that about one fourth of the sons of alco- 
holics become alcoholics themselves. Daughters of 
alcoholics develop this disease about 5% of the time. 
While the estimates for the rate of alcoholism vary 
greatly for the general population, these rates are usu- 
ally higher. In fact, the most consistent risk factor for 
developing alcoholism is a strong family history. 
Despite this data that shows a familial relationship 
for alcoholism, it could be learned behavior. 


Evidence from adoption studies supports a 
genetic basis for alcoholism The use of adoptees is a 
common method to attempt to separate the effects of 
the environment from genetics. The rationale behind 
this method is that if biological children of alcoholic 
parents develop the disease at a greater rate than the 
general population when they reside with parents who 
do not have the disease there must be a strong genetic 
component to the disease. Most studies in this area 
have concluded that despite residing with adoptive, 
nonalcoholic parents, children who had alcoholic bio- 
logical parents were at high risk for alcoholism. These 
rates reported were similar to that of children who 
grew up in the homes of their alcoholic biological 
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parents. These studies strongly suggest a hereditary 
basis for alcoholism. This contention is further sup- 
ported by twin studies which show that a second iden- 
tical twin is much more likely to develop the disease if 
the first one developed it. Because identical twins have 
the same genetic instructions, this finding is consistent 
with the contention of a genetic component to 
alcoholism. 


Genetically engineered mice that had lacked a 
specific dopamine receptor gene in the brain were 
less likely to prefer alcohol and have a sensitivity to 
it than siblings that had the receptor. The results indi- 
cated that taking away the receptor decreased alcohol 
consumption by 50%. This may indicate that muta- 
tions of these receptors in the brain contributes 
to alcoholism in humans; if so, alcoholism might be 
someday treatable through replacement of the mutated 
gene. 


It is likely that alcoholism results from a combi- 
nation of both genetic and environmental factors. In 
fact, most researchers working in this area believe that 
it is unlikely that science will determine the alcoholism 
gene. Rather, it is likely that the interaction of multiple 
genes contributes to the development of alcoholism. It 
should also be noted that those individuals with this 
array of genes are not predetermined to be alcoholics. 
While there is tremendous evidence that genes can 
exert influence over behavior, there is little support 
for the contention that they cause it. Thus, environ- 
ment still plays a vital role in the development of this 
disease. 


Determination & Treatment 


Determining whether a person is drinking uncon- 
trollably is possible using a number of questionnaire 
designs. Depending on the answers to several questions, 
an alcohol dependency can be indicated. One screen, the 
Alcohol Use Disorders Identification test (AUDIT), 
developed by the World Health Organization, has 
been validated in anumber of countries around the 
world. 


Because longer-term alcohol abuse produces 
physiological changes, examination of the blood and 
urine can detect the presence of elevated levels of 
certain enzymes that is indicative of damage to organs 
such as the kidney and liver. 


There is no cure for alcoholism. Treatment con- 
sists of bringing the alcoholic to a realization of his 
condition and the need to avoid alcohol. It is often 
unsuccessful, and many alcoholics relapse into their 
drinking habits even after a period of abstinence. 
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KEY TERMS 


Detoxification—The process of removing a poison 
or toxin from the body. The liver is the primary 
organ of detoxification in the body. 


Metabolism—The physical and chemical proc- 
esses that produce and maintain a living organism, 
including the breakdown of substances to provide 
energy for the organism. 


Physiology—Study of the function of the organs or 
the body. 


Programs such as Alcoholics Anonymous can help 
many alcoholics, especially in the fragile first few 
months of sobriety. Support from similarly-afflicted 
comrades can provide the resolve to continue recovery. 
For others, AA’s emphasis on the salvation of religion 
and a person’s powerlessness over alcohol does not ring 
true. Other recovery options may be sought. 


A sober alcoholic has about a 50-50 chance of 
success. Some people may be sober for years before 
returning to excessive drinking. One example is come- 
dian and movie star Robin Williams who began drink- 
ing again in late 2005 after a 20-year period of 
abstinence. While many alcoholics return to drinking 
in the face of everyday stress, many others maintain a 
life-long sobreity, frequently finding greater peace of 
mind in their recovery than they possessed even before 
their drinking became excessive. 


See also Fetal alcohol syndrome. 
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! Aldehydes 


Aldehydes are a class of highly reactive organic 
chemical compounds that contain a carbonyl group 
(in which a carbon atom is double bound to an oxygen 
atom) and at least one hydrogen atom bound to the 
alpha carbon (the central carbon atom in the carbonyl 
group). Aldehydes are similar to ketones, which also 
contain a carbonyl group. In the aldehydes, however, 
the carbonyl group is attached to the end of a chain of 
carbon atoms, which is not the case with the ketones. 


The word aldehyde is a combination of parts of the 
words al cohol and dehyd rogenated, because the first 
aldehyde was prepared by removing two hydrogen 
atoms (dehydrogenation) from ethanol. Molecules 
that contain an aldehyde group can be converted to 
alcohols by adding two hydrogen atoms to the central 
carbon oxygen double bond (reduction). Organic acids 
are the result of the introduction of one oxygen atom to 
the carbonyl group (oxidation). Aldehydes are very 
easy to detect by smell. Some are very fragrant, and 
others have an odor resembling that of rotten fruit. 


Principal aldehydes 


Formaldehyde, the simplest aldehyde, was discov- 
ered in Russia by A. M. Butlerov in 1859. A gas in its 
pure state, it has a central carbon atom in the carbonyl 
group bound to two hydrogen atoms and a chemical 
formula of H2C = O. It is either mixed with water and 
methanol and sold as Formalin, or turned into a solid 
polymer called paraformaldehyde. 


The rather small formaldehyde molecule is very 
reactive and has applications in the manufacture of 
many organic chemicals such as dyes and medical 
drugs. It’s also a good insecticide and germicide, but 
is probably most familiar as a preservative. In biology 
laboratories, animals and organs are suspended in 
formaldehyde solution, which is also used as an 
embalming fluid to preserve dead bodies from decay. 


Acetaldehyde (CH3;CHO) is the shortest carbon 
chain aldehyde. It has a central carbon atom that has a 
double bond to an oxygen atom (the carbonyl group), 
a single bond to a hydrogen atom, and a single bond to 
another carbon atom connected to three hydrogen 
atoms (a methyl group). One of the oldest known 
aldehydes, it was first produced in 1774 by Carl 
Wilhelm Scheele, although its structure was not com- 
pletely understood until 60 years later, when Justus 
von Liebig determined its constitution, described its 
preparation from ethanol, and gave the name “alde- 
hydes” to the chemical group. 
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KEY TERMS 


Aldehyde—A class of organic chemical com- 
pounds that contain a —-CHO group. 


Carbonyl group—A combination of a central car- 
bon atom and an oxygen atom that have a double 
bond. 


Dehydrogenation—The process of removing hydro- 
gen atoms from a compound. 


Methyl group—A terminal carbon atom connected 
to three hydrogen atoms. 


Oxidation—The conversion of one chemical (com- 
pound) to another by the addition of oxygen atoms. 


Reduction—The process by which an atom’s oxi- 
dation state is decreased, as it gains one or more 
electrons. 


The next-larger aldehyde molecules have longer 
carbon atom chains with each carbon atom connected 
to two hydrogen atoms. These aliphatic aldehydes have 
the general formula CH3(CH2),CHO, where n= 1-6. 
When n=1, the aldehyde formula is CH;CH,CHO 
and is named propionaldehyde; when n=2, it is 
CH3(CH2)2CHO or butyraldehyde. Aliphatic alde- 
hydes have irritating smells. For example, the smell of 
butyraldehyde, in low concentrations, resembles that of 
rotten butter. These medium-length aldehyde mole- 
cules are used as intermediates in the manufacture of 
other chemicals such as acetone and ethyl acetate used 
in nail polish remover. They are also important in the 
production of plastics. 


Fatty aldehydes contain long chains of carbon 
atoms connected to an aldehyde group and have 
between eight and 13 carbon atoms in their molecular 
formula. They have very pleasant odors, with a fruity or 
a floral aroma, and can be detected in very low concen- 
trations. Because of these characteristics, they are used 
in the formulation of many perfumes. The aldehyde 
that contains eight carbon atoms in its molecular for- 
mula is called octyl aldehyde and smells like oranges. 
The next longer aldehyde molecule, nonyl aldehyde— 
with nine carbon atoms in its structure—has the odor 
of roses. A very powerful-smelling compound is the 
10-carbon aldehyde (decyl aldehyde), which has a scent 
of orange peel and is present in small concentration in 
most perfumes. Citral, a more complicated 10-carbon 
aldehyde, has the odor of lemons. Lauryl aldehyde, 
the 12-carbon aldehyde, smells like lilacs or violets. 
Fatty aldehydes are also added to soaps and deter- 
gents to give them their “fresh lemon scent.” 
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Aromatic aldehydes have a benzene or phenyl ring 
connected to the aldehyde group. These molecules 
have very complex structures but are probably the 
easiest to identify. Anisaldehyde smells like licorice. 
The cinnamon fragrance found in various products 
comes from a complex structure named cinnamalde- 
hyde. Vanillin is a constituent in many vanilla-scented 
perfumes. 
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I Algae 


Algae (singular: alga) are photosynthetic, eukary- 
otic organisms that do not develop multicellular sex 
organs. Algae can be single-celled (unicellular), or they 
may be large and comprised of many cells. Algae can 
occur in salt or fresh waters, or on the surfaces of moist 
soil or rocks. The multicellular algae develop special- 
ized tissues, but they lack the true stems, leaves, or 
roots of the more complex, higher plants. 


The algae are not a uniform group of organisms, 
but rather consist of a number of divisions of distantly 
related phtosynthetic organisms. This grouping is thus 
not a reflection of their biological or evolutionary 
relatedness. 


Algal characteristics 


Algae are eukaryotic organisms, meaning their 
cells have nuclear material of deoxyribonucleic acid 
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The life cycle of Chlorococcum, a green alga. (Hans & Cassidy. Courtesy of Gale Group.) 


(DNA) organized within a discrete, membrane- 
bounded organelle known as the nucleus. 


Virtually all species of algae are photosynthetic. 
They have a relatively simple anatomy, which can 
range in complexity from single-celled organisms to 
colonial filaments, plates, or spheres, to the large, 
multicellular structures of the brown algae (thalli). 
Algal cell walls are generally made of cellulose, but 
can contain pectin (a class of hemicellulose polysac- 
charides) that give the algae a slimy feel. The larger, 
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multicellular algae have relatively complex tissues, 
which can be organized into organ-like structures 
that serve particular functions. 


Types of algae 


The algal divisions are Euglenophyta, Chrysophyta, 
Pyrrophyta, Chlorophyta, Rhodophyta, Paeophyta, 
and Xanthophyta. These divisions are separated on the 
basis of various features including shape (morphology) 
and the biochemistry of their pigments, cell walls, and 
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energy-storage compounds. The colors of these vari- 
ous algae types differ according to their particular 
mixtures of photosynthetic pigments, which typically 
include a combination of one or more chlorophylls 
and various accessory pigments. The latter can include 
carotenoids, xanthophylls, and phycobilins (these 
mask the green of the primary chlorophylls in various 
ways). 


The Euglenophyta or euglenoids comprise 
approximately 800 species of unicellular, protozoan- 
like algae. Most live in fresh water. The euglenoids 
lack a true cell wall, and are bounded by a proteina- 
ceous cell covering known as a pellicle. Euglenophytes 
have one to three flagellae for locomotion, and they 
store carbohydrate reserves as paramylon. The pri- 
mary photosynthetic pigments of euglenophytes are 
chlorophylls a and b, while their accessory pigments 
are carotenoids and xanthophylls. 


Most euglenoids have chloroplasts, and are pho- 
tosynthetic. Some species, however, are heterotrophic 
and feed on organic material suspended in the water. 
Even the photosynthetic species, however, are capable 
of surviving for some time if kept in the dark, as long 
as they are “fed” with suitable organic materials. 


Chrysophyta, or unicellular algae, are comprised 
of over 1,000 species of golden-brown algae and 
upwards of 100,000 known species of diatoms. These 
algae live in both marine and fresh waters, although 
most species are marine. The cell walls of golden- 
brown algae and diatoms are made of cellulose and 
pectin (a type of hemicellulose). They move using one 
to two flagellae. The photosynthetic pigments of these 
algae are chlorophylls a and c, and the accessory pig- 
ments are carotenoids and xanthophylls, including a 
specialized pigment known as fucoxanthin. 


Diatoms have double shells, or frustules, that are 
largely constructed of silica (SiOz), the two halves of 
which (called valves) fit together like a pillbox. Diatom 
species are distinguished on the basis of the shape of 
their frustules, and the exquisite markings on the sur- 
face of these structures. 


The golden-brown algae (class Chrysophyceae) 
are much less diverse than the diatoms. Some species 
of golden-brown algae lack cell walls, while others 
have pectin-rich walls. Golden-brown algae are espe- 
cially important in open waters of the oceans, where 
they may dominate the productivity and biomass of 
the especially tiny size fractions of the phytoplankton. 
These are known as the nanoplankton, consisting of 
cells smaller than about 0.05 mm in diameter. 


Pyrrophyta (fire algae) are unicellular algae that 
include over 1,000 species of dinoflagellates. Most of 
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these species live in marine ecosystems, but some dwell 
in fresh waters. The dinoflagellates have cell walls 
constructed of cellulose, and have two flagellae. 
These algae store energy as starch. The photosynthetic 
pigments of the Pyrrophyta are chlorophylls a and c, 
and the accessory pigments are carotenoids and xan- 
thophyll, including fucoxanthin. 


Some species of dinoflagellates can temporarily 
achieve a great abundance, as events that are com- 
monly known as “red tides” because of the resulting 
color of the water. Red tides can be toxic to marine 
animals, because of the presence of poisonous chem- 
icals that are synthesized by the dinoflagellates. 


Human health can also be affected. The toxin can 
also be released into the air; cases of respiratory illness 
in humans that occurred during a red tide outbreak in 
Florida were linked to the algal toxin. 


The incidence of red tides has been increasing 
worldwide since the 1990s. The reasons for the increase 
are not clear; a suggestion favoured by many of the 
scientists involved is the warming of the ocean, partic- 
ularly along the eastern coast of the United States. 


Chlorophyta (green algae) comprise about 7,000 
species, most of which occur in fresh water, although 
some are marine. Most green algae are microscopic, but 
a few species, such as those in the genus Cladophora, are 
multicellular and can be seen with the un-aided eye. The 
cell walls of green algae are mostly constructed of cel- 
lulose, with some incorporation of hemicellulose, and 
calcium carbonate in some species. The food reserves of 
green algae are starch, and their cells can have two or 
more organelles known as flagella, which are used in a 
whip-like fashion for locomotion. The photosynthetic 
pigments of green algae are chlorophylls a and 5, 
and their accessory pigments are carotenoids and 
xanthophylls. 


Some common examples of green algae include 
the unicellular genera Chlamydomonas and Chlorella, 
which have species dispersed in a wide range of hab- 
itats. More complex green algae include Gonium, 
which forms small, spherical colonies of four to 
32 cells, and Volvox, which forms much larger, hollow- 
spherical colonies consisting of tens of thousands of 
cells. Some other colonial species are much larger, for 
example, Cladophora, a filamentous species that can 
be several meters long, and Codium magnum, which 
can be as long as 26 ft (8 m). 


The stoneworts are a very distinctive group of 
green algae. These live in fresh or brackish waters, 
and they have cell walls that contain large concentra- 
tions of calcium carbonate. Charophytes have relatively 
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complex growth forms, with whorls of “branches” 
developing at their tissue nodes. Charophytes are also 
the only algae that develop multicellular sex organs, 
although these are not comparable to those of the 
higher plants. 


Rhodophyta or red algae are comprised of 
approximately 4,000 species of mostly marine algae, 
which are most diverse in tropical waters. Species of 
red algae range from microscopic to macroscopic in 
size. The larger species typically grow attached to a 
hard substrate or even on other algae. The cell walls of 
red algae are constructed of cellulose and polysacchar- 
ides such as agar and carrageenin. These algae lack 
flagellae, and they store energy as a specialized poly- 
saccharide known as floridean starch. The photosyn- 
thetic pigments of red algae are chlorophylls a and d, 
and their accessory pigments are carotenoids, xantho- 
phyll, and phycobilins. 


Some examples of red algae include filamentous 
species such as Pleonosporum spp., so-called coralline 
algae such as Porolithon spp., which become heavily 
encrusted with calcium carbonate and contribute 
greatly to the building of tropical reefs, and thalloid 
species, such as the economically important Irish moss 
(Chondrus crispus). 


Paeophyta (brown algae) number about 1,500 
species. Almost all occur in marine environments. 
These seaweeds are especially abundant in cool waters. 
Species of brown algae are macroscopic in size, includ- 
ing the giant kelps that can routinely achieve lengths of 
tens of meters. Brown algae have cell walls constructed 
of cellulose and polysaccharides known as alginic 
acids. Some brown algae have relatively complex, dif- 
ferentiated tissues, including a holdfast that secures 
the organism to its substrate, air bladders to aid with 
buoyancy, a supporting stalk or stipe, wide blades that 
provide the major surface for nutrient exchange and 
photosynthesis, and spore-producing, reproductive 
tissues. The specialized, reproductive cells of brown 
algae are shed into the water and are motile, using two 
flagella to achieve locomotion. The food reserves of 
these algae are carbohydrate polymers known as lam- 
inarin. Their photosynthetic pigments are chloro- 
phylls a and c, while the accessory pigments are 
carotenoids and xanthophylls, including fucoxanthin, 
a brown-colored pigment that gives these algae their 
characteristic dark color. 


Some examples of brown algae include the sargas- 
sum weed (Sargassum spp.), which dominates the 
extensive, floating ecosystem in the mid-Atlantic gyre 
known as the Sargasso Sea. Most brown seaweeds, 
however, occur on hard-bottom, coastal substrates, 
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especially in cooler waters. Examples of these include 
the rockweeds (Fucus spp. and Ascophyllum spp.), the 
kelps (Laminaria spp.), and the giant kelps (Macrocystis 
spp. and Nereocystis spp.). The giant kelps are by far the 
largest of the algae, achieving a length as great as 328 ft 
(100 m). 


Xanthophyta (yellow-green algae) comprise about 
450 species that primarily occur in fresh waters. 
They are unicellular or small-colonial algae, with cell 
walls made of cellulose and pectic compounds, and 
sometimes contain silica. The yellow-green algae 
store carbohydrate as leucosin, and they can have 
two or more flagellae for locomotion. The primary 
photosynthetic pigment of yellow-green algae is chlor- 
ophyll a, and the accessory pigments are carotenoids 
and xanthophyll. 


Ecological relationships 


Many types of algae are microscopic, occurring in 
single cells or small colonies. The usual habitat of 
many of the microscopic algae is open waters, in 
which case they are known as phytoplankton. Many 
species, however, live on the surfaces of rocks and 
larger plants within shallow-water habitats, and these 
are known as periphyton. Other microscopic algae live 
on the moist surfaces of soil and rocks in terrestrial 
environments. 


Microscopic algae are at the base of their ecolog- 
ical food web—these are the photosynthetic, primary 
producers that are fed upon by herbivores. In the open 
waters of ponds, lakes, and especially the vast oceans, 
the algal phytoplankton is the only means by which 
diffuse solar radiation can be fixed into biological 
compounds. In these open-water (or pelagic) habitats 
the phytoplankton are consumed by small, grazing 
animals known as zooplankton, most of which are 
crustaceans. The zooplankton are in turn fed upon 
by larger zooplankton or by small fish (these predators 
are known as planktivores), which may then be eaten 
by larger fish (or piscivores). At the top of the open- 
water food web may be fish-eating birds, seals, whales, 
very large fish such as sharks or bluefin tuna, or 
humans. Therefore, the possibility of all of the animals 
occurring higher in the food webs, including the larg- 
est of the top predators, are ultimately dependent on 
the productivity of the microscopic phytoplankton of 
the pelagic marine ecosystem. 


Other algae are macroscopic, meaning they can be 
readily observed without the aid of magnification. 
Some of these algae are enormous; for example, some 
species of kelps are tens of meters long. Because they 
are primary producers, these macroscopic algae are 
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also at the base of their ecological food webs. In most 
cases, however, relatively few herbivores can directly 
consume the biomass of macroscopic algae, and the 
major trophic interaction of these plants is through 
the decomposer, or detritivore part of the food web. 
In addition, because of their large size, macroscopic 
algae are critically important components of the phys- 
ical structure of their ecosystems, providing habitat for 
a wide range of other organisms. The largest kelps 
develop a type of ecosystem that is appropriately 
referred to as a marine “forest” because of the scale 
and complexity of its habitat structure. 


Some species of green algae occur as mutualistic 
symbionts with fungi, in an association of two organ- 
isms known as lichens. Lichens are common in many 
types of habitats. Other green algae occur in a mutu- 
alism with certain animals. In general, the host animal 
benefits from access to the photosynthetic products of 
the green alga, while the alga benefits from protection 
and access to inorganic nutrients. For example, species 
of unicellular Chlorella live inside of vacuoles within 
host cells of various species of freshwater protozoans, 
sponges, and hydra. Another species of green alga, 
Platymonas convolutae, occurs in cells of a marine flat- 
worm, Convoluta roscoffensis. Various other green algae 
occur inside of marine mollusks known as nudibranchs. 
Similarly, various species of dinoflagellates occur as 
symbionts with marine corals. 


Each species within an algal community has its 
particular ecological requirements and _ tolerances. 
Consequently, algal species tend to segregate accord- 
ing to varying patterns of environmental resources, 
and of biological interactions such as competition 
and predation. For example, during the growing sea- 
son there is a time-series of varying abundances of 
phytoplankton species in open-water habitat. At cer- 
tain times, particular species or closely related groups 
of species are abundant, but then these decline and 
other species of phytoplankton become dominant. 
This temporal dynamic is not totally predictable; it 
may vary significantly from year to year. The reasons 
for these patterns in the abundances and productivity 
of algal species are not understood, but they are likely 
associated with differences in their requirements for 
nutrients and other environmental factors, and perhaps 
with differing competitive abilities under resource- 
constrained conditions. 


In a similar way, species of seaweeds tend to sort 
themselves out along stress-related environmental gra- 
dients associated with varying distances above and 
below the high-tide mark on rocky marine shores. 
The most important environmental stress for interti- 
dal organisms is desiccation (drying), caused by 
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exposure to the atmosphere at low tide, with the inten- 
sity of drying being related to the amount of time that 
is spent out of the water, and therefore to the distance 
above the high-tide line. For sub-tidal seaweeds the 
most important stress is the physical forces associated 
with waves, especially during storms. The various spe- 
cies of brown and red algae are arranged in rather 
predictable zonations along transects perpendicular 
to rocky shores. The largest kelps only occur in the 
sub-tidal habitats, because they are intolerant of des- 
iccation. Within this near-shore habitat the species of 
algae are arranged in zones on the basis of their toler- 
ance to the mechanical forces of wave action, as well as 
their competitive abilities in the least stressful, deeper- 
water habitats somewhat farther out to sea, where the 
tallest species grow and develop a kelp forest. In the 
intertidal, the various species of wracks and rockweeds 
dominate particular zones at various distances from 
the low-tide mark, with the most desiccation-tolerant 
species occurring closest to the high-tide mark. 
Competition, however, also plays an important role 
in the distributions of the intertidal seaweeds. 


Factors limiting the productivity of algae 


Some species of algae can occur in extreme envi- 
ronments. For example, species of green algae have 
been observed in hot-water springs at Yellowstone 
National Park, in highly acidic volcanic lakes, in the 
extremely saline Great Salt Lake and Dead Sea, and 
on the surfaces of glaciers and snow. Some algae even 
survive suspended in the atmosphere as spores or in 
droplets of moisture. 


These are, however, extremely stressful environ- 
mental conditions. Most algae occur in less stressful 
habitats, where their productivity tends to be limited 
by the availability of nutrients (assuming that suffi- 
cient light is available to support the photosynthetic 
process). In general, the productivity of freshwater 
algae is primarily limited by the availability of the 
nutrient phosphate (PO4%), while that of marine 
algae is limited by nitrate (NO3) or ammonium 
(NH,~). Some algal species, however, may have 
unusual nutrient requirements, and their productivity 
may be limited by certain micronutrients, such as 
silica, in the case of diatoms. 


The structure of algal communities may also be 
greatly influenced by ecological interactions, such as 
competition and herbivory. For example, when herbiv- 
orous sea urchins are abundant, they can sometimes 
overgraze species of kelps in subtidal ecosystems of 
the west coast of North America, degrading the kelp 
forests. However, where sea otters (Enhydra lutris) 
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are abundant this does not happen because the 
otters are effective predators of the urchins. 


Economic significance of algae 


The most important economic products obtained 
from algae are associated with brown and red sea- 
weeds, which can be utilized as food for people, and 
as resources for the manufacturing of industrial prod- 
ucts. These seaweeds are mostly harvested from the 
wild, although increasing attention is being paid to the 
cultivation of large algae. 


Some species of algae can be directly eaten by 
humans, and in eastern Asia they can be especially 
popular, with various species used as foods. An espe- 
cially common food is the red alga known as nori in 
Japan and as laver in western Europe (Porphyra spp.), 
which has long been eaten by coastal peoples of China 
and Japan. This alga is often used as a wrapper for 
other foods, such as rice or plums, or it may be cooked 
into a clear soup. Nori has been cultivated for centu- 
ries in eastern Asia. Another alga known as dulse or 
sea kale (Rhodymenia palmata) is consumed dried or 
cooked into various stews or soups. Other commonly 
eaten seaweeds include the sea lettuce (Ulva lactuca), 
and murlins or edible kelp (Alaria esculenta). 


Potentially, seaweeds are quite nutritious foods, 
because about 50% of their weight occurs as carbohy- 
drates, with smaller concentrations of proteins and 
fats, and diverse micronutrients, including iodine. In 
practice, however, seaweeds are not very nutritious 
foods for humans, because we do not have the 
enzymes necessary to metabolize the most abundant 
of the complex, algal carbohydrates. 


The major economic importance of brown sea- 
weeds is as a natural resource for the manufacturing 
of a class of industrial chemicals known as alginates. 
These chemicals are extracted from algal biomass, and 
are used as thickening agents and as stabilizers for 
emulsions in the industrial preparation of foods and 
pharmaceuticals, and for other purposes. 


Agar is another seaweed product, prepared from 
the mucilaginous components of the cell walls of certain 
red algae. Agar is used in the manufacturing of phar- 
maceuticals and cosmetics, as a culture medium for 
laboratory microorganisms, and for other purposes, 
including the preparation of jellied desserts and soups. 
Carrageenin is another, agar-like compound obtained 
from red algae that is widely used to stabilize emulsions 
in paints, pharmaceuticals, ice cream, and other prod- 
ucts. Irish moss (Chondrus crispus) is a purplish alga 
that is a major source of carrageenin. 
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Researchers are investigating methods for the eco- 
nomic cultivation of red and brown seaweeds for the 
production of alginates, agar, and carrageenin. In 
California, use has been made of rafts anchored to 
float about 13 yd (12 m) below the surface, in shallow, 
less than 328-ft (100-m) deep water, to grow the highly 
productive, giant kelp Macrocystis as an industrial 
feedstock. Seaweeds are also cultivated on floating 
devices in coastal China, and research is investigating 
whether growth rates in dense plantings can be eco- 
nomically increased by enriching the seawater with 
nitrogen-containing fertilizers. 


In some places, large quantities of the biomass of 
brown and red algae wash ashore, especially after 
severe storms that detach these algae from their sub- 
strates. This material, known as wrack, is an excellent 
substrate for composting into an organic-rich material 
that can greatly improve soil qualities in terms of 
aeration and water- and nutrient-holding capacity. 


Over extremely long periods of time, the frustules 
of diatoms can accumulate in large quantities. This 
material is known as diatomaceous earth, and its small 
reserves are mined for use as a fine polishing substrate, 
as a fine filtering material, and for other industrial 
purposes. 


Algae as environmental problems 


Red tides are events of great abundance (or 
“blooms”) of red, brown, or yellow-colored dinofla- 
gellates of various species. These algae synthesize 
biochemicals, such as saxitoxin and domoic acid, 
which are extremely poisonous and can kill a wide 
range of marine animals, as well as humans who eat 
shellfish containing the toxins. The toxic syndromes of 
humans associated with dinoflagellate toxins are 
known as paralytic, diarrhetic, and amnesic shellfish 
poisoning. 


Scientists cannot yet predict the environmental 
conditions that cause red tides to develop, although 
data from modeling studies points to the availability 
of nutrients and a water temperature that supports 
explosive growth of the algae. 


The dinoflagellates involved with toxic dinoflagel- 
late blooms are commonly of the genera Alexandrium, 
Dinophysis, Nitzchia, or Ptychodiscus. The algal toxins 
can be accumulated by filter-feeding shellfish such as 
clams and oysters. If these are eaten while they contain 
red-tide toxins, they can poison humans or animals in 
the local ecosystem. Even creatures the size of large 
whales can die from eating fish containing large con- 
centrations of dinoflagellate toxins. 
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In addition, freshwater algae can cause problems 
when they are overly abundant. Algal blooms can 
cause foul tastes in the water stored in reservoirs, 
which may be required by nearby towns or cities as 
drinking water. This can be a significant problem in 
naturally productive, shallow-water lakes of the prai- 
ries in North America. 


Eutrophication is another major problem that is 
associated with algal blooms in lakes that are receiving 
large inputs of nutrients through sewage disposal or 
the runoff of agricultural fertilizers. Eutrophication 
can result in severe degradation of the aquatic ecosys- 
tem when large quantities of algal biomass sink to 
deeper waters and consume most of the oxygen during 
their decomposition. The anoxic (deficiency in oxy- 
gen) conditions that develop are lethal to the animals 
that live in the sediment and deep waters, including 
most species of fish. Because the primary limiting 
nutrient in fresh waters is usually phosphate, inputs 
of this nutrient can be specifically controlled by sew- 
age treatment, and by the banning of detergents con- 
taining phosphorus. This has been done in many areas 
in North America, and eutrophication is now less an 
environmental problem than it used to be. 
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[ Algebra 


Algebra is a generalization of arithmetic. In prac- 
tice, it is a collection of rules for translating words into 
the symbolic notation of mathematics, rules for for- 
mulating mathematical statements using symbolic 
notation, and rules for rewriting mathematical state- 
ments in a manner that leaves their truth unchanged 
while increasing their meaningfulness for human 
beings. 


Elementary algebra grew out of a desire to solve 
problems in arithmetic. Its power stems from its sub- 
stitution of variables—non-numeric symbols standing 
for no specific value—for numbers. This allows the 
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generalization of rules to whole sets or ranges of num- 
bers. For example, the solution to a problem may be 
the variable x or a rule such as ab = ba can be stated 
for all numbers represented by the variables a and b. 


Elementary algebra is concerned with expressing 
problems in terms of mathematical symbols and estab- 
lishing general rules for the combination and manipu- 
lation of those symbols. There is another type of 
algebra, however, called abstract algebra, which is a 
further generalization of elementary algebra, and 
often bears little resemblance to arithmetic. Abstract 
algebra begins with a few basic assumptions about sets 
whose elements can be combined under one or more 
binary operations, and derives theorems that apply to 
all sets, satisfying the initial assumptions. 


Elementary algebra 


Algebra was popularized in the early ninth cen- 
tury by al-Khowarizmi, an Arab mathematician and 
the author of the first algebra book, Al-jabr wa’l 
Mugabalah, from which the English word algebra is 
derived. An influential book in its day, it remained the 
standard text in algebra for a long time. The title 
translates roughly to “restoring and balancing,” refer- 
ring to the primary algebraic method of performing an 
operation on one side of an equation and restoring the 
balance, or equality, by doing the same thing to the 
other side. In his book, al-Khowarizmi did not use 
variables as we recognize them today, but concen- 
trated on procedures and specific rules, presenting 
methods for solving numerous types of problems in 
arithmetic. Variables based on letters of the alphabet 
were first used in the late sixteenth century by the 
French mathematician Frangois Viete. The idea is 
simply that a letter, usually from the English or 
Greek alphabet, stands for an element of a specific 
set. For example, x and y are often used to represent 
real numbers, z to represent a complex number, and 
n to represent an integer. Variables are often used 
in mathematical statements to represent unknown 
quantities. 


The rules of elementary algebra deal with the four 
familiar operations of of real numbers: addition (+), 
multiplication (x), subtraction (—), and division (+). 
Each operation is a rule for combining real numbers, 
two at a time, in a way that gives a third real number. 
A combination of variables and numbers that are 
multiplied together, such as 64x°, 7yt, s/2, or 32xyz, 
is called a monomial. The sum or difference of two 
monomials is referred to as a binomial, examples 
include 64x7+7yt, 13t+6x, and 12y—3ab/4. The 
combination of three monomials is a trinomial 
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(6xy +3z —2), and the combination of more than three 
is a polynomial. All are referred to as algebraic 
expressions. 


One primary objective in algebra is to determine 
what conditions make a statement true. Statements 
are usually made in the form of comparisons. One 
expression is greater than (>), less than (<), or equal to 
(=) another expression, such as 6x +3 > 5, Tx°—-4 <2, 
or 5x*+ 6x = 3y +4. 


The application of algebraic methods then pro- 
ceeds in the following way. A problem to be solved is 
stated in mathematical terms using symbolic notation. 
This results in an equation (or inequality). The equation 
contains a variable; the value of the variable that makes 
the equation true represents the solution to the equa- 
tion, and hence the solution to the problem. Finding 
that solution requires manipulation of the equation ina 
way that leaves it essentially unchanged, that is, the two 
sides must remain equal at all times. The object is to 
select operations that will isolate the variable on one 
side of the equation, so that the other side will represent 
the solution. Thus, the most fundamental rule of alge- 
bra is the principle of al-Khowarizmi: whenever an 
operation is performed on one side of an equation, an 
equivalent operation must be performed on the other 
side bringing it back into balance. In this way, both 
sides of an equation remain equal. 


Applications 


Applications of algebra are found everywhere. The 
principles of algebra are applied in all branches of 
mathematics, for instance, calculus, geometry, and top- 
ology. They are applied every day by men and women 
working in all types of business. As a typical example of 
applying algebraic methods, consider the following 
problem. A painter is given the job of whitewashing 
three billboards along the highway. The owner of the 
billboards has told the painter that each is a rectangle, 
and all three are the same size, but he does not remem- 
ber their exact dimensions. He does have two old draw- 
ings, one indicating the height of each billboard is two 
feet less than half its width, and the other indicating 
each has a perimeter of 68 feet. The painter is interested 
in determining how many gallons of paint he will need 
to complete the job, if a gallon of paint covers 
400 square feet. To solve this problem three basic 
steps must be completed. First, carefully list the avail- 
able information, identifying any unknown quantities. 
Second, translate the information into symbolic 
notation by assigning variables to unknown quantities 
and writing equations. Third, solve the equation, or 
equations, for the unknown quantities. 
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Step one, list available information: (a) three bill- 
boards of equal size and shape, (b) shape is rectangu- 
lar, (c) height is 2 feet less than 1/2 the width, (d) 
perimeter equals 2 times sum of height plus width 
equals 68 feet, (e) total area, height times width times 
3, is unknown, (f) height and width are unknown, (g) 
paint covers 400 sq ft per gallon, (h) total area divided 
by 400 equals required gallons of paint. 


Step two, translate. Assign variables and write 
equations. 


Let A=area; h=height; w=width; g= number 
of gallons of paint needed. 


Then: (1) h = 1/2w—2 (from [c] in step 1); 
(2) 2(h+w) = 68 (from [d] in step 1); (3) A = 3hw 
(from [e] in step 1); (4) g = A /400 (from [h] in step 1). 


Step three, solve the equations. The right hand 
side of equation (1) can be substituted into equation 
(2) for A, giving 2(1/2w —2+w) = 68. By the commuta- 
tive property, the quantity in parentheses is equal to 
(1/2w+w —2), which is equal to (3/2w —2). Thus, the 
equation 2(3/2w —2)=68 is exactly equivalent to the 
original. Applying the distributive property to the left- 
hand side of this new equation results in another 
equivalent expression, 3w—4= 68. To isolate w on 
one side of the equation, add 4 to both sides, giving 
3w—4+4 = 68+4 or 3w=72. Finally, divide the 
expressions on each side of this last expression by 3 to 
isolate w. The result is w = 24 ft. Next, put the value 24 
into equation (1) wherever w appears, / = (1/2(24)—2). 
Doing the arithmetic, we find 4 = (12—2)= 10 ft. Then 
put the values of 4 and w into equation (3) to find the 
area, A=3x10x24=720 sq ft. Finally, substitute the 
value of A into equation (4) to find g = 720/400 = 1.8 
gallons of paint. 


Graphing algebraic equations 


The methods of algebra are extended to geometry, 
and vice versa, by graphing. The value of graphing is 
two-fold. It can be used to describe geometric figures 
using the language of algebra, and it can be used to 
depict geometrically the algebraic relationship between 
two variables. For example, suppose that Fred is 
twice the age of his sister Irma. Since Irma’s age is 
unknown, Fred’s age is also unknown. The relation- 
ship between their ages can be expressed algebraically, 
though, by letting y represent Fred’s age and x repre- 
sent Irma’s age. The result is y = 2x. Then, a graph, or 
picture, of the relationship can be drawn by indicating 
the points (x,y) in the Cartesian coordinate system 
for which the relationship y= 2x is always true. This 
is a straight line, and every point on it represents a 
possible combination of ages for Fred and Irma 
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(of course negative ages have no meaning so x and y 
can only take on positive values). If a second relation- 
ship between their ages is given, for instance, Fred is 
three years older than Irma, then a second equation 
can be written, y=x-+3, and a second graph can be 
drawn consisting of the ordered pairs (x,y) such that 
the relationship y= x +3 is always true. This second 
graph is also a straight line, and the point at which it 
intersects the line y= 2x is the point corresponding to 
the actual ages of Irma and Fred. For this example, the 
point is (3,6), meaning that Irma is three years old and 
Fred is six years old. 


Linear algebra 


Linear algebra involves the extension of techni- 
ques from elementary algebra to the solution of sys- 
tems of linear equations. A linear equation is one in 
which no two variables are multiplied together, so that 
terms like xy, yz, x°, y’, and so on, do not appear. A 
system of equations is a set of two or more equations 
containing the same variables. Systems of equations 
arise in situations where two or more unknown quan- 
tities are present. In order for a unique solution to exist 
there must be as many independent conditions given 
as there unknowns, so that the number of equations 
that can be formulated equals the number of variables. 
Thus, we speak of two equations in two unknowns, 
three equations in three unknowns, and so forth. 
Consider the example of finding two numbers such 
that the first is six times larger than the second, and 
the second is 10 less that the first. This problem has 
two unknowns, and contains two independent condi- 
tions. In order to determine the two numbers, let 
x represent the first number and y represent the second 
number. Using the information provided, two equa- 
tions can be formulated, x = 6y, from the first condi- 
tion, and x—10=y, from the second condition. To 
solve for y, replace x in the second equation with 6y 
from the first equation, giving 6y—10=y. Then, sub- 
tract y from both sides to obtain Sy —10 = 0, add 10 to 
both sides giving Sy =10, and divide both sides by 5 
to find y=2. Finally, substitute y=2 into the first 
equation to obtain x = 12. The first number, 12, is 
six times larger than the second, 2, and the second is 10 
less than the first, as required. This simple example 
demonstrates the method of substitution. More gen- 
eral methods of solution involve the use of matrix 
algebra. 


Matrix algebra 
A matrix is a rectangular array of numbers, and 


matrix algebra involves the formulation of rules for 
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manipulating matrices. The elements of a matrix are 
contained in square brackets and named by row and 
then column. For example the matrix has two rows 
and two columns, with the element (—6) located in row 
one column two. In general, a matrix can have i rows 
and 7 columns, so that an element of a matrix is 
denoted in double subscript notation by a;. The four 
elements in A are a); = 1, dj2 =—6, do, = 3, and ann = 2. 
A matrix having m rows and n columns is called an 
“m by n” or (m x n) matrix. When the number of rows 
equals the number of columns the matrix is said to be 
square. In matrix algebra, the operations of addition 
and multiplication are extended to matrices and the 
fundamental principles for combining three or more 
matrices are developed. For example, two matrices are 
added by adding their corresponding elements. Thus, 
two matrices must each have the same number of rows 
and columns in order to be compatible for addition. 
When two matrices are compatible for addition, both 
the associative and commutative principles of elemen- 
tary algebra continue to hold. One of the many appli- 
cations of matrix algebra is the solution of systems of 
linear equations. The coefficients of a set of simulta- 
neous equations are written in the form of a matrix, 
and a formula (known as Cramer’s rule) is applied 
which provides the solution to n equations in n 
unknowns. The method is very powerful, especially 
when there are hundreds of unknowns, and a com- 
puter is available. 


Abstract algebra 


Abstract algebra represents a further general- 
ization of elementary algebra. By defining such con- 
structs as groups, based on a set of initial assumptions, 
called axioms, provides theorems that apply to all sets 
satisfying the abstract algebra axioms. A group is a set 
of elements together with a binary operation that sat- 
isfies three axioms. Because the binary operation in 
question may be any of a number of conceivable 
operations, including the familiar operations of addi- 
tion, subtraction, multiplication, and division of real 
numbers, an asterisk or open circle is often used to 
indicate the operation. The three axioms that a set and 
its operation must satisfy in order to qualify as a 
group, are: (1) members of the set obey the associative 
principle [a x (b x c) = (a x b) x c]; (2) the set has 
an identity element, /, associated with the operation 
x, such that a x J = a; (3) the set contains the inverse 
of each of its elements, that is, for each a in the set 
there is an inverse, a’, such that a x a’ = J. A well- 
known group is the set of integers, together with the 
operation of addition. If it happens that the commu- 
tative principle also holds, then the group is called 
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a commutative group. The group formed by the inte- 
gers together with the operation of addition is a com- 
mutative group, but the set of integers together with 
the operation of subtraction is not a group, because 
subtraction of integers is not associative. The set of 
integers together with the operation of multiplication 
is acommutative group, but division is not strictly an 
operation on the integers because it does not always 
result in another integer, so the integers together with 
division do not form a group. The set of rational 
numbers, however, together with the operation of 
division is a group. The power of abstract algebra 
derives from its generality. The properties of groups, 
for instance, apply to any set and operation that sat- 
isfy the axioms of a group. It does not matter whether 
that set contains real numbers, complex numbers, vec- 
tors, matrices, functions, or probabilities, to name a 
few possibilities. 


See also Associative property; Solution of equation. 
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I Algorithm 


An algorithm is a set of instructions for accom- 
plishing a task that can be couched in mathematical 
terms. If followed correctly, an algorithm guarantees 
successful completion of the task. The term algorithm is 
derived from the name al-Khowarizmi, a ninth- century 
Arabian mathematician credited with discovering 
algebra. With the advent of computers, which are 
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KEY TERMS 


Graph—A picture of an equation showing the 
points of a plane that satisfy the equation. 


Operation—A method of combining the members 
of a set, two at atime, so the result is also a member 
of the set. Addition, subtraction, multiplication, 
and division of real numbers are familiar examples 
of operations. 


particularly adept at utilizing algorithms, the creation 
of new and faster algorithms has become an important 
field in the study of computer science. 


Algorithms can be written to solve many prob- 
lems. For example, an algorithm can be developed for 
tying a shoe, making cookies, or determining the area 
of a circle. In an algorithm for tying a shoe, each step, 
from obtaining a shoe with a lace to releasing the 
string after it is tied, is spelled out. The individual 
steps are written in such a way that no judgment is 
ever required to successfully carry them out. The 
length of time required to complete an algorithm is 
directly dependent on the number of steps involved. 
The more steps, the longer it takes to complete. 
Consequently, algorithms are classified as fast or 
slow depending on the speed at which they allow a 
task to be completed. Typically, fast algorithms are 
usable while slow algorithms are unusable. 


See also Computer, analog; Computer, digital; 
Internet search engine. 


Aliphatic hydrocarbon see Hydrocarbon 


Alkali see Acids and bases 


[| Alkali metals 


The alkali metals are a series of six chemical ele- 
ments in group IA (1) of the periodic table of the 
elements. Alkali metals are very reactive, so much 
that they are commonly found in nature combining 
with other elements. They have a relatively low melt- 
ing point and are very soft compared to most metals. 
Alkali metals members include (with chemical symbol 
and atomic number): lithium (Li; 3), sodium (Na; 11), 
potassium (K; 19), rubidium (Rb; 37), cesium (Cs; 55), 
and francium (Fr; 87). 
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The word alkali comes from the Arabic word for 
ashes, where the oxides of these metals were first 
found. Alkali is now used as another word for base; 
that is, when the ashes containing the oxides of the 
alkali metals are dissolved in water, a base is formed. 
For example, sodium oxide dissolved in water yields 
sodium hydroxide, or lye. 


The first column on the periodic table of the 
chemical elements is collectively called the alkali 
metal group. Because their outer electron structure is 
similar, they all have somewhat similar chemical and 
physical properties. All are shiny, soft enough to cut 
with a knife, and most are white (cesium is yellow- 
white). All react with water to give hydrogen gas and 
the metal hydroxide; the heavier alkali metals react 
with such vigorous evolution of heat that the hydrogen 
often bursts into flame. Alkali metals also react with 
the oxygen in the air to give an oxide, peroxide, or 
superoxide, depending on the metal. Alkali metals 
usually form ions with a positive (+ 1) charge, and 
are so reactive as elements that virtually all occur in 
nature only in compound form. Sodium is the most 
abundant, followed by potassium, rubidium, lithium, 
and cesium. Francium is intensely radioactive and 
extremely rare; only the tiniest traces occur in Earth’s 
crust. 


Most of the alkali metals glow with a character- 
istic color when placed in a flame; lithium is bright red, 
sodium gives off an intense yellow, potassium is violet, 
rubidium is a dark red, and cesium gives off blue light. 
These flame tests are useful for identifying the metals. 
Additionally, a striking use of sodium’s characteristic 
emitted yellow light is in highly specialized lightbulbs, 
such as the very bright sodium vapor lights that appear 
along highways. In these bulbs, sodium atoms are 
excited with electricity, not a flame. Lightbulbs made 
with sodium use less electricity than conventional 
bulbs and are brighter, because the sodium gives off 
a larger percentage of its energy as light rather than 
heat. 


All alkali metals exhibit the photoelectric effect 
(to emit electrons from a substance when exposed to 
electromagnetic radiation) and are used in photoelec- 
tric cells. Cesium and rubidium lose their valence elec- 
trons especially easily when light strikes their polished 
surfaces and are photosensitive over the full visible 
spectrum. 


Sodium compounds produce a distinctive yellow 
flame when burned. Potassium compounds burn with 
a lilac flame, which is often masked by the stronger 
sodium yellow. A dark blue glass can be used to mask 
the yellow of sodium, allowing the potassium flame to 
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be seen as red. Lithium compounds produce a crimson 
red flame. Rubidium and cesium flames are reddish 
violet or magenta. The compounds are used in fire- 
works, along with potassium perchlorate, chlorate, 
and/or nitrate as oxidizing agents. 


Lithium 


Lithium (Li) was discovered in 1817 by J.A. 
Arfvedson, but the free metal was not isolated until 
1821 by W.T. Brande. It occurs naturally in small 
quantities (about 20 parts per million in the Earth’s 
crust), normally bound up with aluminum and silica in 
minerals. It is the smallest alkali metal, with an atomic 
number of 3 and an atomic weight of 6.94 amu (atomic 
mass unit). It has a melting point of about 356°F 
(180°C), and a boiling point of around 2,456°F 
(1,347°C). 


Lithium carbonate is well known for its ability to 
calm the mood swings of manic-depressive psychosis, 
a serious mental disorder. Industrially, however, it is 
used in lubricants, in batteries, in glass (to make it 
harder), and in alloys of lead, aluminum, and magne- 
sium to make them less dense and stronger. 


Sodium 


Sodium (Na) is the second element in the alkali 
metal group, with an atomic number of 11 and an 
atomic weight of 22.9898 amu. Its melting point, 
208°F (97.8°C), and boiling point, 1,621.4°F (883°C), 
are both lower than those of lithium, a trend that 
continues in the alkali metal group; as the atomic 
mass and size increase, the melting and boiling points 
decrease. English chemist Sir Humphry Davy (1778- 
1829) first isolated sodium metal by passing electricity 
through molten sodium hydroxide in 1807. It occurs 
naturally, in compound form, in relatively large 
amounts—about 20,000 parts per million in the 
Earth’s crust, plus a large concentration in seawater. 
Sodium chloride (or common salt) is one of the most 
common compounds on Earth, followed closely by 
sodium carbonate (also called soda ash or washing 
soda). Both of these are obtained now largely by 
mining. 

Sodium compounds of various kinds are vital to 
industry. Sodium nitrite is a principle ingredient in 
gunpowder. The pulp and paper industry uses large 
amounts of sodium hydroxide, sodium carbonate, and 
sodium sulfate; the latter helps dissolve the lignin from 
wood pulp in the Kraft process so it can be made into 
cardboard and brown paper. In addition to paper pulp- 
ing, sodium carbonate is used by power companies 
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to absorb sulfur dioxide, a serious pollutant, from 
smokestack gases. Sodium carbonate is also important 
to the glass and detergent industries. Sodium hydrox- 
ide is one of the top ten industrially produced 
chemicals, heavily used in manufacturing. Sodium 
chloride is used in foods, in water softeners, and as a 
deicer for roads and sidewalks. Sodium bicarbonate 
(baking soda) is produced for the food industry as 
well. 


Many useful chemicals and processes, particularly 
those of the chlor-alkali industry, can trace their pro- 
duction back to sodium chloride. Passing electricity 
through a concentrated saltwater solution (the elec- 
trolysis of brine) produces sodium hydroxide and 
chlorine gas. Electrolysis of molten sodium chloride, 
on the other hand, yields elemental sodium and chlor- 
ine gas. Sodium sulfate is prepared in large quantities 
by reacting sulfuric acid with sodium chloride. 


Biochemically, sodium is a vital nutrient, although 
excesses of it can aggravate high blood pressure. Sodium 
compounds regulate nerve transmission, alter membrane 
permeability, and perform myriad other tasks for living 
organisms. 


Potassium 


Potassium (K), the third element in the alkali 
metal group, has an atomic number of 19 and an 
atomic mass of 39.0983 amu. Its melting point and 
boiling point are 145.9°F (63.28°C) and 1,398.2°F 
(759°C), respectively. Davy discovered and isolated 
potassium in 1807, by passing electricity through mol- 
ten potassium hydroxide to obtain the free metal. 
Potassium is nearly as abundant as sodium in the 
Earth’s crust (21,000 parts per million). Much less 
potassium than sodium is present in seawater, how- 
ever, partly because the plant life of the world absorbs 
potassium in large quantities. The chief minerals of 
potassium are sylvite, sylvinite, and carnallite. 


Almost all the potassium used industrially goes 
into fertilizer, although small amounts of potassium 
hydroxide, potassium chlorate, and potassium bro- 
mide are important, respectively, in the detergent, 
explosive, and photography industries. Like sodium, 
potassium is a vital nutrient for organisms in a variety 
of ways. 


Rubidium and cesium 


Rubidium (Rb), the fourth element in the alkali 
metal group, has an atomic number of 37 and an 
atomic weight of 85.4678 amu. Its melting point is 
102.76°F (39.31°C), and its boiling point is 1,270.4°F 
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(688°C). Cesium (Cs), the second to last element in the 
group, has an atomic number of 55, an atomic weight 
of 132.9054 amu, a melting point of 83.12°F (28.40°C), 
and a boiling point of 1,239.8°F (671°C). Both were 
discovered between 1860-1861 by German chemist 
Robert Wilhelm Bunsen (1811-1899) and German 
physicist Gustav Robert Kirchof (1824-1887). These 
two elements were the first to be discovered with a 
spectroscope. 


Both rubidium and cesium are rare in the Earth’s 
crust (rubidium at 90 parts per million and cesium only 
3 parts per million.) The main mineral in which cesium 
can be found is pollucite. Rubidium can be found in 
pollucite, lepidolite, and carnallite. Rubidium is used 
almost exclusively for research, but cesium has some 
highly specialized industrial uses, including special 
glasses and radiation detection equipment. 


Francium 


French physicist Marguerite Perey discovered 
francium (Fr) in 1939, and named it after her home- 
land, France. Almost no francium occurs naturally on 
the Earth, except very small amounts in uranium ores. 
Additionally, it is very radioactive, so the very tiny 
amounts produced by bombarding radium with neu- 
trons are used almost exclusively for pure research. 
Presumably, its chemistry resembles the other alkali 
metals, although much of that remains speculative. 
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! Alkaline earth metals 


The alkaline earth metals, sometimes simply 
called alkaline earths, are a group of six elements in 
group 2 (IIA) of the periodic table. Specifically, the 
second column on the periodic table of the chemical 
elements is collectively called the alkaline earth metal 
group and includes: beryllium, magnesium, calcium, 
strontium, barium, and radium. The compounds 
made from the elements of group 2 are usually found 
in the Earth. 
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Because the outer electron structure in all of these 
elements is similar, they all have somewhat similar 
chemical and physical properties. All are shiny, fairly 
soft—although harder than the alkali metals—and 
most are white or silver colored. The steady increase 
in melting and boiling points with increasing molec- 
ular mass noticed in the alkali metal group is less 
pronounced in the alkaline earths; beryllium has the 
highest rather than the lowest melting point, for exam- 
ple, and the other metals do not follow a consistent 
pattern. All the alkaline earth metals react with water 
to produce hydrogen gas and the metal hydroxide, 
although somewhat less vigorously than the alkali 
metals. Magnesium metal can be set on fire and 
burns with an extremely intense white light as it com- 
bines with oxygen in the air to form magnesium oxide. 
Strontium, barium, and calcium react readily with 
oxygen in the air to form their oxides. 


Alkaline earth metals almost always form ions 
with a positive (+ 2) charge and are thus highly reac- 
tive as free elements and so they usually occur in 
nature only in compound form, frequently as carbo- 
nates or sulfates. Calcium is by far the most abundant, 
followed by magnesium, and then in much lesser 
amounts barium, strontium, and beryllium. Radium 
is radioactive and fairly rare; what exists in the Earth’s 
crust occurs almost exclusively in uranium deposits. 


Several of the alkaline earth metals glow with a 
characteristic color when placed in a flame; calcium 
gives off an orange light, strontium a very bright red, 
and barium an apple green. These flame tests are 
useful for identifying the metals. Strontium com- 
pounds are often added to fireworks displays to obtain 
the most vivid reds. 


Beryllium 


Beryllium (Be), the smallest alkaline earth metal, 
is atomic number 4 on the periodic table, has an 
atomic weight of 9.01 amu (atomic mass unit), and 
melting and boiling points of 2,348.6°F (1,287°C) and 
about 4,479.8°F (2,471°C), respectively. Nicolas Louis 
Vauquelin discovered beryllium in 1797 after a miner- 
alogist named R. J. Hauy noticed that emeralds and 
beryl possessed many similar properties and might be 
identical substances. It was not until 30 years later 
that the free metal was isolated (independently) by 
F. Wohler and A. Bussy. It occurs naturally in the 
precious stones emerald and aquamarine, which are 
both forms of the mineral beryl, a beryllium alumino- 
silicate compound. 


Beryllium has no biochemical function and is 
extremely toxic to human beings, but small amounts 


GALE ENCYCLOPEDIA OF SCIENCE 4 


(about 2%) impart superior characteristics, such as 
high strength, wear resistance, and temperature stabil- 
ity, to alloys. Copper-beryllium alloys make good 
hand tools in industries that use flammable solvents, 
because the tools do not cause sparks when struck 
against other objects. Nickel-beryllium alloys are 
used for specialized electrical connections and various 
high temperature applications. Beryllium is used 
instead of glass in x-ray tubes because it lets through 
more of the x-ray radiation than glass would. 


Magnesium 


Magnesium (Mg) is atomic number 12, has an 
atomic weight of 24.31 amu, and has melting and 
boiling points of 1,202°F (650°C) and 1,994°F 
(1,090°C), respectively. In 1808, British chemist 
Sir Humphry Davy isolated it (as he isolated many 
other alkali and alkaline earth metals), although its 
existence had been known since 1755. Magnesium, like 
calcium, is one of the most common elements, existing 
at about 23,000 parts per million in the Earth’s crust. 
Its most common mineral forms in nature are dolomite 
and magnesite (both carbonates), and carnallite (a 
chloride); relatively large amounts (about 1,200 parts 
per million) are also present in seawater. Asbestos is 
a magnesium silicate mineral, as are soapstone (or 
talc) and mica. 


Magnesium performs a critical role in living things 
because it is a component of chlorophyll, the green 
pigment that captures sunlight energy for storage in 
plant sugars during photosynthesis. Chlorophyll is a 
large molecule called a porphyrin; the magnesium 
occupies the center of the porphyrin molecule. (In 
the animal kingdom, a similar porphyrin called heme 
allows hemoglobin to transport oxygen around in the 
bloodstream; in heme’s case, however, iron rather 
than magnesium occupies the central place in the por- 
phyrin.) Elemental magnesium is a strong, light metal, 
particularly when alloyed with other metals like alu- 
minum or zinc. It has many uses in construction; air- 
plane parts are often made of magnesium alloys. Some 
of magnesium’s rare earth alloys are so temperature 
resistant that they are used to make car engine parts. 
In organic chemistry, magnesium combines with alkyl 
halides to give Grignard reagents (a reagent that helps 
create carbon-carbon bonds and that reacts with com- 
pounds with a carbon atom double bonded to an oxy- 
gen atom—a carbonyl group) that vitally important in 
organic chemical synthesis because of their versatility 
(e.g, in the production of alcohols). Almost any type of 
organic compound can be prepared by the proper 
selection, preparation, and reaction of a Grignard 
reagent. 
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Alkaloid 


Calcium 


Calcium (Ca) is atomic number 20, has an atomic 
weight of 40.08 amu, and has melting and boiling 
points of 1,547.6+3°F (842+2°C) and 2,703.2°F 
(1,484°C), respectively. Davy isolated it in 1808 by 
electrolytic methods. It is the third most common 
metal on Earth, exceeded only by iron and aluminum, 
and the fifth most common element (41,000 parts 
per million in the Earth’s crust, and about 400 parts 
per million in seawater). The principle sources of cal- 
cium are limestone and dolomite (both carbonates), 
and gypsum (the sulfate). Other natural materials 
made of calcium carbonate include coral, chalk, 
and marble. 


Calcium is an essential nutrient for living things, 
and its compounds find use in myriad industries. Both 
limestone and gypsum have been used in building 
materials since ancient times; in general, gypsum was 
used in drier climates. Marble is also a good building 
material. Limestone and dolomite are the principle 
sources of slaked lime (calcium hydroxide) and quick 
lime (calcium oxide) for the steel, glass, paper, dairy, 
and metallurgical industries. Lime can act as a flux to 
remove impurities from steel, as a neutralizing agent 
for acidic industrial waste, as a reagent for reclaiming 
sodium hydroxide from paper pulping waste, and as a 
scrubbing compound to remove pollutants from 
smokestack effluent. The paper industry uses calcium 
carbonate as an additive to give smoothness and opac- 
ity to the finished paper, and the food, cosmetic, and 
pharmaceutical industries use it in antacids, tooth- 
paste, chewing gum, and vitamins. 


Strontium 


Strontium (Sr) is atomic number 38, has an atomic 
weight of 87.62 amu, and has melting and boiling 
points of 1,430.6°F (777°C) and 2,519.6°F (1,382°C), 
respectively. Adair Crawford identified it as an ele- 
ment in 1790, and in 1808, Davy produced it as the 
free metal. It occurs in the Earth’s crust at about 370 
parts per million, mostly as the minerals celestite (the 
sulfate) and strontianite (the carbonate), and it occurs 
in the ocean at about eight parts per million. In addi- 
tion to its use in fireworks, strontium is a glass 
additive. 


Barium 


Barium (Ba) is atomic number 56, has an atomic 
weight of 137.27amu, and has melting and boiling 
points of 1,340.6°F (727°C) and about 3,446.6°F 
(1,897°C), respectively. It was isolated in 1808 by 
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Davy, using a variation of his usual electrolytic proc- 
ess. Barite (the sulfate) is the main ore from which 
barium can be obtained, although witherite (the car- 
bonate) was at one time also mined. It is not partic- 
ularly plentiful, occurring in about 500 parts per 
million in the Earth’s crust, and on the average about 
10 parts per billion in seawater. By far, most of the 
barium sulfate mined is used to make a sort of lubri- 
cating mud used in well-drilling operations, although 
small amounts of barium are alloyed with nickel for 
specialized uses, and some barium is used in medicine. 
Barium itself is toxic and has no biochemical function 
in living things. 


Radium 


Radium (Ra) is atomic number 88, has an atomic 
weight of 226 amu, and has melting and boiling 
points of about 1,292°F (700°C) and about 2,084°F 
(1,140°C), respectively. French physicists Marie and 
Pierre Curie discovered it in 1898. They extracted a 
small quantity as radium chloride by processing 
tons of the uranium ore called pitchblende. Radium 
exists in the Earth’s crust in only about 0.6 parts per 
trillion, and almost none can be found in seawater. All 
of the isotopes of radium are radioactive, and conse- 
quently hazardous to living things. It was formerly 
used in medicine to treat various kinds of cancer and 
other conditions, but its use has declined as safer 
radioisotopes have been discovered. Radium was 
also used at one time to paint the luminous numbers 
on watch dials, but that use has been stopped for 
safety reasons. 
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l Alkaloid 


Alkaloids are chemical compounds, found in 
plants, that can react with acids to form salts. All 
alkaloids contain the element nitrogen, usually in 
complex, multi-ring structures. 
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Role in the plant 


Between 10 and 15% of all plants contain some 
type of alkaloid. It is unclear why alkaloids are so 
common, and it is a matter of controversy among 
scientists. Some believe that plants rid themselves of 
excess nitrogen through the production of alkaloids, 
just as humans and other mammals convert excess 
nitrogen into urea to be passed in the urine. Some 
modify this theory by suggesting that plants use alka- 
loids to temporarily store nitrogen for later use, 
instead of discarding this difficult-to-obtain element 
altogether. 


Perhaps the most likely theory is that the presence 
of alkaloids discourages insects and animals from eat- 
ing plants. The poisonous nature of most alkaloids 
supports this theory, although various alkaloids that 
are employed in small quantities for specific purposes 
can be useful to man. 


Role in animals 


Many alkaloids act by blocking or intensifying the 
actions of neurotransmitters, chemicals released by 
nerve cells in response to an electrical impulse called 
a neural signal. Neurotransmitters diffuse into neigh- 
boring cells where they produce an appropriate 
response, such as an electrical impulse in another 
nerve cell or contraction in a muscle cell. 


Each nerve cell produces only one type of neuro- 
transmitter; acetylcholine and norepinephrine are the 
most common. Cells may respond to more than one 
type of neurotransmitter, however, and the response 
to each type may be different. 


Medical use 


A number of alkaloids are used as drugs. Among 
the oldest and best known of these is quinine, derived 
from the bark of the tropical Cinchona tree. Indians of 
South America have long used Cinchona bark to reduce 
fever, much as willow bark was used in Europe as a 
source of aspirin. In the 1600s Europeans discovered 
that the bark could treat malaria—a debilitating and 
often-fatal parasitic disease. 


Quinine was purified as early as 1820, and soon it 
replaced crude cinchona bark as the standard treat- 
ment for malaria. Not until the 1930s was quinine 
replaced by synthetic analogues that offered fewer 
side effects and a more reliable supply. Quinine is 
still used as the principal flavoring agent in tonic 
water, although in a far less concentrated dose than 
originally used. 
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Cinchona bark also produces quinidine, which 
controls heart rhythm abnormalities such as fibrilla- 
tion, a series of rapidly quivering beats that do not 
pump any blood, and heart block, a condition in 
which electrical currents fail to coordinate the contrac- 
tions of the upper and lower chambers of the heart. 


Vincaleukoblastine and vincristine, two alkaloids 
derived from the periwinkle plant (Catharanthus roseus), 
are used to treat white blood cell cancers. Vinca- 
leukoblastine is especially useful against lymphoma 
(cancer of the lymph glands), while vincristine is used 
against the most common form of childhood leukemia. 


Atropine is an alkaloid produced by several 
plants, including the deadly nightshade (Atropa bella- 
donna), Jimson weed (Datura stramonium), and hen- 
bane (Hyoscyamus niger). It has a variety of medical 
uses, as it is able to relax smooth muscle by blocking 
the action of the neurotransmitter acetylcholine. 
Atropine is most commonly used to dilate the pupil 
during eye examinations. Atropine also relieves nasal 
congestion, serves as an antidote to nerve gas and 
insecticide poisoning, and is used to resuscitate 
patients in cardiac arrest. 


Pilocarpine, derived from several Brazilian shrubs 
of the genus Pilocarpus, is another alkaloid used in 
ophthalmology. This drug stimulates the drainage of 
excess fluid from the eyeball, relieving the high optical 
pressure caused by glaucoma. If untreated, glaucoma 
can lead to blindness. 


The introduction of reserpine in the 1950s revolu- 
tionized high blood pressure treatment and brought 
new hope to those suffering from this previously 
untreatable and life-threatening condition. Derived 
from tropical trees and shrubs of the genus Rauwolfia, 
reserpine works by depleting the body’s stores of 
the neurotransmitter norepinephrine. Among its other 
functions, norepinephrine contracts the arteries, thereby 
contributing to high blood pressure. Unfortunately, 
reserpine also causes drowsiness and sometimes severe 
depression. Medications without these side effects have 
been developed in recent decades, and reserpine is now 
rarely used. 


Alkaloids for pain and pleasure 


Many medically useful alkaloids act by way of the 
peripheral nervous system; others work directly on the 
brain. Prominent among the latter are the pain 
relievers morphine and codeine, derived from the 
opium poppy (Papaver somniferum). Morphine is the 
stronger of the two, but codeine is often prescribed 
for moderate pain and is also an effective cough sup- 
pressant; for years it was a standard component of 
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cough syrups. Now, however, it has been replaced for 
the most part by drugs that do not have the potential 
side effects of codeine. 


Both morphine and codeine are addictive drugs 
that can produce a state of relaxed, dreamy euphoria— 
an exaggerated state of good feeling that drug 
addicts call a “high.” The equivalent street drug is 
heroin, derived from morphine by a simple chemical 
modification. Heroin addicts typically believe that 
their drug is stronger and produces a more pro- 
nounced “high” than morphine; however, since heroin 
is rapidly converted to morphine once it enters the 
body, most medical scientists consider the two drugs 
essentially equivalent. 


The effects of cocaine are almost the opposite of 
those of morphine; cocaine’s legal classification as a 
narcotic—a drug that produces stupor—is misleading 
from a medical standpoint. This product of the coca 
plant, native to the Andes Mountains in South 
America, produces a state of euphoric hyperarousal. 
The user feels excited, elated, and intensely aware of his 
or her surroundings, with an impression of enhanced 
physical strength and mental ability. These feelings are 
accompanied by physical signs of arousal, including 
elevated heart rate and blood pressure. The increased 
heart rate caused by a high dose may lead to fibrilla- 
tion and death. 


A cocaine high, unlike those from most abused 
drugs, lasts less than half an hour—often much less. 
Once an individual becomes addicted, he or she needs 
large amounts of the expensive drug. Users’ enhanced 
aggressiveness and physical self-confidence further 
increase cocaine’s social dangers. Cocaine usage over 
time can result in paranoid schizophrenia, a type of 
mental disorder characterized by unfounded suspicion 
and fantasies of persecution. When this psychological 
condition is combined with continued cocaine use, the 
addict may become violent. Cocaine is also a local 
anesthetic and was used medically for that purpose in 
the early part of the century. Procaine and xylocaine, 
synthetic local anesthetics introduced during the mid- 
1900s, have replaced it. 


Another addictive drug is nicotine, usually obtained 
by either smoking or chewing leaves of the tobacco 
plant, Nicotiana tabacum. Ground-up leaves, known as 
snuff, may be placed in the nose or cheek, allowing the 
nicotine to diffuse through the mucous membranes into 
the bloodstream. 


With the possible exception of alcohol, nicotine 
is the world’s most widely used addictive drug. Its 
attractiveness undoubtedly results from the drug’s par- 
adoxical combination of calming and _ stimulating 
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properties—it can produce either relaxation or arousal, 
depending on the user’s state. Its physical effects, 
however, are primarily stimulatory. By increasing the 
heart rate and blood pressure while constricting the 
arteries—including those in the heart—nicotine signifi- 
cantly increases the risk of a heart attack. 


Some alkaloid stimulants are not addictive, how- 
ever. These include caffeine and the related com- 
pounds theophylline and theobromine. Caffeine is 
found in coffee, made from beans of Coffea arabica; 
in tea, from leaves of Camellia sinensis; in cocoa and 
chocolate, from seeds of Theobroma cacao; and in cola 
drinks, which contain flavorings derived from nuts of 
Cola plants. In northern Argentina and southern 
Brazil, leaves of Ilex paraguariensis (a type of holly) 
are used to make mate, a drink more popular there 
than either coffee or tea. 


In addition to caffeine, tea also contains small 
amounts of theophylline, while theobromine is the 
major stimulant in cocoa. Large amounts of coffee, 
tea, cocoa, or cola drinks (more than 6-12 cups of 
coffee a day, for example), can produce nervousness, 
shakiness (muscle tremors), and insomnia, and may 
increase the risk of heart attack. Adverse effects from 
smaller amounts of these beverages have been claimed 
but never clearly demonstrated. 


Black pepper falls into an entirely different cate- 
gory of the pain/pleasure grouping. This spice derives 
its burning flavor primarily from the alkaloids piper- 
ine, piperidine, and chavicine. 


Addiction 


Addiction was originally defined by the appear- 
ance of physical symptoms—such as sweating, snif- 
fling, and trembling—when a drug was withdrawn 
from an addicted person or animal. It was also 
thought that addiction is accompanied by adaptation, 
in which more and more of the drug is required to 
produce the same effect. 


So long as the focus was on opium-derived drugs 
such as morphine and heroin, this definition was 
appropriate. Beginning in the 1960s, however, scien- 
tists realized that it did not define the properties that 
render cocaine and other drugs so dangerous. Cocaine 
does not produce adaptation, and its withdrawal 
does not result in physical symptoms that can be seen 
in laboratory animals. Cocaine withdrawal does, 
however, produce an intense depression that disappears 
when the drug is again available. Similarly, nicotine 
withdrawal produces psychological symptoms such 
as restlessness, anxiety, irritability, difficulty in con- 
centrating, and a craving for the drug. Today these 
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psychological withdrawal symptoms are recognized as 
valid indicators of addiction. 


Poisonous alkaloids 


Nearly all of the alkaloids mentioned so far are 
poisonous in large amounts. Some alkaloids, however, 
are almost solely known as poisons. One of these is 
strychnine, derived from the small Hawaiian tree 
Strychnos nux-vomica. Symptoms of strychnine poison- 
ing begin with feelings of restlessness and anxiety, pro- 
ceeding to muscle twitching and exaggerated reflexes. 
In severe poisoning, even a loud sound can cause severe 
muscle spasms throughout the entire body. These spasms 
may make breathing impossible and result in death. 


In the early part of the twentieth century, strych- 
nine was widely used as a rat poison. In recent decades, 
however, slower-acting poisons have been used for 
rodent control; since rats can remember which foods 
have made them sick, one that receives a nonfatal dose 
of a fast-acting poison such as strychnine will never 
again take that type of poisonous bait. 


A number of other plants also derive their lethal 
properties from alkaloids of one type or another. 
Among these are the poison hemlock (Conium macula- 
tum) and plants of the genus Aconitum, commonly 
called monkshood—known by devotees of werewolf 
stories as wolfsbane. Other examples include shrubs 
of the genus Calycanthus, known as Carolina allspice, 
spicebush, and sweet betty, among other names; vines 
of the genus Solandra, such as the chalice vine, cup- 
of-gold, silver cup, and trumpet plant; trees or shrubs 
of the genus Taxus, such as yews; plants of the lily-like 
genus Veratrum, including false hellebore; and the 
golden chain or bean tree (Laburnum anagyroides). 


Although vines and nonwoody plants of the genus 
Solanum pose a real danger only to children, they repre- 
sent an extremely varied group. Poisonous members of 
this genus range from the common potato to the night- 
shade (not the same as the deadly nightshade that pro- 
duces atropine). The group also includes the Jerusalem 
cherry, the false Jerusalem cherry, the love apple, the 
Carolina horse nettle, the bittersweet, the nipplefruit, the 
star-potato vine, and the apple of Sodom. 


Poisoning by ordinary potatoes usually results 
from eating uncooked sprouts or sun-greened skin. 
These parts should be cut away and discarded. For 
other plants in the group, it is the immature fruit that is 
most likely to be poisonous. In contrast to the nerv- 
ous-system effects of most alkaloids, the alkaloids 
found in the genus Solanum produce mainly fever 
and diarrhea. 

See also Antipsychotic drugs; Nux vomica tree; 
Poisons and toxins. 
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Alkane see Hydrocarbon 


Alkene see Hydrocarbon 


[ Alkyl group 


An alkyl group is a paraffinic hydrocarbon group 
that may be derived from an alkane by dropping one 
hydrogen from the structure. Alkyl groups modify the 
reactivity of organic molecules, for example, by acting 
as electron-donating substituents. Such groups are 
often represented in chemical formulas by the letter 
R and have the generic name C,H) +1. 


Alkanes 


Aliphatic compounds, of which the alkanes are 
one example, have an open chain of carbon atoms as 
a skeleton. This open chain may be straight or 
branched. Alkanes, also known as paraffins, are com- 
posed of carbon and hydrogen only; they have the 
generic formula C,H>,+2, and are the simplest and 
least reactive of the aliphatic compounds. Alkanes 
with straight chains are known as normal alkanes. 
(Branched chain alkanes are treated as alkyl deriva- 
tives of the straight chain compounds.) The first four 
members of the normal alkane series are methane, 
ethane, propane, and butane (see below). The names 
of the remaining normal alkanes are composed of a 
prefix that indicates the number of carbon atoms 
in the compound, followed by the termination -ane. 
Thus, n-hexane is the name given to the normal alkane 
having a chain of six carbon atoms. 


The n-alkanes exist on a continuum that extends 
from simple gases to molecules of very high molecular 
weights. The physical properties and uses of the 
n-alkane change with the number of repeating CH» 
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units in the chain. For example, compounds with one 
to four CH, units in the chain are simple gases (e.g., 
cooking gas) at room temperature; compounds with 
five to 11 CH» units in the chain are simple liquids 
(e.g., gasoline) at room temperature; compounds with 
16 to 25 CH) units in the chain are high viscosity 
liquids (e.g., oil) at room temperature; and com- 
pounds with 1,000 to 3,000 CH» units in the chain 
are tough plastic solids (e.g., polyethylene bottles) at 
room temperature. 


Alkyl radicals 


Alkanes from which one atom of hydrogen has 
been removed become monovalent radicals. These rad- 
icals, which are molecular fragments having unpaired 
electrons, are known as alkyl groups. The names of the 
alkyl groups are formed by substituting the suffix -yl for 
-ane in the names of the alkanes from which they are 
derived. 


The methyl group (CH; ) is formed from methane, 
CH,. The ethyl group, CH;,, is formed from ethane, 
C,H¢. Two different alkyl groups can be formed from 
propane, CH3CH2CH3. Removal of a hydrogen atom 
from one of the carbon atoms at the end of the chain 
forms C3H7. This CH3;CH,2CH> group is called a 
normal propyl group (n-propyl group). Removing a 
hydrogen from the second carbon produces an 
isopropyl group (i-propyl group). 

The next member of the alkanes has the formula 
C4H jo. There are four isomers of this molecular formula. 
Removal of a hydrogen from one of the end carbons in 
n-butane, CH3;CH2,CH2CH;, produces the n-butyl 
group (CH3;CH2CH2CH2). Removing a hydrogen 
atom from carbon 2 or 3 produces the secondary 
butyl group (sec-butyl group; CH3;CH»CH(CH;)). 
Removal of a hydrogen from carbon atoms 1, 3, or 4 
forms the isobutyl group (i-butyl group; (CH3)2 
CHCH,; ). Finally, removing a hydrogen from carbon 
2 gives the tertiary butyl group (t-butyl group; (CH3)3C). 


Frequently the terms primary, secondary, and ter- 
tiary are used to describe carbon atoms in a molecule. 
A primary carbon atom is one that is attached to only 
one other carbon atom; a secondary carbon atom is 
attached to two other carbon atoms; and a tertiary 
carbon atom is attached to three other carbon atoms 
in the molecule. Thus, the ethyl group defined above is 
a primary group, since the carbon atom that has lost 
the hydrogen is attached to only one other carbon 
atom in the molecule. The n-propyl group is also a 
primary group for the same reason. However, the 
i-propyl group is a secondary group, because the cen- 
tral carbon atom from which the hydrogen has been 
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KEY TERMS 


Alkane—A subset of aliphatic hydrocarbons char- 
acterized by having a straight or branched chain, 
and having the generic formula C,Hon+2. 


Alkyl—In chemistry an alkyl group is made from an 
alkane (a hydrocarbon without multiple bonds) 
through the removal or loss of a hydrogen atom. 


removed is attached to two other carbon atoms. The 
n-butyl and i-butyl groups are both primary groups; 
the secondary butyl group is a secondary group; and 
the tertiary butyl group is tertiary, because the central 
atom is attached to the three other carbon atoms in the 
molecule. The methyl group, however, cannot be 
defined using this classification scheme. 


In general, the letter R is used to designate any alkyl 
group (R = CH3, C3Hs, etc.). With this convention, the 
alkanes are represented by the general formula R-H, 
and the alkyl halides by R-X, where X is a halogen. 


Alkenes 


The series of compounds derived from the alkanes 
by removing one hydrogen atom from each of two 
adjacent carbon atoms, thereby introducing a double 
bond into the molecule, bears the name olefin. The sys- 
tematic names are formed by substituting the suffix 
-ene for -ane in the name of the alkane from which they 
are derived. Thus, the series as a whole is called the 
alkenes. Some common alkenes are methylene (CH? ), 
ethylene (CH, = CH;), and propylene (CH3CH = CH,). 


Resources 


BOOKS 

Loudon, G. Mark. Organic Chemistry. Oxford: Oxford 
University Press, 2002. 

Sperling, L. H. Introduction to Physical Polymer Science. 
3rd ed. New York: John Wiley and Sons, 2001. 


Randall Frost 


l Alleles 


An allele is one of at least two alternative forms of 
a particular gene. Alleles provide the genetic instruc- 
tions for organisms that, although similar in type, 
are visibly different (phenotypically different). The 
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term allele is derived from the Greek term alleon, used 
to describe a difference in morphology or form. At the 
genetic level, alleles contain differing base sequences in 
their nucleic acid (e.g., DNA). As a form of a gene, an 
allele carries the instructions for a particular variation 
of the gene’s protein product. At its most basic molec- 
ular level, an allele is an ordered sequence of bases 
(part of nucleotides) that code for a specific genetic 
product (protein, enzyme, RNA molecule, etc.). 


Although underlying genetic molecular complex- 
ities sometimes blur the differences in expression; nature 
provides simple examples of alleles. For example, a 
single gene may control the flower color of some plants. 
In such cases, one allele of the gene produces one color 
(e.g., red flowers) while another allele of flower color 
gene may produce another color (e.g., white flowers). 


Alleles reside at corresponding locations on the 
chromosomes that constitute a chromosomal pair. 
Because alleles reside in specific regions of chromo- 
somes, they can act as markers and are subject to the 
laws of inheritance resulting from the apportionment of 
homologous chromosomes (chromosomes that match 
in terms of size, shape, and gene content) during meio- 
sis. The alternative alleles that comprise an organism’s 
genome are inherited, one allele from each parent. The 
allele contained on the homologous chromosome 
derived from the mother is termed the maternal allele. 
The allele on the homologous chromosome derived 
from the father is termed the paternal allele. 


All diploid organisms have two alleles at a given 
locus on a pair of homologous chromosomes. Because 
haploid cells (e.g., oocyte and spermatozoa in humans) 
contain half the chromosome compliment, such cells 
contain only one allele of each gene. When fertilization 
occurs, the pair of alleles can be described as homolo- 
gous (alike) or heterologous (different). Accordingly, 
organisms that are homologous, with respect to the 
alleles for a particular gene, carry identical alleles for 
that gene. In contrast, organisms described as heterozy- 
gous for a particular gene carry alleles that differ. Alleles 
may also be dominant or recessive with respect to their 
interaction and expression. 


A population with stable allele frequencies is in 
genetic equilibrium. Accordingly, changes in allele 
frequencies (the percentage of respective alleles in a 
population) are characteristic indicators of evolving 
populations. The Hardy-Weinberg theorem states 
that: in the absence of selection pressures, the types 
and frequencies of alleles in a population remain con- 
stant. The Hardy-Weinberg equation can be used to 
mathematically predict allele frequencies. 


See also Adaptation; Chromosome mapping; 
Codons; Genetic engineering. 
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l Allergy 


An allergy is an excessive or hypersensitive 
response of the immune system. The allergic reaction 
becomes manifest as a pathological immune reaction 
induced either by antibodies (immediate hypersensitiv- 
ity) or by lymphoid cells (delayed type allergy). Instead 
of fighting off a disease-causing foreign substance, the 
immune system launches a complex series of actions 
against an irritating substance, referred to as an aller- 
gen. Allergens enter the body through four main routes: 
the airways, the skin, the gastrointestinal tract, and the 
circulatory system. Some problems include: 


- Airborne allergens cause the sneezing, runny nose, and 
itchy, bloodshot eyes of hay fever (allergic rhinitis). 
Some of the most common airborne allergens are 
plant pollens, animal fur and dander, body parts from 
house mites (microscopic creatures found in all 
houses), house dust, mold spores, cigarette smoke, sol- 
vents, and cleaners. Airborne allergens can also affect 
the lining of the lungs, causing asthma, or the conjunc- 
tiva of the eyes, causing conjunctivitis (pink eye). 


Allergens in food can cause itching and swelling of the 
lips and throat, cramps, and diarrhea. When absorbed 
into the bloodstream, they may cause hives (urticaria) 
or more severe reactions involving recurrent, non- 
inflammatory swelling of the skin, mucous membranes, 
organs, and brain (angioedema). Some food allergens 
may cause anaphylaxis, a potentially life-threatening 
condition marked by tissue swelling, airway constric- 
tion, and drop in blood pressure. Common food aller- 
gens include nuts, especially peanuts, walnuts, and 
Brazil nuts; fish, mollusks, and shellfish; eggs; wheat; 
milk; food additives and preservatives. 


- In contact with the skin, allergens can cause redden- 
ing, itching, and blistering, called contact dermatitis. 
Skin reactions can also occur from allergens intro- 
duced through the airways or gastrointestinal tract. 
This type of reaction is known as atopic dermatitis. 


- Injection of allergens, from insect bites and stings or 
drug administration, can introduce allergens directly 
into the circulation, where they may cause system-wide 
responses (including anaphylaxis), as well as the local 
ones of swelling and irritation at the injection site. 


The symptoms of an immediate hypersensitivity 
begin shortly after contact and decay rapidly, while 
the delayed type symptoms do not reach their maxi- 
mum for 24 to 48 hours and decline slowly over a 
period of days or weeks. An allergic reaction may be 
accompanied by a number of stressful symptoms, 
ranging from mild to severe to life threatening. 
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or pollen. The foreign substance that 
triggers an allergic reaction is called 


an allergen. 


Allergic rhinitis is commonly triggered by Pollen grains 
exposure to household dust, animal fur, wf 


The presence of an allergen causes the . ' 
body's lymphocytes to begin producing a i — Lymphocyte 
IgE antibodies. The lymphocytes of an |e 

allergy sufferer produce an unusually 

large amount of IgE. 


FIRST EXPOSURE 


Histamine 


IgE molecules attach to mast 
cells, which contain histamine. 


In a future exposure to the same substance, 
the antibodies on the mast cells bind to the 
allergens, and the cells release their histamine. 


SECOND EXPOSURE 


Histamine travels to receptor sites in the nasal 
passages. When histamine molecules enter the 
sites they trigger dilation of the blood vessels, 
swelling, irritation, and increased production 


of mucus. 


Antihistamines 
[> > 


Antihistamine drugs block histamine molecules 
from entering receptor sites, thus preventing or 
reducing swelling, congestion and irritation. 


The allergic response. (Hans & Cassidy. Courtesy of Gale Group.) 
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In rare cases, an allergic reaction can lead to anaphy- 
lactic shock—a condition characterized by a sudden 
drop in bloodpressure, difficulty in breathing, skin 
irritation, collapse, and possible death. 


Allergies are among the most common of medical 
disorders. According to the American Academy of 
Allergy, Asthma and Immunology, as of 2005, over 50 
million Americans, or more than one in every five people, 
suffer from some form of allergy, with similar proportions 
throughout much of the rest of the world. Allergies, as a 
group, are the single largest reason for school absence and 
is a major source of lost productivity in the workplace. 


The immune system may produce several chem- 
ical agents that cause allergic reactions. The main 
group of immune system substances responsible for 
the symptoms of allergy includes the histamines, 
which are produced after an exposure to an allergen. 
Along with other treatments and medicines, the use of 
antihistamines helps to relieve some of the symptoms 
of allergy by blocking out histamine receptor sites. The 
study of allergy medicine includes the identification of 
the different types of allergy, immunology, and the 
diagnosis and treatment of allergy. 


Types of allergy 


The most common cause of allergy is pollens that 
are responsible for seasonal or allergic rhinitis. The 
popular name for rhinitis, hay fever, a term used since 
the 1830s, is inaccurate because the condition is not 
characterized by fever. Throughout the world during 
every season, pollens from grasses, trees, and weeds 
affect certain individuals, producing allergic reactions 
like sneezing, runny nose, swollen nasal tissues, head- 
aches, blocked sinuses, and watery, irritated eyes. 
According to the American Academy of Allergy, 
Asthma, and Immunology (AAAAJ), of the 40 to 50 
million allergy sufferers in the United States (as of 
2006), about two-thirds of them have rhinitis. Allergic 
diseases affect over 20% of the population in the 
United States, making it the sixth leading cause of 
chronic disease in the country. 


Dust and the house dust mite constitute another 
major cause of allergies. While the mite itself is too 
large to be inhaled, its feces are about the size of pollen 
grains and can lead to allergic rhinitis. Other types of 
allergy can be traced to the fur of animals and pets, 
food, drugs, insect bites, and skin contact with chem- 
ical substances or odors. In the United States, there 
are over 12 million people who are allergic to a variety 
of chemicals. In some cases an allergic reaction to an 
insect sting or a drug reaction can cause sudden death. 
Serious asthma attacks are associated with seasonal 
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rhinitis and other allergies. According to the AAAAI, 
about 20 million people in the United States suffer 
from asthma in any given year. 


Role of immune system 


Some people are allergic to a wide range of aller- 
gens, while others are allergic to a few or only one— 
while some people have no allergies. The reasons for 
these differences can be found in the makeup of an 
individual’s immune system. The immune system is 
the body’s defense against substances (antigens) that it 
recognizes as foreign to the body. Lymphocytes, a type 
of white blood cell, produce antibodies, which play an 
important role in neutralizing antigens, including bac- 
teria, viruses, and toxins. Those antigens specifically 
producing an allergic response are known as allergens 
When an allergen first enters the body, the lymphocytes 
produce an antibody called immunoglobulin E (IgE). 
The IgE antibodies attach to mast cells, large cells that 
are found in connective tissue and contain histamines 
along with a number of other chemical substances. 


Studies show that allergy sufferers produce an 
excessive amount of IgE, indicating a hereditary factor 
for their allergic responses. How individuals adjust 
over time to allergens in their environments also deter- 
mines their degree of susceptibility to allergic disorders. 


The second time any given allergen enters the 
body, it becomes attached to the newly-formed 
Y-shaped IgE antibodies. These antibodies, in turn, 
stimulate the mast cells to discharge its histamines and 
other anti-allergen substances. There are two types of 
histamine: H, and H>. H, histamines travel to receptor 
sites located in the nasal passages, respiratory system, 
and skin, dilating smaller blood vessels and constrict- 
ing airways. The H, histamines, which constrict the 
larger blood vessels, travel to the receptor sites found 
in the salivary and tear glands and in the stomach’s 
mucosal lining. H» histamines play a role in stimulat- 
ing the release of stomach acid, thus creating a sea- 
sonal stomach ulcer condition. 


Diagnosis and treatment 


The patient’s medical history provides the pri- 
mary basis for the diagnosis of allergies. Skin patch 
tests are sometimes used to determine exactly which 
potential allergens can produce a reaction in the 
patient. A group of substances are placed in patches 
under the skin; any actual allergen will raise a weal 
(a red, circular swelling) at the site of the patch. The 
weal is a circular area of swelling that itches and is 
reddened. The tests at times produce false positives, so 
that they cannot be relied on exclusively. 
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The simplest form of treatment is the avoidance of 
the allergic substance, but that is not always possible. 
In such cases, desensitization to the allergen is some- 
times attempted by exposing the patient to slight 
amounts of the allergen at regular intervals. 


Antihistamines, which are now prescribed and 
sold over the counter as a rhinitis remedy, were dis- 
covered in the 1940s. There are a number of different 
ones, and they either inhibit the production of hista- 
mine or block them at receptor sites. After the admin- 
istration of antihistamines, IgE receptor sites on the 
mast cells are blocked, thereby preventing the release 
of the histamines that cause the allergic reactions. The 
allergens are still there, but the body’s protective 
actions are suspended for the period of time that the 
antihistamines are active. Antihistamines also con- 
strict the smaller blood vessels and capillaries, thereby 
removing excess fluids. Recent research has identified 
specific receptor sites on the mast cells for the IgE. 
This knowledge makes it possible to develop medi- 
cines that will be more effective in reducing the symp- 
toms of various allergies. 


Older antihistamines often produce drowsiness as 


a major side effect. Such antihistamines include the 
following: 


- Diphenhydramine (Benadryl® and generics), 
- Chlorpheniramine (Chlor-trimeton® and generics), 
- Brompheniramine (Dimetane® and generics), and 
- Clemastine (Tavist® and generics). 
Newer antihistamines that do not cause drowsi- 
ness and include the following: 
- Astemizole (Hismanal®), 
- Loratidine (Claritin®), 
- Fexofenadine (Allegra®), and 
- Azelastin HCl (Astelin®). 


Hismanal® has the potential to cause serious heart 
arrhythmias when taken with the antibiotic erythro- 
mycin, the antifungal drugs ketoconazole and itraco- 
nazole, or the antimalarial drug quinine. Taking more 
than the recommended dose of Hismanal® can also 
cause arrhythimas. Seldane® (terfenadine), the origi- 
nal non-drowsy antihistamine, was voluntarily with- 
drawn from the market by its manufacturers in early 
1998 because of this potential and because of the 
availability of an equally effective, safer alternative 
drug, fexofenadine. 


Corticosteroids are sometimes prescribed to allergy 
sufferers as anti-inflammatories. Decongestants can 
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also bring relief, but these can be used for a short time 
only, since their continued use can set up a rebound 
effect and intensify the allergic reaction. 


Decongestants constrict blood vessels to counter- 
act the effects of histamine. Nasal sprays are available 
that can be applied directly to the nasal lining and oral 
systemic preparations are available. Decongestants 
are stimulants and may cause increased heart rate 
and blood pressure, headaches, and agitation. Use of 
topical decongestants for longer than several days can 
cause loss of effectiveness and rebound congestion, in 
which nasal passages become more severely swollen 
than before treatment. 


Topical corticosteroids reduce mucous membrane 
inflammation and are available by prescription. 
Allergies tend to become worse as the season progresses 
because the immune system becomes sensitized to par- 
ticular antigens and, thus, it can produce a faster, 
stronger response. Topical corticosteroids are espe- 
cially effective at reducing this seasonal sensitization 
because they work more slowly and last longer than 
most other medication types. As a result, they are best 
started before allergy season begins. Side effects are 
usually mild, but may include headaches, nosebleeds, 
and unpleasant taste sensations. 


Cromolyn sodium prevents the release of mast cell 
granules, thereby preventing the release of histamine 
and other chemicals contained in them. It acts as a 
preventive treatment if it is begun several weeks before 
the onset of the allergy season. It can also be used for 
year round allergy prevention. Cromolyn sodium is 
available as a nasal spray for allergic rhinitis and in 
aerosol (a suspension of particles in gas) form for 
asthma. 


Immunotherapy, also known as desensitization or 
allergy shots, alters the balance of antibody types in 
the body, thereby reducing the ability of IgE to cause 
allergic reactions. Immunotherapy is preceded by 
allergy testing to determine the precise allergens 
responsible. (These tests are described in full in the 
article on allergy testing.) Injections involve very 
small but gradually increasing amounts of allergen, 
over several weeks or months, with periodic boosters. 
Full benefits may take up to several years to achieve 
and are not seen at all in about one in five patients. 
Individuals receiving all shots will be monitored 
closely following each shot because of the small risk 
of anaphylaxis, a condition that can result in difficulty 
breathing and a sharp drop in blood pressure. 


Because allergic reactions involving the lungs 
cause the airways or bronchial tubes to narrow, as in 
asthma, bronchodilators, which cause the smooth 
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KEY TERMS 


Allergen—An otherwise harmless substance that 
can cause a hypersensitive allergic response. 


Anaphylactic shock—A violent, sometimes fatal, 
response to an allergen after initial contact. 


Corticosteroids—Drugs that stimulate the adrenal 
gland and are highly effective in treating asthma 
and allergies but also have many side effects. 


Decongestants—Drugs used for a short term to 
reduce mucous membrane congestion. 


Histamines—A chemical released from cells in the 
immune system as part of an allergic reaction. 


IgE—The chief immunoglobulin responsible for 
producing the compounds that cause allergic 
reactions. 


Lymphocyte—A white blood cell that stimulates 
antibody formation. 


Mast cell—A tissue white blood cell located at the 
site of small blood vessels. 


Receptor sites—Places on the mast cell where 
Y-shaped antibodies stimulate histamine production. 


Rhinitis—The common condition of upper respira- 
tory tract inflammation occurring in both colds and 
allergy. 


Weal—The reddened, itchy swelling caused by a 
skin patch test. 


muscle lining the airways to open or dilate, can be very 
effective. Some bronchodilators used to treat acute 
asthma attacks include adrenaline, albuterol, or 
other adrenoceptor stimulants, most often adminis- 
tered as aerosols. Theophylline, naturally present in 
coffee and tea, is another drug that produces brocho- 
dilation. It is usually taken orally, but in a severe 
asthma attack is may be given intravenously. Other 
drugs, including steroids, are used to prevent asthma 
attacks and in the long-term management of asthma. 


Calamine lotion applied to affected skin can 
reduce irritation somewhat. Topical corticosteroid 
creams are more effective, though overuse may lead 
to dry and scaly skin. 


The emergency condition of anaphylaxis is treated 
with injection of adrenaline, also known as epinephrine. 
People who are prone to anaphylaxis because of food or 
insect allergies often carry an Epi-pen containing adre- 
naline in a hypodermic needle. Prompt injection can 
prevent a more serious reaction from developing. 
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Allergies can improve over time, although they 
often worsen. While anaphylaxis and severe asthma 
are life threatening, other allergic reactions are not. 
Learning to recognize and avoid allergy-provoking 
situations allows most people with allergies to lead 
normal lives. 


Avoiding allergens is the best means of limiting 
allergic reactions. For food allergies, there is no effec- 
tive treatment except avoidance. By determining the 
allergens that are causing reactions, most people can 
learn to avoid allergic reactions from food, drugs, and 
contact allergens such as poison ivy. Airborne aller- 
gens are more difficult to avoid, although keeping dust 
and animal dander from collecting in the house may 
limit exposure. 


See also Antibody and antigen. 
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Alligators see Crocodiles 


l Allotrope 


Allotropes are two or more forms of the same 
element in the same physical state (solid, liquid, or 
gas) that differ from each other in their physical, and 
sometimes chemical, properties. The most notable 
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examples of allotropes are found in groups 14, 15, and 
16 of the periodic table. Gaseous oxygen, for example, 
exists in three allotropic forms: monatomic oxygen 
(O), a diatomic molecule (O2), and in a triatomic 
molecule known as ozone (Os). 


A striking example of differing physical properties 
among allotropes is the case of carbon. Solid carbon 
exists in two allotropic forms: diamond and graphite. 
Diamond is the hardest naturally occurring substance 
and has the highest melting point (more than 6,335°F 
[3,502°C]) of any element. In contrast, graphite is a 
very soft material, the substance from which the 
“lead” in lead pencils is made. 


The allotropes of phosphorus illustrate the varia- 
tions in chemical properties that may occur among 
such forms. White phosphorus, for example, is a 
waxy white solid that bursts into flame spontaneously 
when exposed to air. It is also highly toxic. On the 
other hand, a second allotrope of phosphorus, known 
as red phosphorus, is far more stable, does not react 
with air, and is essentially nontoxic. 


Allotropes differ from each other structurally, 
depending on the number of atoms in a molecule of 
the element. There are allotropes of sulfur, for exam- 
ple, that contain 2, 6, 7, 8, 10, 12, 18, and 20 atoms per 
molecule (formulas S, to S29). Several of these, how- 
ever, are not very stable. 


The term allotrope was first suggested by Swedish 
chemist Jons J. Berzelius (1779-1848) when he ques- 
tioned whether a given element could exist in two or 
more forms with different chemical and physical prop- 
erties. He took the name from the Greek term allotro- 
pos, meaning other way. Berzelius already knew of 
elements with this property—carbon, phosphorus, 
and sulfur, in particular. Berzelius was unable to 
explain the structure of allotropes, however, and he 
did no further research on the subject. British father 
and son crystallographers Sir William Henry Bragg 
(1862-1942) and Sir William Lawrence Bragg (1890— 
1970) accomplished the first step in that direction in 
1914. The Braggs used x-ray diffraction to show that 
diamond and graphite differ from each other in their 
atomic structure. 


There are two types of allotropy. Monotropic 
allotropy happens when a particular form of a sub- 
stance maintains its stability under normal conditions, 
while the other form(s) change, eventually converting 
into the stable one. Graphite and diamonds, as men- 
tioned earlier, are allotropes of carbon, with graphite 
being the stable one and diamond converting slowly 
into graphite. Enantiotropic allotropy happens when a 
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specific condition such as temperature or pressure 
causes one form of a substance to transition into 
another form. The element tin is an example of an 
enantiotropic allotrope because at temperatures below 
55°F (13°C), it changes from white tin to gray tin. 


l Alloy 


A mixture of two or more metals is called an alloy. 
Alloys are distinguished from composite metals in that 
alloys are thoroughly mixed, creating, in effect, a syn- 
thetic metal. In metal composites, the introduced 
metal retains its identity within the matrix in the 
form of fibers, beads, or other shapes. 


Alloys are classified as interstitial or substitu- 
tional. In an interstitial alloy, smaller elements fill 
holes that are in the main metallic structure. The 
smaller element may be a nonmetallic element, such 
as boron, carbon, nitrogen, or silicon. For example, 
steel is an interstitial alloy in which carbon atoms fill 
the holes between the crystal structure of iron. In 
substitutional alloys, some of the atoms of the main 
metal are substituted with atoms of another metal. If 
the two metal atoms are about the same size and have 
the same crystallographic structure, then the two met- 
als may form a solid solution. Hume-Rothery rules 
predict which metals will form solid solutions based 
on the relative sizes and electronic properties of the 
metal atoms. Brass, an alloy composed of copper and 
zinc, is an example of a substitutional alloy. 


Alloys can be created by mixing the metals while 
in a molten state or by bonding metal powders. 
Various alloys have different desired properties such 
as strength, visual attractiveness, or malleability. The 
number of possible alloy combinations is almost 
endless, since any metal can be alloyed in pairs or in 
multiples. 


An entire period of human prehistory is named for 
the earliest known alloy—bronze. During the Bronze 
Age (c. 3500-1000 BC) humans first fashioned tools 
and weapons from something other than basic materi- 
als found in nature. Humans combined copper and tin 
to form a strong metal that was still easily malleable. 
Modern bronze contains a 25:75 ratio of tin to copper. 
The use of bronze in early times was greatest in areas 
where tin deposits were most plentiful, like Asia Minor, 
and among countries that traded with tin-mining 
nations. 
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Brass is an alloy of copper and zinc. It is valued for 
its light weight and rigid strength. It has a ratio of about 
one-third zinc to two-thirds copper. The exact ratio of 
metals determines the qualities of the alloy. For exam- 
ple, brass, having less than 63% copper, must be heated 
to be worked. Brass is noted for its beauty when pol- 
ished. Brass was perhaps first produced in Palestine 
between 1400 to 1200 BC The Romans later used it 
for coins. Many references to brass in the Bible and 
other ancient documents are incorrect translations of 
bronze. 


Pewter is an alloy of copper, tin, and antimony. It 
is a very soft mixture that can be worked when cold 
and beaten repeatedly without becoming brittle. It was 
used in Roman times, but its greatest period of popu- 
larity began in England in the fourteenth century and 
continued into the eighteenth. Colonial American 
metalworkers produced some notable pewter work. 
As a cheaper version of silver, it was used in plates, 
cups, pitchers, and candelabras. 


The various types of steel and iron are all alloys 
classifiable by their content of other materials. For 
instance, wrought iron has a very small carbon con- 
tent, while cast iron has at least 2% carbon. 


Steels contain varying amounts of carbon and 
metals such as tungsten, molybdenum, vanadium, 
and cobalt. These materials give them the strength, 
durability, and anti-corrosion capabilities required 
by their different uses. Stainless steel, which has 18% 
chromium and 8% nickel alloyed to it, is valued for its 
anti-corrosive qualities. 


Duraluminum contains one-third steel and two- 
thirds aluminum. It was developed during World War 
I for the superstructures of the Zeppelin airships built 
in Germany. 


Many alloys add function to physical beauty. For 
example, sterling silver is made with 8% copper to add 
strength so that it can be made into chalices and silver- 
ware. American coins are made from copper alloy, 
sometimes sandwiched between layers of silver. 


Metallurgy, or the study of metals and their 
alloys, remained relatively unchanged from antiquity 
until the end of the eighteenth century. The Industrial 
Revolution greatly increased the need for steel, so 
practical inventors and scientists developed new tech- 
niques for making alloys. For example, in 1850 the 
steelmaking industry was changed drastically by the 
Bessemer process, which burned out impurities in iron 
with the use of blast furnaces. In addition, two devel- 
opments in the latter half of the nineteenth century 
advanced the study of alloys. In 1863, Henry Clifton 
Sorby of Sheffield (1826-1908) developed a technique 
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for polishing and etching metals so that they could be 
observed under a microscope. This technique enabled 
scientists to correlate crystalline structures with the 
strength, ductility, and other properties of alloys. In 
1887, Hendrik Willem Bakhuis Roozeboom (1854— 
1907) applied Josiah Willard Gibb’s (1839-1903) 
phase rule to alloys. The phase rule applied thermody- 
namic principles to chemical equilibria and allowed 
Roozeboom to develop a phase diagram of the iron 
carbon system. A phase diagram shows the phases that 
can be present in an alloy at different temperatures, 
pressures, and compositions at thermodynamic equi- 
librium. Roozeboom’s phase diagram enabled him 
and others to improve the quality of steel. Later, 
other procedures, such as electron microscopy and 
x-ray techniques, also contributed greatly to the 
study of alloys. 


Alloys can also be superconductors, which are 
materials that have zero resistance to the flow of elec- 
trical current at low temperatures. One alloy of 
niobium and titanium becomes superconducting at 
-442.3°F (-263.5°C). Alloys of precious metals, like 
gold, silver, and platinum, are used as coins, catalysts 
for chemical reactions, electrical devices, temperature 
sensing devices, and jewelry. Yellow gold contains 
gold, silver, and copper in a 2:1:1 ratio. Some iron- 
based alloys like Alnico-4, which is 55% iron, 28% 
nickel, 12% aluminum, and 5% cobalt, are used as 
magnets. Many other applications exist for the over 
10,000 different types of alloys that have been 
developed. 


Alloys greatly enhance the versatility of metals. 
Without them, there would be total dependency on 
pure metals, which would affect their cost and avail- 
ability. Alloys are a very important part of human- 
kind’s past and future. 


See also Metallurgy. 


Allspice see Myrtle family (Myrtaceae) 


! Alluvial systems 


An alluvial system consists of sediments eroded, 
transported, and deposited by water flowing in rivers 
or streams. The sediments, known as alluvium, can 
range from clay-sized particles less than 0.002 mm 
(.00008 in) in diameter to boulders, which are defined 
as rocks greater than 256mm (10in) in diameter, 
depending on their source and the sediment transport 
capacity of streams in the system. The term alluvial is 
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This delta formed downstream of a break in a natural levee. Note the marsh growth that developed along the banks of the 
distributaries. (Dan Guravich. Photo Researchers, Inc.) 


closely related to the term fluvial, which refers to 
flowing water. Thus, alluvial systems are the result of 
fluvial processes. 


Modern alluvial systems can create flat and fertile 
valley bottoms that are attractive for farming because 
of their rich soils, which are replenished during fre- 
quent floods. The same floods that replenish soils, 
though, can become hazardous when homes are built 
on floodplains. Ancient alluvial systems that now lie 
below Earth’s surface can be exceptionally good aqui- 
fers and petroleum reservoirs. 


Alluvium 


Alluvium is the product of sediment erosion, 
transportation, and deposition. Therefore, its nature 
is controlled by the sediment supply and sediment 
transport capacity of streams in the watersheds from 
which it is derived. Regions subjected to high rates of 
tectonic uplift or tropical climates can supply large 
amounts of sediments to fluvial systems because rocks 
weather rapidly under those conditions. Tectonically 
stable, arid, and cold regions, in contrast, generally 
produce sediments at much lower rates. Global sea 


level changes influence alluvial processes in much the 
same way as tectonic uplift, controlling the base level 
to which streams erode. 


The type of bedrock underlying a watershed also 
exerts an important influence on the nature of the 
alluvium deposited downstream. A drainage basin 
underlain by easily eroded sandstone may produce 
only sand and silt, whereas one underlain by hard 
metamorphic rocks may produce cobbles and bould- 
ers. Geologists often study sedimentary rocks that 
were deposited in alluvial systems in order to learn 
about the climate, tectonics, and bedrock geology of 
ancient mountain ranges that supplied the sediment. 


Once sediment is produced by the physical and 
chemical weathering of rocks, it must be transported 
to an area in which deposition, also known as aggra- 
dation or alluviation, is possible. Although sediment 
transport is a complicated process, it is well known 
that sediment transport capacity is exponentially pro- 
portional to the stream discharge. Discharge is, in 
turn, controlled by precipitation, channel shape, chan- 
nel roughness, and stream gradient. Graded streams 
have adjusted their longitudinal profiles (by erosion 


and deposition at different points) in order to trans- 
port the volume of sediment supplied to them. 


Sediment particles that are small enough to be 
lifted and carried within the flowing water are known 
as the suspended load, whereas larger particles that 
roll, bounce, or skip along the streambed are known 
as the bedload. The specific sizes of sediment trans- 
ported as suspended load and bedload will change as 
the stream discharge changes in space and time. 
Therefore, a sediment particle may be part of the bed- 
load during times of discharge and part of the sus- 
pended load during times of high discharge such as 
floods. Sediment that is small enough to remain con- 
stantly suspended is often referred to as the wash load. 
Although a large river may be capable of transporting 
large boulders, its supply may be limited by the ability 
of watersheds to produce or tributaries to deliver them 
to the river. In many cases, boulders that exceed the 
sediment transport capacity of tributary streams are 
supplied to rivers by landslides, rockfalls, and debris 
flows. 


Alluvium is deposited during repeated cycles of 
valley incision and alluviation. Valley incision gener- 
ally occurs during times of rapid tectonic uplift (when 
sediment transport capacity exceeds sediment supply) 
or dry climates (when little sediment is produced). 
Alluviation, in contrast, is more likely to occur during 
times of tectonic quiescence or wet climatic conditions. 
Successive cycles of incision and alluviation can pro- 
duce a series of stream terraces, which are the rem- 
nants of abandoned flood plains and appear to form 
steps along valley walls. 


Commmon components 


The channel is the depression through which water 
flows from the head to the mouth of a stream. Some 
channels follow sinuous, or meandering, paths. Erosion 
occurs along the outside edge of meanders, where water 
velocity is the greatest, and deposition occurs along the 
inside edge of meanders, where water velocity is the 
lowest. The resulting depositional feature is known as 
a point bar, and alluvial channel deposits are formed by 
the constant migration of meanders through geologic 
time. Other channels are braided, meaning that they are 
composed of two or more interconnected low-sinuosity 
channels. Braided stream channels form when the sedi- 
ment load is large compared to the sediment transport 
capacity of a stream. Braided streams can occur natu- 
rally in areas of high sediment supply, for example near 
the snout of a glacier (the end of a glacier) or where the 
stream gradient abruptly decreases. A change from 
a meandering stream to a braided stream over a few 
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years or decades, however, can indicate an undesirable 
increase in sediment supply as the result of activities 
such as cattle grazing or logging. 


During times of high discharge, for example 
shortly after heavy rainstorms or spring snowmelt, 
streams can rise above their banks and flood sur- 
rounding areas. The low-lying and flood-prone areas 
adjacent to streams are known as floodplains. The 
velocity of water flowing across a floodplain is much 
lower than that in the adjacent channel, which causes 
suspended sediment to be deposited on floodplain. 
Coarse sediment is deposited close to the channel and 
forms natural levees that help to control future floods, 
but silt and clay can be carried to the far reaches of the 
floodplain. Thus, alluvial systems generally consist of 
both coarse-grained channel deposits representing 
bedload and fine-grained floodplain (also known as 
overbank) deposits. 


Meanders can be abandoned, particularly when 
they become extremely sinuous, to form crescent-shaped 
oxbow lakes within the flood plain. Abandonment 
occurs when it becomes more efficient for the stream 
to transport its sediment load by cutting a short new 
channel, thereby locally increasing its gradient, than 
by flowing through a long meander. 


Another common feature of alluvial systems is the 
stream terrace. A stream terrace is simply a floodplain 
that was abandoned when the stream incised to a lower 
level due to a change in base level. Careful observation 
can often reveal several generations of step-like terra- 
ces, each of which represents the elevation of an aban- 
doned flood plain, along a stream valley. 


Coastal alluvial plains 


Coastal alluvial plains form when streams trans- 
porting sediment from mountainous areas reach low 
elevations and deposit a large proportion of their sedi- 
ment load. This occurs due to a decrease in stream 
gradient, which reduces sediment transport capacity. 
The extent of coastal alluvial plains is controlled in 
large part by sea level, and alluvium deposited during 
previous times of low sea level (for example, during 
glacial epochs) may now lay tens or hundreds of 
meters below sea level. 


Alluvial fans 


Alluvial fans form where high-gradient mountain 
streams flow into valleys or onto plains and deposit 
their sediment load. Such is the case along the foot of 
the Panamint Mountains bordering Death Valley in 
California. As with overbank floodplain deposits, the 
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Alluvial systems 


KEY TERMS 


Bajada—A feature produced when adjacent alluvial 
fans overlap or coalesce and form a continuous 
deposit at the foot of a mountain range. Bajadas are 
common features in arid to semi-arid regions of the 
American West and Southwest. 


Base level—The lowest elevation to which a fluvial 
system grades or adjusts itself. Local base levels can 
be lakes or larger rivers. The global base level is sea 
level, which changes through geologic time. 


Bedload—tThe portion of sediment that is trans- 
ported by rolling, skipping, and hopping along the 
stream bed at any given time because it is too heavy 
to be lifted by flowing stream water. It stands in 
contrast to suspended load. 


Discharge—The volume of water flowing across an 
imaginary vertical plane perpendicular to the stream 


coarsest sediment is generally deposited closest to the 
mountains, and finer sediment can be carried many 
miles. Geologists often refer to the sediment deposited 
near the mountains as proximal and the sediment 
deposited far from the mountains as distal. Alluvial 
fans typically form three-dimensional cones that 
resemble folding fans when viewed from above, 
hence their name. The main stream branches out into 
many channels that distribute sediment across the 
alluvial fan. Alluvial fans formed by streams that 
drain large watersheds tend to be larger than those 
that drain small watersheds. They can grow in size 
until they begin to merge with fans created by neigh- 
boring streams, at which point they coalesce into a 
broad sloping surface known as a bajada. 


Deltas 


Deltas are formed at the mouths of streams that 
flow into lakes or oceans. They are fan-like deposits 
similar to alluvial fans, but located in the water rather 
than on dry land. Like alluvial fans, coarse sediments 
are deposited close to shore and fine-grained sediment 
is carried farther out to sea. The Mississippi River has 
formed the most prominent example of a delta within 
the United States. Other well-known examples are the 
Nile Delta of North Africa and the Amazon Delta of 
South America. When Aristotle (384-322 BC) observed 
the Nile Delta, he recognized it was shaped like the 
Greek letter delta, hence the name. Most deltas clog 
their channels with sediment and so must eventually 
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channel per unit of time. In the United States, it is 
customary to express stream discharge in units of 
cubic feet per second. 


Gradient—The slope of a stream channel, measured 
in terms of the change in elevation per unit of chan- 
nel length. Stream gradients can be expressed as 
percentages or using dimensionless terms such as 
meters of elevation change per kilometer of channel 
length. 


Sinuosity—The degree of curvature of a stream chan- 
nel as viewed from above. Highly sinuous streams 
contain many curves or meanders along their lengths. 


Suspended load—Sediment particles transported 
within flowing stream water at any given time, as 
opposed to bedload. Suspended load is responsible 
for the muddiness or turbidity of river water. 


abandon them. If the river then flows to the sea along a 
significantly different path, the delta will be aban- 
doned and a new delta lobe will form. This process, 
known as delta switching, helps build the coastline 
outward. 


See also Continental margin; Continental shelf; 
Earth science; Global climate; Hydrologic cycle; 
Hydrology; Land use; Landform; Sediment and sed- 
imentation; Sedimentary environment; Sedimentary 
rock. 
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Aloe see Lily family (Liliaceae) 


Alpacas see Camels 


l Alpha particle 


The alpha particle is emitted by certain radioac- 
tive elements as they decay (that is, as their atomic 
nuclei break spontaneously apart). It consists of two 
protons and two neutrons and is positively charged. 
An element that undergoes alpha decay changes into a 
new element whose atomic number is decreased by two 
(two fewer protons) and atomic mass is decreased by 
four (four fewer protons and neutrons) from its orig- 
inal form. An alpha particle is identical to the nucleus 
of a helium atom. 


Alpha decay occurs when a nucleus has so many 
protons that the strong nuclear force is unable to 
permanently counterbalance the strong repulsion of 
the electrical force between the protons. Due to ran- 
dom rearrangements of the particles in the nucleus, a 
moment comes when the imbalance of internal forces 
allows an alpha particle to escape. Because of its mass, 
the alpha particle travels relatively slowly (less than 
10% the speed of light), and it can be stopped by a thin 
sheet of aluminum foil. 


When Henri Becquerel first discovered radioac- 
tivity in 1896, he did not know that the radiation 
consisted of particles as well as electromagnetic rays. 
Ernest Rutherford began experimenting to determine 
the nature of radiation in 1898. One experiment dem- 
onstrated that radiation actually consisted of three 
types: a positive particle he called “alpha,” a negative 
particle, and electromagnetic radiation with high 
energy. By 1902, Rutherford and his colleague 
Frederick Soddy were proposing that a different 
chemical element is formed whenever a radioactive 
element decays, a process known as transmutation. 
Rutherford was awarded the Nobel Prize in chemistry 
in 1908 for discovering these basic principles of radio- 
activity. In Rutherford’s classic gold-foil experiment 
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to determine the structure of an atom, his assistants 
Hans Geiger and E. Marsden used positively-charged, 
high-speed alpha particles that were emitted from 
radioactive polonium to bombard a gold foil. The 
results of this experiment showed that an atom con- 
sisted of mostly empty space, with essentially all its 
mass concentrated in a very small, dense, positively 
charged center called the nucleus. In fact, the alpha 
particle itself was identified as the nucleus of the 
helium atom. Soddy, working with William Ramsay, 
who in 1895 had discovered that the element helium 
was a component of earth minerals, verified that 
helium is produced when radium is allowed to decay 
in a closed tube. 


The first production in the laboratory of radio- 
isotopes—as opposed to the naturally occurring radio- 
active isotopes—was achieved by bombarding stable 
isotopes with alpha particles. In 1919, Rutherford 
succeeded in producing oxygen-17 by bombarding 
ordinary nitrogen-14 with alpha particles; a proton 
was set free in the reaction. The 1935 Nobel Prize in 
chemistry was awarded to Iréne and Frédéric Joliet- 
Curie for their work in producing radioisotopes 
through the bombardment of stable elements with 
alpha particles from polonium decay. After bombard- 
ing aluminum with alpha particles, they found that 
when the nucleus absorbed an alpha particle, it 
changed into a previously unknown radioisotope of 
phosphorus; an unidentified neutral particle was set 
free in the reaction. James Chadwick repeated their 
experiment using a beryllium target, then captured the 
particle that was emitted and used principles of classi- 
cal physics to identify its mass as being the same as 
that of the proton. This particle was named the neu- 
tron, and Chadwick received the 1935 Nobel Prize in 
physics for its discovery. Subsequently, scientists 
began accelerating alpha particles to very high ener- 
gies in specially constructed devices, like the cyclotron 
and linear accelerator, before shooting them at the 
element they wanted to transmute. 


A number of radioisotopes, both natural and 
man-made, have been identified as alpha emitters. 
The decay chain of the most abundant uranium iso- 
tope, uranium-238, to stable lead-206 involves eight 
different alpha decay reactions. Uranium has a very 
long half-life (4.5 billion years) and because it is 
present in the earth in easily measured amounts, the 
ratio of uranium to lead is used to estimate the age of 
our planet Earth. Guenther Lugmair at the University 
of California at San Diego introduced age-dating 
using samarium-147, which undergoes alpha decay to 
produce neodymium-143. 
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Alternate light source analysis 


Most of the transuranic radioactive elements 
undergo alpha decay. During the 1960s, when an 
instrument was needed to analyze the lunar surface, 
Anthony Turkevich developed an alpha scattering 
instrument, using for the alpha source curium-242, a 
transuranic element produced by the alpha decay of 
americium-241. This instrument was used on the 
moon’s surface by Surveyors 5, 6, and 7. Plutonium 
has been used to power more than twenty spacecraft 
since 1972; it is also being used to power cardiac 
pacemakers. 


Ionization smoke detectors detect the presence of 
smoke using an ionization chamber and a source of 
ionizing radiation (americium-241). The alpha particles 
emitted by the radioactive decay of the americium-241 
ionize the oxygen and nitrogen atoms present in the 
chamber, giving rise to free electrons and ions. When 
smoke is present in the chamber, the electrical current 
produced by the free electrons and ions (as they move 
toward positively and negatively charged plates in the 
detector) is neutralized by smoke particles; this results 
in a drop in electrical current and sets off an alarm. 


Because of their low penetrability, alpha particles 
do not usually pose a threat to living organisms unless 
they are radiated by ingested atoms of radioactive 
materials undergoing alpha decay. This is the problem 
presented by the radioactive gas radon, which is 
formed through the natural radioactive decay of ura- 
nium (present in rock, soil, and water throughout the 
world). As radon gas seeps up through the ground, it 
can become trapped in buildings, where it may build 
up to toxic levels. Radon can enter the body through 
the lungs, where it undergoes alpha decay to form 
polonium, a radioactive solid that remains in the 
lungs and continues to emit cancer-causing radiation. 


l Alternate light source analysis 


A forensic examination that is conducted only 
using the visible light wavelengths that are emitted 
from conventional bulbs may not reveal all the evi- 
dence present. Depending on the composition of the 
evidence or the material it is in contact with, its pres- 
ence may be poorly revealed, if at all, by conventional 
light. The use of what has been termed alternate light 
sources can reveal otherwise hidden evidence. 


The use of alternate light sources in forensic 
investigations was pioneered by the Royal Canadian 
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Testing for fingerprints using a laser light. (© Charles ORear/ 
Corbis.) 


Mounted Police in the 1970s. Then, the units were 
typically water-cooled argon-ion lasers. These large 
and expensive machines could not be transported to 
the scene. Rather, samples needed to be brought to a 
laboratory equipped with the laser. 


Portable lasers capable of delivering a single 
wavelength of light were developed in the late 1980s. 
In the 1990s, the development of a high-intensity 
incandescent bulb allowed a wider range of wave- 
lengths to be generated, from the ultraviolet range of 
the light spectrum to the near infrared. Modern alter- 
nate light sources can be less than 20 pounds (9 kg) and 
are easy to operate. 


In general, an alternate light source consists of the 
light itself (such as a laser or incandescent bulb), a 
filter or combination of filters that enable all but the 
selected wavelengths of light to be screened out, a device 
to deliver the light to the area being examined and 
appropriate viewing accessories (such as protective 
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goggles, if the wavelengths of light being used are 
potentially harmful, or goggles equipped with a filter 
to further screen the incoming light). 


Since alternative light source examinations are typi- 
cally done at the scene of the accident or crime, the light- 
delivering device needs to be rugged and portable. 
Typically the light will be equipped with a wheel contain- 
ing a half dozen or so filters, which can be rotated to bring 
a different filter into the light path. Another alternate light 
source design utilizes a flexible fiber-optic cable, which is 
advantageous in examining confined spaces. 


The key to the use of alternate light sources is 
fluorescence; the absorption of light at one wavelength 
and the emission of light at a longer wavelength. The 
emitted light can be detected by use of the screening 
filters, which block out the other wavelengths of light. 


Most organic materials can be made to fluoresce. As 
an example, a fingerprint can be invisible to the naked eye. 
But, when illuminated using an intense blue-green light 
from a laser or incandescent source, the organic materials 
in the fingerprint will fluoresce yellow. The fluorescence is 
visible without the addition or powders or dyes. 


The same principle applies to other organic sam- 
ples including semen, saliva, fibers from materials, and 
ink. Furthermore, different organic materials will 
absorb light and fluoresce at different wavelengths. 
This means that evidence such as a fingerprint or a 
bite mark can be detected on materials as diverse as 
skin, paper, rubber, and cloth fabric. 


This sort of differentiation requires a skilled oper- 
ator, since the color of the illuminating light is critical 
to elicit the maximum fluorescence from the evidence 
while minimizing the background fluorescence from 
the supporting material. As well, the selection of the 
filter(s) is important, since it will block all but the 
desired wavelengths of the illuminating light while 
not blocking the wavelengths of the emitted fluores- 
cent light (which is generally much less intense). 


One use for alternate light sources is the examina- 
tion of a weapon such as a gun or knife. Finger and palm 
prints are nearly invisible on such metal surfaces when 
examined under room light. But, when viewed under a 
green light and observed through an orange filter, the 
prints can easily be seen. Similar lighting conditions and 
special film can be used to photograph prints. 


Body fluids can be detected using alternate light 
sources. For example, the use of near-ultraviolet light 
can readily reveal the presence of semen stains. Other 
body fluids that can be detected include saliva, blood, 
urine, and vaginal secretions. 
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Gunshot residue can also be readily observed 
using the appropriate illumination. Small bits of paint, 
fiber, hair, glass, crystals, and other “trace evidence,” 
which can be physically difficult to find at a crime or 
accident scene, can be located using alternate light. 
Moreover, the differing chemistries and shapes of the 
objects can produce different patterns of fluorescence, 
allowing different objects to be coincidentally detected. 


As a final example, document forgery can be 
detected using alternate forensic light sources, since 
differences in ink composition and the differing peri- 
ods of time that the ink was in contact with the paper 
will produce detectable changes. 


See also Bloodstain evidence; Crime scene inves- 
tigation; Forensic science. 


Brian Hoyle 


Alternating current see Electric current 


l Alternative energy sources 


Nonrenewable fossil fuels—coal, petroleum, and nat- 
ural gas—provide more than 85% of the energy used 
around the world. In the United States, fossil fuels com- 
prise approximately 80% of the total energy supply, 
nuclear power provides about 7.7% and all renewable 
energy sources provide about 7%. (Note that these figures 
lump together electricity and all other forms of energy use, 
such as heat and transport fuel; in practice, electricity is 
best treated as a special category of energy consumption.) 
Wind power, active and passive solar systems, geothermal 
energy, and biomass are examples of renewable or alter- 
native energy sources. Although such alternative sources 
make up a small fraction of total energy production today, 
their share is growing rapidly. As of 2006, wind power was 
the cheapest form of large-scale electric generation to 
install (measured by kilowatt-hours delivered)—cheaper 
than new coal plants, new nuclear plants, or solar cells, for 
example. 


Scientists estimate that easily extractable fossil 
fuels will be largely used up during the twenty-first 
century: known petroleum reserves will last less than 
50 years at current rates of use; the rate of discovery of 
new reserves is decreasing. Much larger reserves of coal 
exist, but could be extracted only at catastrophic envi- 
ronmental cost. Proponents of nuclear power are today 
urging that nuclear power has many virtues, including 
a zero output of greenhouse gasses such as carbon 
dioxide (released by burning fossil fuels). Opponents 
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Wind generators in Whitewater, California. (JLM Visuals.) 


of nuclear power urge that it is unacceptable because 
of its high cost, its vulnerability to military and terror 
attack, possible accidental releases of radioactivity 
during fuel processing and operation, and the chal- 
lenge of waste disposal. Further, critics argue that 
nuclear-power technologies cannot be disseminated 
globally without spreading at the same time much of 
the materials and know-how for producing nuclear 
weapons. For example, the U.S. government was con- 
cerned in 2006 that the Iranian government might be 
obtaining material for a secret nuclear-weapons pro- 
gram from its civilian nuclear power program. 


Achieving wider use of renewable sources of energy 
is thus, seen by many planners as key for a sustainable, 
affordable, and peaceful global economy. In 2002, the 
15-nation European Union declared its intention to shift 
away from both fossil fuels and nuclear power, with an 
initial goal of generating 12% ofits total energy and 22% 
of its electricity from renewable sources by 2010. 


The exact contribution that alternative energy 
sources make to the total primary energy used around 
the world is not known. However, there is no fundamen- 
tal physical reason why the fraction of world energy 
supply produced by alternative (also called “renewable”) 


sources should not be 100%. Indeed, in the long run, 
renewables (and, some argue, nuclear power) are the 
only options: there is only so much fossil fuel in the 
world, and if it is used it must someday all be gone. 
(The theory that Earth is continually producing new 
petroleum from its interior is not accepted by the 
scientific community.) The primary barriers to the use 
of renewable or alternative sources for all energy are 
(a) lingering high cost of most renewable sources com- 
pared to fossil fuel, despite constantly declining prices 
for renewables, and (b) the sheer magnitude of industrial 
society’s energy demands, it being difficult to harvest 
so much energy from natural fluxes such as sunlight 
and wind. A combination of increased efficiency of use 
and decreased prices for renewables due to economies 
of scale and technical advances could make it possible, 
eventually, for renewables to take on the lion’s share 
of world energy demand. This seems unlikely to happen 
any time within the next half-century or so, however. 


Wind power 


Although today considered an alternative energy 
source, wind power is one of the earliest forms of 


energy harvested by humans. Wind is caused by the 
uneven heating of Earth’s surface, and its energy is 
equivalent to about 2% of the solar energy reaching 
the planet. The amount of energy theoretically available 
from wind is thus, very great, although it would be 
neither practical, wise, nor necessary to intercept more 
than a tiny percentage of the world’s total windflow. 


Wind is usually harvested by windmills, which may 
either supply mechanical energy directly to machinery 
or drive generators to produce electricity. 


Energy must be distinguished from electricity; elec- 
tricity is not a source of energy, but a form of it. In 
processes that burn chemical or nuclear fuel to generate 
electricity, more energy is lost as heat than is delivered 
as electricity. A windmill, likewise, supplies less usable 
energy when it is used to generate electricity than when 
it is used to do mechanical work directly. Electricity 
has the positive qualities of being transmissible over 
long distances via powerlines and of being useful for 
millions of applications—lighting, motors, electronics, 
and so on. 


The ideal location for a windmill generator is in a 
place with constant and relatively fast winds and no 
obstacles such as tall buildings or trees. An efficient 
modern windmill can extract about one third of the 
energy of the wind passing through it. The estimated 
cost of generating one kilowatt-hour (the amount of 
energy consumed by ten 100-watt light bulbs in one 
hour) by wind power was about 3-6 cents in 2006 as 
compared to about 15 cents for new nuclear power, 
and was decreasing rapidly. California leads the 
United States in utilization of wind power, producing 
approximately 1.5% of its electric usage in 2006 from 
wind, more than enough to light San Francisco. 
Denmark led the world in this respect in 2006, obtain- 
ing 23% of its electricity from windmills (and six more 
percent from other renewable sources). Germany was 
obtaining about 6% of its energy from wind in 2006 
and Spain about 8%, with vigorous government- 
funded programs to build more capacity. Wind power 
cannot supply more than a certain fraction of an elec- 
tric system’s power due to the window’s stop-and-go 
nature, but distributing wind turbines over geographic 
areas linked by transmission lines softens this effect. 
Ultimately, some form of energy storage would be 
necessary if wind were to supply the majority of a 
society’s electric supply. Storing energy would allow 
windmills to supply a steady, reliable flow of power. 


Solar power 
Solar energy can be utilized either directly as heat 


or indirectly as electricity produced using photovoltaic 
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cells or steam generators. Greenhouses and solariums 
are common examples of the direct use of solar energy, 
having glass surfaces that allow the passage of visible 
light from the sun but slow the escape of heat and 
infrared radiation. Another direct method involves 
flat-plate solar collectors that can be mounted on roof- 
tops to provide energy needed for water heating or 
space heating. Windows and collectors are considered 
passive systems for harnessing solar energy. Active 
solar systems use fans, pumps, or other machinery to 
transport heat derived from sunlight. 


Photovoltaic cells are flat electronic devices that 
convert some of the light that falls on them directly to 
electricity. Typical commercial photovoltaic cells con- 
vert 10-20% of the sunlight that falls on them to 
electricity. In the laboratory, the highest efficiency 
demonstrated so far is over 30%. (Photovoltaic effi- 
ciency is important even though sunlight is free; 
higher-efficiency cells produce more power in a limited 
space, such as on a rooftop.) Photovoltaics are already 
economic for use in remote applications, such as 
highway construction signs, spacecraft, lighthouses, 
boats, rural villages, and isolated homes, and large- 
scale initiatives are under way in California and 
other places to produce thousands of megawatts of 
power from rooftop-mounted photovoltaic systems. 
California alone was committed, as of 2006, to instal- 
ling 3,000 megawatts of new photovoltaic capacity 
by 2017. 


Starting in the late 1990s, Germany and Japan 
began ambitious government programs to promote 
photovoltaic energy, and as of 2006 were the world’s 
leaders in the manufacture and installation of solar 
cells. Germany, the world’s sixth-largest electricity 
consumer, installed 837 megawatts of solar capacity 
in 2005 alone. 


Thermal-electric solar systems have also been 
developed using tracking circuits that follow the 
sun and mirrored reflectors that concentrate its 
energy. These systems develop intense heat that 
generates steam, which in turn drives a turbine gener- 
ator to produce electricity. These centralized solar 
plants, however, have been made less relatively eco- 
nomical by declining prices for photovoltaic cells. 
Photovoltaic cells also have extraordinarily low 
operating costs, since they have no moving parts 
(unless governed by heliostats that turn them to face 
the moving sun). 


Geothermal energy 
Geothermal energy is heat generated naturally in 


the interior of the earth, and can be used either 
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Alternative energy sources 


directly, as heat, or indirectly, to generate electricity. 
Geothermal energy can be used to generate electricity 
by the flashed-steam method, in which high-temperature 
geothermal brine is used as a heat source to convert 
water injected from the surface into steam. The steam 
is used to turn a turbine and generator, which produ- 
ces electricity. When geothermal wells are not hot 
enough to create steam, a fluid that evaporates at a 
lower temperature than water, such as isobutane or 
ammonia, can be used in a closed loop in which the 
geothermal heat evaporates the fluid to run a turbine 
and the cooled vapor is recondensed and reused. More 
than 20 countries utilize geothermal energy, including 
Iceland, Italy, Japan, Mexico, Russia, and the United 
States. Unlike solar energy and wind power, geother- 
mal energy may contribute to air pollution and may 
raise dissolved salts and toxic elements such as mer- 
cury and arsenic to the surface. 


Oceanic sources 


Although there are several ways of utilizing 
energy from the oceans, the most promising are the 
harnessing of tidal power and ocean thermal energy 
conversion. The power of oceanic tides is based on the 
difference between the (usually) twice-daily high and 
low water levels. In order for tidal power to be effec- 
tive, this difference in height must exceed about 15 ft 
(3 m). There are only a few places in the world where 
such differences exist, however, including the Bay of 
Fundy in Canada and a few sites in China. 


Oceanic thermal energy conversion utilizes tem- 
perature differences rather than tides. Ocean temper- 
ature is commonly stratified, especially near the tropics; 
that is, the ocean is warmer at the surface and cooler at 
depth. Thermal energy conversion takes advantage of 
this fact by using a fluid with a low boiling point, such 
as ammonia. Vapor boiled from this fluid by warm 
surface water drives a turbine, with cold water from 
lower depths being pumped up to condense the vapor 
back into liquid. The electrical power thus generated 
can be shipped to shore over transmission lines or used 
to operate a floating industrial operation such as a 
cannery. 


It is unlikely, however, that tidal energy will ever 
make a large contribution to world energy use; the 
number of suitable sites for tidal power is small, and 
the large-scale use of thermal energy conversion would 
likely cause unacceptable environmental damage. 
However, a number of projects are under way attempt- 
ing to develop cost-effective devices for harvesting the 
energy of surface waves. 
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Biomass 


Biomass—wood, dried animal dung, or materials 
left over from agriculture—is the oldest fuel used by 
people, and was initially utilized for space-heating and 
cooking food. These uses are still major energy sources 
in developing countries, especially in rural areas. 
Biomass can also be combusted in a boiler to produce 
steam, which can be used to generate electricity. The 
biomass of trees, sugar cane, and corn can also be used 
to manufacture ethanol or methanol, which are useful 
liquid fuels. 


Other sources of alternative energy 


Other sources of alternative energy, some exper- 
imental, are also being explored. Methane gas is gen- 
erated from the anaerobic breakdown of organic 
waste in landfills and in wastewater treatment plants; 
this methane can be collected and used as a gaseous 
fuel for the generation of electricity. With the cost of 
garbage disposal rapidly increasing, the burning of 
organic garbage is becoming a viable option as an 
energy source. Incinerators doing this are sometimes 
known as “waste to energy” facilities. Adequate air 
pollution controls are necessary, however, to prevent 
the emission of toxic chemicals to the environment—a 
“landfill in the air” effect. 


Fuel cells, although a not a source of primary 
energy but a way of using energy more efficiently, are 
another rapidly developing technology. These devices 
oxidize hydrogen gas, produce electricity, and release 
only water as a waste product. Experimental vehicles 
(including buses) and medium-sized generating units 
are already running using this promising technology. 
Like electricity itself, however, hydrogen is not 
an energy source; hydrogen gas (H2) does not occur 
naturally on Earth in significant quantities, but must 
be manufactured using energy from fossil fuel, solar 
power, or some other source. Fuel cells have the 
advantage of producing electricity at their point of 
end-use from a concentrated fuel that does not pro- 
duce pollution; if their fuel can be produced by non- 
polluting means, such as from solar energy, then they 
can become part of a renewable, nonpolluting energy 
economy. 


Although not in the strictest sense an alternative 
source of energy, conservation is perhaps the most 
important way of reducing society’s dependence on 
nonrenewable fossil and nuclear fuels. Improving the 
efficiency of energy usage is a way of meeting energy 
demands without producing pollution or requiring 
changes in lifestyle (though lifestyle changes may 
also ultimately be necessary, as nonrenewable energy 
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stocks decline). If a society needs, for example, to double 
the number of refrigerators it uses from 10 to 20 it is far 
cheaper to engineer and manufacture 20 refrigerators 
with twice the efficiency of the old ones than to manu- 
facture 10 refrigerators of the old type and double 
the amount of electricity produced. New electric gener- 
ation facilities of any type are expensive, and all—even 
alternative or renewable generators—impose some costs 
on the environment. Experts have estimated that it is 
still possible, as of the early 2000s, to double the effi- 
ciency of electric motors, triple the efficiency of light 
bulbs (or better, with light-emitting diodes), quadruple 
the efficiency of refrigerators and air conditioners, and 
quintuple the gasoline mileage of automobiles. Several 
European and Japanese automobile manufacturers are 
already marketing hybrid vehicles with high gasoline 
mileage (40—-70+ miles per gallon) and ultra-low emis- 
sions, and these by no means reflect the upper limit of 
efficiency possible. 
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l Alternative medicine 


Alternative medicine is defined as the medical and 
therapeutic techniques, practices, and beliefs that are 
generally not accepted by most mainstream Western 
health care practitioners and organizations. The 
National Institutes of Health classifies alternative med- 
icine as an unrelated group of non-orthodox therapeutic 
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practices, often with explanatory systems that do not 
follow conventional biomedical explanations or more 
seriously, based on pseudoscience. Overall, it covers a 
broad range of philosophies, approaches, and therapies 
for healing. It is usually defined as treatments and prac- 
tices outside of traditional Western medicine that are 
not taught widely in medical schools, not used in hospi- 
tals, and not usually reimbursed by insurance compa- 
nies. Alternative medicine is used to treat conditions 
ranging from colds to skin cancer. 


Alternative medicine considers health a balancing 
of mind, body, and spirit. This holistic approach takes 
into consideration the whole person including his or 
her physical, mental, emotional, and spiritual aspects. 
Many alternative practices are designed to prevent 
health problems rather than attempting to treat symp- 
toms later. Some alternative medicine approaches are 
consistent with Western medical principals and some 
are not. Some are far outside of accepted Western 
medical practice and theory, while others are becom- 
ing part of mainstream medicine. 


Alternative therapies include, but are not limited 
to the following disciplines: folk medicine, herbal med- 
icine, diet fads, homeopathy, faith healing, new age 
healing, chiropractic, acupuncture, naturopathy, mas- 
sage, and music therapy. Studies suggest these thera- 
pies are sought out by individuals who suffer a variety 
of medical problems. In general, alternative medical 
practice that fits three criteria: it is not taught in the 
standard medical school curriculum; there is not suffi- 
cient scientific evidence that the treatment is safe and 
effective against a specific disease; and insurance com- 
panies do not reimburse the patient for its cost. 


Such descriptions could include nearly all unpro- 
ven but ineffective practices that offer little in benefit 
but draw billions of health care dollars from desperate 
patients. The use of laetrile (a derivative of apricot 
pits) to treat cancer and chelation therapy to remove 
cholesterol deposits from severely affected arteries are 
cases in point. Both are highly touted by their practi- 
tioners, both have been tested under rigid scientific 
research standards, and both have been found ineffec- 
tive and useless. The primary harm of such treatments 
lies in the fact that patients who utilize them often do 
not seek more effective, mainstream medical care. 


The first known example of alternative medicine 
in the United States was the introduction and patent- 
ing in 1797 of a ‘mechanical tractor’ to pull bad elec- 
tricity, alleged to be the source of all illnesses, from the 
body. A chief justice of the Supreme Court, several 
members of Congress, and retired president George 
Washington, all used this device. 
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Alternative medicine 


Although some alternative medical practices are 
clearly ineffective and sometimes dangerous, others 
have achieved a degree of acceptability in the eyes of 
organized medicine. Among these are naturopathy, 
yoga, biofeedback, hypnotism, acupuncture, chiroprac- 
tic medicine, homeopathy, and relaxation techniques. 


Worldwide, only about 10 to 30% of all health 
care is delivered by conventional medical practitioners. 
The remainder use alternative medicine. According to 
the World Health Organization, interest in traditional 
and alternative systems of medicine has grown in many 
developed countries during the last decade of the twen- 
tieth century and into the twenty-first century. One- 
third of American adults have used an alternative treat- 
ment. As Americans take more control over their own 
health care, and seek to avoid drugs and surgery, or 
supplement conventional medical treatments, interest 
continues to grow. Disenchantment with the cost, 
complexity, and perceived limitations of modern 
medicine has also contributed to the rise of alternative 
medicine. Medical doctors are also becoming more 
interested in alternative medicine and some have 
incorporated alternative therapies into their practices. 
Health insurance companies are now beginning to 
cover some alternative methods. 


With its growing popularity among consumers 
and professionals worldwide, alternative medicine is 
becoming less “alternative” with each passing year. In 
the 1990s, an increasing number of medical schools 
began offering courses in alternative medicine, and 
some hospitals began creating departments of alter- 
native medicine. According to a report published in 
the New England Journal of Medicine in 1993, the 
estimated number of annual visits to providers of 
alternative medicine (425 million) in the United 
States in 1990 exceeded the number of visits to all 
primary care physicians (388 million). From 1990 to 
2005, the number of visits to providers of alternative 
medicine continued to grow faster than visits to pri- 
mary care physicians. This trend is expected to con- 
tinue in the near future. 


Naturopathy 


The practitioner of naturopathic medicine consid- 
ers the person as a whole, treats symptoms such as 
fever as a natural manifestation of the body’s defense 
mechanism that should not be interrupted, and works 
to heal disease by altering the patient’s diet, lifestyle, 
or work habits. The basis of naturopathy can be traced 
back through Native American practices, to India, 
China, and ancient Greece. 
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In naturopathy, the body’s power to heal is 
acknowledged to be a powerful process that the prac- 
titioner should enhance using natural remedies. Fever, 
inflammation, and other symptoms are not the under- 
lying cause of disease, but are reflections of the body’s 
attempt to rid itself of the underlying cause. The dis- 
ease itself originates from spiritual, physical, or emo- 
tional roots, and the cause must be identified in order 
that effective therapy may be applied. The patient is 
viewed holistically and not as a collection of symp- 
toms; the cure is gauged to be safe and not harmful to 
the patient. The practitioner is a teacher who is trained 
to recognize the underlying problems and teach the 
patient to adopt a healthier lifestyle, diet, or attitude to 
forestall disease. The naturopathic practitioner is a 
specialist in preventive medicine who believes preven- 
tion can best be achieved by teaching patients to live in 
ways that maintain good health. 


In addition to advising the patient on lifestyle 
changes to prevent disease, the naturopathic practi- 
tioner may also call upon acupuncture, homeopathy, 
physical therapy, and other means to strengthen the 
patient’s ability to fight disease. Herbal preparations 
as well as vitamin and mineral supplements may be 
used to strengthen weakened immune systems. 
Stressful situations must be eased so that the digestive 
system can function properly, and any spiritual dis- 
harmony is identified and corrected. 


Naturopaths are trained in herbal medicine, clin- 
ical dietetics, hydrotherapy, acupuncture, and other 
noninvasive means to treat disease. They provide ther- 
apy for chronic as well as acute conditions, and may 
work beside physicians to help patients recover from 
major surgery. The naturopath does only minor sur- 
gery and depends upon natural remedies for the bulk 
of patient therapy. Naturopathy is not widely 
accepted by physicians, although some practitioners 
are also doctors of medicine (M.D.). 


Lifestyle changes 


Lifestyle changes can be as simple as getting more 
exercise or as complex as completely redesigning the 
diet. Exercise in moderation is a preventive measure 
against heart disease, stroke, and other serious con- 
ditions. It is only when such exercise programs become 
excessive or all consuming that they may be harmful. 
Some people use very high daily doses of vitamins in 
an attempt to forestall the aging process or to assist the 
body in ridding itself of cancer or HIV (human immu- 
nodeficiency virus). Huge dosages (what is called meg- 
adoses) of vitamins have not been proven effective for 
these purposes. Vitamins play a specific role in the 
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metabolism and excess vitamins simply are stored in 
the fat or are eliminated from the body through the 
kidneys. 


Changes to achieve a more balanced intake of 
nutrients or to reduce the amount of fat in the diet 
are beneficial, but dietary programs that add herbal 
supplements to the diet may be ineffective or even 
harmful. Chinese and Far Eastern cultures use herbal 
therapy to achieve weight loss, delay aging, or increase 
strength. Dietary supplements of Chinese herbs have 
become increasingly popular among Westerners, 
although most Americans do not know specifically 
what herbs they are consuming. Laboratory tests 
have raised questions about the effectiveness of many 
of these herbs; some may have high lead content and 
therefore are potentially toxic. 


Relaxation 


Many practices are included under the general 
term of relaxation. Relaxation techniques are gener- 
ally accepted as beneficial to individuals who are oth- 
erwise unable to sleep, in pain, under ongoing job- 
related stress, or recovering from surgery. Various 
relaxation techniques frequently are used in hospitals 
to help patients deal with pain or to help them sleep. 


In the simplest form of relaxation therapy, the 
individual is taught to lie quietly and to consciously 
relax each part of the body. Beginning with the feet 
and progressing through the ankles, calves, thighs, 
abdomen, and so forth up to the neck and forehead, 
each part of the body is told to relax and the individual 
focuses his thoughts on the body part that is being told 
to relax. It is possible to feel the muscles of the leg or 
the arm relaxing under this focused attention. 


The ancient practice of yoga is also considered a 
relaxation technique. The practice of assuming a speci- 
fied position (the lotus position, for example), clearing 
the mind of the sources of stress, and concentrating on 
one’s inner being for a short time can be beneficial. 
Following a yoga session, the individual often is less 
stressed and can order his thoughts in a more organ- 
ized manner. Transcendental meditation is a variation 
of yoga that consists of assuming specific body posi- 
tions and chanting a mantra, a word or two that is 
repeated and serves to concentrate the mind. This 
practice is claimed to clear the mind of stressful 
thoughts and anxiety, and enables the practitioner to 
reorder his priorities in a more relaxed manner. 


Yet another variation on relaxation came into 
widespread use in the late 1960s. Biofeedback became 
a popular practice that initiated an industry devoted 
to manufacturing the devices needed to practice it 
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effectively. Biofeedback is a process by which an indi- 
vidual consciously controls certain physiologic proc- 
esses. These can be processes that normally are subject 
to thought control, such as muscle tension, or those 
that are not, such as heart rate. To effect such control, 
the person is connected to a gauge or signal device that 
changes tone with changes in the organ being con- 
trolled. This visual or auditory signal provides evi- 
dence of the effectiveness of the person’s effort. The 
heart rate can be monitored by the scale of a tone or a 
blip on a small screen. The tone lowers in pitch or the 
blip appears with decreasing frequency as the heart 
rate slows. The goal is for the individual to learn to 
influence the signal in front of him and, having 
acquired this proficiency, to be able to accomplish 
the same physiologic changes without the visual or 
auditory signal. Biofeedback has been used success- 
fully to reduce stress, eliminate headaches, control 
asthma attacks, and relieve pain. 


Hypnotism, despite its use for entertainment pur- 
poses, also has a place in medical practice. Hypnotism 
was first introduced to the medical community in the 
late eighteenth century by German physician Franz 
Anton Mesmer (1734-1815), and was first called mes- 
merism. Mesmerism fell out of favor in France when a 
scientific committee failed to verify Mesmer’s claims 
for the practice. The name was later changed to hyp- 
notism (from the Greek word hypnos for sleep) by 
James Braid (1795-1860), an English ophthalmolo- 
gist. Although technically hypnotism is not sleep, the 
name stuck. 


Austrian physiologist, medical doctor, psycholo- 
gist Sigmund Freud (1856-1939) adopted hypnotism 
into his practice in the nineteenth century. Early in his 
use of the practice he praised its benefits, writing two 
scientific papers on hypnotism and employing it to 
treat his patients. By the early 1890s, however, Freud 
abandoned hypnotism in favor of his own methods of 
analysis. It was not until the 1950s that the British and 
American medical societies approved the use of hyp- 
nosis as an adjunct to pain treatment. In clinical use, 
hypnotism is called hypnotherapy, and it is used to 
treat both physical and psychological disorders. The 
patient is placed in a trance-like state so that the 
physician may delve into the deepest levels of the 
mind to relieve such conditions as migraine headaches, 
muscle aches, chronic headaches, and postoperative 
pain. This trance-like condition can be induced by 
the practitioner or by the patient. It is achieved by 
first relaxing the body and then by concentrating the 
patient’s attention on a single object or idea, shifting 
his thoughts away from the immediate environment. 
In the lightest form of hypnosis, the superficial level, 
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the patient may accept suggestions but will not always 
take steps to carry them out. Therapists try to reach 
the deeper state of hypnosis, the somnambulistic stage, 
in which the patient is readily susceptible to suggestion 
and carries out instructions while hypnotized as well 
as after he has come out of the trance (post-hypnotic 
suggestion). 


While in the trance the patient can be induced to 
ignore pain, to fully relax, or to carry out other bene- 
ficial suggestions by the therapist. Also the therapist 
may suggest that the patient can hypnotize himself 
when he/she needs relief from pain or needs to blunt 
his appetite. The patient is given a simple ritual to 
follow including specific words to say to place him- 
self/herself in a hypnotic trance. The patient will then 
convince himself/herself that the pain has been 
relieved or that he/she has eaten a sufficient amount. 
Upon recovering to a normal level of consciousness 
the patient will find that the pain is less or that he/she 
has no need for additional food. 


Unlike portrayals of hypnotists in films, a thera- 
pist cannot hypnotize anyone who does not want to be 
hypnotized. It is essential that the patient and thera- 
pist have a close rapport; along with the patient fully 
believing that the practice will be of benefit to him and 
the surroundings being devoid of any distracting stim- 
uli. Even when in a trance, the patient will not carry 
out any act he/she would find morally unacceptable in 
the waking state. The hypnotist cannot place someone 
in a trance, for example, and direct him/her to steal a 
car or rob a bank. The subject will awaken with the 
shock of the suggestion. 


Chiropractic medicine 


Chiropractic medicine is founded on the hypoth- 
esis that many human diseases and disorders stem 
from deviations or subluxations of the spine, which 
impinge on the spinal nerves, causing pain or disfunc- 
tion of the affected organs. Treatment consists of 
determining which of the vertebrae have shifted and 
then realigning them properly. This may be accom- 
plished in a single treatment or may require a series of 
treatments over time. 


Chiropractic, derived from the Greek words for 
‘practice by the hands,’ was developed by Canadian- 
born American grocer Daniel David Palmer (1845-— 
1913), in 1895, in Iowa. Palmer believed that the 
source of illness was the misalignment, or subluxation, 
of the spinal column in such a way that the vertebrae 
impinged upon the spinal nerves that passed from the 
spinal cord, between the vertebrae, to the various 
organs and muscles of the body. This constriction of 


160 


the spinal nerve prevented the neural impulses from 
flowing properly, thus making it impossible for the 
brain to regulate body functions and leaving tissues 
susceptible to diseases. Correcting the subluxation 
would, therefore, restore the neural impulses and 
strengthen the body. 


In 1898, Palmer established the Palmer College of 
Chiropractic in Davenport, Iowa. In 1910 he pub- 
lished a textbook on chiropractic, which outlined his 
theories. Since then, the number of chiropractic 
schools has increased to 16 with a total enrollment of 
approximately 10,000. To practice as a doctor of chi- 
ropractic (D.C.) an individual must complete the four 
years of chiropractic school and pass a licensing test. 
Some states specify that entry into a chiropractic col- 
lege requires only a high school diploma and others 
require two years of college prior to entry. 


Chiropractors themselves differ in the definition 
of their specialty—this has led to the formation of two 
separate professional organizations. The International 
Chiropractors Association advocates chiropractic 
therapy limited to spinal manipulation only, while 
members of the American Chiropractors Association 
endorse a wider range of therapeutics including phys- 
ical therapy, diathermy (heating of body tissues with 
electromagnetic radiation, electric current, and ultra- 
sonic waves), and dietary counseling in addition to the 
basic spinal manipulation. 


Chiropractors do not prescribe medication or per- 
form surgery. Only with great reluctance did the 
American Medical Association recognize chiropractic 
as a legitimate specialty. The practice is still app- 
roached with skepticism by many in the mainstream 
medical community because no chiropractic school is 
recognized by any accrediting body and because the 
practice itself is based on unsound, unscientific prin- 
ciples. Still, many physicians refer patients with back 
pain to chiropractors who are more skilled at manip- 
ulating misaligned vertebrae. 


Acupuncture 


Acupuncture is a form of therapy developed by the 
ancient Chinese and subsequently refined by Chinese 
practitioners. It consists of inserting needles through 
the skin in very specific places to alleviate pain, cure 
disease, or provide anesthesia for surgery. Acupun- 
cture as a palliative is accepted among the medical 
community. Its use as a cure for serious disease or 
for anesthesia is not endorsed by many physicians. 


For the practitioner of acupuncture, the human 
body is a collection of thousands of acupuncture 
points that lie along specific lines or meridians. Twelve 
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KEY TERMS 


Acupuncture—A form of therapy developed by the 
ancient Chinese in which needles are inserted 
through the skin in very specific places to alleviate 
pain, cure disease, or provide anesthesia for surgery. 


Chiropractic—The theory that many human diseases 
and disorders stem from deviations or subluxations of 
the spine, which impinge on the spinal nerves, caus- 
ing pain or disfunction of the affected organs. 


Homeopathy—A system in which diluted plant, min- 
eral, or animal substances are given to stimulate the 
body’s natural healing powers. Homeopathy is based 
upon three principles: the law of similars, the law 
of infinitesimal dose, and the holistic medical model. 


pairs of meridians are plotted on the body, one of each 
pair on each side. An additional meridian, the 
Conception Vessel, courses along the midline of the 
front of the body and another, the Governor Vessel, 
along the spine. The meridians are connected by extra- 
meridians. Additional acupuncture points lie outside 
the meridians on areas such as the ear lobes, fingers, 
toes, and so forth. 


Each meridian is a course for the perceived flow of 
energy through the body and that flow may be con- 
nected to an organ removed from the actual location 
of the meridian. Needles are inserted at points along 
the meridian that are specific for a given organ. For 
example, although the liver lies in the right side of the 
abdomen, the acupuncture points for liver disease may 
include areas on the opposite side of the body as well 
as one of the earlobes. 


Acupuncture therapy consists of first locating the 
source of pain, then deciding upon the appropriate 
meridian and acupuncture points. Needles used in 
acupuncture may be short, for use in less-fleshy 
areas, or long for use in areas with copious flesh or 
muscle. The needle is simply inserted into the proper 
acupuncture point and rotated. The needles are left in 
place for a given time and rotated periodically while 
they are in place. Some patients find dramatic relief 
from pain with acupuncture and a number of physi- 
cians have incorporated the procedure into their 
practices. 


In the Far East, acupuncture is a recognized form 
of therapy, and it is combined with herbal medicine, 
diet restrictions, and exercise. Not only is it used for 
pain relief, but it is also used frequently as anesthesia 
during surgery and for the treatment of serious 
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Hypnotherapy—the clinical use of hypnotism to 
treat both physical and psychological disorders, 
whereby the patient is placed in a trance-like state 
by the practitioner or by the patient and the patient’s 
attention focuses on a single object or idea in order 
to relax. 


Naturopathy—Form of alternative medicine that 
focuses on the patient holistically and views symp- 
toms such as fever as a natural manifestation of 
the body’s defense mechanism that should not 
be interrupted. Patients are taught to adopt a 
healthier lifestyle, diet, or attitude to forestall disease 
development. 


diseases such as cancer. No scientific proof has been 
offered that it is effective against serious diseases, 
though its anesthetic and analgesic properties have 
been demonstrated. 


Homeopathy 


Homeopathy is a term derived from the Greek 
words meaning ‘similar suffering.’ It is a system in 
which diluted plant, mineral, or animal substances 
are given to stimulate the body’s natural healing 
powers. Homeopathy was developed in the late eight- 
eenth century by Samuel Hahnemann (17551-1843), a 
German physician. Hahnemann conducted experi- 
ments to improve standard therapy, which then con- 
sisted of bloodletting and administering purgatives 
made with mercury, which were highly toxic. In one 
of his experiments he ingested an extract of cinchona, 
the bark from a Peruvian tree used by the natives to 
treat malaria. Hahnemann consumed large doses of 
the bark and developed the symptoms of malaria. 
From this he concluded that if large doses resulted in 
symptoms of the disease, small doses should stimulate 
the body’s own disease-fighting mechanism. 


Homeopathy is based upon three principles for- 
mulated by Hahnemann. The first is the law of sim- 
ilars, stating that like cures like. The second is the law 
of infinitesimal dose, stating that the potency of a 
remedy is a reflection of how much it is diluted. 
Third is the holistic medical model, stating that any 
illness is specific to the individual who has it. 


The law of similars is seen in more traditional med- 
ical practice in the use of immunizations. Inoculations 
of attenuated or dead viruses or bacteria are given to 
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stimulate the production of antibodies to resist a full- 
scale invasion of the same virus or bacterium. Thus, 
immunizing a child against poliomyelitis consists of 
administering a solution containing the dead polio 
virus; this results in the formation of antibodies that 
are available to repel the living polio virus if the child 
is exposed to it. 


Homeopathy is much more accepted in Europe, 
Latin America, and India than it is in the United States. 
It is touted as a low-cost, nontoxic, effective means of 
delivering medication that can cure even chronic dis- 
eases, including those that conventional medications 
fail to cure. In France, pharmacies are required to 
stock homeopathic remedies in addition to regular 
pharmaceutical drugs. Hospital and outpatient clinics 
specializing in homeopathy are part of the British 
health care system and the practice of homeopathy is 
a recognized postgraduate medical specialty. 


In the United States homeopathy has only begun 
to be accepted by the mainstream medical community. 
Approximately 3,000 physicians or other health care 
providers endorse the practice. Though it excites little 
enthusiasm among practicing physicians in North 
America, homeopathy is an ongoing specialty, and 
the production of homeopathic remedies is regulated 
by the U.S. Food and Drug Administration to assure 
their purity, and proper labeling and dispensing. 


See also Acupressure. 
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I Altruism 


In biology, altruism is animal behavior that 
directly benefits others rather than the individual. 
Living in the company of other animals presents 
numerous drawbacks, including increased competi- 
tion for food, nest sites, and mates, and increased 
visibility to predators, to name just a few. We might 
expect animals to strive to outdo the competition 
whenever possible, to take the best food and other 
resources for themselves, and to put other individuals 
between themselves and the lurking predator. Yet 
many animals are observed to act in ways that help 
one another: a ground squirrel, spotting a hunting 
hawk, stands tall and gives a shrill alarm call, poten- 
tially drawing the hawk’s attention to itself; a lioness 
allows cubs that are not her own to suckle alongside 
her cubs; a honeybee comes to the defense of its hive by 
stinging an encroacher, an act which proves fatal to 
the bee. Such self-sacrificing acts of altruism require 
an explanation, because they seem to contradict what 
we would expect in a world shaped by natural selec- 
tion. If competition is the name of the game, why 
should animals sometimes place the interests of 
another creature before their own, even to the point 
of suicide? 


Biologists recognize altruism when an animal such 
as an alarm-calling ground squirrel sustains some risk 
to itself by aiding another animal, whose reproductive 
success is thereby given a boost. The alarm-calling 
squirrel presumably risks attack by calling attention 
to itself; in addition, if the squirrel is watching out 
for predators, it will not be able to forage or perform 
other activities as well. Squirrels nearby can profit, 
however, as they scatter for cover from the predator. 
Evolutionary biologists have puzzled over how altru- 
istic behavior of all kinds could evolve, since evolution 
requires maximizing reproductive success, not sacrific- 
ing it. An explanation was provided by William D. 
Hamilton in 1964, who showed that if a helper directs 
aid to a genetic relative, it may be more than compen- 
sated, in reproductive terms, by the increased repro- 
duction of that relative—with whom it typically shares 
many genes. The key to genetic representation in 
future generations—and evolutionary success—can 
thus be brought about either by having offspring, or 
by helping relatives to do so, in a phenomenon known 
as kin selection. Biologists have postulated the exis- 
tence of so-called “green-beard” genes, which result in 
traits, such as a “green beard,” a patch of color, or a 
certain odor, that enable an animal to recognize kin 
and non-kin. Recently, a gene of this type was identi- 
fied in red fire ants. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


The altruistic behavior of honeybees, lionesses, 
and ground squirrels is almost certainly facilitated 
by the social context in which these animals live; 
they are surrounded by genetic relatives, whose wel- 
fare is of direct interest to a potential helper. More 
difficult to explain is altruism that occurs between 
individuals who are not related. Unrelated male 
olive baboons in Africa team up to steal a sexually 
receptive female from a higher-ranking rival male: as 
one interloper harasses the dominant male, the other 
solicits and mates with the female. The next time, the 
two allies may switch roles, so that each benefits by 
the association. Relationships based on such reci- 
procity have been identified as reciprocal altruism 
by sociobiologist Robert L. Trivers. Reciprocal altru- 
ism does not require that the actor and the recipient be 
genetic relatives, but the actor has the expectation 
that the aid will be returned in kind at a later time. 
Individuals who defect or cheat in these relationships 
are likely to be abandoned or even punished by the 
defrauded partner. 


There also are many examples among cooperative 
animal societies of indirect reciprocity, wherein altru- 
istic actions benefit the social group as a whole, and 
thereby indirectly benefit the perpetrator of the altru- 
istic act. In these instances, it is unclear whether natu- 
ral selection is acting on the genes of the individual or 
of the group as a whole, a model known as “group 
selection.” The altruistic behaviors of Arabian babbler 
birds clearly benefit the group; however, these birds 
actually compete among themselves by altruistic acts. 
The most altruistic babblers are at the top of the social 
hierarchy and therefore are the most likely to repro- 
duce and pass on their genes. Thus, altruism may 
signal the biological fitness of an individual to a poten- 
tial mate. 


Sociobiologists, who apply many of the biolog- 
ical principles observed in insect societies to societies 
of higher animals, including human beings, have been 
challenged to explain human altruism. Newspapers 
and other media are full of accounts of acts of hero- 
ism: people donate blood and other organs, dive 
into a raging river to save a foundering stranger, or 
leave the waitress a tip in a restaurant even though 
the tipper will never return. Sociobiologists argue 
that while the benefits of such actions are delayed in 
time, they may be cumulative and profound. In a 
highly social species like humans, reputation may be 
everything; individuals who establish themselves as 
reliable partners in social exchange are likely to be 
highly desirable as associates in reciprocity. With 
this in mind, it may not be surprising to discover 
that many “anonymous” acts of altruism are not 
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necessarily anonymous at all: for example, although 
blood donors never learn who receives their blood, 
and never reap a reward directly from the recipient, 
they often wear a sticker proclaiming, “Be nice to 
me—lI gave blood today!” The reward may come 
from other individuals who become favorably 
inclined toward the donor, and the donor further 
buttresses his or her reputation as a desirable partner 
in reciprocal altruism. 


However, some scientists and other thinkers 
argue against the view that all human moral behav- 
iors can be reduced to such simple biological explan- 
ations. Not all human moral behaviors are rewarded 
by individual advancement. Altruistic behaviors 
which result with high probability in the death of 
the individual, as in some rescue or combat situations, 
are of this type: there is no reciprocity or social 
advancement for the dead. Whenever a costly behav- 
ior is undertaken on behalf of a complete stranger or 
a nonhuman individual (e.g., Greenpeace activists 
risking their lives to prevent a whale from being har- 
pooned) the argument that the altruistic individuals’ 
relatives’ DNA is being defended by the behavior is 
weak. At a more trivial level, some individuals who 
give blood elect not to wear the offered sticker pro- 
claiming their good behavior. Thus, in general, at 
least some anonymous acts of altruism really are 
anonymous. 


The hasty application of animal studies to human 
behavior, which is more complex than anything 
observed in non-human creatures, even other pri- 
mates, is questionable as science—especially in the 
absence of hard experimental and observational evi- 
dence. Moreover, human moral standards vary to 
some extent between different societies, which limits 
the extent to which those standards can be explained 
as a form of genetic programming. 


Susan Andrew 


Alum see Potassium aluminum sulfate 


| Aluminum 


Aluminum is the metallic chemical element of 
atomic number 13. Its symbol is Al; its atomic weight 
is 26.98; its specific gravity is 2.70; its melting point is 
1,220.5°F (660°C); and its boiling point is 4,566.2°F 
(2,519°C). 
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Aluminum 


Aluminum is a metal in group 13 of the periodic 
table. Its atoms consist of a single stable isotope, *’Al. 
Known as aluminium in other English-speaking coun- 
tries, it was named after alum, one of its salts that has 
been known for thousands of years and was used by 
the Egyptians, Greeks, and Romans as a mordant—a 
chemical that helps dyes stick to cloth. 


General properties 


Aluminum is a light-weight, silvery metal, familiar 
to every household in the form of pots and pans, 
beverage cans, and aluminum foil. It is attractive, non- 
toxic, corrosion-resistant, non-magnetic, and easy to 
form, cast, or machine into a variety of shapes. It is 
one of the most useful metals we have; four million 
tons of it are produced every year in the United States 
alone—a production rate that among metals is second 
only to that of iron. 


Pure aluminum is relatively soft and not the stron- 
gest of metals, but when melted together with other 
elements such as copper, manganese, silicon, magne- 
sium, and zinc, it forms alloys with a wide range of 
useful properties. Aluminum alloys are used in air- 
planes, highway signs, bridges, storage tanks, and 
buildings. Aluminum is being used more and more in 
automobiles because it is only one-third as heavy as 
steel and therefore decreases fuel consumption. 


Where aluminum comes from 


Aluminum is the third most abundant element in 
Earth’s crust, after only oxygen and silicon, and it is 
the most abundant of all metals. It constitutes 8.1% of 
the crust by weight and 6.3% of all the atoms in the 
crust. Because it is a very active metal, aluminum is 
never found in the metallic form, but only in a wide 
variety of earthy and rocky minerals, including feld- 
spar, mica, granite, and clay. Kaolin is an especially 
fine, white aluminum-containing clay that is used in 
making porcelain. 


Aluminum oxide, Al,O3, often called alumina, 
does not melt until over 3,632°F (2,000°C), and is 
used to line furnaces. Other forms of alumina are 
corundum and emery, which are very hard and are 
used as abrasives. Among the many other mineral 
forms in which aluminum is found are several semi- 
precious gemstones, including garnet (Fe3A12Si3012), 
beryl (Be3AlL,Si60 1g), and ruby and sapphire, which 
are Al,O3 containing impurities of chromium and 
iron, respectively. Artificially made rubies and sap- 
phires are used in lasers. 
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How aluminum is obtained 


As a highly reactive metal, aluminum is very diffi- 
cult to separate from the other elements with which it 
is combined in its minerals and compounds. In spite of 
its great abundance on Earth, the metal itself remained 
unknown for centuries. In 1825, some impure alumi- 
num metal was finally isolated by H. C. Oersted by 
treating aluminum chloride, AICl;, with potassium 
amalgam—potassium dissolved in mercury. Then in 
1827, H. Wohler obtained pure aluminum by the reac- 
tion of metallic potassium with AICl3. He is generally 
given credit for the discovery of this element. 


At this time, it was still very expensive to produce 
aluminum metal in any quantity, and for a long time it 
remained a rare and valuable metal. In 1852, aluminum 
was selling for about $545 a pound. The big break- 
through came in 1886, when Charles M. Hall, a 23- 
year-old student at Oberlin College in Ohio, and Paul 
L-T. Heroult, another college student in France, inde- 
pendently invented what is now known as the Hall or 
Hall-Héroult process. It consists of dissolving alumina 
in melted cryolite, Na3AlFe, a common aluminum- 
containing mineral, and then passing an electric cur- 
rent through the hot liquid. Molten aluminum metal 
collects at the cathode (negative electrode) in a process 
called electrolysis. Not long after the development of 
this process, the price of aluminum metal plummeted 
to around 30 cents a pound. 


In the production of aluminum today by the Hall- 
Héroult process, the aluminum oxide is dissolved in a 
molten mixture of sodium, calcium, and aluminum 
fluorides, which melts at a lower temperature than 
cryolite. The aluminum oxide is in the form of bauxite, 
a white, brown, or red earthy clay; it was first found 
near Les Baux, France, in 1821 by P. Berthier, and is 
now the main source of all aluminum. It is mined in 
various parts of Africa and in France, Surinam, 
Jamaica, and the United States—mainly in Alabama, 
Arkansas, and Georgia. The world’s supply of bauxite 
appears to be immense enough to last for hundreds of 
years at the rate it is being mined today. 


Uses 


In spite of the fact that aluminum is very active 
chemically, it does not corrode in moist air the way 
iron does. Instead, it quickly forms a thin, hard coat- 
ing of aluminum oxide. Unlike iron oxide or rust, 
which flakes off, the aluminum oxide sticks tightly to 
the metal and protects it from further oxidation. The 
oxide coating is so thin that it is transparent, so the 
aluminum retains its silvery metallic appearance. Sea 
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water, however, will corrode aluminum unless it has 
been given an unusually thick coating of oxide by the 
anodizing process. 


When aluminum is heated to high temperatures in 
a vacuum, it evaporates and condenses onto any nearby 
cool surface such as glass or plastic. When evaporated 
onto glass, it makes a very good mirror, and aluminum 
has largely replaced silver for that purpose because it 
does not tarnish and turn black, as silver does when 
exposed to impure air. Many food-packaging materials 
and shiny plastic novelties are made of paper or plastic 
with an evaporated coating of bright aluminum. The 
“silver” helium balloons that we see at birthday parties 
are made of a tough plastic called Mylar, covered with a 
thin, evaporated coating of aluminum metal. 


Aluminum conducts electricity about 60% as well 
as copper, which is still very good among metals. 
Because it is also light in weight and highly ductile 
(can be drawn out into thin wires), it is used instead 
of copper in almost all of the high-voltage electric 
transmission lines in the United States. 


Aluminum is used to make kitchen pots and pans 
because of its high heat conductivity. It is handy as an 
air- and water-tight food wrapping because it is very 
malleable; it can be pressed between steel rollers to 
make foil (a thin sheet) less than a thousandth of an 
inch thick. Claims are occasionally made that alumi- 
num is toxic and that aluminum cookware is therefore 
dangerous, but no clear evidence for this belief has 
ever been found. Many widely used antacids in the 
drug store contain thousands of times more aluminum 
(in the form of aluminum hydroxide) than a person 
could ever get from eating food cooked in an alumi- 
num pot. Aluminum is the only light element that has 
no known physiological function in the human body. 


Chemistry and compounds 


Aluminum is an unusual metal in that it reacts not 
only with acids, but with bases as well. Like many 
active metals, aluminum dissolves in strong acids to 
evolve hydrogen gas and form salts. In fact, cooking 
even weakly acidic foods such as tomatoes in an alu- 
minum pot can dissolve enough aluminum to give the 
dish a “metallic” taste. Aluminum also dissolves in 
strong bases such as sodium hydroxide, commonly 
known as lye. Most oven cleaners, which are designed 
to work on steel and porcelain, contain sodium or 
potassium hydroxide; the user must take care not to 
get it on any aluminum parts of the range because it 
will cause adverse effects. Some commercial drain 
cleaners contain lye mixed with shavings of aluminum 
metal; the aluminum dissolves in the sodium hydroxide 
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solution to produce bubbles of hydrogen gas, which 
add a mechanical clog-breaking action to the grease- 
dissolving action of the lye. 


Hydrated aluminum chloride, AlCl;*H,O, also 
called aluminum chlorohydrate, is used in antiperspir- 
ants because, like alum (potassium aluminum sulfate), it 
has an astringent effect—a tissue-shrinking effect—that 
closes up the sweat-gland ducts and stops perspiration. 


Over one million tons of aluminum sulfate, 
Al(SO,)3, are produced in the United States each 
year by dissolving aluminum oxide in sulfuric acid, 
H,SO,. It is used in water purification because when 
it reacts with lime (or any base), it forms a sticky 
precipitate of aluminum hydroxide that sweeps out 
tiny particles of impurities. Sodium aluminum sulfate, 
NaAl(SO,4)2*°12H.O, a kind of alum, is used in “double- 
acting” baking powders. It acts as an acid, reacting at 
oven temperatures with the sodium bicarbonate in the 
powder to form bubbles of carbon dioxide gas. 


See also Metal production; Metallurgy. 
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[ Aluminum hydroxide 


Aluminum hydroxide is a common compound of 
aluminum, hydrogen, and oxygen that can be consid- 
ered either a base, with the formula Al(OH)3, or an 
acid, with the formula H3AlO3. The compound is 
frequently treated as a hydrate—a water-bonded com- 
pound—of aluminum oxide and designated variously 
as hydrated alumina, or aluminum hydrate or trihy- 
drate, hydrated aluminum, or hydrated aluminum 
oxide, with the formula Al,03(H>0),. 


Properties 
Aluminum hydroxide is found in nature as the 


mineral bayerite or gibbsite (also called hydrargillite). 
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Aluminum hydroxide 


A mixed aluminum oxide-hydroxide mineral is known 
as diaspore or boehmite. 


Ina purified form, aluminum hydroxide is either a 
bulky white powder or granules with a density of 
about 2.42 g/mL. It is insoluble in water, but soluble 
in strong acids and bases. In water, aluminum hydrox- 
ide behaves as an amphoteric substance. That is, it acts 
as an acid in the presence of a strong base and as a base 
in the presence of a strong acid. This behavior can be 
represented by the following somewhat oversimplified 
equation. 


3 H* + AlO3*> Al(OH)3 CAP * + 30H ~ 


In the presence of a strong acid such as hydro- 
chloric acid, the above equilibrium shifts to the right, 
and aluminum chloride is formed. 


Al(OH); + 3 HCl — 3H20 + AICI; 


In the presence of a strong base such as sodium 
hydroxide, the equilibrium is driven to the left and a 
salt of the aluminate ion (AlO3_) is formed. 


NaOH + H3Al0O3 — NaAlO, + 2H,O 


Sodium aluminate, NaAlOz, has a number of 
practical applications, such as in water softening, 
paper sizing, soap and milk glass manufacture, and 
fabric and textile printing. 


Uses 


Aluminum hydroxide and its closely related com- 
pounds have a number of practical uses. In one process 
of water purification, for example, aluminum sulfate, 
AlL(SOq)3, or alum (usually potassium aluminum 
sulfate, KAI(SO,4)2), is mixed with lime (calcium 
hydroxide, Ca(OH),) in a container of water to be 
purified. The reaction between these compounds 
forms the gelatinous precipitate aluminum hydroxide. 
As the precipitate settles out of solution, it adsorbs 
on its surface particles of dirt and bacteria that were 
suspended in the impure water, which can then be 
removed by filtering off the aluminum hydroxide 
precipitate. 


The ability of aluminum hydroxide to adsorb sub- 
stances on its surface explains a number of its other 
applications. It is used in a number of chemical oper- 
ations, for example, as a filtering medium and in ion- 
exchange and chromatography devices. 


Aluminum hydroxide is popular as an antacid. It 
behaves as a base, reacting with and neutralizing 
excess stomach acid (hydrochloric acid) to bring relief 
from heartburn. It is also used as a mordant (fixative) 
in dyeing. In most cases, the compound is precipitated 
out of a water solution onto the fibers to be dyed. The 
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KEY TERMS 


Adsorption—The process by which atoms, ions, or 
molecules of one substance adhere to the surface of 
a second substance. 


Amphoterism—The property of being able to act as 
either an acid or a base. 


Equilibrium—The conditions under which a system 
shows no tendency for a change in its state. At 
equilibrium the net rate of reaction becomes zero. 


Mordant—A material that is capable of binding a 
dye to a fabric. 


Pigment—Any substance that imparts color to 
another substance. 


material is then immersed into the dye bath. The color 
of the final product depends on the combination of 
dye and mordant used. A similar process is used in the 
manufacture of certain paint pigments. A given dye 
and aluminum hydroxide are precipitated together in a 
reaction vessel, and the insoluble compound thus 
formed is then filtered off. 


Additional uses include the manufacture of alu- 
minosilicate glass, a high melting point glass used 
in cooking utensils, fabric waterproofing, and the 
production of fire clay, paper, pottery, and printing 
inks. 


A close chemical relative of aluminum hydroxide, 
aluminum hydroxychloride Al,(OH)s;Cl, is an ingre- 
dient in many commercial antiperspirants. The com- 
pound acts as an astringent, a substance that closes 
pores and stops the flow of perspiration. 
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| Alzheimer’s disease 


Alzheimer’s disease is the most common form of 
the brain disorder called dementia. People with 
dementia experience difficulty in carrying out daily 
activities because of damage to the regions of their 
brains that control thought, language, and memory. 
While many older people have Alzheimer’s disease, it 
is not a normal part of aging. Currently, there is no 
cure for it. 


The disease is named after the German physician 
Alois Alzheimer (1864-1915). In 1906, Alzheimer 
noticed changes over time in samples of brain tissue 
of a woman who died of mental illness. Specifically, 
Alzheimer noticed the development of clumps and 
tangled bundles of fibers in the brain. The clumps are 
now known as amyloid plaques, and the tangled 
regions are called neurofibrillary tangles. Both are 
hallmarks of Alzheimer’s disease. 


Biology of Alzheimer’s disease 


Other changes occur in the brain of a person with 
Alzheimer’s. For example, there is a loss of nerve cells in 
the brain, especially in the area of the brain associated 
with memory. In addition, there is a loss of the chemical 
neurotransmitter acetylcholine. This chemical aids in 
the transmission of signals from one nerve to another in 
the brain. The loss of acetylcholine means that brain 
signals are not transmitted through the brain as well as 
in people who do not have the disease. 


Alzheimer’s disease is a progressive disorder. The 
formation of the amyloid plaques, loss of nerve cells, 
and loss of acetylcholine occurs over time. Thus, the 
deterioration in brain function occurs gradually in a 
person with Alzheimer’s. The disease is also associated 
more with older people (i.e., 65 and older) than with 
younger people. Only about three percent of people ages 
65 to 74 have the disease, but the risk of developing late- 
onset Alzheimer’s (the most common form of the dis- 
ease) nearly doubles every five-year period after age 65. 
By age 85, almost half of all people have the disease. 


The reasons for the formation of amyloid plaques 
and neurofibrillary tangles are not clear, although 
scientists have identified one gene that increases the 
risk for developing late-onset Alzheimer’s disease. 


Diagnoses and treatment of Alzheimer’s 
disease 


Diagnosis of the disease often results from an 
awareness of a change in behavior or memory by an 
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individual, his family, or his physician. A definitive 
diagnosis requires the observation of plaques and 
ztangled fibers in samples of brain tissue. However, 
such a tissue examination is possible only after death. 
So, in practical terms, only a probable diagnosis of 
Alzheimer’s is possible prior to death. Skilled physicians, 
however, can usually distinguish Alzheimer’s disease 
from other types of dementia (such as that which accom- 
panies Parkinson’s disease or Creutzfeldt-Jakob disease) 
about 90 percent of the time. 


The pharmaceutical industry is developing drugs 
for a variety of therapeutic approaches to treating 
Alzheimer’s disease. These include drugs that will 
inhibit the inflammatory response the brain appears 
to mount against plaques. In this approach, it is 
ssumed that the inflammatory response contributes 
to cell death. By inhibiting it, the researchers hope 
to decrease the loss of brain cells in Alzheimer’s 
disease. 


Another tactic involves developing drugs that 
increase the amounts of acetylcholine in the brains of 
patients with Alzheimer’s disease. By preventing the 
breakdown of remaining acetylcholine, researchers 
hope to alleviate some of the symptoms of the disease. 
These drugs stop the destruction of acetylcholine that 
occurs normally, allowing acetylcholine to persist lon- 
ger in the brain. Some, such as Rivastigmine and 
Galantamine, appear to be helpful in the early to 
middle stages of Alzheimer’s disease. Donepezil is 
approved for treating all stages of Alzheimer’s. 


Another class of drugs approved for treating 
Alzheimer’s disease regulates the activity of gluta- 
mate, a specialized messenger chemical that is in- 
volved with processing, storing, and retrieving infor- 
mation in the brain. Supplements of the antioxidant 
vitamin E are also often prescribed for persons with 
Alzheimer’s. 


Current research 


Research into the cause of Alzheimer’s disease 
focuses on the nature of the basic biology of the dis- 
ease and the development of drugs that will counteract 
or prevent the deterioration associated with the dis- 
ease. These quests are difficult, as the cause of 
Alzheimer’s disease at the molecular level is still 
unknown. Similarly, the formation of amyloid plaques 
and why the connections between brain cells are 
destroyed are unclear. Until the exact biological 
causes of Alzheimer’s disease are identified, drug trials 
may be used more for research than therapy. 


A key to understanding the disease and the best 
hope for an effective treatment may lie in a better 
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Positron emission tomography (PET) brain scans comparing a normal brain (left) to a brain with Alzheimer’s disease. (© Photo 


Reasearchers.) 


KEY TERMS 


Beta-amyloid protein—A protein that accumulates 
in the brains of Alzheimer’s disease victims. 


Dementia—Deterioration and loss of most higher 
mental functions, including the abilities to reason, 
remember, and concentrate. 

Neurofibrillary tangles—Abnormal, dense bundles 
of protein found in neurons in several brain dis- 
eases, including Alzheimer’s disease. 


Plaques—In Alzheimer’s disease, abnormal, spher- 
ical structures found in large numbers. The centers 
of the plaques contain beta-amyloid protein. 


understanding of the beta-amyloid protein that forms 
the plaques in the brain. The formation and biological 
function of beta amyloid protein is still unclear, even 
though its existence has been known since 1906, when 
Alois Alzheimer saw the protein in plaques in the brain 
of his patient with dementia. 


Researchers are striving to decrease the produc- 
tion of beta-amyloid protein or of the larger amyloid 
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precursor protein from which it is derived in hopes of 
decreasing the formation of the damaging plaques. 


Other researchers have developed animal models 
of Alzheimer’s disease. By introducing into mice genes 
that code for a changed form of human beta-amyloid 
protein, scientists have created animals that experi- 
ence brain degeneration and plaques. Tests with 
these animals may one day help determine the role of 
beta-amyloid protein in Alzheimer’s disease and could 
help researchers find drugs for treatment. 


Not all researchers agree on the significance of 
beta-amyloid protein in the progression of Alzheimer’s 
disease. Indeed, some scientists doubt that the beta- 
amyloid protein is the key to understanding and treat- 
ing the disease. Rather, they suppose that the accumu- 
lation of large amounts of beta-amyloid protein is a 
response to an as-yet undiscovered cause. 


Other efforts at preventing the onset of Alzheimer’s 
disease focus on the effects of hormones such as estro- 
gen, drugs that reduce the inflammatory response 
(which might contribute to brain damage), drugs that 
decrease the oxidation of chemicals in the body, herbal 
supplements such as gingko biloba or gotu kola, and 
increasing attention to the careful control of hyper- 
tension (specifically using calcium channel blockers). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


As of 2006, some scientists were comparing DNA 
samples from individuals with and without Alzheimer’s 
disease, focusing on finding variations in the genetic 
code, particularly on chromosome 10, that may pre- 
dispose an individual to Alzheimer’s disease. 


See also Chromosomal abnormalities; Prions. 
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} Amaranth family 


(Amaranthaceae) 


The amaranth (or pigweed) family is a large group 
of dicotyledonous flowering plants known to bota- 
nists as the Amaranthaceae. It is a relatively large 
family, having about 65 genera and 900 species. The 
species in this family are mostly annual or peren- 
nial herbs, although a few species are shrubs or small 
trees. Botanists divide Amaranthaceae into two sub- 
families: the Amaranthoideae and the Gomphrenoi- 
deae, based on certain morphological characteristics of 
their flowers. 


The flowers of most species in the Amaranthaceae 
are bisexual (or monoecious), meaning they have both 
male and female reproductive organs. In all species, 
the flowers are small and have radial symmetry. The 
flowers of most species arise in a dense inflorescence, 
or flower cluster, with each flower of the inflorescence 
subtended by one or more small red bracts (modified 
leaves). These remain present as the flower matures 
into a fruit. The flowers of most species produce nectar 
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Love-lies-bleeding, a member of the amaranth family. (Alan 
L. Detrick. National Audubon Society Collection/Photo 
Researchers, Inc.) 


and are insect-pollinated. An exception is Amaranthus, 
a genus with about 50 species, whose flowers are wind- 
pollinated and do not make nectar. All species have 
simple, noncompound leaves. 


Many Amaranthaceae species have red inflores- 
cences, fruits, and vegetative parts due to the presence 
of betalain, a class of nitrogen-containing pigments that 
occur in only 10 evolutionarily-related plant families, 
known as the Centrospermae. Interestingly, none of 
the species with betalain pigments also have flavonoid 
pigments. Flavonoids and betalains can be similar 
in color, even though they have different chemical 
structures. 


Most of the 900 Amaranthaceae species are native 
to tropical and subtropical regions of Africa, Central 
America, and South America. Their number declines 
as one approaches the northern and southern temper- 
ate zones. There are about 100 species of this family in 


169 


(aeadeyjueseWy) Ajiuey yJURTeLUY 


Amaryllis family (Amaryllidaceae) 


Tumbleweed plants of the amaranth family growing in dry 
soil. (Tom McHugh. Photo Researchers, Inc.) 


North America. Many are considered weeds, since 
they invade disturbed areas, such as agricultural fields 
and roadsides. 


Several Amaranthaceae species are used by humans, 
some as horticultural plants, such as Amaranthus cau- 
datus, commonly known as “love-lies-bleeding.” The 
seeds of several species of the Amaranthus genus were 
eaten by indigenous peoples of North and South 
America, and were cultivated over 5,000 years ago in 
the Tehuacan region of modern-day Mexico. Grain 
amaranths are still grown throughout Central 
America and Mexico and also as a minor cash crop 
in the United States. Many health food stores cur- 
rently sell amaranth grain, a flour-like substance 
made by grinding amaranth seeds. Amaranth grain 
can be used with wheat to make bread, or can be 
cooked with water to make a side dish. 


I Amaryllis family 


(Amaryllidaceae) 


Amaryllis are flowering plants, mostly long-lived, 
perennial herbs arising from a bulb or, less commonly, 
rhizomes (underground stems). These plants have linear 
or strap-shaped leaves, either crowded around the base 
of a leafless flowering stem, or arranged in two tight 
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A Joshua tree (Yucca brevifolia). (Gregory Ochoki. Photo 
Researchers, Inc.) 


rows along a short stem, as in the common houseplant 
Clivia. The leaves are usually hairless and contain muci- 
lage cells or cells filled with calcium oxalate crystals 
known as raphides for defense against herbivores. 
Silica-filled (glass) cells, typical of many other monoco- 
tyledonous plant families, are absent from the amaryllis 
family. 


Amaryllid flowers are bisexual, with six perianth 
parts (or tepals) that sometimes have appendages that 
form a corona, as in the central, protruding part of a 
daffodil flower (Narcissus species). The flowers are 
white, yellow, purple, or red, but never blue. They 
are pollinated by bees or moths, but many are also 
adapted to bird, and some to bat, pollination. The 
fruits are usually many-seeded capsules, or sometimes 
berries. 


Between 900 and 1,300 species of amaryllids have 
been recognized. Most are tropical or subtropical, 
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with centers of distribution in South Africa, the west- 
ern Mediterranean (especially Spain and Morocco), 
and to a lesser extent, Andean South America. Many 
species are drought-resistant xerophytes (plants that 
tolerate very dry environments) that produce leaves in 
the spring or when the rainy season begins, open their 
stomates only at night, have stomates located in the 
bottom of pits, and have thick waxy leaves—all to 
conserve water. 


Many amaryllids are prized as ornamentals for 
home or garden because of their large, showy flowers, 
which are held high above the contrasting dark green 
leaves. The Cape belladona (Amaryllis belladona) is a 
native of dry regions of southwestern Cape Province, 
South Africa, and is widely cultivated for its large, 
pink, bell-shaped flowers, which are moth-pollinated. 
The genus Hippeastrum, native to the West Indies, 
Mexico, and as far south as Argentina, has also been 
called Amaryllis by some taxonomists. Whatever its 
correct identity, many species of this genus have spec- 
tacular, large flowers that have evolved for pollination 
by birds and are commonly grown as ornamentals. 


Many Narcisseae members are also widely culti- 
vated, both indoors and outdoors. Most of the horti- 
cultural varieties originate from Spain, Portugal, or 
Morocco, and are small to medium-sized herbs, with 
linear leaves around a leafless stem that typically bears 
one to several flowers. The spring-flowering species 
have been most intensively bred as garden ornamen- 
tals, especially the common daffodil (Narcissus pseu- 
donarcissus). Snowdrops (Galanthus nivalis), an early 
blooming ornamental, and St. John’s lily (Crinum asi- 
aticum), are also amaryllids. Clivia is a common 
houseplant, especially in Europe, that is prized for its 
deep-green, shiny leaves and its large salmon-colored 
flowers, and for the fact that it requires little light, 
water, or attention. 


Agaves are often included in the amaryllis family. 
However, this taxonomic treatment is controversial, 
and agaves are sometimes put into their own family, 
the Agavaceae. About 300 species live in dry habitats 
from the southern United States to northern South 
America. These are conspicuous perennials, with a 
dense rosette of large, persistent sword-like leaves 
that bear spines at the tip, and often along the margins 
as well. 


The scientific name Agave comes from the Greek 
agaue, which means noble, referring to the height of 
their flowering stalks. Their common name, century 
plant, refers to the long period of time that these plants 
remain in a nonsexual, vegetative state before flower- 
ing. This period generally lasts for 5-50 years (not 100 
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On the left, a flowering century plant (Agave shawii), and on 
the right a cirio (Idria columnaris), Baja California, Mexico. 
Some plant taxonomists include agaves in the amaryllis 
family, while others place them in their own family, the 
Agavaceae. (F. Gohier. National Audubon Society Collection/ 
Photo Researchers, Inc.) 


years as the name implies). When they are ready to 
flower, Agave plants rapidly develop a thick flower- 
ing stem that may reach 20 ft (6 m) in height. Green- 
house keepers have sometimes come to work in the 
morning to find a flowering stem of an agave poking 
through the broken glass of their greenhouse. After 
this one episode of sexual activity, some species of 
agave plants die. 


A few species of agaves are commercially impor- 
tant. Agave americana, commonly called American 
aloe or century plant, contains aloe, which is a com- 
monly used ingredient in shampoos, moisturizers, and 
salves. Also important is the production of Mexico’s 
national alcoholic beverage, pulque, which is mostly 
made from Agave americana, although a few other 
species of agave are also used. When the flowering 
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American Standard Code for Information Interchange 


KEY TERMS 


Xerophyte—A plant adapted to dry or drought- 
prone habitats. 


stem is formed, a large amount of sap is produced. The 
bud at the end of the developing flowering stem is 
removed, and a cavity scooped out in which the sugary 
sap collects. As much as 238 gal (900 1) can be recov- 
ered from one plant over three to four months. The sap 
is fermented, resulting in a milky liquid with an alco- 
hol concentration of 4-8%. A more potent liquor 
known as mescal is produced by distillation of pulque. 


Many species of agave are valuable for the long 
fibers in their leaves. Aztecs used the fibers of hene- 
quen (A. fourcroydes) to make a twine, and the prac- 
tice continues today. The stronger sisal hemp is 
derived from leaves of A. sisalana, native to the 
Americas but now grown in many parts of the tropics. 
Sisal is commonly used to manufacture baler twine for 
agriculture and parcelling twine. The hard fibers of 
Furcraea macrophylla of Colombia have been used to 
make the large bags used for shipping coffee beans 
from that and other countries. 
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| American Standard Code for 


Information Interchange 


The American Standard Code for Information 
Interchange (ASCII; pronounced “askee”) was first 
introduced in 1968 as a method of encoding alphabetic 
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and numeric data in digital format. The American 
Standards Association (which is now called the 
American National Standards Institute [ANSI]) had 
previously published it as a standard in 1963. 
Although ASCII code was originally developed for 
the teletypewriter industry, it has since found wide- 
spread use in computer and information-transfer tech- 
nologies. ASCII is updated periodically. It defines 
codes for 33 nonprint control characters, which are 
generally not used to a great degree. ASCII also 
defines the following frequently used 95 print charac- 
ters (including the space character): 


“1 9% &’ ()*+,—./0123456789:;<=>?@ABCD 
EFGHIJKLMNOPQRSTUVWXYZ[\Jo_.abcdefghij 
kImnopgqrstuvwxyz{|}~ 


Because ASCII code is standardized, computers, 
other electronic devices, and computer programs can 
use it to exchange data with each other. This is true 
even of computers that use different operating sys- 
tems; for example, personal computers (PCs) and 
Macintoshes (Macs). 


As originally formulated, each ASCII-encoded rep- 
resentation consisted of a string of seven digits, where 
each digit was either a 0 or a | (i.e., binary code). There 
were as a result 128 possible ways of arranging these Os 
and 1s. In this representation, each alphanumeric char- 
acter was uniquely assigned a number between 0 and 
127, which was represented by its binary equivalent in a 
string of seven 0s and 1s. The ASCII notation for the 
capital letter A, for example, is the binary code repre- 
sentation (1000001) for the base-10 number 65; simi- 
larly, a blank space has the binary code for the base-10 
number 32. 


Inside computers, each English alphabet charac- 
ter is represented by a string of eight 0s and Is. Each of 
the digits in the string is known as a bit, and a series of 
eight bits is known as a byte. Because ASCII code as 
originally formulated constituted only 7 bits, when 
7-bit ASCII code was embedded in the eight-bit com- 
puter code, there was one bit left over. 


At one time, this extra bit was used primarily 
for the purpose of checking errors in data transmis- 
sion. However, today, computers use this extra bit to 
encode an additional 128 characters for the purpose of 
representing special symbols. Note that with eight-bit 
encoding, the number of possible arrangements of Os 
and |s increases from 128 to 256. 


As an example of the eight-bit encapsulation of 
seven-bit ASCII code, note that the eight-bit represen- 
tation for the letter “A” (01000001) simply places a 0 
in the eighth-bit position relative to the seven-bit rep- 
resentation (1000001). Seven-bit ASCII still has some 
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advantages, however, as it is recognized by all com- 
puters, including PCs, Macs, UNIX or VMS main- 
frames, printers, and any other computer-related 
equipment. 


Eight-bit ASCII code is known as extended 
ASCII code. This representation was introduced by 
International Business Machines Corporation (IBM) 
in 1981 for use in its first personal computer. Extended 
ASCII code quickly became a standard in the personal 
computer industry. Unlike the original seven-bit 
ASCII code, the extended code uses 32 of its 256 
character representations to encode nonprinting com- 
mands such as form feed. 


Another 32 character representations are reserved 
for numbers and punctuation marks. Thirty-two more 
representations are for uppercase letters and addi- 
tional punctuation marks. The last 32 representations 
are reserved for lowercase letters. Note that the upper- 
and lowercase letters have distinct representations dif- 
fering by 32. 


In languages other than English, where there are 
much larger character sets, for example Chinese and 
Japanese, a single byte (eight bits) is not sufficient for 
representing all the characters in the language. 
However, by representing each character by two 
bytes (16 bits), it is possible to assign a unique number 
code to each character. 


In the United States, most computers require 
slightly modified operating systems to be able to han- 
dle two bytes at a time, as well as special reference 
tables to display the characters. It is therefore neces- 
sary to change operating systems before one can run 
Japanese or Chinese software. But U.S. software 
applications will run without problems on computers 
in Japan and China equipped with operating systems 
that recognize two-byte characters. 


The term ASCH is sometimes used imprecisely to 
refer to a type of text computer document. A file that 
contains ASCII text (also known as plain text) is one 
that does not contain any special embedded control 
characters. This encoding system not only lets a com- 
puter store a document as a series of numbers, but also 
lets the computer share the document with other com- 
puters that use the ASCII system. 
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| Ames test 


The Ames test, named for its developer, Dr. Bruce 
Ames, is a method to test chemicals for their cancer- 
causing properties. It is used by cosmetic companies, 
pharmaceutical manufacturers, and other industries 
that must prove their products will not cause cancer 
in humans. 


Ames, a cancer researcher at the University of 
California, Berkeley, began development of his 
method in the late 1950s. He believed an efficient, 
less-expensive means could be found to screen sub- 
stances than the cumbersome methods in use. His 
innovation utilized bacteria, which can be grown (cul- 
tured) inexpensively and which grow rapidly so that 
testing can be completed quickly. The test detects 
chemically-induced mutations, which indicate that 
the chemical responsible has the potential to be carci- 
nogenic (cancer-causing). 


The bacterium used is a strain of Salmonella typhi- 
murium that lacks an enzyme needed to form colonies. 
The bacterium is grown on agar culture (agar is a 
gelatin-like substance with nutrients). The substance 
to be tested is blotted on a bit of paper and placed on 
the agar. If the substance is a carcinogen it will cause 
mutations in the bacterium as the cells divide. The 
mutant cells will have the enzyme to form colonies. 
The test can be completed in a day. 


Bacterial mutations are the result of DNA dam- 
age. Because DNA in bacteria is similar to that in the 
higher animals, it is assumed the substance also will 
damage DNA in those animals and cause cell muta- 
tions and possibly cancer. 


The Ames test is a screening test; it is not the final 
test that any substance must undergo before being com- 
mercially produced. It is designed to detect a cancer- 
causing agent quickly and inexpensively. 


Prior to development of this test the procedure to 
determine whether a substance was a carcinogen 
required feeding the test substance to or injecting it 
into laboratory animals such as rats or mice and then 
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examining them for evidence of tumor formation. 
Testing took years to complete, hundreds of animals, 
and millions of dollars. 


Any substance that causes bacterial mutation in 
the Ames test is not given further consideration for 
development. A substance that does not produce bac- 
terial mutation still must undergo animal testing, but 
at least the manufacturer has a good idea that it is not 
a cancer-causing agent. 


| Amicable numbers 


Two numbers are said to be amicable (_.e., 
friendly) if each one of them is equal to the sum of 
the proper divisors of the others (i.e., whole numbers 
less than the given numbers that divide the given num- 
ber with no remainder). For example, 220 has proper 
divisors 1, 2, 4, 5, 10, 11, 20, 22, 44, 55, and 110. The 
sum of these divisors is 284. The proper divisors of 284 
are 1, 2, 4, 71, and 142. Their sum is 220; so 220 and 
284 are amicable. This is the smallest pair of amicable 
numbers. 


The discovery of amicable numbers is attributed to 
the neo-Pythagorean Greek philosopher Iamblichus of 
Chalcis (c. AD 250-330), who credited Pythagoras 
(582-500 BC) with the original knowledge of their 
nature. The Pythagoreans believed that amicable num- 
bers, like all special numbers, had a profound cosmic 
significance. A biblical reference (a gift of 220 goats 
from Jacob to Esau, Genesis 23: 14) is thought by 
some to indicate an earlier knowledge of amicable 
numbers. 


No pairs of amicable numbers other than 220 and 
284 were discovered by European mathematicians 
until 1636, when French mathematician Pierre de 
Fermat (1601-1665) found the pair 18,496 and 17,296. 
A century later, Swiss mathematician Leonhard Euler 
(1707-1783) made an extensive search and found 
about 60 additional pairs. Surprisingly, however, he 
overlooked the smallest pair after 220 and 284, which 
is 1184 and 1210. It was subsequently discovered in 
1866 by a 16-year-old boy, Nicolo Paganini. 


During the medieval period, Arabian mathemati- 
cians preserved and developed the mathematical 
knowledge of the ancient Greeks. For example, the 
polymath Thabit ibn Qurra (836-901) formulated an 
ingenious rule for generating amicable number pairs: 
Leta = 3(2")— 1,b = 3(27') — 1, ande = 92277!) - 1; 
then, if a, b, and c are primes, 2"ab and 2"c are 
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amicable. This rule produces 220 and 284 when n is 2. 
When n is 3, cis not a prime, and the resulting numbers 
are not amicable. For n = 4, it produces Fermat’s pair, 
17,296 and 18,416, skipping over Paganini’s pair and 
others. 


Other scientists who have studied amicable num- 
bers throughout history are Spanish mathematician Al 
Madshritti (died 1007), Islamic mathematician Abu 
Mansur Tahir al-Baghdadi (980-1037), French math- 
ematician and philosopher René Descartes (1596— 
1650), and Swiss mathematician Leonhard Euler 
(1707-1783). 


Amicable numbers serve no practical purpose, but 
professionals and amateurs alike have for centuries 
enjoyed seeking them and exploring their properties. 


[ Amides 


An amide is a nitrogen-containing compound that 
can be considered a derivative of ammonia, NH3. 
Organic amides contain the group (-~C=O). The sim- 
plest organic amide is methamide, 


HC=O 


NH, 


Inorganic amides consist of a metal or some other 
cation combined with the amide ion (—NH;), as in 
sodium amide (NaNH;). Inorganic amides are less 
important than their better-known organic cousins, 
although one member of the inorganic family, sodium 
amide, has applications as a dehydrating agent and in 
the production of the dye indigo, the rocket fuel 
hydrazine, sodium cyanide, and other compounds. 


Classification and properties 


Like amines, the amides can be classified as pri- 
mary, secondary, or tertiary, depending on the num- 
ber of hydrogen atoms substituted in the ammonia 
molecule. An amide containing the —NH> group is a 
primary amide; one containing the —NH group is a 
secondary amine; and one containing the —N— group 
is a tertiary amine. 


Although amides and amines both contain an 
amino group (—NH>, NH or N), the former are 
much weaker bases and much stronger acids than the 
latter. Amides undergo many of the same reactions as 
other derivatives of organic acids. For example, they 
undergo hydrolysis to produce the parent carboxylic 
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acid and ammonia. They can also be dehydrated with 
a strong agent such as diphosphorus pentoxide, POs. 
The product of this reaction, a nitrile, a compound 
containing the —C=N group, is widely used in the 
synthesis of other organic compounds. 


Some familiar amides 


Proteins can be considered the most common 
examples of amides in the natural world, and synthe- 
sizing a protein forms an amide bond between adja- 
cent amino acids. A naturally occurring amide is 
nicotinamide, one of the B vitamins. A third familiar 
natural amide is urea, also known as carbamide. Urea 
is the compound by which otherwise toxic wastes are 
excreted from mammalian bodies. 


Important synthetic amides 


Perhaps the best known of all synthetic amides is 
the fiber known as nylon. In 1931, the American 
chemist Wallace Hume Carothers discovered a proc- 
ess for making one of the first synthetic fibers. He 
found that adding adipic acid to hexamethylene dia- 
mine produced a strong, fiber-like product to which he 
gave the name Nylon 66. (The 66 reflects the fact that 
adipic acid and hexamethylene diamine each contain 
six carbon atoms in their molecules.) 


The reaction between these two substances forms 
a long polymer, somewhat similar to the structure 
of natural protein. As in protein, nylon’s subunits 
are joined by amide bonds. For this reason, both 
protein and nylon can be thought of as polyamides— 
compounds in which a large number of amide units are 
joined to each other in a long chain. 


Other types of nylon were developed at later dates. 
One form, known as Nylon 6, is produced by polymer- 
izing a single kind of molecule, 6-aminohexanoic acid. 
The bonding between subunits in Nylon-6-amide 
bonds is the same as it is in Nylon 66. In all types of 
nylon, the fiber gets its strength from hydrogen bond- 
ing that occurs between oxygen and hydrogen atoms 
on adjacent chains of the material. 


Another type of polymer is formed when two of 
the simplest organic compounds, urea and formalde- 
hyde, react with each other. In this reaction, amide 
bonds form between alternate urea and formaldehyde 
molecules, resulting in a very long polyamide chain. 
Urea formaldehyde polymers are used as molding 
compounds, in the treatment of paper and textiles, 
and as a binder in particle board, to mention but a 
few uses. 
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KEY TERMS 


Amide ion—An anion with the formula —NHp. 


Hydrogen bond—A weak chemical bond that 
results from the electrical attraction between oppo- 
sitely charged particles, usually a hydrogen ion and 
an oxygen-containing ion. 

Nylon—A group of synthetic fibers; large polymers 
held together by amide bonding. 

Polymer—A large molecule made up of many 
small subunits repeated over and over again. 


Protein—Any large naturally occurring polymer 
made of many amino acids bonded to each other 
by means of amide bonds. 


An amide with which many people are familiar is 
acetaminophen, an analgesic (painkiller) that is the 
active ingredient in products such as Amadil, 
Cetadol, Datril, Naprinol, Panadol, and Tylenol. 
Another amide analgesic is phenacetin, found in prod- 
ucts such as APC (aspirin, phenacetin, and caffeine) 
tablets and Empirin. 


Other commercially important amides include the 
insect repellant N,N-dimethyl-m-toluamide (Off, 
DEET), the local anesthetics lidocaine (Xylocaine) 
and dibucaine (Nupercaine), the tranquilizer mepro- 
bromate (Miltown, Equaine), and the insecticides 
Sevin and Mipcin. 


See also Artificial fibers. 
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Amino acid 


I Amino acid 


Amino acids are organic compounds made of car- 
bon, hydrogen, oxygen, nitrogen and, in a few cases, 
sulfur. The basic structure of an amino acid molecule 
consists of a carbon atom that is bonded to an amino 
group (—NH)), a carboxyl group (COOH), a hydro- 
gen atom, and a fourth group that differs from one 
amino acid to another and is often referred to as the 
—R group or the side chain. The —R group can vary 
widely and is responsible for the differences in the 
chemical properties. The name amino acid comes 
from the amino group and the acid group, which are 
the most reactive parts of the molecule. The amino 
acids that are important in the biological world are 
referred to as a-amino acids because the amino group 
is bonded to the a-carbon atom; the carbon located 
immediately adjacent to the carboxyl group. 


A chemical reaction that is characteristic of amino 
acids involves the formation of a bond, called a pep- 
tide linkage, between the carboxyl group of one amino 
acid and the amino group of a second amino acid. 
Very long chains of amino acids can bond together in 
this way to form proteins. The importance of the 
amino acids in nature arises from their ability to 
form proteins, which are the basic building blocks of 
all living things. 


The specific properties of each kind of protein 
depend on the kind and sequence of the constituent 
amino acids. Depending on the amino acids present 
and the sequence that they are arranged in, a protein 
will assume a certain three-dimensional shape that can 
be critical to its function. As well, the amino acids 
themselves are important, since certain amino acids 
may need to be present for a given protein to actually 
function. Other chemical behavior of these protein 
molecules is due to interactions between the amino 
and the carboxyl groups or between the various —R 
groups along the long chains of amino acids in the 
molecule. These chemical interactions confer a three- 
dimensional configuration on the protein, which is 
essential to its proper functioning. 


Chemical structure 


Although most of the known amino acids were 
identified and isolated (sometimes in impure form) 
during the nineteenth century, the chemical structures 
of many of them were not known until much later. 
Understanding their importance in the formation of 
proteins, the basis of the structure and function of all 
cells is of even more recent origin, dating to the first 
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Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


part of the twentieth century. Only about 20 amino 
acids are common in humans, with two others present 
in a few animal species. There are over 100 other lesser 
known ones that are found mostly in plants. 


Although amino acid molecules contain an amino 
group and a carboxyl group, certain chemical proper- 
ties are not consistent with this structure. Unlike the 
behavior of molecules with amino or carboxylic acid 
functional groups alone, amino acids exist mostly as 
crystalline solids that decompose rather than melt at 
temperatures over 392°F (200°C). They are quite solu- 
ble in water but insoluble in non-polar solvents like 
benzene or ether. Their acidic and basic properties are 
exceptionally weak for molecules that contain an acid 
carboxyl group and a basic amino group. 


This problem was resolved when it was realized 
that amino acids are better represented as dipolar ions, 
sometimes called zwitterions (from the German, 
meaning hybrid ions). Although the molecule as a 
whole does not have a net charge, there is a transfer 
of an H~ ion from the carboxyl group to the amino 
group; consequently, the amino group is present as an 
-NH;° and the carboxyl group is present as a-COO~. 
This reaction is an acid-base interaction between two 
groups in the same molecule and occurs because the 
-COOH group is a rather strong acid and the -NH> 
group is a rather strong base. As a result of this struc- 
ture, amino acids can behave as acids in the presence 
of strong bases or they can behave as bases in the 
presence of strong acids. 


One other property of amino acids that is impor- 
tant to their chemical behavior is that all of the amino 
acids except glycine can exist as mirror images of each 
other; that is, right- or left-handed versions of the 
molecule. Like the positions of the thumb and fingers 
of a glove, the right hand being the mirror image 
of the left hand, the positions of the functional groups 
on a carbon can be mirror images of each other. 
Interestingly, nearly all of the amino acids occurring 
in nature are the left-handed versions of the molecules. 
Right-handed versions are not found in the proteins of 
higher organisms but are present in some lower forms 
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of life such as in the cell walls of bacteria. They are also 
found in some antibiotics such as streptomycin, acti- 
nomycin, bacitracin, and tetracycline. These antibiot- 
ics can kill bacterial cells by interfering with the 
formation of protein necessary for maintaining life 
and reproduction. 


Bonding 


Amino acids are extremely important in nature as 
the individual units (monomers) will join together in 
chains. The chains may contain as few as two or as 
many as 3,000 amino acid units. Groups of only two 
amino acids are called dipeptides; three amino acids 
bonded together are called tripeptides; if there are 
more than 10 in a chain, they are called polypeptides; 
and if there are 50 or more, they are known as proteins. 


In 1902 the German organic chemist Emil Fischer 
first proposed that the amino acids in polypeptides are 
linked together between the carboxyl group of one 
amino acid and the amino group of the other. This 
bond forms when the -OH from the carboxyl end of 
one molecule and the hydrogen from the amino end of 
another molecule split off and form a small molecule 
byproduct, H,O (water). This type of reaction is called 
a condensation reaction. The new bond between the 
carbon atom and the nitrogen atom is called a peptide 
bond, also known as an amide linkage. Because every 
amino acid molecule has a carboxyl end and an amino 
end, each one can join to any other amino acid by the 
formation of a peptide bond. 


All the millions of different proteins in living 
things are formed by the bonding of only 20 amino 
acids to form long polymer chains. Like the 26 letters 
of the alphabet that join together to form different 
words, depending on which letters are used and in 
what sequence, the 20 amino acids can join together 
in different combinations and sequences to form pro- 
teins. Whereas words usually have only about 10 or 
fewer letters per word, proteins are usually made from 
at least 50 amino acids to more than 3,000. Because 
each amino acid can be used many times along the 
chain, and because there are no restrictions on the 
length of the chain, the number of possible combina- 
tions for the formation of protein is truly enormous. 


Order is important in the functioning of a protein. 
Different arrangements of amino acids produce differ- 
ent peptides. In fact, there are 27 different tripeptides 
that are possible from these three amino acids. (Each 
may be used more than once.) There are about two 
quadrillion different proteins that can exist if each of 
the 20 amino acids present in humans is used only once. 
However, just as not all sequences of letters make sense, 
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not all sequences of amino acids make functioning 
proteins, and other sequences can cause undesirable 
effects. While small mistakes in the amino acid 
sequence can sometimes be tolerated in nature without 
serious problems, at other times malfunctioning pro- 
teins can be caused by a single incorrect amino acid in 
the polymer chain. Sickle cell anemia is a fatal disease 
caused by a single amino acid, glutamic acid, being 
replaced by a different one, valine, at the sixth position 
from the end of the protein chain in the hemoglobin 
molecule. This small difference causes lower solubility 
of the sickle cell hemoglobin molecules. They precipi- 
tate out as small rods which give the cells the character- 
istic sickle shape and result in the often fatal disease. 


The specific sequence of the amino acids along the 
protein chain is referred to as the primary structure of 
the protein. However, these chains are not rigid, but 
rather they are long and flexible, like string. The 
strands of protein can twist to form helixes or fold 
into sheets. They can bend and fold back on them- 
selves to form globs, and several protein molecules 
sometimes combine into a larger molecule. All of 
these configurations are caused by interactions both 
within a single protein strand as well as between two or 
three separate strands of protein. 


Just as proteins are formed when amino acids 
bond together to form long chains, they can be broken 
down again into their individual amino acids by a 
reaction called hydrolysis. This reaction is just the 
reverse of the formation of the peptide bond. In the 
process of digestion, proteins are once again broken 
down into their individual amino acid components. 
Special digestive enzymes are necessary to cause the 
peptide linkage to break, and a molecule of water is 
added when the reaction occurs. The resulting amino 
acids are released into the small intestine, where they 
can easily pass into the bloodstream and be carried to 
every cell of the organism. A cell can use these amino 
acids to assemble the new and different proteins 
required for its specific functions. Life goes on by the 
continual breakdown of protein into the individual 
amino acid units, followed by the buildup of new 
protein from these amino acids. 


Of the 20 amino acids required by humans for 
making protein, 12 of them can be made within the 
body from other nutrients. The other eight, called the 
essential amino acids, cannot be made by the body and 
must be obtained from the diet. These are isoleucine, 
leucine, lysine, methionine, phenlyalanine, threonine, 
tryptophan, and valine. In addition, arginine and his- 
tidine are believed to be essential to growing children 
but may not be essential to mature adults. An adequate 
protein is one that contains all of the essential amino 
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KEY TERMS 


Alpha-amino acid—An amino acid in which the 
-NHp (amino) group is bonded to the carbon atom. 


Alpha-carbon atom—The carbon atom adjacent to 
the carboxyl group. 

Amino group—An -NH), group. 

Carboxyl group—A -COOH group; also written 
-CO>H. 

Essential amino acid—Amino acids that cannot be 


synthesized by the body and must be obtained from 
the diet. 


Monomers—Small, individual subunits that join 
together to form polymers. 


Peptide—Substances made up of chains of amino 
acids, usually fewer than 50. 


Peptide bond—The bond formed when the car- 
boxyl group of one amino acid joins with the 
amino group of a second amino acid and splits off 
a water molecule. 


acids in sufficient quantities for growth and repair of 
body tissue. Most proteins from animal sources (gela- 
tin being the only exception), contain all the essential 
amino acids and are considered adequate proteins. 
Many plant proteins do not contain all of the essential 
amino acids. Corn, for example, does not contain the 
essential amino acids lysine and tryptophan. Rice is 
lacking in lysine and threonine; wheat is lacking in 
lysine; and soybeans are lacking in methionine. 
People who are vegetarians and do not consume animal 
proteins in their diets sometimes suffer from malnutri- 
tion because of the lack of one or more amino acids in 
their diets even though they may consume enough food 
and plenty of calories. Malnutrition is avoidable by 
knowing what combinations of plant proteins will sup- 
ply all the necessary amino acids. 


See also Nutrition. 
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fi Ammonia 


Ammonia, composed of three parts hydrogen and 
one part nitrogen, is a sharp-smelling, flammable, and 
toxic gas that is very soluble in water, where it acts as a 
base in its chemical reactions. 


Ammonia in the past 


Ammonia was present in the primordial atmos- 
phere of Earth, and may have been the source of nitro- 
gen for the earliest forms of life, although much 
controversy exists over the details. In ancient Egypt, 
ammonium compounds were used in rites honoring 
the god Ammon, from which came the name we still 
use for the gas and its compounds. Early chemists 
learned to generate ammonia from animal parts such 
as deerhorn, and obtained ammonial preparations 
(spirits of hartshorn, etc.), but Joseph Priestley 
(1733-1804) first collected and experimented with the 
pure substance. C. L. Berthollet (1748-1822) proved 
that ammonia is composed of nitrogen and hydrogen. 


In the nineteenth century, ammonia was some- 
times manufactured by the action of steam on calcium 
cyanamide, called the cyanamide process, which in 
turn was made by reacting calcium carbide with nitro- 
gen at high temperatures. In the early twentieth cen- 
tury, German chemists Fritz Haber and Carl Bosch 
learned how to make ammonia in large quantities by 
high-pressure catalytic reactions of nitrogen (from air) 
with hydrogen. Both men were awarded Nobel 
prizes—Haber in 1918 and Bosch in 1931. The 
Haber-Bosch process is the basis for modern ammonia 
production, although many improvements have been 
made in the details of the technology. 


Physical and chemical properties of 
ammonia 


Ammonia (boiling point —28.03°F [-33.35°C]) 
can be made in the laboratory by heating ammonium 
chloride with lime, and the gas collected by downward 
displacement of air, or displacement of mercury. Water 
solutions of ammonia, called ammonium hydroxides, 
having as much as 28% ammonia by weight, can be 
obtained by this method. Ammonium hydroxide exhib- 
its the characteristics of a weak base, turning litmus 
paper blue, and neutralizing acids with the formation 
of ammonium salts. Transition metal ions are either 
precipitated as hydroxides (iron [I], iron [III]) or 
converted to ammonia complexes (copper [II], 
nickel [I], zinc [II], silver [I]). The copper (II) ammonia 
complex, in solution, is deep blue in color, and 
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serves as a qualitative test for copper. It also has the 
ability to dissolve cellulose, and has been used in the 
process for making regenerated cellulose fibers, or 
rayon. 


Ammonia molecules possess a pyramidal shape, 
with the nitrogen atom at the vertex. These molecules 
continually undergo a type of motion called inversion, 
in which the nitrogen atom passes through the plane of 
the three hydrogen atoms like an umbrella turning 
inside out in the wind. When ammonia acts as a 
base, the nitrogen atom bonds either to a proton (to 
form ammonium ion) or to a metal cation. 


Ammonium salts such as ammonium chloride, 
called sal ammoniac, are water soluble and volatile 
when heated. It is often found that considerable heat is 
absorbed when ammonium salts dissolve in water, lead- 
ing to dramatic reduction in temperature. Ammonium 
salts containing anions of weak acids (carbonate, 
sulfide) easily liberate ammonia owing to the tendency 
of a proton to break off the nitrogen atom and be bound 
by the weak acid anion. 


In liquid or frozen ammonia, the molecules attract 
one another through sharing a hydrogen atom 
between one molecule and the next, called hydrogen 
bonding. In this attraction, called association, com- 
pounds apparently containing free electrons can be 
obtained by treating sodium/ammonia solutions with 
complexing agents. 


Ammonia is a flammable gas and reacts with oxy- 
gen to form nitrogen and water, or nitrogen (II) oxide 
and water. Oxidation of ammonia in solution leads to 
hydrazine, a corrosive and volatile ingredient in fuels. 
Ammonium salts of oxidizing anions—nitrate, dichro- 
mate, and perchlorate—are unstable and can explode 
or deflagrate when heated. Ammonium nitrate is used 
as a high explosive; ammonium perchlorate is a com- 
ponent of rocket fuels. Ammonium dichromate is used 
in a popular artificial volcano demonstration in which 
a conical pile of the salt is ignited and burns vigo- 
rously, throwing off quantities of green chromium 
(III) oxide—the lava. 


When ammonium hydroxide is treated with iodine 
crystals, an explosive brown solid, nitrogen triiodide, 
is formed. When dry, this substance is so sensitive that 
the lightest touch will cause it to explode with a crack- 
ling sound and a puff of purple iodine vapor. 


Sources and production of ammonia 


Ammonia is manufactured by the reaction of 
hydrogen with nitrogen in the presence of an iron 
catalyst, which is known as the Haber-Bosch process. 
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The reaction is exothermic and is accompanied by a 
concentration in volume. (The ammonia occupies less 
volume than the gases from which it is made.) High 
pressure conditions (150-250 bar) are used, and tem- 
peratures range from 752-932 °F (400-500 °C). The 
mixed gases circulate through the catalyst, ammonia is 
formed and removed, and the unconverted reactants 
are recirculated. Large ammonia plants can produce 
over 1,000 tons per day. Each ton of ammonia requires 
3,100 cubic yards (2,400 cu m) of hydrogen and 1,050 
cubic yards (800 cu m) of nitrogen, as well as 60 giga- 
joules of energy. Much of the energy is consumed in 
heating the reactants and in the compressors needed to 
attain the high pressure used in the synthesis. Further 
energy is needed to produce the hydrogen from hydro- 
carbon feedstocks and to separate nitrogen from air. 
The synthesis reaction itself produces some heat, and 
great attention is given to heat efficiency and use of 
waste heat. The gases that enter the catalytic converter 
must be highly purified and free of sulfur compounds, 
which adversely affect the catalyst. The catalyst is 
prepared in place by hydrogen treatment of magnetite, 
an iron oxide containing potassium hydroxide and 
other oxides in small amounts as promoters. A large 
ammonia plant might have as much as 100 tons of 
catalyst. 


Since the hydrogen is usually derived from a nat- 
ural gas called methane, the price of ammonia is very 
sensitive to the availability or price of fuels. United 
States production of ammonia reached 17 million tons 
in 1991, and demand was even larger than U.S. pro- 
duction, leading to about two million tons of imports. 
World ammonia production is about 100 million tons 
per year, which amounts to about 40 pounds (18 kg) 
for each person on Earth. 


Ammonia is formed from nitrogen in air by the 
action of nitrogen-fixing bacteria that exist in the soil 
on the roots of certain plants like alfalfa. Nitrogen 
fixation can also be accomplished by blue-green 
algae in the sea. These bacteria and algae possess an 
enzyme called nitrogenase that permits them to con- 
vert nitrogen to ammonia at 77°F (25°C) and 1 bar of 
pressure, much milder conditions than those of the 
Haber-Bosch process. Nitrogenase is known to be a 
complex protein containing metal atoms, such as iron 
and molybdenum and sulfide ions, but its structure 
and mode of action are imperfectly understood, even 
after decades of research. Recent research indicates 
that the nitrogen molecule may bind to iron atoms in 
the enzyme as a reaction step. 


Ammonia can be formed in the human body and 
may build up abnormally during serious illnesses such 
as Reye’s syndrome. Much nitrogen is normally 
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excreted by humans (and other mammals) as urea, a 
water soluble solid, but fish can excrete ammonia 
directly. 


Urea eventually reacts with water to form ammo- 
nia, which therefore is usually present to some extent 
in waste water. Low concentrations of ammonia in 
water can be detected and measured using a solution 
called Nessler’s reagent, which develops a strong color 
in the presence of ammonia. A recent toxic substance 
inventory done by the United States government esti- 
mated that in 1989, 200,000 tons of ammonia were 
released into the environment. This figure does not 
include fertilizer applications of ammonia. 


Although Earth’s atmosphere is free of ammonia, 
liquid and solid ammonia exist on other planets, such 
as Jupiter, where it may have originally formed from 
metal nitrides reacting with water. Ammonia has also 
been detected in interstellar space by radioastronomy. 


Uses of ammonia 


The largest use of ammonia is in fertilizers, which 
are applied to the soil and help provide increased yields 
of crops such as corn, wheat, and soybeans. Liquid 
ammonia, ammonia/water solutions, and chemicals 
made from ammonia, such as ammonium salts and 
urea, are all used as sources of soluble nitrogen. Urea, 
which is made from ammonia and carbon dioxide, can 
also be used as a feed supplement for cattle, aiding in 
the rapid building of protein by the animals. 


All other important nitrogen chemicals are now 
made from ammonia. In a reaction called the Ostwald 
process, nitric acid results from oxidation of ammonia 
in the presence of a platinum catalyst and is followed 
by treatment of the resulting nitrogen oxides with 
water. Nitric acid and nitrates are needed for the man- 
ufacture of explosives like TNT, nitroglycerin, gun- 
powder, and also for the propellants in cartridges for 
rifles and machine guns. 


Two types of polymers needed for artificial fibers 
require the use of ammonia, polyamides (nylon), and 
acrylics (orlon). The original polyamide, named nylon, 
produced by DuPont Chemical Co., was made from two 
components, adipic acid and hexamethylenediamine. 
The nitrogen in the second named component is derived 
from ammonia. Acrylics are made from a three-carbon 
nitrogen compound, acrylonitrile. Acrylonitrile comes 
from the reaction of propene, ammonia, and oxygen in 
the presence of a catalyst. 


Because of its basic properties, ammonia is able to 
react with acidic gases such as nitrogen oxides and 
sulfur oxides to form ammonium salts. Thus ammonia 
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KEY TERMS 


Ammonia complexes—Species, usually positively 
charged ions, formed by linking several ammonia 
molecules through their nitrogen atoms to a transi- 
tion metal ion. 


Gigajoule—A billion joules. An amount of energy 
equal to 277 kilowatt-hours, or about the electrical 
energy used by an American family in a month. 


Polyamide—A polymer such as nylon, containing 
recurrent amide groups linking segments of the 
polymer chain. 


is useful in scrubbers that remove acidic gases before 
they are released into the environment. 


Future prospects 


Ammonia will continue to be important for agri- 
culture and for the whole nitrogen chemicals industry. 
As countries in Asia and Latin America develop 
higher standards of living and stronger economies, 
they will need their own ammonia plants. For this 
reason, capacity and production will continue to 
grow. New uses may develop, particularly for ammo- 
nia as a relatively inexpensive base with unique prop- 
erties, for liquid ammonia as a solvent, and as a 
storage medium for hydrogen, as the nations evolve 
toward alternative fuels. 


See also Amides. 
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| Ammonification 


Ammonification, in chemistry, is defined as the 
saturation with ammonia or any one of its com- 
pounds. Strictly speaking, ammonification refers to 
any chemical reaction that generates ammonia (NH3) 
as an end product (or its ionic form, ammonium, 
NH,* ). Ammonification can occur through various 
inorganic reactions or due to the metabolic functions 
of microorganisms, plants, and animals. In the eco- 
logical context, however, ammonification refers to the 
processes by which organically bound forms of nitro- 
gen occurring in dead biomass (such as amino acids 
and proteins) are oxidized into ammonia and ammo- 
nium. The ecological process of ammonification is 
carried out in soil and water by a great diversity of 
microbes and is one of the many types of chemical 
transformations that occur during the decomposition 
of dead organic matter. 


Ammonification is a key component in the nitro- 
gen cycle of ecosystems. The nitrogen cycle consists of 
a complex of integrated processes by which nitrogen 
circulates among its major compartments in the 
atmosphere, water, soil, and organisms. During vari- 
ous phases of the nitrogen cycle, this element is trans- 
formed among its various organic and inorganic 
compounds. 


As with all components of the nitrogen cycle, the 
proper functioning of ammonification is critical to the 
health of ecosystems. In the absence of ammonifica- 
tion, organic forms of nitrogen would accumulate in 
large quantities. Because growing plants need access to 
inorganic forms of nitrogen, particularly ammonium 
and nitrate (NO3_), the oxidation of organic nitrogen 
of dead biomass through ammonification is necessary 
for maintenance of the productivity of species and 
ecosystems. 


Ammonification 


Nitrogen is one of the most abundant elements in 
the tissues of all organisms and is a component of many 
biochemicals, particularly amino acids, proteins, and 
nucleic acids. Consequently, nitrogen is one of the 
critically important nutrients and is required in rela- 
tively large quantities by all organisms. Animals receive 
their supply of nitrogen through the foods they eat, but 
plants must assimilate inorganic forms of this nutrient 
from their environment. 


However, the rate at which the environment can 
supply inorganic nitrogen is limited and usually small 
in relation to the metabolic demands of plants. 
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Therefore, the availability of inorganic forms of nitro- 
gen is frequently a limiting factor for the productivity 
of plants. This is a particularly common occurrence 
for plants growing in terrestrial and marine environ- 
ments and, to a lesser degree, in fresh waters (where 
phosphate supply is usually the primary limiting 
nutrient, followed by nitrate). 


The dead biomass of plants, animals, and micro- 
organisms contains large concentrations of organically 
bound nitrogen in various forms, such as proteins and 
amino acids. The process of decomposition is respon- 
sible for recycling the inorganic constituents of the 
dead biomass and preventing it from accumulating in 
large unusable quantities. Decom-position is, of 
course, mostly carried out through the metabolic func- 
tions of a diverse array of bacteria, fungi, actinomy- 
cetes, other microorganisms, and some animals. 
Ammonification is a particular aspect of the more 
complex process of organic decay, specifically refer- 
ring to the microbial conversion of organic-nitrogen 
into ammonia (NH3) or ammonium (NH, ). 


Ammonification occurs under oxidizing condi- 
tions in virtually all ecosystems and is carried out by 
virtually all microorganisms that are involved in the 
decay of dead organic matter. In situations where oxy- 
gen is not present, a condition referred to as anaerobic, 
different microbial decay reactions occur; these pro- 
duce nitrogen compounds known as amines. 


The microbes derive some metabolically useful 
energy from the oxidation of organic-nitrogen to 
ammonium. In addition, much of the ammonium is 
assimilated and used as a nutrient for the metabolic 
purposes of the microbes. However, if the microbes 
produce ammonium in quantities that exceed their 
own requirements, as is usually the case, the surplus 
is excreted into the ambient environment (such as the 
soil), and is available for use as a nutrient by plants, or 
as a substrate for another microbial process, known as 
nitrification (see below). Animals, in contrast, mostly 
excrete urea or uric acid in their nitrogen-containing 
liquid wastes (such as urine), along with diverse 
organic-nitrogen compounds in their feces. The urea, 
uric acid, and organic nitrogen of feces are all sub- 
strates for microbial ammonification. 


One of the most elementary of the ammonifica- 
tion reactions is the oxidation of the simple organic 
compound urea (CO(NH2)2) to ammonia through 
the action of a microbial enzyme known as urease. 
(Note that two units of ammonia are produced for 
every unit of urea that is oxidized.) Urea is a com- 
monly utilized agricultural fertilizer, used to supply 
ammonia or ammonium for direct uptake by plants, 
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or as a substrate for the microbial production of 
nitrate through nitrification (see below). 


Ammonium is a suitable source of nitrogen 
uptake for many species of plants, particularly those 
that live in acidic soils and waters. However, most 
plants that occur in non-acidic soils cannot utilize 
ammonium very efficiently, and they require the 
anion nitrate (NO3;°) as their source of nitrogen 
uptake. The nitrate is generally derived by the bacte- 
rial oxidation of ammonium to nitrite, and then to 
nitrate, in an important ecological process known as 
nitrification. Because the species of bacteria that carry 
out nitrification are extremely intolerant of acidity, 
this process does not occur at significant rates in acidic 
soils or waters. This is the reason why plants growing 
in acidic habitats can only rely on ammonium as their 
source of nitrogen nutrition. 


Because ammonium is a positively charged cation, 
it is held relatively strongly by ion-exchange reactions 
occurring at the surfaces of clay minerals and organic 
matter in soils. Consequently, ammonium is not 
leached very effectively by water as it percolates down- 
ward through the soil. This is in contrast to nitrate, 
which is highly soluble in soil water and is leached 
readily. As a result, nitrate pollution can be an impor- 
tant problem in agricultural areas that have been heav- 
ily fertilized with nitrogen-containing fertilizers. 


Humans and ammonification 


Humans have a major influence on the nitrogen 
cycle, especially through the use of fertilizers in agri- 
culture. Under nutrient-limited conditions, farmers 
commonly attempt to increase the availability of soil 
nitrogen, particularly as nitrate, and to a lesser degree, 
as ammonium. Rates of fertilization in intensive agri- 
cultural systems can exceed 446.2 Ib/ac (500 kg/ha) of 
nitrogen per year. The nitrogen in the fertilizer may be 
added as ammonium nitrate (NO4NH,) or as urea. 
The latter compound must be ammonified before inor- 
ganic forms of nitrogen are present, that is, the ammo- 
nium and nitrate that can be taken up by plants. In 
some agricultural systems, compost or other organic 
materials may be added to soils as a conditioner and 
fertilizer. In such cases, the organic nitrogen is con- 
verted to available ammonium through microbial 
ammonification, and nitrate may subsequently be gen- 
erated through nitrification. 


In situations where the rates of fertilization are 
excessive, the ability of the ecosystem to assimilate the 
nitrogen input becomes satiated. Although the ammo- 
nium produced by ammonification does not leach 
readily, the nitrate does, and this can lead to the 
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KEY TERMS 


Decomposition—The breakdown of the complex 
molecules composing dead organisms into simple 
nutrients that can be reutilized by living organisms. 


Eutrophication—A natural process that occurs in 
an aging lake or pond as that body of water gradu- 
ally builds up its concentration of plant nutrients. 


Leaching—The process of movement of dissolved 
substances in soil along with percolating water. 


Nutrient—Any chemical that is required for life. 


pollution of groundwater and surface waters, such as 
streams and rivers. Pollution of groundwater with 
nitrate poses risks for human health, while surface 
waters may experience an increased productivity 
through eutrophication. 
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fl Amnesia 


Amnesia is a dissociative psychological disorder 
manifested by total or partial loss of memory and 
usually caused by a trauma. Unlike ordinary forgetful- 
ness (the inability to remember a friend’s telephone 
number), amnesia is a serious threat to a person’s 
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professional and social life. Amnesia, which depend- 
ing on its cause can be either organic and psychogenic, 
has several types. 


How amnesia is manifested 


Global or generalized amnesia indicates the total 
loss of a person’s identity: the individual has forgotten 
who she or he is. What makes this type of amnesia 
baffling is the fact that only personal memory is 
affected. The amnesiac does not remember who he or 
she is but displays no loss of general knowledge. 
A person suffering from retrograde amnesia cannot 
remember events that happened immediately before 
the trauma. In anterograde amnesia, all events follow- 
ing the trauma are forgotten. Finally, amnesia can also 
be selective, or categorical, manifested by a person’s 
inability to remember events related to a specific 
incident. 


Causes of amnesia 


The causes of amnesia can be physiological and/or 
psychological. Amnesia caused by physical trauma is 
called organic amnesia, while the term psychogenic 
amnesia is used in reference to amnesia caused by 
psychological trauma. 


Organic amnesia 


Examples of organic amnesia include cases of 
memory loss following head injuries, brain lesions, 
stroke, substance abuse, carbon monoxide poisoning, 
malnutrition, electro-convulsive therapy, surgery, and 
infections. Persons suffering from any kind of organic 
amnesia display a number of typical characteristics. 
Their memory loss is anterograde: events after the 
trauma are forgotten. In addition, they can remember 
the distant past well, but their grasp of the immediate 
past is tenuous. If treatment is unsuccessful, the 
amnesiac’s condition can worsen, leading to progres- 
sive memory loss. In such cases, memory loss is irre- 
versible. If therapy is successful, the patient may 
partially regain memories blocked by retrograde 
amnesia, while anterograde amnesia usually remains. 


Psychogenic amnesia 


The causes of psychogenic amnesia are psycho- 
logical, and they include career-related stress, eco- 
nomic hardship, and emotional distress. Experts have 
maintained that psychogenic amnesia has no physio- 
logical causes, although recent research has estab- 
lished that emotional trauma may alter the brain 
physiology, thus setting the stage for the interplay of 
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psychological and physiological factors in the etiology 
of amnesia. In other words, psychogenic amnesia may 
have secondary causes that could be defined as 
organic. The most enigmatic psychogenic amnesia is 
identity loss; the person affected by this type of amne- 
sia loses all personal memories, while retaining his or 
her general (impersonal) knowledge. For example, 
the amnesiac may not know his or her name, but can 
still be able to speak an acquired second language. 
Furthermore, in psychogenic amnesia, there is no 
anterograde memory loss. Finally, although psycho- 
genic amnesia is reversible and can end within hours 
or days, it is a serious condition that can be difficult 
to treat. 


Diagnosis 


In diagnosing amnesia, doctors look at several 
factors. During a physical examination, the doctor 
inquires about recent traumas or illnesses, drug and 
medication history, and checks the patient’s general 
health. Psychological exams may be ordered to deter- 
mine the extent of amnesia and the memory system 
affected. The doctor may also order imaging tests such 
as magnetic resonance imaging (MRI) to reveal 
whether the brain has been damaged, and blood 
work to exclude treatable metabolic causes or chem- 
ical imbalances. 


Treatment depends on the root cause of amnesia 
and is handled on an individual basis. Regardless of 
cause, cognitive rehabilitation may be helpful in learn- 
ing strategies to cope with memory impairment. 


Some types of amnesia, such as transient global 
amnesia, are completely resolved and there is no per- 
manent loss of memory. Others, such as Korsakoff 
syndrome, associated with prolonged alcohol abuse 
or amnesias caused by severe brain injury, may 
be permanent. Depending on the degree of amnesia 
and its cause, victims may be able to lead relatively 
normal lives. Amnesiacs can learn through therapy 
to rely on other memory systems to compensate for 
what is lost. 


Amnesia is only preventable in so far as brain 
injury can be prevented or minimized. Common 
sense approaches include wearing a helmet when bicy- 
cling or participating in potentially dangerous sports, 
using automobile seat belts, and avoiding excessive 
alcohol or drug use. Brain infections should be treated 
swiftly and aggressively to minimize the damage due 
to swelling. Victims of strokes, brain aneurysms, and 
transient ischemic attacks should seek immediate 
medical treatment. 
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KEY TERMS 


Dissociative disorder—Referring to psychological 
conditions, such as psychogenic amnesia and mul- 
tiple personality disorder, in which an area of per- 
sonal memory is dissociated from a_person’s 
consciousness. 


Etiology—The cause or origin of a disease or 
condition. 
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| Amniocentesis 


Amniocentesis is a procedure used to obtain 
amniotic fluid for prenatal diagnosis of a fetus (e.g., 
assessment of fetal lung maturity). Because the proce- 
dure involves piercing the skin to obtain a sample, it is 
invasive. 
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In the 1950s the measurement of bilirubin concen- 
trations present in amniotic fluid in monitoring the 
rhesus diseases was first reported. Amniocentesis for 
fetal chromosome analysis was also initiated in the 
1950s. The first application was for fetal sex determi- 
nation. Down syndrome via amniocentesis was first 
detected in 1968. 


Amniocentisis exploits a natural phenomenon. 
Cells are naturally exfoliated from the surface and 
mucosae of the developing fetus; some cells survive 
for a time in the cavity of amniotic fluid that surrounds 
the fetus in the amniotic cavity. Soluble biochemical 
material of clinical significance, which is produced by 
the fetus, may also accumulate in the amniotic fluid. 
The fluid can obtained and analyzed for these 
substances. 


For amniocentesis, the maternal abdomen is 
washed with antiseptic solution. A local anesthetic is 
given, and a hollow 22-gauge needle is inserted 
through the mother’s abdominal wall into the amni- 
otic cavity—avoiding the placenta if possible—and 
about 20 milliliters of the amniotic fluid is withdrawn 
with a syringe attached to the needle. The accidental 
puncture of the fetus is a risk of the procedure. In 
order to ensure the safety of the fetus, the procedure 
is monitored in real time via ultrasound. In twin preg- 
nancies, after withdrawal of amniotic fluid of the first 
sac, an injection of a dye is necessary to understand if 
the fluid of the second sac has been drawn. If the fluid 
of the second puncture is clear, then it does not come 
from the first sac, and needs to be separately sampled. 


Viable cells in the fluid are then cultured (grown) 
in vitro. At 16 weeks’ gestation, amniotic fluid contains 
200,000 cells per milliliter, however, only a very small 
number are capable of growing and dividing to form a 
visible mound of cells termed a colony. By withdraw- 
ing a large number of cells, the chances of successful 
colony development are increased. The chromosomes 
of the cultured cells (the structured arrangement of the 
genetic material) can be isolated from the cells and 
examined. 


Viewing the chromosomes under a light micro- 
scope will reveal if the normal paired arrangement of 
chromosomes are present, or if there are chromosomal 
aberrations (extra or fewer chromosomes) or defects in 
chromosome structure. 


A technique abbreviated FISH, which stands for 
fluorescence in situ hybridization, can also be used for 
rapid detection of numerical anomalies involving 
some chromosomes, including the X and Y chromo- 
somes that carry genetic information concerning the 
gender of the fetus. A procedure called the polymerase 
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A physician uses an ultrasound monitor (left) to position the 
needle for insertion into the amnion when performing 
amniocentesis. (National Audubon Society Collection/Photo 
Researchers, Inc.) 


chain reaction (PCR), which can very quickly produce 
many copies of desired regions of genetic material, has 
been also used to detect chromosomal abnormalities. 


Amniocentesis has proven valuable in detecting 
DNA anomalies responsible for the etiology of many 
autosomal and X-linked disorders, as well as hemo- 
philia A, sickle cell anemia, DiGeorge syndrome, and 
other diseases. 


Amniocentesis is an elective procedure that can 
detect the presence of many types of genetic disorders, 
thus allowing doctors and prospective parents to make 
important decisions about early treatment and inter- 
vention. Down syndrome is a chromosomal disorder 
characterized by a diversity of physical abnormalities, 
mental retardation, and shortened life expectancy. It is 
by far the most common, nonhereditary, genetic birth 
defect, afflicting about one in every 1,000 babies. Since 
the risk of bearing a child with a nonhereditary genetic 
defect such as Down syndrome increases as a woman 
ages, amniocentesis is recommended for women who 
will be older than 35 on their due date. That is the age 
at which the risk of carrying a fetus with such a defect 
roughly equals the risk of miscarriage caused by the 
procedure—about | in 200. 


Maternal complications of amniocentesis, such as 
septic shock and amnionitis, are rare. As well, the risk 
of abortion due to fetal damage during the procedure 
is low (1-3%) Amniocentesis is ordinarily performed 
between the 14th and 16th week of pregnancy, with 
results usually available within three weeks. It is pos- 
sible to perform amniocentesis as early as the 11th 
week, but this is not usually recommended because 
there appears to be an increased risk of miscarriage 
when done at this time. The advantage of early 
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amniocentesis is the extra time for decision making if 
a problem is detected. Potential treatment for the fetus 
can begin earlier. Elective abortions are safer for the 
woman the earlier they are performed. 


See also Embryo and embryonic development; 
Embryology; Germ cells and the germ cell line; 
Sexual reproduction. 
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| Amoeba 


Amoebas are protozoans characterized by cyto- 
plasmic extensions that can change the overall shape 
of the organism. They consist of a mass of cellular 
fluid surrounded by a membrane, and contain one or 
more nuclei (depending upon the species), as well as 
other cell organelles, such as food vacuoles. 


The word amoeba is derived from the Greek word 
ameibein (to change), which describes the amoeba’s 
most easily distinguishable feature, the continuous 
changing of shape by repeated formation of pseudopo- 
dia (Greek: false feet). 


Pseudopodal movement is based on a continual 
change in the state of protoplasm flowing into the 
foot-like appendage. An interior fluid (endoplasm), 
under pressure from an exterior gel (ectoplasm), 
flows forward in the cell. When the endoplasm reaches 
the tip of a developing pseudopod, the fluid is forced 
backward against the ectoplasm, and is turned into a 
gel. After returning to the body of the cell, the newly 
formed ectoplasm gel is converted back to fluid endo- 
plasm, and again flows forward under the pressure of 
the exterior gel. 


Pseudopodia serve two important functions— 
locomotion and food capture, activities that are 
often interrelated. Amoebas use their pseudopodia to 
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ingest food by a method called phagocytosis (Greek: 
phagein, to eat). The streaming of protoplasm inside 
the pseudopodia moves the amoeba forward. When 
the organism contacts a food particle, the pseudopo- 
dia surround the particle. After the amoeba corrals the 
food, the food passes into the cell via food vacuoles. 
Inside the cell, the food is digested by enzymes within 
food vacuoles and assimilated by the amoeba. Later, 
the amoeba expels parts of the food that are not 
acceptable. 


Organisms referred to by the term “amoeba” 
belong to the Domain Eukarya, Kingdom Protista, 
Subkingdom Protozoa, which almost exclusively 
includes single-celled eukaryotes that get nutrition 
from other organisms. Amoebas belong to the class 
Sarcodina, which has as its principle-distinguishing 
feature the presence of pseudopodia. 


The Rhizopoda (in some classifications a super- 
class of Sarcodina) contains all organisms that form 
lobopodia, which are broad pseudopodia, or filopo- 
dia, which are thread-like psuedopodia. These organ- 
isms move by means of pseudopodial movement. 
Rhizopoda includes the subclass Lobosea. Lobosea 
includes both naked amoebas and testaceous forms 
(those with tests, or shells). 


Amoebas that have tests are sometimes referred to 
as shelled. These tests include coatings of various 
kinds, such as scales, mucoid layers called glycocaly- 
ces, or complex filaments much smaller than scales. 


Amoebas are further classified within the order 
Amoebida. Amoebida are characterized as free-living 
in fresh or saltwater or soil. Most Amoebida ingest 
bacteria, but larger members also feed on algae and 
other protozoans. Amoebida is further divided into 
several families including Amoebidae, Hartmannellidae, 
Entamoebidae, and Acanthamoebidae. 


The family Amoebidae includes mostly freshwater 
species of amoeba, whose pseudopodal movement is 
either monopodial (the entire protoplasmic mass 
moves forward) or polypodial (several pseudopodia 
advance simultaneously). One member, Amoeba pro- 
teus is commonly used for teaching and cell biology 
research. Chaos carolinense, one of the larger species of 
amoeba, has multiple nuclei and can reach a length of 
0.12 in (3 mm). 


The Hartmannellidae family includes small and 
medium-sized amoebas that move forward monopo- 
dially, advancing by means of a steady cytoplasmic 
flow. They feed on bacteria, although some species of 
the genus Saccamoeba also feed on unicellular algae. 


The family Entamoebidae includes most of the 
obligately endozoic (parasitic inside a host) Amoebida 
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organisms, including Entamoeba histolytica. Amebiasis 
(infection with £. histolytica) is a serious intestinal 
disease also called amoebic dysentery. It is character- 
ized by diarrhea, fever, and dehydration. Although 
amebiasis is usually limited to the intestine, it can 
spread to other areas of the body, especially the liver. 


E. histolytica exists as either a trophozoite or cyst. 
The trophozoite is motile, possesses a single nucleus, 
and lives in the intestine. It is passed from the body in 
diarrhea, but cannot survive outside the host. The cyst 
form, consisting of condensed protoplasm surrounded 
by a protective wall, is produced in the intestine, can 
survive outside the host, and even withstands the acid 
of the stomach when it is ingested with food or con- 
taminated water. Once inside the intestine, EF. histoly- 
tica multiplies by means of binary fission. 


Acanthamoebidae, another family of Amoebida, 
includes the genus Acanthamoeba, members of which 
are often isolated from fresh water and _ soil. 
Acanthamoeba cause primary amebic meningoence- 
phalitis (PAM, inflammation of the brain and its pro- 
tective membranes), especially in individuals who 
are ill and whose immune systems are weakened. 
Acanthamoeba infections have been traced to fresh 
water, hot tubs, soil, and homemade contact lens sol- 
utions. In the latter case, contamination of contact 
lens solution with the organism has caused keratitis, 
an inflammation of the cornea accompanied by pain 
and blurred vision. Severe cases can require a corneal 
transplant or even removal of the eye. 


An amoeba of the order Schizopyrenida, 
Naegleria fowleri is an especially dangerous human 
parasite, causing rapidly fatal PAM in people swim- 
ming in heated water, or warm, freshwater ponds and 
lakes, mainly in the southern United States. Both 
Naegleria and Acanthamoeba enter through the nasal 
mucosa and spread to the brain along nerves. 


Ampere see Units and standards 


I Amphetamines 


Amphetamines are a group of nervous system 
stimulants that includes amphetamine (alpha-methyl- 
phenethylamine), dextroamphetamine, and metham- 
phetamine. They are used to induce a state of alert 
wakefulness and euphoria, and since they inhibit appe- 
tite, they also serve as diet pills. Sometimes they are 
used recreationally and for performance enhancement. 
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After World War II (1939-1945), they were widely 
prescribed by physicians as diet pills, but they are gen- 
erally no longer recommended for weight loss pro- 
grams since there are too many hazards in the 
prolonged use of amphetamines. Prolonged exposure 
may result in organ impairment, affecting particularly 
the kidneys. Amphetamines are addictive and may lead 
to compulsive behavior, hallucinations, paranoia, and 
suicidal actions. Their medical use has currently been 
narrowed to treating only two disorders. One is a 
condition known as attention-deficit hyperactivity 
disorder (ADHD) in children. When used to treat over- 
active children, amphetamines are carefully adminis- 
tered under controlled situations as part of a larger 
program. The other condition for which amphetamines 
are prescribed is a sleep disorder known as narcolepsy, 
the sudden uncontrollable urge to sleep during the 
hours of wakefulness. 


In street language, amphetamines are known as 
pep pills, as speed (when injected), and as ice (when 
smoked in a crystalline form). The popularity of 
amphetamines as a street drug appears to have been 
facilitated originally by pilfering from the drug com- 
panies manufacturing the pills. They are now also 
illegally manufactured in secret laboratories. 


History 


Amphetamines were first synthesized in 1887 by 
Romanian chemist Lazar Edeleanu (1861-1941), 
while at the University of Berlin (Germany). They 
was further developed by the drug company Smith, 
Kline and French in that same year. However, 
amphetamines were not marketed until 1932, how- 
ever, as Benzedrine® inhalers for relief from nasal 
congestion due to hay fever, colds, or asthma. In 
1935, after noting its stimulant effects, the drug com- 
pany encouraged prescription of the drug for the 
chronic sleep disorder narcolepsy. Clinical enthusiasm 
for the drug led to its misapplication for the treatment 
of various conditions, including addiction to opiates. 
The harmful effects of the drug were first noted by the 
British press and, in 1939, amphetamines were placed 
on a list of toxic substances for the United Kingdom. 


The early abuse of Benzedrine® inhalers involved 
the removal of the strip containing the amphetamines 
from the casing of the inhaler. The strips were then 
either chewed or placed in coffee to produce an intense 
stimulant reaction. Since the inhalers were inexpensive 
and easily obtainable at local drug stores, they were 
purchased by young people searching for ways of get- 
ting stimulated (high). But amphetamines became par- 
ticularly popular in World War II. Soldiers on both 
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sides were given large amounts of amphetamines as a 
way of fighting fatigue and boosting morale. The 
British issued 72 million tablets to the armed forces. 
Records also show that kamikaze pilots and German 
panzer troops were given large doses of the drug to 
motivate their fighting spirit. Adolph Hitler’s own 
medical records show that he received eight injections 
a day of methamphetamine, a drug known to create 
paranoia and unpredictable behavior when adminis- 
tered in large dosages. 


The demand for amphetamines was high in the 
1950s and early 1960s. They were used by people who 
had to stay awake for long periods of time. Truck 
drivers who had to make long hauls used them to 
drive through the night. Those who had long tours of 
duty in the armed forces relied on them to stay awake. 
High school and college students cramming for tests 
took them to study through the nights before their 
examinations. Athletes looked to amphetamines for 
more energy, while English and American popular 
musicians structured their lives and music around 
them. The U.S. Food and Drug Administration 
(FDA) estimated that there were well over 200 million 
amphetamine pills in circulation by 1962 in the United 
States alone. 


During that period of time about half of the quan- 
tity of amphetamines produced were used outside of 
the medically prescribed purposes mandated by the 
legal system. Of the 19 companies producing amphet- 
amines then, nine were not required to show their 
registry of buyers to the FDA. It is believed that 
these nine companies supplied much of the illegal 
traffic in amphetamines for that period. 


By 1975, a large number of street preparations 
were being passed off as amphetamine tablets. Tests 
indicated that only about 10% of the street drugs 
represented as amphetamines contained any amphet- 
amine substance at all. The false amphetamines were 
in fact mixtures of caffeine and other drugs that 
resembled amphetamine, such as phenethylamine, 
an over-the-counter drug used to relieve coughs 
and asthma or to inhibit appetite. Other false amphet- 
amine tablets contained such _ over-the-counter 
drugs as ephedrine and pseudoephedrine. These boot- 
leg preparations came under such names as Black 
Beauty, Hustler, and Penthouse, and they were pro- 
moted in magazines that catered to counterculture 
sentiment. 


The use of amphetamines and drugs like amphet- 
amine showed a sharp decrease in the 1980s. The 
decrease was probably due to the increasing use of 
cocaine, which was introduced in the mid-1970s and 
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continues to be a major street drug at the present time. 
Another reason was the introduction of newer types of 
appetite suppressants and stimulants on the pharma- 
cological market and then to the street trade. Still, a 
survey done in 1987 showed that a large number of 
high school seniors (12%) had used drugs of the 
amphetamine type during the previous year. 


Ice 


Illegal users of methamphetamine originally took 
the drug in pill form or prepared it for injection. More 
recently, however, a crystalline form of the drug that is 
smoked like crack cocaine has appeared on the mar- 
ket. The practice of smoking methamphetamine began 
in Hawaii and, then, spread to California. Various 
names are given to smokable methamphetamine, 
such as Ice, LA Ice, and Crank. Ice is much cheaper 
than crack because it is made from easily available 
chemicals and does not require complicated equip- 
ment for its production. An illegal drug manufacturer 
can produce ice at a much lower cost than cocaine and 
therefore realize a much greater profit margin. Like 
cocaine, amphetamine reaches the brain faster when it 
is smoked. Users have begun to prefer ice over crack 
because the high lasts much longer, persisting for well 
over 14 hours. The side effects of an ice high can be 
quite severe, however. Side effects such as paranoia, 
hallucinations, impulsive behavior, and other psy- 
chotic effects may last for several days after a pro- 
longed high from ice. 


Action 


Amphetamines, according to recent research, act 
on the neurotransmitters of the brain to produce their 
mood-altering effects. The two main neurotransmit- 
ters affected are dopamine and norepinephrine, pro- 
duced by cells in the brain. Amphetamines appear to 
stimulate the production of these two neurotransmit- 
ters and then prevent their uptake by other cells. They 
further increase the amount of surplus neurotransmit- 
ters by inhibiting the action of enzymes that help to 
absorb them into the nervous system. It is believed 
that the excess amount of neurotransmitters caused 
by the amphetamines are also responsible for the 
behavioral changes that follow a high. 


Drugs that pose a high risk of addiction like 
amphetamines, opiates, and cocaine all seem to arouse 
the centers of the brain that control the urge to seek 
out pleasurable sensations. Addictive drugs overcome 
those centers and displace the urge to find pleasure in 
food, sex, or sleep, or other types of activity that 
motivate people not addicted to drugs. The drug 
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addict’s primary concern is to relive the pleasure of 
the drug high, even at the risk of crashing (coming 
down from the high in a painful way) and in the face of 
the social disapproval the habit inevitably entails. 
Laboratory experiments have shown that animals 
self-administering amphetamines will reject food and 
water in favor of the drug. They eventually perish in 
order to keep up their supply of the drug. 


Withdrawal symptoms for chronic users include 
depression, anxiety, and the need for prolonged peri- 
ods of sleep. 


Physical and psychological effects 


Amphetamines inhibit appetite and stimulate res- 
piration as a result. On an oral dose of 10 to 15 mg 
daily an individual feels more alert and more confident 
in performing both physical and mental work and is 
able to show an increase in levels of activity. It has not 
been determined how the drug affects the quality of 
work done under its influence. The drug also results in 
a rise in bloodpressure and an increased, though some- 
times irregular, heartrate. 


Psychological dependency arises from the desire 
to continue and heighten the euphoric effects of 
the drug. During an amphetamine euphoria, the indi- 
vidual feels an enlargement of physical, mental, 
and sexual powers along with the absence of the urge 
to eat or sleep. Those who inject the drug feel a rush 
of the euphoric effect moments after the injection. 
They will feel energized and focused in an unusual 
way. 


Depending on the user’s medical history, the dos- 
age, and the manner in which the drug was delivered to 
the body, a number of toxic effects can accompany 
amphetamine abuse. Large intravenous dosages can 
lead to delirium, seizures, restlessness, the acting out 
of paranoic fantasies, and hallucinations. In hot 
weather there is a danger of heat stroke, since amphet- 
amines raise the body temperature. The increased 
blood pressure can lead to stroke. Heart conditions 
such as arrhythmia (irregular heartbeat) can develop 
and become fatal, especially for those with heart 
disease. Since the dosage levels of street drugs are 
not reliable, it is possible to overdose unknowingly 
when using the drug intravenously. The results can 
be coma and death. Chronic users will show much 
weight loss and chronic skin lesions. Those who 
are shooting up (injecting) street versions of amphet- 
amine face the further dangers from contaminated 
substances, adulterations in the chemicals used, and 
a lack of sterilized needles. These conditions carry the 
same risks associated with heroin use, such as hepatitis 
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KEY TERMS 


AIDS—Acquired immunodeficiency syndrome; a 
fatal viral disease contracted by a virus transmitted 
through the blood or body fluids. 


Attention-deficit hyperactivity disorder 
(ADHD)—A childhood condition marked by 
extreme restlessness and the inability to concentrate, 
which is sometimes treated with amphetamines. 


Crashing—Coming down from a prolonged drug 
high such as that produced by amphetamines. 


Euphoria—Feelings of elation and well being pro- 
duced by drugs like amphetamines. 


HIV—Human immunodeficiency virus, which 
leads to AIDS. 


Ice—Crystalline methamphetamine that is smoked 
to produce a high. 


Neurotransmitters—Chemicals produced in the 
brain, which are responsible for different emotional 
states. 


Paranoia—Delusions of persecution; one of the 
main psychotic conditions produced by an excess 
use of amphetamines. 

Speed—An injectable form of methamphetamine. 


Tranquilizers—Drugs used to pacify anxiety attacks. 


and infections to vital organs, along with irreversible 
damage to blood vessels. Contaminated needles 
may also transmit HIV (human immunodeficiency 
virus) that causes AIDS (acquired immunodeficiency 
syndrome). 


Treatment 


It takes several days to help a person recover from 
an acute amphetamine reaction. It is important to 
control body temperature and to reassure a person 
undergoing the psychological effects of the drug. In 
order to control violent behavior, tranquilizers are 
administered to quiet the patient. Treatment of the 
depression, which is an after-effect of heavy usage, is 
also required. Patients will seek to deal with the fatigue 
that comes after the body has eliminated the drug by 
resuming its use. A long-term program for maintain- 
ing abstinence from the drug has to be adhered to. Just 
as in the case of recovery from alcoholism and other 
forms of drug abuse, recovering addicts benefit from 
support groups. 
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! Amphibians 


Amphibians are creatures that spend part of their 
life in water and part of their life on land. Two com- 
mon amphibians are frogs and toads. 


The vertebrate class Amphibia, to date, includes 
about 3,500 species in three orders: frogs and toads 
(order Anura), salamanders and newts (order Caudata), 
and caecilians (order Gymnophiona). The number of 
amphibian species that once existed but have since 
become extinct is much greater. Indeed, amphibians are 
an ancient life form; they were the first vertebrates to 
begin exploiting terrestrial environments. Fossil amphib- 
ians are known from at least the Devonian era, about 400 
million years ago. However, this group was most diverse 
during the late Carboniferous and Triassic eras, about 
360-230 million years ago. 


None of the surviving groups of amphibians can be 
traced back farther than about 200 million years. All of 
the living amphibians are predators as adults, mostly 
eating a wide variety of invertebrates, although the larg- 
est frogs and toads can also eat small mammals, birds, 
fish, and other amphibians. In contrast with adults, larval 
frogs and toads (tadpoles) are mostly herbivorous, 
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Amphibians 


—— 
aT Spiracle 


External gills Tadpole begins feeding on algae 
at 7 days; a skin fold grows over 
external gill leaving a pore or 
orig spiracle on the left side for exit 
Hatches at 6 days as of water (11 days) 
tadpole with external 
A gills which, clings to submerged Hind limbs appear first, 


organ 


vegetation with its sucker then forelimbs emerge; 
internal gills replaced 
Tail bud by lungs (75+ days) 


At 4 days the embryo has a 
tail bud and early muscular 
movement and subsists on 
the yolk packed in its gut Tail shortens, metamorphosis 
nearly complete at 90+ days; 
functional lungs; juvenile 
Each egg undergoes first cleavage frog for one to two years 
in 3-12 hours, depending on 
temperature; successive 
cleavages occur more rapidly Sexually mature frog 
at three years 


Each egg has three jelly 
coats which swell with Clasping by the male stimulates 
water to enclose it the female to lay 500 to 5,000 eggs, 
which the male fertilizes as they are 
oO shed, over the course of about 10 
minutes 


The life cycle of a frog. (Hans & Cassidy. Courtesy of Gale Group.) 


feeding on algae, rotting or soft tissues of higher plants, | Amphibians have a moist, glandular, scaleless skin, 


and infusions of microorganisms. which is poorly waterproofed in most species; this 

Amphibians are poikilothermic animals—put — Skin allows gas exchange and actively pumps salts. 
another way, their body temperature is not regulated, . Most amphibians have tails, but the tail in adult 
so it conforms to the environmental temperature. frogs and toads is vestigial, and is fused with the pelvis 
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and sacral vertebrae into a specialized structure called 
a urostyle. Some species of caecilians have lost 
their limbs and limb-girdles and have a wormlike 
appearance. 


All amphibians have a complex life cycle, which 
begins with eggs that hatch into larvae and eventually 
metamorphose into adult animals. Usually, the eggs 
are laid in water and are externally fertilized. The 
larvae or tadpoles have gills or gill slits and are 
aquatic. Adult amphibians may be either terrestrial 
or aquatic and breathe either through their skin 
(when in water) or by their simple saclike lungs 
(when on land). However, these are all generalized 
characteristics of the amphibian lifestyle; some species 
have more specialized life histories, and can display 
attributes that differ substantially from those 
described above. Rare idiosyncrasies of amphibian 
life history can include ovoviviparity, in which fully 
formed, self-nourishing, developing eggs are retained 
inside the female’s body until they hatch as tadpoles, 
and even viviparity, in which larvae develop within the 
female and are nourished by the parent, as well as by 
their incompletely formed egg, until they are released 
as miniature frogs. 


Frogs and toads lack tails but have greatly 
enlarged hind legs that are well adapted for jumping 
and swimming. Most of the living species of amphib- 
ians are anurans, comprising about 3,000 species. 
Most anurans are aquatic, but some are well adapted 
to drier habitats. Some common anurans of North 
America include the bullfrog (Rana catesbeiana, fam- 
ily Ranidae), spring peeper (Hyla crucifer, family 
Hylidae), and the American toad (Scaphiopus hol- 
brooki, family Pelobatidae). The latter lives in arid 
regions, estivating (spending the summer in hiberna- 
tion) during dry periods but emerging after rains to 
feed and taking advantage of heavy but unpredictable 
periods of rain to engage in frenzies of breeding. The 
largest frogs reach 11.8 in (30 cm) in length and weigh 
several pounds. 


There are about 250 species of newts and salaman- 
ders, ranging in size from approximately 6 in (15 cm) 
to more than 5 ft (1.5 m). These amphibians have a tail 
and similarly-sized legs well adapted to walking, but 
are usually found in or near water. Most species lay 
their eggs in water, however adults usually spend most 
of their time in moist habitats on land. An exception is 
the red-spotted newt (Notophthalmus viridescens, fam- 
ily Salamandridae) of eastern North America, which 
in its juvenile stage (the red eft) wanders in moist 
terrestrial habitats for several years before returning 
to water to develop into its aquatic adult stage. Some 
species, such as the lungless red-backed salamander 
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(Plethodon cinereus, family Plethodontidae) of North 
America, are fully terrestrial. This species lays its 
eggs in moist places on the forest floor, where the 
animals develop through embryonic and larval stages 
and hatch directly as tiny versions of the adult stage. 


Caecilians are legless, almost tailless, wormlike, 
burrowing amphibians found in moist, tropical hab- 
itats. They feed on soil invertebrates. There are at least 
160 species of caecilians, reaching 5 ft (1.5 m) in length, 
but most are rarely seen despite their size. 


Since the 1950s, an alarming global decline in the 
gross number of amphibians and amphibian species 
has been documented. Because of their dependence 
on fresh water supplies for reproduction, and since 
almost all species spend their adult lives in moist envi- 
ronments, it is hypothesized that widespread water 
pollution is catalyzing the decline of this class of organ- 
isms. In other cases, the extinction and decline of spe- 
cies is known to be the direct consequence of human 
intervention (habitat destruction). However, scientists 
have noted that in untouched, pristine environments 
where pollution and human encroachment are minimal 
or nonexistent, amphibian populations also are declin- 
ing. As such, it is speculated that other changes, such as 
increased UV radiation due to ozone depletion, or the 
introduction of competing exotic species is responsible 
for their collapse. The decline is unfortunate because 
amphibians are important indicators of the health of 
ecosystems, sources of potent and medically useful 
chemicals, stabilizers of ecological balance in areas 
where they live, and contributors to the aesthetic 
beauty of the natural world. 


l Amplifier 


An amplifier is a device, usually electronic, that 
accepts a signal at its input end and produces a more 
powerful (amplified) version of that signal at its out- 
put end. Amplifiers are usually electronic but may 
utilize hydraulics or magnetic principles. 

Amplifiers are usually used when the power of an 
electrical signal must for any reason be increased. 
Audio amplifiers can increase the microwatts devel- 
oped by a microphone to over a million watts of 
power, as required to fill a stadium during a concert. 
Satellites use amplifiers to strengthen radio signals 
so they can be received easily when beamed back to 
Earth. 
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Amplifier 


The power amplifier for the Antares fusion laser. (Ray Nelson. 
Phototake NYC.) 


Long-distance telephone circuits were made pos- 
sible when amplifiers magnified power that had been 
dissipated by the resistance of cross-country phone 
wires. Amplifiers were also needed to restore lost vol- 
ume. Undersea telephone cables require amplifiers 
beneath the sea. Cable-television systems require as 
many as 100 sophisticated broad-band width ampli- 
fiers to serve subscribers. 


Amplifiers and energy 


Just as a faucet is not the source of the water it 
dispenses, an amplifier does not create the energy it 
dispenses. An amplifier draws energy from a device 
called a power supply, which draws electrical energy 
from a conventional source such as a power plant or 
solar cell, and essentially uses that energy to make a 
more powerful copy of the input signal. 


For example, a battery installed in a portable 
cassette-tape player supplies it with all the energy 
that will eventually create sounds during the life of 
that battery. Amplifiers in the tape player make it 
possible for the program on a compact disc, cassette 
tape, or a radio signal to dispense the battery’s energy 
at a controlled rate as needed to produce the desired 
sounds. 


Efficiency 


No amplifier can be 100% efficient. All amplifiers 
waste some of the energy supplied to them and intro- 
duce some distortion into the signals they process. 


Cascading amplifiers 
To process an extremely weak signal, an amplifier 


must be able to magnify data power by a factor of 
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KEY TERMS 


Electron tube—Active device based on control of 
electrons with electric fields. 


Feedback—Signal fed from output back to an 
amplifier’s input. 

Gain—Measure of increase in voltage, power, or 
current. 


Loudspeaker—Device that converts electrical sig- 
nals into sound. 


Microwatt—One-millionth of a watt. 


Resistor—An electric circuit component that oppo- 
ses the flow of current. 


millions. To achieve this, amplifier stages are frequently 
connected in series to multiply their gain. Each stage in a 
chain provides the signal for the following stage, an 
arrangement called a cascade. The total amplification 
of a cascade is equal to the product of the individual- 
stage gains. If each of three amplifiers in a cascade has a 
voltage gain of 100, the overall voltage gain will equal one 
million. A 10-micro volt signal processed by this cascade 
increases to a 10-volt signal. 


Discrete and integrated amplifiers 


Electronic amplifiers using separate transistors, 
resistors, and capacitors wired into place one by one 
are called discrete amplifiers. Discrete amplifiers have 
been all but superseded by integrated circuits (ICs) for 
small-signal applications. Vast numbers of transistors 
and many supporting components are contained on an 
IC’s single silicon crystal chip. Circuit boards now use 
just a few encapsulated chips in place of the hundreds 
of individual components once required. An engineer 
or technician normally does not need to be aware of an 
IC’s internal circuitry, further simplifying their use. 


See also Electronics. 
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Amplitude modulation see Radio waves 
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l Amputation 


The term amputation refers to the complete or 
partial severance of a limb or other body part. Surgical 
amputations may be performed because of an injury, 
congenital (birth) defect, infection, or vascular disease. It 
is performed to remove diseased tissue caused by such 
problems as arteriosclerosis, bone cancer, burns, and 
frostbite, or to relieve pain when a body part has been 
severely crushed. Amputation is performed to remove 
tissue that no longer has an adequate blood supply; to 
remove malignant tumors; and because of severe trauma 
to the body part. 


Approximately 80% of all surgical amputations 
are performed on the lower limbs, such as the leg or 
foot. Artificial limbs (prosthetics) are often used to 
restore complete or partial functioning, such as walk- 
ing, after amputation. About 100,000 amputations are 
performed in the United States each year. More than 
90% of the amputations are due to blood circulatory 
complications of diabetes, and most of these opera- 
tions involve the legs. Children are susceptible to 
crushing bone injuries that result in amputation from 
such common household items as automobile doors 
and playground equipment. Adults have limbs ampu- 
tated as the result of the improper use of such equip- 
ment as table saws and hydraulic wood splitters. 


Amputations can be either planned or as an emer- 
gency procedure. Injury and arterial embolisms are the 
main reasons for emergency amputations. Amputations 
cannot be performed on patients with uncontrolled 
diabetes mellitus, heart failure, or infection. Patients 
with blood clotting disorders are also not good candi- 
dates for amputation. 


History 


Although surgical amputations date back at least 
to the time of Greek physician Hippocrates (c. 460- 
c. 375 BC), amputating limbs to save lives did not 
become widespread until the sixteenth century. Many 
of the advances in amputation surgery were made by 
military surgeons during the course of wars. In 1529, 
French military surgeon Ambroise Paré (1510-1590) 
rediscovered the use of ligation, in which a thread-like 
or wire material is used to tie off, or constrict, blood 
vessels. This surgical technique, which stops the flow 
of blood from a severed vein, greatly reduces the 
patient’s chances of bleeding to death and helped to 
make amputation a viable surgical approach. 


The introduction of the tourniquet, in 1674, fur- 
ther advanced surgical amputation. Essentially, a 
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tourniquet is a circling device that is wrapped around 
the limb above the area to be amputated and then 
twisted to apply pressure to stop the flow of blood. 


In 1867, Joseph Lister’s (1827-1912) introduction 
of antiseptic techniques to surgery further advanced 
amputation. Antiseptics, such as iodine and chloride, 
reduced the chances of infection by inhibiting the 
growth of infectious agents such as bacteria. Other 
advances at this time included the use of chloroform 
and ether as anesthetics to reduce pain and keep the 
patient unconscious during surgery. 


Reasons for amputation 


The reasons for surgical amputations can be clas- 
sified under four major categories: trauma, disease, 
tumors, and congenital defects. Amputations resulting 
from trauma to the limb are usually the result of 
physical injury, for example, from an accident; ther- 
mal injury due to a limb being exposed to extreme hot 
or cold temperatures; or infections, such as gangrene. 
Certain diseases, such as diabetes mellitus and vascu- 
lar disease, may also lead to complete or partial ampu- 
tation of a limb. Vascular disease is a leading cause of 
amputation in people over 51 years of age. The devel- 
opment of either malignant or nonmalignant tumors 
may also lead to amputation. Finally, congenital defi- 
ciencies, such as absence of part of an arm or leg or 
some other deformity, may be severe enough to 
require amputation, particularly if the defect interferes 
with the individual’s ability to function. 


Levels and goals of amputation 


In determining how much of a limb to amputate, 
the surgeon must take several factors into considera- 
tion. When dealing with amputation due to disease, 
the surgeon’s first and most important goal is to 
remove enough of the appendage or limb to insure 
the elimination of the disease. For example, when 
amputating to stop the spread of a malignant tumor, 
the surgeon’s objective is to remove any portion of the 
limb or tissue that may be infected by the malignancy. 


Other considerations in determining the level of 
amputation include leaving enough of a stump so that 
an artificial limb (prosthesis) may be attached in a 
functional manner. As a result, whenever possible, 
the surgeon will try to save functioning joints like 
knees and elbows. 


Further goals of amputation surgery include leav- 
ing a scar that will heal well and is painless, retaining 
as much functioning muscle as possible, successfully 
managing nerve ends, achieving hemostasis (stopping 
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the flow of blood) in veins and arteries through liga- 
tion, and proper management of remaining bone. 


Prosthetics and limb reattachment 


The use of artificial limbs or prosthetics most 
likely dates back to prehistoric human’s use of tree 
limbs and forked sticks for support or replacement of 
an appendage. In 1858, a copper and wood leg dating 
back to 300 BC was discovered in Italy. In the fifteenth 
century, a knight who had lost a hand in battle could 
acquire an iron replacement. Recent medical, surgical, 
and engineering advances have led to the development 
of state-of-the-art prosthetics, some of which can 
function nearly as well as the original limb. For exam- 
ple, some individuals who lose a leg may even be able 
to run again with the aid of a modern prosthetic 
device. 


Recent advances have also led to more and more 
accidentally amputated limbs being successfully reat- 
tached. Depending on a number of factors, including 
the condition of the limb and how long it has been 
severed, full functional ability may be regained. In a 
notorious case that occurred in 1993, a man’s severed 
penis was reattached with full functional ability. 


Recently, surgeons have developed techniques to 
reattach severed limbs that were once impossible to 
reattach. Some of these limbs include ears, fingers, 
hands, and toes. The surgery to reattach such limbs 
is called microsurgery due to the fact that the surgeon 
uses a microscope to attach tiny nerves, blood vessels, 
and tendons. 


Phantom limb 


A baffling medical phenomenon associated with 
amputation is the amputee’s perception of a phantom 
limb. In these cases, which are quite common among 
amputees, the amputees will perceive their amputated 
limb as though it still exists as part of their body. This 
phantom limb may be so real to an amputee that he or 
she may actually try to stand on a phantom foot or 
perform some task such as lifting a cup with a phan- 
tom hand. Although amputees may feel a number of 
sensations in a phantom limb, including numbness, 
coldness, and heat, the most troubling sensation is 
pain. Approximately 70% of all amputees complain 
of feeling pain in their phantom limbs. Such pain 
ranges from mild and sporadic to severe and constant. 


Although it probably is related to the central 
nervous system, the exact cause of the phantom limb 
phenomenon is unknown. Theories on the origin of 
the phantom limb phenomenon include impulses from 
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KEY TERMS 


Congenital—A condition or disability present at 
birth. 


Ligature—The use of thread or wire to tie off blood 
vessels. 


Tourniquet—A device used to stop blood flow. 


Trauma—A severe injury. 


remaining nerve endings and spontaneous firing of 
spinal cord neurons (nerve cells). More recent studies 
indicate that the phenomenon may have its origin in 
the brain’s neuronal circuitry. 


Treatments for phantom limb pain include exci- 
sion (cutting out) of neuromas (nodules that form at 
the end of cut nerves), reamputation at a higher point 
on the limb, or operation on the spinal cord. Although 
success has been achieved with these approaches in 
some cases, the patient usually perceives pain in the 
phantom limb again after a certain interval of time. 
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| Anabolism 


Anabolism, or biosynthesis, is the process by 
which living organisms synthesize complex molecules 
from simpler ones. Anabolism and catabolism are the 
two chemical processes in cells that are, together, 
called metabolism. Anabolic reactions are divergent 
processes; that is, relatively few types of raw materials 
are used to synthesize a wide variety of end products. 
This increases cellular size or complexity—or both. 


Anabolic processes produce peptides, proteins, 
polysaccharides, lipids, and nucleic acids. These mole- 
cules comprise all the materials of living cells, such as 
membranes and chromosomes, as well as the special- 
ized products of specific types of cells, such as enzymes, 
antibodies, hormones, and neurotransmitters. 


Catabolism, the opposite of anabolism, produces 
smaller molecules used by the cell to synthesize larger 
molecules. Thus, in contrast to the divergent reactions 
of anabolism, catabolism is a convergent process, in 
which many different types of molecules are broken 
down into relatively few types of end products. 


The energy required for anabolism is supplied by 
the energy-rich moleculeadenosine _ triphosphate 
(ATP). This energy, which exists in the form of the 
high-energy chemical bond between the second and 
third phosphate molecule on ATP, is released when 
the bond is broken, turning ATP into adenosine 
diphosphate (ADP). During anabolic reactions, 
ATP’s high-energy phosphate bond is transferred to 
a substrate (a molecule worked on by an enzyme) in 
order to energize it in preparation for the molecule’s 
subsequent use as a raw material for the synthesis of a 
larger molecule. In addition to ATP, some anabolic 
processes also require high-energy hydrogen atoms 
supplied by the molecule nicotinamide adenine dinu- 
cleotide phosphate (NADPH). 


Although anabolism and catabolism occur simul- 
taneously in the cell, the rates of their chemical reac- 
tions are independently controlled. For example, there 
are two enzymatic pathways for glucose metabolism. 
The anabolic pathway synthesizes glucose, while 
catabolism breaks down glucose. The two pathways 
share 9 of the 11 enzymatic steps of glucose metabo- 
lism, which can occur in either sequence (i.e., in the 
direction of anabolism or catabolism). However, two 
steps of glucose anabolism use an entirely different set 
of enzyme-catalyzed reactions. 


There are two important reasons that the cell must 
have separate complementary anabolic and catabolic 
pathways. First, catabolism is a so-called “downhill” 
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process during which energy is released, while anabo- 
lism requires energy input—an “uphill” process. At 
certain points in the anabolic pathway, the cell must 
put more energy into a reaction than is released during 
catabolism. Such anabolic steps require a different 
series of reaction than are used at this point during 
catabolism. 


Second, the different pathways permit the cell to 
control the anabolic and catabolic pathways of spe- 
cific molecules independent of each other. This is 
important because there are times when the cell must 
slow or halt a particular catabolic or anabolic pathway 
in order to reduce breakdown or synthesis of a partic- 
ular molecule. If both anabolism and catabolism used 
the same pathway, the cell would not be able control 
the rate of either process independent of the other: 
slowing the rate of catabolism would slow the rate of 
anabolism. 


Anabolic and catabolic pathways can occur in 
different parts of the same cell. In the liver, for exam- 
ple, fatty acids are broken down to the molecule 
acetyl-CoA inside the mitochondria, the tiny, mem- 
brane-bound organelles that function as the cell’s 
major site of ATP production. The buildup of fatty 
acids from acetyl-CoA occurs in the cell’s cytosol, the 
aqueous area that contains various solutes. 


Although anabolic and catabolic pathways are 
controlled independently, both metabolic routes share 
an important common sequence of reactions that is 
known collectively as the citric acid cycle, or Krebs 
cycle. The Krebs cycle is part of a larger series of 
enzymatic reactions collectively called oxidative phos- 
phorylation. This pathway is an important means of 
breaking down glucose to produce energy, which is 
stored in the form of ATP. But the molecules produced 
by the Krebs cycle can also be used as precursor mol- 
ecules, or raw materials, for anabolic reactions that 
make proteins, fats, and carbohydrates. 


Despite the independence of anabolism and 
catabolism, the various steps of these processes are 
in some ways so intimately linked that they form 
what might be considered an “enzymatic ecological 
system.” In this system, a change in one part of 
a metabolic series of reactions can have a ripple 
effect throughout the linked anabolic and catabolic 
pathways. 


This ripple effect is the cell’s way of counterbal- 
ancing an increase or decrease in anabolism of a 
molecule with an opposite increase or decrease in 
catabolism. This lets the cell adjust the rate of anabolic 
and catabolic reactions to meet its immediate needs 
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Anaerobic 


and prevent imbalance of either anabolic or catabolic 
products. 


When the cell needs to produce specific proteins, it 
produces only enough of each of the various amino 
acids needed to synthesize those proteins. Moreover, 
certain amino acids are used by the cell to make 
glucose, which appears in the blood, or glycogen, a 
carbohydrate stored in the liver. So, the products 
of amino acid catabolism do not accumulate, but 
rather feed the anabolic pathways of carbohydrate 
synthesis. Thus, while many organisms store energy- 
rich nutrients such as carbohydrates and fat, most do 
not store other biomolecules, such as proteins, or 
nucleic acids, the building blocks of deoxyribonucleic 
acid (DNA). 


The cell regulates the rate of anabolic reactions by 
means of allosteric enzymes, whose activity increases 
or decreases in response to the presence or absence of 
the end product of the series of reactions. For exam- 
ple, if an anabolic series of reactions produces a par- 
ticular amino acid, that amino acid inhibits the action 
of the allosteric enzyme, reducing the synthesis of that 
amino acid. 


Anaconda see Boas 


[| Anaerobic 


The term anaerobic refers to living processes (usu- 
ally the release of energy from nutrients) that take 
place in the absence of molecular oxygen. The earliest 
organisms, the prokaryotic bacteria (prokaryotes are 
organisms whose genetic material is not contained 
within a specialized nuclear membrane), likely lived 
in environmental niches that contained low or no 
levels of oxygen. The organisms extracted energy 
from organic compounds without oxygen (that is, by 
anaerobic respiration). Many organisms alive today 
extract their energy from nutrients aerobically (in the 
presence of oxygen) although a few respire. Aerobic 
respiration releases a lot of energy from nutrients, 
whereas anaerobic respiration releases relatively little 
energy. 


Anaerobic organisms 


Microorganisms that cannot tolerate oxygen and 
are killed in its presence are called obligate (or strict) 
anaerobes. Bacteria of the genus Clostridium, which 
cause gas gangrene, tetanus, and botulism, belong to 
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this group, as well as Bacteroides gingivalis, which 
thrives in anaerobic crevices between the teeth. Strict 
anaerobes are killed by oxygen, which is why hydrogen 
peroxide (which releases oxygen) is frequently applied 
to wounds. Methane-producing bacteria (methano- 
gens) can be isolated from the anaerobic habitats of 
swamp sludge sewage and from the guts of certain 
animals. Methanogens generate the marsh gases of 
swamps and sewage treatment plants by converting 
hydrogen and carbon dioxide gases to methane. Some 
organisms, such as yeast, have adapted to grow in either 
the presence or absence of oxygen and are termed fac- 
ultative anaerobes. 


Anaerobic respiration 


All cells carry out the process of glycolysis, which 
is an example of anaerobic respiration. Glycolysis is 
the initial phase of cellular respiration that involves 
the splitting of the six-carbon glucose molecule into 
two three-carbon pyruvate fragments. This is the main 
energy-releasing pathway that occurs in the cytoplasm 
of all prokaryotes and eukaryotes, and no oxygen is 
required. During glycolysis, oxidation (the removal of 
electrons and hydrogen ions) is facilitated by the coen- 
zyme NAD ‘(nicotinamide adenine dinucleotide), 
which is then reduced to NADH. Only two ATP mol- 
ecules result from this initial anaerobic reaction. This 
is a small amount of energy when compared to the net 
aerobic energy yield of 36 ATP in the complete oxida- 
tion of one molecule of glucose. 


Fermentation 


Under anaerobic conditions, the pyruvate mole- 
cule can follow other anaerobic pathways to regenerate 
the NAD ‘necessary for glycolysis to continue. These 
include alcoholic fermentation and lactate fermenta- 
tion. In the absence of oxygen, the further reduction or 
addition of hydrogen ions and electrons to the pyruvate 
molecules that were produced during glycolysis is 
termed fermentation. This process recycles the reduced 
NADH to the free NAD * coenzyme which once again 
serves as the hydrogen acceptor, enabling glycolysis to 
continue. Alcoholic fermentation, characteristic of 
some plants and many microorganisms, yields alcohol 
and carbon dioxide as its products. Yeast is used by 
the biotechnology industries to generate carbon diox- 
ide gas necessary for bread making and in the fermen- 
tation of hops and grapes to produce alcoholic 
beverages. Depending on the yeast variety used, the 
different alcohol levels realized act as a form of pop- 
ulation control by serving as the toxic element that kills 
the producers. Birds have been noted to fly erratically 
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after they have gorged themselves on the fermenting 
fruit of the Pyracantha shrub. 


Reduction of pyruvate by NADH to release the 
NAD ‘ necessary for the glycolytic pathway can also 
result in lactate fermentation, which takes place in 
some animal tissues and in some microorganisms. 
Lactic acid-producing bacterial cells are responsible 
for the souring of milk and production of yogurt. In 
working animal muscle cells, lactate fermentation fol- 
lows the exhaustion of the ATP stores. Fast twitch 
muscle fibers store little energy and rely on quick 
spurts of anaerobic activity, but the lactic acid that 
accumulates within the cells eventually leads to muscle 
fatigue and cramp. 


ll Analemma 


The Earth’s orbit around the Sun is not a perfect 
circle, but an ellipse. This leads to a number of inter- 
esting observational effects, one of which is the ana- 
lemma, the apparent path traced by the Sun in the sky 
when observed at the same time of day over the course 
of a year. The path resembles a lopsided figure eight, 
which is sometimes printed on a globe, usually some- 
where on the Pacific Ocean where there is lots of room 
to show it. 


Suppose you were to go outside and measure the 
Sun’s position in the sky every day, precisely at noon, 
over the course of a year. You would see the Sun appear 
to move higher in the sky as summer approached, and 
then move lower as winter approached. This occurs 
because the tilt of Earth’s axis causes the Sun’s apparent 
celestial latitude, or declination, to change over the 
course of the year. 


However, you would also notice that at some 
times of the year, the Sun would appear slightly farther 
west in the sky at noon than it did at other times, as if it 
were somehow gaining time on your watch. This 
results from the ellipticity of Earth’s orbit. According 
to Kepler’s second law of motion, planets moving in 
an elliptical orbit will move faster when they are closer 
to the Sun than when they are farther away. Therefore, 
Earth’s speed in its orbit is constantly changing, decel- 
erating as it moves from perihelion (its closest point to 
the Sun) to aphelion (its farthest point from the Sun), 
and accelerating as it then “falls” inward toward peri- 
helion again. 

It would be difficult for watchmakers—at least, it 
would have been difficult for pre-digital 
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watchmakers—to make a clock that kept solar time. 
The clock would have to tick at different rates each 
day to account for Earth’s changing velocity about the 
Sun. Instead, watches keep what is called mean solar 
time, which is the average value of the advance of solar 
time over the course of the year. As a result, the Sun 
gets ahead of, and behind, mean solar time by up to 
16 minutes at different times of the year. In other 
words, if you measured the position of the Sun at 
noon mean solar time at one time of year, the Sun 
might not reach that position until 12:16 P.M. at 
another time of year. 


Now all the elements are in place to explain the 
figure eight. The tilt of Earth’s orbital axis causes the 
Sun to appear higher and lower in the sky at different 
times of year; this forms the vertical axis of the eight. 
The ellipticity of Earth’s orbit causes the actual solar 
time to first get ahead of, and then fall behind, mean 
solar time. This makes the Sun appear to slide back 
and forth across the vertical axis of the eight as measured 
by a fixed clock time each day, forming the rest of the 
figure. 


Clearly, the shape of the analemma depends upon 
a particular planet’s orbital inclination and ellipticity. 
The Sun would appear to trace a unique analemma for 
any of the planets in the solar system; the analemmas 
thus formed are fat, thin, or even teardrop-shaped 
variants on the basic figure eight. 


Jeffrey Hall 


tl Analgesia 


Analgesia is the loss of pain without the loss of 
consciousness. 


Techniques for controlling and relieving pain 
include acupuncture, anesthesia, hypnosis, biofeedback, 
and analgesic drugs. Acupuncture is the ancient Chinese 
practice of inserting fine needles along certain pathways 
of the body and is used to relieve pain, especially during 
surgery, and to cure disease. In Western medicine the 
discovery of ether was a landmark in the development of 
anesthesia (causing loss of sensation and, usually, con- 
sciousness during medical procedures). Other techniques 
for pain control include electrical stimulation of the skin, 
massage, and stress-management therapy. 


Analgesia is of primary importance for the treat- 
ment of injury or illness. The main agents for accom- 
plishing analgesia in medical practice are analgesic 
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drugs. These fall into two main categories: addictive 
and nonaddictive. Nonaddictive analgesics are gener- 
ally used for treating moderate to severe pain and can be 
purchased without a prescription as over-the-counter 
drugs. More powerful analgesics have the potential for 
addiction and other undesirable side effects. They are 
usually used in hospitals or prescribed for relief from 
severe pain. Pharmacological research has focused on 
the development of powerful nonaddictive pain-reliev- 
ing drugs by focusing on how analgesics relieve pain. 


Nonaddictive analgesics 


While sold under many different brand names, the 
three main nonaddictive analgesics are aspirin, acet- 
aminophen, and ibuprofen. 


Aspirin was first synthesized in 1853 from vinegar 
and salicylic acid (acetylsalicylic acid). It is a member 
of the salicin family, which is a bitter white chemical 
found in willow bark and leaves. The analgesic qual- 
ities of willow bark were known to the ancient Greeks 
and others throughout the ages. In 1898 a German 
company, Bayer, developed and marketed acetylsali- 
cylic acid from industrial dyes and one year later 
named it aspirin. It soon became enormously popular 
as a pain reliever and anti-fever medicine. Its use as an 
anti-inflammatory for the treatment of arthritis and 
rheumatism made it the gold standard for readily 
available pain relief. 


One of the major drawbacks of aspirin, however, 
is its effect on the stomach. It acts as an irritant and 
can cause bleeding ulcers in persons who take it over a 
long period of time. Recent research shows that aspir- 
in’s effectiveness not only as an analgesic but also as an 
anticoagulant makes it useful in the treatment of heart 
attacks and stroke, as well as in preventive medicine 
for other diseases. 


Acetaminophen, introduced in 1955, is an over- 
the-counter drug that has become a very popular alter- 
native to aspirin, since it relieves moderate pain with- 
out irritating the stomach. For the treatment of 
arthritis and rheumatism, acetaminophen does not 
have aspirin’s anti-inflammatory effect, but as a pain 
and fever reliever it is just as effective as aspirin. 


Ibuprofen is a nonsteroidal anti-inflammatory 
drug (NSAID) first introduced as a prescription drug 
in 1974. The Food and Drug Administration allowed 
it to be marketed as an over-the-counter drug in 1984. 
As an analgesic for minor pain and fever, it has about 
the same performance as aspirin and acetaminophen. 
Unlike acetaminophen, however, it can be irritating to 
the stomach. 
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Mechanism of nonaddictive analgesics 


Pain that is caused by trauma (injury) in the body 
sets off the creation of a chemical called prostaglandin. 
The initial pain is caused by the nerve impulse that 
relays the injury message to the brain. According to 
the prostaglandin theory, the pain that is felt after- 
ward is due to the prostaglandin at the site of the 
injury sending pain messages to the spinal cord, 
which then transmits these messages to the brain. 


In 1971, a Nobel prize-winning pharmacologist, 
Sir John R. Vane (1927-2004), theorized that by 
blocking the formation of certain prostaglandins, 
aspirin was able to relieve the inflammation and pain 
that accompanies the trauma of damaged cells. Even 
though analgesics like aspirin had been used for cen- 
turies, Vane’s discovery was the first real break- 
through in understanding how they work, and 
interest in prostaglandin research grew rapidly. 


How over-the-counter medicines like aspirin, 
acetaminophen, and ibuprofen are able to temporarily 
relieve mild to moderate pain and even some severe 
pain is not completely understood. Although there are 
multiple theories to explain how these drugs work, the 
major theory is that they block prostaglandin produc- 
tion throughout the body, not just at the site of the 
pain. Recent research suggests that aspirin has the 
ability to shut off communication of pain-transmitting 
nerves in the spinal cord. 


The effectiveness of over-the-counter pain medi- 
cine depends on the kind of pain being experienced. 
Some pain originates in the skin and mucous areas of 
the body, while other pain comes from the smooth 
muscles and organs within the body. This latter type 
of pain is often difficult to pinpoint; it may feel like a 
generalized dull ache or throb, or may be referred 
pain, meaning pain that is felt in a part of the body 
away from its actual source. 


Addictive analgesics 


Treating severe pain, like that which accompanies 
heart attack, kidney stones, gallstones, or terminal 
cancer, requires the use of prescription medicines 
that are far more potent than nonprescription drugs. 
Morphine, a drug derived from opium, has a long 
history of effective relief of severe pain, but it also is 
addictive and can have dangerous side effects. 
Morphine and other drugs like it are called opiates. 


Unlike nonaddictive drugs, increasing dosages of 
opiates also increases their analgesic effects. Thus, 
when they are self-administered, as pain increases, 
there is a danger of an overdose. Morphine is both a 
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KEY TERMS 


Addictive analgesics—Opiate drugs, like mor- 
phine, that provide relief from severe pain. 


Agonist-antagonist analgesics—Drugs that provide 
pain relief in addition to blocking the effects of 
narcotics; these may be more effective and safer 
than opiates. 


Antagonists—Drugs that block the effects of 
narcotics. 


Endorphins—Biochemicals produced by the brain 
that act as opiates and reduce pain. 


Nonaddictive analgesics—Drugs that relieve 
minor to moderate and, in some cases, severe pain. 


Prostaglandins—Hormone-like substances found 
throughout the body, some of which are responsi- 
ble for the pain and inflammation of an injury or 
illness. 


Referred pain—Pain that is felt away from the part 
of the body in which it originates. 


depressant and a stimulant. As a stimulant, it may 
cause nausea and vomiting, constriction of the pupils 
of the eye, and stimulation of the vagus nerve, which 
regulates heartbeat. This stimulation of the vagus 
nerve interferes with the treatment of pain in coronary 
thrombosis. Its main side effects—addictive potential, 
tolerance (dosages must be increased to get the same 
effect), constipation, and a marked depression of the 
respiratory system—restrict morphine’s use as an 
analgesic. 


Mechanism of addictive analgesics 


The first line of defense against pain in the body is 
the endorphins, peptides (compounds of amino acids) 
found in the brain and parts of the central nervous 
system. Like opiates, they produce a sense of well 
being (euphoria) and relieve pain. Endorphins are 
released from a transmitting nerve cell and then bind 
to the receptor sites of a receiving cell. After an endor- 
phin sends the message to block pain signals to the 
receptor site, it is annihilated, thus allowing other 
endorphins to be produced. 


Morphine molecules flow through the spaces (syn- 
apses) between these sending and receiving cells and 
position themselves on the receptor sites, locking out 
endorphins. The morphine molecule sends the same 
message as the endorphin to block the pain signal. 
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With long-term use of morphine, the endorphins 
decline in number and so do the receptor sites, leading 
to the twin problems of addiction and drug tolerance. 


Development of new analgesics 


The first phase in the development of new analge- 
sics came with the development of narcotic blockers 
used to help drug addicts who overdose on a narcotic. 
Since these drugs have the ability to block the effects of 
morphine, they are called antagonists. They do not, 
however, provide any pain relief. 


A second generation of narcotic antagonists are 
called agonist-antagonist analgesics. An agonist drug 
relieves pain by occupying receptor sites that block 
pain signals to the brain. The new group of agonist- 
antagonist medications was more effective than mor- 
phine for providing pain relief, with fewer side effects 
and less chance of addiction. 


The present challenge for medical science is to find 
drugs that are as effective as opiates and morphine for 
relieving pain but without their side effects. Recent 
brain research has uncovered how endorphins and 
other related brain chemicals work, providing hope 
for improved analgesic drugs. 


See also Novocain. 
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Analog signals and digital signals 


I Analog signals and digital 


signals 


A signal is any time-varying physical quantity— 
voltage, light beam, sound wave, or other—that is 
used to convey information. Analog signals are so- 
called because they convey information by analogy 
(i.e., by mimicking the behavior of some other quan- 
tity). Digital signals convey information by assuming a 
series of distinct states symbolizing numbers (digits). 
Both analog and digital signals are essential to modern 
communications and computing, but the greater sim- 
plicity and generality of digital signaling has encour- 
aged an increasing reliance on digital devices in recent 
decades. 


Analog signals 


An analog signal varies in step with some other 
physical phenomenon, acting as an analog to or model 
of it. For example, the electrical signal produced by a 
microphone is an analog of the sound waves imping- 
ing on the mike. 


The term analog is also commonly used to denote 
any smoothly varying waveform, even one (e.g., the 
voltage available from an AC power outlet) that does 
not convey information. Any waveform that is con- 
tinuous in both time and amplitude is an analog wave- 
form, while an analog waveform that happens to 
convey information is an analog signal. 


The elemental or archetypal analog signal is a sinus- 
oidal wave or sinusoid, because any analog signal can be 
viewed as a sum of sinusoids of different frequencies that 
have been variously shifted in time and magnified in 
amplitude. The rapidity with which a sinusoid repeats 
its cycle (one crest plus one dip) is termed its frequency. 
A plot of the frequencies and amplitudes of all the sinus- 
oids that would be needed to build up a given analog 
waveform depicts its frequency content, or spectrum. 
Processing of analog signals consists largely of altering 
their spectra. For example, turning up the treble on a 
stereo system selectively amplifies the high-frequency 
part of the music’s spectrum. 


Digital signals 


Digital signals convey discrete symbols that are 
usually interpreted as digits. For example, a voltage 
that signals the numbers | through N by shifting 
between JN distinct levels is a digital signal, and so is 
a sinusoid that signals N digits by shifting between N 
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distinct frequencies or amplitudes. (The latter would 
be analog as regards its waveform, but digital as 
regards its signaling strategy.) 


Most digital signals are binary; that is, they signal 
the digits 0 and 1 by shifting between two distinct phys- 
ical states (e.g., a high voltage and a low voltage). Each 
0 or | isa bit (binary digit). Other numbers are commu- 
nicated by transmitting “words,” bundles of 0s and 1s, 
either bit by bit along a single channel or in parallel (as 
by N wires all signaling at the same time). Typical word 
lengths are: 2* = 16,2° = 32, and 2° = 64 bits. 


Although the term digital emphasizes the use of a 
finite number of signal states to communicate digits, it 
is really the use of such signals to convey symbols that 
makes digital signals uniquely useful. Whether the two 
states of a binary signal represent 0 and 1, Yes and No, 
“first half of alphabet” and “second half of alphabet,” 
or any other pair of meanings is entirely up to the 
human designer. In principle, it is possible to use 
analog signals the same way, but in practice it is 
quite awkward to do so. 


Another feature of virtually all digital systems is 
that all signals in the system change state (low to high, 
high to low) at frequent, regularly spaced instants. 
These system-wide changes of state are governed by 
a central timing device, or system clock. The system 
clock in a modern digital device may change state 
millions or billions of times per second. 


Analog to digital and back again 


Because most physical quantities can be described 
by measurements, and because any measurement can 
be represented by a sufficiently long series of 0s and Is, 
it is possible to transfer some of the information in any 
analog signal to a digital signal. In fact, according to 
the Nyquist sampling theorem, sufficiently precise 
measurements of an analog waveform made at twice 
or more the maximum frequency present in that wave- 
form will preserve all its information. Digital signals 
can, conversely, be converted to analog signals by 
using them as inputs to a device whose output shifts 
smoothly between a series of voltages (or other phys- 
ical states) as directed by a changing set of input bits. 
Analog-to-digital conversion is performed, for exam- 
ple, when a digital compact disc (CD) is recorded from 
a live audio source, and digital-to-analog conversion is 
performed when a CD is played back over an audio 
system. 


See also Computer, analog; Computer, digital. 
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l Analytic geometry 


Analytic geometry is a branch of mathematics 
that uses algebraic equations to describe the size and 
position of geometric figures. Developed beginning in 
the seventeenth century, it is also known as Cartesian 
geometry or coordinate geometry. The use of a coor- 
dinate system to relate geometric points to real num- 
bers is the central idea of analytic geometry. By 
defining each point with a unique set of real numbers, 
geometric figures such as lines, circles, and conics can 
be described with algebraic equations. Analytic geom- 
etry has important applications in science and industry 
alike and is one of the foundations of modern applied 
mathematics. 


Historical development of analytic geometry 


During the seventeenth century, finding the solu- 
tion to problems involving curves became important 
to industry and science. In astronomy, the slow 
acceptance of the heliocentric theory (Sun-centered 
theory) of planetary motion required mathematical 
formulas that would predict elliptical orbits. Other 
areas such as optics, navigation, and the military 
required formulas for things such as determining the 
curvature of a lens, the shortest route to a destination, 
and the trajectory of a cannonball. Although the 
Greeks had developed hundreds of theorems related 
to curves, these did not provide quantitative values, 
so they were not useful for practical applications. 
Consequently, many seventeenth-century mathemati- 
cians devoted their attention to the quantitative eval- 
uation of curves. Two French mathematicians, Rene 
Descartes (1596-1650) and Pierre de Fermat (1601— 
1665) independently developed the foundations for 
analytic geometry. Descartes was first to publish his 
methods in an appendix titled La geometrie of his 
book Discours de la methode (1637). 
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Cartesian coordinate system 


The link between algebra and geometry was made 
possible by the development of a coordinate system 
which allowed geometric ideas, such as point and line, 
to be described in algebraic terms like real numbers 
and equations. In the system developed by Descartes, 
called the rectangular Cartesian coordinate system, 
points on a geometric plane are associated with an 
ordered pair of real numbers known as coordinates. 
Each coordinate describes the location of a single 
point relative to a fixed point, the origin, which is 
created by the intersection of a horizontal and a verti- 
cal line known as the x-axis and y-axis respectively. 
The relationship between a point and its coordinates is 
called one-to-one, since each point corresponds to 
only one set of coordinates. 


The x and y axes divide the plane into four quad- 
rants. The sign of the coordinates is either positive or 
negative, depending in which quadrant the point is 
located. Starting in the upper right quadrant and 
working clockwise, a point in the first quadrant 
would have a positive value for the abscissa and the 
ordinate. A point in the fourth quadrant (lower right 
hand corner) would have negative values for each 
coordinate. 


The notation P(x,y) describes a point P having 
coordinates x and y. The x value, called the abscissa, 
specifies the horizontal distance of a point away from 
the origin. The y value, known as the ordinate, speci- 
fies the vertical distance of a point away from the 
origin. 


Distance between two points 


Using the ideas of analytic geometry, it is possible 
to calculate the distance between the two points A 
and B, represented by the line segment AB that con- 
nects the points. If two points have the same ordinate 
but different abscissas, the distance between them 
is AB = x2 — x. Similarly, if both points have the 
same abscissa but different ordinates, the distance is 
AB = y2 — y;. For points that have neither a common 
abscissa or ordinate, the Pythagorean theorem is used 
to determine distance. By drawing horizontal and ver- 
tical lines through points A and B to form a right 
triangle, it can be shown using the distance formula 
that AB = —(x) — x1)? + (y> — yj)”. The distance 
between the two points is equal to the length of the line 
segment AB. 


In addition to length, it is often desirable to find 
the coordinates of the midpoint of a line segment. 
These coordinates can be determined by taking the 
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average of the x and y coordinates of each point. For 
example, the coordinates for the midpoint M(x,y) 
between points P(2,5) and Q(4,3) are x = (2 + 4)/2 = 3 
and y = (5 + 3)/2 = 4. 


Algebraic equations of lines 


One of the most important aspects of analytic 
geometry is the idea that an algebraic equation can 
relate to a geometric figure. Consider the equation 2x 
+ 3y = 44. The solution to this equation is an ordered 
pair (x,y) which represents a point. If the set of every 
point that makes the equation true (called the /ocus) 
were plotted, the resulting graph would be a straight 
line. For this reason, equations such as these are 
known as linear equations. The standard form of a 
linear equation is Ax + By = C, where A, B, and Care 
constants and A and B are not both 0. It is interesting 
to note that an equation such as x = 4 is a linear 
equation. The graph of this equation is made up of 
the set of all ordered pairs in which x = 4. 


The steepness of a line relative to the x-axis can be 
determined by using the concept of the slope. The 
slope of a line is defined by the equation 


The value of the slope can be used to describe a 
line geometrically. If the slope is positive, the line is 
said to be rising. For a negative slope, the line is fall- 
ing. A slope of zero is a horizontal line, and an unde- 
fined slope is a vertical line. If two lines have the same 
slope, then these lines are parallel. 


The slope gives us another common form for a 
linear equation. The slope-intercept form of a linear 
equation is written y = mx + b, where m is the slope 
of the line and b is the y intercept. The y intercept is 
defined as the value for y when x is zero and represents 
a point on the line that intersects the y axis. Similarly, 
the x intercept represents a point where the line crosses 
the x axis and is equal to the value of x when y is zero. 
Yet another form of a linear equation is the point- 
slope form, y — y; = m(x — xj). This form is useful 
because it allows us to determine the equation for a 
line if we know the slope and the coordinates of a 
point. 


Calculating area using coordinates 


One of the most frequent activities in geometry is 
determining the area of a polygon such as a triangle or 
square. By using coordinates to represent the vertices, 
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the areas of any polygon can be determined. The area 
of triangle OPQ, where O lies at (0,0), P at (a,b), and Q 
at (c,d), is found by first calculating the area of the 
entire rectangle and subtracting the areas of the three 
right triangles. Thus the area of the triangle formed by 
points OPQ is = da — (dc/2) — (ab/2) — [(d—b)(a—c)]/ 
2. Through the use of a determinant, it can be shown 
that the area of this triangle is: 


1 
Area of triangle = > 
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This specific case was made easier by the fact that 

one of the points used for a vertex was the origin. 
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The general equation for the area of a triangle 
defined by coordinates is represented by the previous 
equation. 


In a similar manner, the area for any other poly- 
gon can be determined if the coordinates of its points 
are known. 


Equations for geometric figures 


In addition to lines and the figures that are made 
with them, algebraic equations exist for other types of 
geometric figures. One of the most common examples is 
the circle. A circle is defined as a figure created by the 
set of all points in a plane that are a constant distance 
from a central point. If the center of the circle is at 
the origin, the formula for the circle is r> = x” + y? 
where r is the distance of each point from the center and 
called the radius. For example, if a radius of 4 is chosen, 
a plot of all the x and y pairs that satisfy the equation 
4? = x* + y’ would create a circle. Note, this equation, 
which is similar to the distance formula, is called the 
center-radius form of the equation. When the radius of 
the circle is at the point (a,b) the formula, known as the 
general form, becomes r* = (x — a)” + (y — by’. 


The circle is one kind of a broader type of geo- 
metric figure known as conic sections. Conic sections 
are formed by the intersection of a geometric plane and 
a double-napped cone. After the circle, the most com- 
mon conics are parabolas, ellipses, and hyperbolas. 


Curves known as parabolas are found all around 
us. For example, they are the shape formed by the 
sagging of telephone wires or the path a ball travels 
when it is thrown in the air. Mathematically, these 
figures are described as a curve created by the set of 
all points in a plane at a constant distance from a fixed 
point, known as the focus, and a fixed line, called the 
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KEY TERMS 


Abscissa—The x-coordinate of a point representing 
its horizontal distance away from the origin. 


Conic—A geometric figure created by a plane pass- 
ing through a right circular cone. 


Coordinate system—A system that relates geometric 
points to real numbers based on their location in 
space relative to a fixed point called the origin. 


Directrix—A line which, together with a focus, 
determines the shape of a conic section. 


Ellipse—An eccentric or elongated circle, or oval. 


Focus—A point, or one of a pair of points, whose 
position determines the shape of a conic section. 


Hyperbola—A conic section created by a plane 
passing through the base of two cones. 


directrix. This means that if we take any point on the 
parabola, the distance of the point from the focus is 
the same as the distance from the directrix. A line can 
be drawn through the focus perpendicular to the direc- 
trix. This line is called the axis of symmetry of the 
parabola. The midpoint between the focus and the 
directrix is the vertex. 


The equation for a parabola is derived from the 
distance formula. Consider a parabola that has a vertex 
at point (h,k). The linear equation for the directrix can 
be represented by y = k — p, where p is the distance of 
the focus from the vertex. The standard form of the 
equation of the parabola is then (x — h)* = 4p(y — k). In 
this case, the axis of symmetry is a vertical line. In the 
case of a horizontal axis of symmetry, the equation 
becomes (y — k)* = 4p(x — h) where the equation for 
the directrix is x = h — p. This formula can be expanded 
to give the more common quadratic formula which is 
y = Ax’ + Bx + C, such that A does not equal 0. 


Another widely used conic is an ellipse, which 
looks like a flattened circle. An ellipse is formed by 
the graph of the set of points, the sum of whose dis- 
tances from two fixed points (foci) is constant. To 
visualize this definition, imagine two tacks placed at 
the foci. A string is knotted into a circle and placed 
around the two tacks. The string is pulled taut with a 
pencil and an ellipse is formed by the path traced. 
Certain parts of the ellipse are given various names. 
The two points on an ellipse intersected by a line 
passing through both foci are called the vertices. The 
chord connecting both vertices is the major axis and 
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Intercept—tThe point at which a curve meets the x or 
y axes. 


Linear equations—A mathematical equation which 
represents a line. 

Locus—The set of all points that make an equation 
true. 


Ordinate—The y-coordinate of a point representing 
its vertical distance away from the origin. 
Pythagorean theorem—An idea suggesting that the 
sum of the squares of the sides of a right triangle is 
equal to the square of the hypotenuse. It is used to 
find the distance between two points. 

Slope—Slope is the ratio of the vertical distance 
separating any two points on a line to the horizontal 
distance separating the same two points. 


the chord perpendicular to it is known as the minor 
axis. The point at which the chords meet is known as 
the center. 


Again by using the distance formula, the equation 
for an ellipse can be derived. If the center of the ellipse is 
at point (h,k) and the major and minor axes have lengths 
of 2a and 2b respectively, the standard equation is 

aS. ay 
zz : b 


Major axis is horizontal 


=1 


Major axis is vertical 


If the center of the ellipse is at the origin, the 
equation simplifies to (x?/a”) + (y?/b’) = 1. 


The “flatness” of an ellipse depends on a number 
called the eccentricity. This number is given by the ratio 
of the distance from the center to the focus divided by 
the distance from the center to the vertex. The greater 
the eccentricity value, the flatter the ellipse. 


Another conic section is a hyperbola, which looks 
like two facing parabolas. Mathematically, it is similar 
in definition to an ellipse. It is formed by the graph 
of the set of points, the difference of whose distances 
from two fixed points (foci) is constant. Notice that 
in the case of a hyperbola, the difference between 
the two distances from fixed points is plotted and not 
the sum of this value, as was done with the ellipse. 
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As with other conics, the hyperbola has various 
characteristics. It has vertices, the points at which a 
line passing through the foci intersects the graph, and 
a center. The line segment connecting the two vertices 
is called the transverse axis. The simplified equation 
for a hyperbola with its center at the origin is (x*/a*) — 
(y?/b*) = 1. In this case, a is the distance between the 
center and a vertex, b is the difference of the distance 
between the focus and the center and the vertex and 
the center. 


Three-dimensional coordinate systems and 
beyond 


Geometric figures such as points, lines, and conics 
are two-dimensional because they are confined to a 
single plane. The term two-dimensional is used 
because each point in this plane is represented by two 
real numbers. Other geometric shapes like spheres and 
cubes do not exist in a single plane. These shapes, 
called surfaces, require a third dimension to describe 
their location in space. To create this needed dimen- 
sion, a third axis (traditionally called the z-axis) is 
added to the coordinate system. Consequently, the 
location of each point is defined by three real numbers 
instead of two. For example, a point defined by the 
coordinates (2,3,4) would be located 2 units away from 
the x axis, 3 units from the y axis, and 4 units from the z 
axis. 


The algebraic equations for three-dimensional fig- 
ures are determined in a way similar to their two- 
dimensional counterparts. For example, the equation 
for a sphere is x° + y* + z* = r°. Ascan be seen, this is 
slightly more complicated than the equation for its 
two-dimensional cousin, the circle, because of the 
additional variable z*. 


It is interesting to note that just as the creation ofa 
third dimension was possible, more dimensions can be 
added to our coordinate system. Mathematically, these 
dimensions can exist, and valid equations have been 
developed to describe figures in these dimensions. 
However, it should be noted that this does not mean 
that these figures physically exist; in fact, at present they 
only exist in the minds of people who study this type of 
multidimensional analytic geometry. 
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E Anaphylaxis 


Anaphylaxis is a severe, sudden, often fatal bodily 
reaction to a foreign substance or antigen. C. R. Richet 
first coined the term to define the puzzling reactions 
that occurred in dogs following injection of an eel 
toxin. Instead of acquiring immunity from the toxin 
as expected, the dogs experienced acute reactions, 
including often fatal respiratory difficulties, shock, 
and internal hemorrhaging. In humans, anaphylaxis is 
a rare event usually triggered by an antiserum (to treat 
snake or insect bites), antibiotics (especially immuno- 
globulin), or after wasp or bee stings. Certain foods 
can also trigger these severe reactions, including sea- 
food, rice, potatoes, egg whites, raw milk, and pinto 
beans. 


In systemic or system-wide cases, symptoms occur 
just minutes (or in rare cases weeks) after introduction of 
the foreign substance; they include flushed skin, itching 
of the scalp and tongue, breathing difficulties caused by 
bronchial spasms or swollen tissues, vomiting, diarrhea, 
a sudden drop in blood pressure, shock, and loss of 
consciousness. Less severe cases, usually caused by non- 
immunologic mechanisms, may produce widespread 
hives or severe headache. These less severe cases are 
called anaphylactoid reactions. 


While the exact biological process is poorly under- 
stood, anaphylaxis is thought to result from antigen- 
antibody interactions on the surface of mast cells, 
connective tissue cells believed to contain a number 
of regulatory chemicals. This interaction damages cell 
membranes, causing a sudden release of chemicals, 
including histamine, heparin, serotonin, bradykinin, 
and other pharmacologic mediators. Once released, 
these mediators produce the frightening bodily reac- 
tions that characterize anaphylaxis. 


Because of the severity of these reactions, treat- 
ment must begin as soon as possible. The most com- 
mon emergency treatment involves injection of 
epinephrine (adrenaline), followed by administration 
of cortisone, antihistamines, and other drugs that can 
reduce the effects of the unleashed chemical media- 
tors. For people with known reactions to antibiotics, 
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foods, insect and snake bites, or other factors, avoid- 
ance of the symptom-inducing agent is the best course 
of action. 


See also Antibody and antigen. 


] Anatomy 


Anatomy, a subfield of biology, is the study of the 
structure of living things. There are three main areas of 
anatomy: cytology studies the structure of cells; histol- 
ogy examines the structure of tissues; and gross anat- 
omy deals with organs and organ systems. Comparative 
anatomy, which strives to identify general structural 
patterns in families of plants and animals, provides the 
basis for the classification of species. Human anatomy 
is a crucial element of the modern medical curriculum. 


History 


Modern anatomy, as a branch of Western science, 
was founded by the Flemish scientist Andreas Vesalius 
(1514-1564), who in 1543 published De humani corpo- 
ris fabrica (Structure of the human body). In addition 
to correcting numerous misconceptions, Vesalius’s 
book was the first description of human anatomy 
that organized the organs into systems. Although ini- 
tially rejected by many followers of classical anatom- 
ical doctrines, Vesalius’s systematic conception of 
anatomy eventually became the foundation of ana- 
tomical research and education throughout the 
world; anatomists still use his systematic approach. 


Human anatomy 


Human anatomy divides the body into the follow- 
ing distinct functional systems: cutaneous, muscular, 
skeletal, circulatory, nervous, digestive, urinary, endo- 
crine, respiratory, and reproductive. This division 
helps the student understand the organs, their rela- 
tionships, and the relations of individual organs to 
the body as a whole. 


The cutaneous system consists of the integument— 
the covering of the body, including the skin, hair, and 
nails. The skin is the largest organ in the body, and its 
most important function is to act as a barrier between 
the body and the outside world. The skin’s minute open- 
ings (pores) also provide an outlet for sweat, which 
regulates the body temperature. Melanin, a dark pig- 
ment found in the skin, provides protection from sun- 
burn. The skin also contains oil-producing cells. 
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The muscles of the muscular system enable the body 
to move and provide power to the hands and fingers. 
There are two basic types of muscles. Voluntary (skel- 
etal) muscles enable movements under conscious direc- 
tion (e.g., to walk, move an arm, or smile). Involuntary 
(smooth) muscles are not consciously controlled and 
operate independent of conscious direction. For exam- 
ple, they play an important role in digestion. The third 
type of muscle, cardiac muscle, is involuntary, but also is 
striated, as are skeletal muscles. Because cardiac muscle 
is self-contractile it allows the heart to pump blood 
throughout the body, without pause, from early in 
embryogenesis to death. 


The skeletal system, or the skeleton, is the general 
supportive structure of the body. In addition, the skel- 
etal system is the site of many important and complex 
physiological and immunological processes. The skel- 
etal frame provides the support that muscles need in 
order to function. Of the 206 bones in the human 
body, the largest is the femur, or thighbone. The small- 
est are the tiny ear ossicles, three in each ear, named 
the hammer (malleus), anvil (incus), and stirrup 
(stapes). Often included in the skeletal system are the 
ligaments, which connect bone to bone; the joints, 
which allow the connected bones to move; and the 
tendons, which connect muscle to bone. 


The circulatory system comprises the heart, 
arteries, veins, capillaries, blood and blood-forming 
organs, and the lymphatic subsystem. The four cham- 
bers of the heart allow the heart to act as a dual pump 
to propel blood to the lungs for oxygenation (pulmo- 
nary system) and to pump blood throughout the body 
(systemic circulation). From the heart, the blood cir- 
culates through arteries. The blood is distributed 
through smaller and smaller tubes until it passes into 
the microscopic capillaries that bathe every cell. The 
veins collect deoxygenated blood from the capillaries 
and return it to the heart. 


The nervous system consists of the brain, spinal 
cord, and sensory organs that provide information to 
them. For example, our eyes, ears, nose, tongue, and 
skin receive stimuli and send signals that travel both 
electrically and chemically to the brain. The brain is an 
intricate system of complicated neurons (nerve cells) 
that allow us to process sensory information, visceral 
signals (e.g. regulating breathing, body temperature, 
etc.), and perform cognitive thought. 


The digestive system is essentially a long tube 
extending from the mouth to the anus. Food entering 
the mouth is conducted through the stomach, small 
intestine, and large intestine, where accessory organs 
contribute digestive juices to break down the food, 
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extracting the molecules that can be used to nourish 
the body. The unusable parts of the ingested food are 
expelled through the anus as fecal matter. The salivary 
glands (in the mouth), the liver, and the pancreas are 
the primary digestive glands. 


The urinary system consists of the kidneys, the 
bladder, and the connecting tubules. The kidneys filter 
water and waste products from the blood and pass them 
into the bladder. At intervals, the bladder is emptied 
through the urinary tract, ridding the body of waste. 


The endocrine system consists of ductless (endo- 
crine) glands that produce hormones that regulate var- 
ious bodily functions. The pancreas secretes insulin to 
regulate sugar metabolism, for example. The pituitary 
gland in the brain is the principal or “master” gland that 
regulates many other glands and endocrine functions. 


The respiratory system includes the lungs, the dia- 
phragm, and the tubes that connect them to the outside 
atmosphere. Respiration is the process whereby an 
organism absorbs oxygen from the air and returns 
carbon dioxide. The diaphragm is the muscle that ena- 
bles the lungs to work. 


Finally, the reproductive system enables sperm 
and egg to unite and the egg to remain in the uterus 
or womb to develop into a functional human. 


Anatomical nomenclature 


Over the centuries, anatomists developed a standard 
nomenclature, or method of naming anatomical struc- 
tures. Terms such as “up” or “down” obviously have no 
meaning unless the orientation of the body is clear. 
When a body is lying on its back, the thorax and abdo- 
men are at the same level. The upright sense of up and 
down is lost. Further, because anatomical studies and 
particularly embryological studies were often carried out 
in animals, the development of the nomenclature relative 
to comparative anatomy had an enormous impact on 
the development of human anatomical nomenclature. 
There were obvious difficulties in relating terms from 
quadrupeds (animals that walk on four legs) who have 
abdominal and thoracic regions at the same level as 
opposed to human bipeds in whom an upward and 
downward orientation might seem more obvious. 


In order to standardize nomenclature, anatomical 
terms relate to the standard anatomical position. When 
the human body is in the standard anatomical position 
it is upright, erect on two legs, facing frontward, with 
the arms at the sides each rotated so that the palms of 
the hands turn forward. 


In the standard anatomical position, superior means 
toward the head or the cranial end of the body. Inferior 
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means toward the feet or the caudal end of the body. The 
body’s frontal surface is the anterior or ventral surface. 
Accordingly, the terms “anteriorly” and “ventrally” 
specify a position closer to—or toward—the front sur- 
face of the body. The body’s back surface is the posterior 
or dorsal surface, and the terms “posteriorly” and “dor- 
sally” specify a position closer to—or toward—the pos- 
terior surface of the body. 


The terms superficial and deep relate to the dis- 
tance from the exterior surface of the body. Cavities 
such as the thoracic cavity have internal and external 
regions that correspond to deep and superficial rela- 
tionships in the midsagittal (vertical midline) plane. 


The bones of the skull are fused by sutures that 
form important anatomical landmarks. Sutures are 
joints that run jaggedly along the interface between 
the bones. At birth, the sutures are soft, broad, and 
cartilaginous. Near the end of puberty or early in 
adulthood the sutures eventually fuse and become 
rigid and ossified. 


The sagittal suture, which unites the parietal 
bones of the skull along the body’s midline, is used as 
a landmark in anatomical nomenclature to establish 
sagittal planes. The primary sagittal plane runs 
through the length of the sagittal suture. Planes that 
are parallel to the sagittal plane, but that are offset 
from the midsagittal plane are termed parasagittal 
planes. Sagittal planes run anteriorly and posteriorly 
and are always at right angles to the coronal planes 
(perpendicular to the midsagittal plane, divides the 
body into dorsal and ventral sections). The medial 
plane or midsagittal plane divides the body vertically 
into superficially symmetrical right and /eft halves. 


The medial plane also establishes a centerline axis 
for the body. The terms medial and lJateral relate posi- 
tions relative to the medial axis. If a structure is medial 
to another structure, the medial structure is closer to 
the medial or center axis. If a structure is lateral to 
another structure, the lateral structure is farther away 
from the medial axis. For example, the lungs are lat- 
eral to the heart. 


The coronal suture unites the frontal bone with 
the parietal bones. In anatomical nomenclature, the 
primary coronal plane designates the plane that runs 
through the length of the coronal suture. The primary 
coronal plane is also termed the frontal plane because 
it divides the body into dorsal and ventral (front and 
back) halves. 


Planes that divide the body into superior and 
inferior portions, and that are at right angles to both 
the sagittal and coronal planes, are termed transverse 
planes. Anatomical planes that are not parallel to 
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sagittal, coronal, or transverse planes are termed obli- 
que planes. 


The body is also divided into several regional 
areas. The most superior area is the cephalic region, 
which includes the head. The thoracic region is com- 
monly known as the chest region. Although the celiac 
region more specifically refers to the center of the 
abdominal region, celiac is sometimes used to designate 
a wider area of abdominal structures. At the inferior 
end of the abdominal region lies the pelvic region or 
pelvis. The posterior or dorsal side of the body has its 
own special regions, named for the underlying verte- 
brae. From superior to inferior along the midline of 
the dorsal surface lie the cervical, thoracic, lumbar and 
sacral regions. The buttocks are the most prominent 
feature of the gluteal region. 


The term upper limbs or upper extremities refers to 
the arms and hands; lower limbs or lower extremities 
refers to the legs and feet. 


The proximal end of an extremity is at the junction 
of the extremity (i.e., arm or leg) with the trunk of the 
body. The dista/ end of an extremity is the point on the 
extremity farthest away from the trunk (e.g., fingers 
and toes). Accordingly, if a structure is proximate to 
another structure it is closer to the trunk (e.g., the 
elbow is proximate to the wrist). If a structure is distal 
to another, it is farther from the trunk (e.g., the fingers 
are distal to the wrist). 


Structures may also be described as being medial 
or lateral to the midline axis of each extremity. Within 
the upper limbs, the terms radial and ulnar may be 
used synonymouly with lateral and medial. In the 
lower extremities, the terms fibular and tibial may be 
used as synonyms for lateral and medial. 


Rotations of the extremities may de described as 
medial rotations (toward the midline) or lateral rota- 
tions (away from the midline). 


Many structural relationships are described by 
combined anatomical terms (e.g., the eyes are ante- 
rio-medial to the ears). 


There are also terms of movement that are stand- 
ardized by anatomical nomenclature. Starting from 
the anatomical position, abduction indicates the move- 
ment of an arm or leg away from the midline or mid- 
sagittal plane. Adduction indicates movement of an 
extremity toward the midline. 


The opening of the hands into the anatomical 
position is termed supination of the hands. Rotation 
so the dorsal side of the hands face forward is termed 
pronation. 
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The term flexion means movement toward the 
flexor or anterior surface. In contrast, extension may 
be generally regarded as movement toward the exten- 
sor or posterior surface. Flexion occurs when the arm 
brings the hand from the anatomical position toward 
the shoulder (a curl) or when the arm is raised over the 
head from the anatomical position. Extension returns 
the upper arm or lowers it to the anatomical position. 
Because of the embryological rotation of the lower 
limbs that rotates the primitive dorsal side to the 
adult form ventral side, flexion occurs as the thigh is 
raised anteriorly and superiorly toward the anterior 
portion of the pelvis. Extension occurs when the thigh 
is returned to anatomical position. Specifically, due to 
the embryological rotation, flexion of the lower leg 
occurs as the foot is raised toward the back of the 
thigh, and extension of the lower leg occurs with the 
kicking motion that returns the lower leg to anatom- 
ical position. 


The term palmar surface (palm side) is applied to 
the flexion side of the hand. The term plantar surface is 
applied to the bottom sole of the foot. From the 
anatomical position, extension occurs when the toes 
are curled back and the foot arches upward and flex- 
ion occurs as the foot is returned to anatomical 
position. 


Rolling motions of the foot are described as inver- 
sion (rolling with the big toe initially lifting upward) 
and eversion (rolling with the big toe initially moving 
downward). 


See also Anatomy, comparative; Forensic science; 
Human evolution; Physiology, comparative; Physiology; 
Surgery. 
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Anatomy, comparative 


l Anatomy, comparative 


There are many forms of evidence for evolution. 
One of the strongest is comparative anatomy; compar- 
ing structural similarities of organisms to determine 
their evolutionary relationships. Organisms with sim- 
ilar anatomical features are assumed to be relatively 
closely related evolutionarily, and they are assumed to 
share a common ancestor. As a result of the study of 
evolutionary relationships, anatomical similarities 
and differences are important factors in determining 
and establishing classification of organisms. 


Some organisms have anatomical structures that 
are very similar in embryological development and 
form, but very different in function. These are called 
homologous structures. Since these structures are so 
similar, they indicate an evolutionary relationship and 
a common ancestor of the species that possess them. A 
clear example of homologous structures is the fore- 
limbs of mammals. When examined closely, the fore- 
limbs of humans, whales, dogs, and bats all are very 
similar in structure. Each possesses the same number 
of bones, arranged in almost the same way. While they 
have different external features and they function in 
different ways, the embryological development and 
anatomical similarities in form are striking. By com- 
paring the anatomy of these organisms, scientists have 
determined that they share a common evolutionary 
ancestor and, in an evolutionary sense, are relatively 
closely related. 


Other organisms have anatomical structures that 
function in very similar ways, however, morphologi- 
cally and developmentally these structures are very 
different. These are called analogous structures. 
Since these structures are so different, even though 
they have the same function, they do not indicate an 
evolutionary relationship, nor that two species share a 
common ancestor. For example, the wings of a bird 
and dragonfly both serve the same function; they help 
the organism to fly. However, when comparing the 
anatomy of these wings, they are very different. The 
bird wing has bones inside and is covered with feath- 
ers, while the dragonfly wing is missing both of these 
structures. They are analogous structures. Thus, by 
comparing the anatomy of these organisms, scientists 
have determined that birds and dragonflies do not 
share a common evolutionary ancestor, nor are they, 
in an evolutionary sense, closely related. Analogous 
structures are evidence that these organisms evolved 
along separate lines. 


Vestigial structures are anatomical features that 
are still present in an organism (although often 
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reduced in size) even though they no longer serve a 
function. When comparing the anatomies of two 
organisms, presence of a structure in one and a related, 
although vestigial, structure in the other is evidence 
that the organisms share a common evolutionary 
ancestor and that, in an evolutionary sense, they are 
relatively closely related. Whales, which evolved from 
land mammals, have vestigial hind leg bones in their 
bodies. While they no longer use these bones in their 
marine habitat, they do indicate that whales share an 
evolutionary relationship with land mammals. 
Humans have more than 100 vestigial structures in 
their bodies. 


Comparative anatomy is an important tool that 
helps determine evolutionary relationships between 
organisms and whether or not they share common 
ancestors. However, it is also important evidence for 
evolution. Anatomical similarities between organisms 
support the idea that these organisms evolved from a 
common ancestor. Thus, the fact that all vertebrates 
have four limbs and gill pouches at some part of their 
development indicates that evolutionary changes have 
occurred over time, resulting in the diversity we have 
today. 


f Anchovy 


Anchovies are small, bony fish in the order 
Clupeiformes, a large group that also includes herring, 
salmon, and trout. Anchovies are in the family 
Engraulidae, and all of the more than 100 species are 
in the genus Engraulis. Anchovies are predominantly 
marine fish, but are occasionally found in brackish 
waters and even in freshwater. Species of anchovies 
are found in the Mediterranean Sea, Black Sea, 
European Atlantic coastal waters, and the Pacific 
coasts of Peru and Chile. 


Anchovies are about 4-8 in (10-20 cm) long, with 
smooth scales, and soft fins. They live in schools made 
up of many thousands of individuals, often grouped 
according to size. Anchovies come to surface waters 
during the spawning season from May-July. Their 
eggs float on the surface of the water and hatch in 
3-4 days. Anchovies swim with their mouths open, and 
feed on plankton, small crustaceans, and fish larvae. 
When food is scarce, anchovies take turns swimming 
at the front of their school, where they are more likely 
to encounter the best food. When a school of ancho- 
vies senses danger, the fish swim together to make a 
tight ball in which the fish on the inside are more 
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protected, while those on the outer part have a greater 
chance of being consumed. Anchovies are usually 
caught by fishermen at night—lights on the boat 
serve as a lure. 


Anchovies are extremely important as a food 
source for many predators. Examples of anchovy 
predators include sharks, yellowtail, salmon, tuna, 
pelicans, terns, seals, sea lions and dolphin. In addi- 
tion, anchovy are harvested by humans. 


In Peru, the anchovy known as anchovetta 
(Engraulis ringens), is economically important as a 
source of fish meal and fertilizer. In 1970, the 
Peruvian anchovetta fishery yielded about 12 million 
tons of fish, but this crashed to less than 2 million tons 
in most years between 1973-1987. The collapse of the 
fishery was likely due to excessive harvesting, although 
oceanographic and climatic changes associated with 
warm-water El] Nino events may have also played a 
role. After this time, there was a slow recovery of the 
anchovetta stocks to about 4 million tons a year. Other 
species of anchovy (such as E. encrasicolus) are fished 
in smaller numbers, canned in oil and salt, and sold as 
a delicacy (these are the tiny fish on pizza and in the 
dressing for Caesar salad). Other species of anchovy 
are used as fish bait or are added to pet food and 
livestock feed. 


ll Anemia 


Anemia means literally “lack of blood.” In fact it 
is a reduction in the number of red blood cells, plasma, 
or packed red blood cells to a level that is lower than 
necessary for normal functioning. This is the result of 
the inability to replace lost cells or plasma volume at 
the rate the cells are being lost. 


Anemia can result from a rapid loss of blood cells 
as occurs after an injury, from a reduced rate of 
replacement, or from an abnormally rapid destruction 
of blood cells within the body that outstrips the 
replacement ability of bone marrow. 


Normally the red blood cell count for an adult 
male is 5.4 million per cubic millimeter (mm) of 
blood at sea level. The count for the adult female is 
4.8 million per cubic mm. An adult male is considered 
anemic if his red cell count falls below 4.5 million per 
cubic mm, and the female if her count is less than 4 
million per cubic mm. The normal rate of replacement 
for red blood cells is 40,000 to 50,000 new cells per 
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cubic mm per day. Blood cells are generated within the 
bone marrow. 


Any time the integrity of the body is violated 
blood can be lost. An automobile accident, a wound, 
a fall, or surgical procedure can produce copious 
blood loss. A trauma or wound that opens a major 
blood vessel allows blood to be pumped from the 
closed circulatory system and depletes the blood vol- 
ume. Certainly the body is not able to replace such a 
rapid loss of blood cells or plasma. 


Surgical procedures have become more refined, 
such that they cause little loss of blood. Refinements 
in techniques, as well as in instrumentation, have ren- 
dered modern surgical procedures blood-conserving 
transactions. 


A great deal of surgery is carried out using flexible 
scopes and instruments that can be inserted into the 
body through very small incisions. The surgical pro- 
cedure is carried out by the physician who can see the 
surgical field by means of a miniature camera on the 
tip of the instrument. Long incisions followed by 
clamping of bleeding arteries and veins have been 
replaced. The need for blood transfusions during sur- 
gery has been reduced markedly over the past decade. 
A patient who may need blood replacement is urged to 
have his own blood collected prior to surgery, so there 
will be no subsequent problems from the transfusion. 


Anemia can result from non-surgical causes. The 
best-known example is the anemia that can occur in an 
expectant mother. This form of anemia affects up to 
20% of woman of childbearing age in the United 
States. The resulting physical and mental fatigue can 
be mistaken for the consequences of daily life, and the 
anemia can go undiagnosed. This can be problematic 
for the fetus, causing curtailed growth and even death. 


A deficiency in red blood cell production is the 
most common cause of anemia, and a lack of iron is 
the most common reason for low cell production. Iron 
is the basic atom of hemoglobin, the substance that 
gives blood its red color and is responsible for carrying 
oxygen and carbon dioxide through the body. The 
normal level of iron in the body is 0.1-0.2 oz (3-5 g), 
depending upon gender and body size. 


Iron deficiency occurs as the result of inadequate 
intake of iron, loss of iron in young women of child- 
bearing age through menstruation and childbearing, 
impaired absorption of iron, which may occur follow- 
ing removal of part of the stomach and small intestine, 
or because of a chronic loss of low volumes of blood 
within the digestive system through polyps, cancer, or 
ulcerations brought on by excessive aspirin intake. 
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Old and nonfunctional red blood cells are culled 
from the blood stream by the spleen. The cells are 
destroyed and the iron molecule within the hemoglobin 
is transferred back to the bone marrow for reuse, a classic 
example of recycling. Red blood cells that escape the 
body, however, take iron with them. Of the usual iron 
intake of 10-20 mg daily in the diet, about one or two mg 
is absorbed to replace lost iron. Absorption is increased 
in women who are menstruating or are pregnant. 


People with iron deficiency anemia will have 
abnormally small red blood cells and low hemoglobin 
levels even though the total red blood cell count may 
be normal. Supplementary iron intake may resolve the 
problem, but surgery may be necessary if the under- 
lying cause is a polyp or other area bleeding internally. 


Aplastic anemia is a life-threatening form of ane- 
mia resulting from insufficient production of blood 
cells. The underlying cause of the disease is in the 
bone marrow itself. Aplastic anemia can be brought 
about by exposure to toxic chemicals or radiation or 
by excessive intake of certain medications. Removal of 
the toxic agent or getting away from the source of 
radiation usually will allow the patient to recover 
without further events. However, a form of aplastic 
anemia known as idiopathic, which means a disease of 
unknown cause, may well result in death. 


Aplastic anemia affects all cells in the blood, includ- 
ing the white blood cells and blood platelets. Loss of 
white blood cells, the core of the immune system, leaves 
one susceptible to infection. Loss of blood platelets, 
which are necessary to the clotting process, means bleed- 
ing into the skin, digestive system, urine, or nervous 
system may occur, as may repeated nosebleeds. 


Treatment for this form of anemia is to remove the 
agent causing it, if known, and to provide supportive 
treatment until the bone marrow recovers. In extreme 
cases, bone marrow transplantation from a compatible 
individual may be attempted and is sometimes successful. 


Another form of anemia is called megaloblastic ane- 
mia. Megaloblastic refers to the large, immature blood 
cells seen with this kind of anemia. One form, called perni- 
cious anemia, is the result of a digestive inadequacy in 
which vitamin Bj is not absorbed through the intestine. 
The condition also is caused by a parasitic infection, as 
with a tapeworm, certain digestive diseases, cancer, anti- 
cancer chemotherapeutic agents, and most commonly by 
lack of folate. It is an anemia often seen in elderly people 
who suffer from malnutrition, alcoholics, teenagers (pos- 
sibly also related to malnutrition), and pregnant women. 


This form of anemia may be corrected easily by 
placing the individual on a balanced, adequate diet or 
by replacing lowered levels of folate or vitamins. 
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Bone marrow—A spongy tissue located in the hol- 
low centers of certain bones, such as the skull and 
hip bones. Bone marrow is the site of blood cell 
generation. 


Hemolytic anemia—Hemolytic means destruction 
of the blood cell, an abnormal rate of which may 
lead to lowered levels of these cells. 


Menstruation—The normal, nearly monthly bleed- 
ing cycle experienced by women of childbearing 
age. It is the result of lack of a fertilized egg that 
triggers the loss of the lining of the uterus (womb) 
and subsequent bleeding. 


Spleen—An organ lying just under the diaphragm 
in the abdomen that removes old or damaged 
blood cells from circulation. The spleen is not a 
critical organ and can be removed if necessary. 


A well-known form of anemia is sickle cell anemia. 
Although blood cell levels are not lowered in sickle cell 
anemia, the blood cells may be nonfunctional at times, 
resulting in oxygen starvation of some body tissues. 


Other types of anemia are rare. These include a 
form called spherocytosis, which results in a spherical 
form of red blood cells resulting from an abnormality 
in the cell membrane; a similar form called elliptocy- 
tosis; and others resulting from decreased or abnormal 
hemoglobin production. 
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| Anesthesia 


Anesthesia is the loss of feeling or sensation. It 
may be accomplished without the loss of conscious- 
ness, or with partial or total loss of consciousness. 
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A nineteenth-century physician administering chloroform 
prior to surgery (probably an amputation). Ether was one of 
the earliest anesthetics to be used, but was difficult to 
administer, as it made the patient choke. For a time it was 
replaced by chloroform, but made a comeback when 
chloroform proved even more dangerous. (National Audubon 
Society Collection/Photo Researchers, Inc.) 


Anesthesiology is a branch of medical science that 
relates to anesthesia and anesthetics. The anesthetist is 
a specialized physician in charge of supervising and 
administering anesthesia in the course of a surgical 
operation. Depending on the type of operation and 
procedures used, there are two types of anesthesia: 
general anesthesia, which causes a loss of conscious- 
ness, and local anesthesia, where the anesthetic 
“freezes” the nerves in the area covered by the oper- 
ation. Under local anesthesia, the patient may be con- 
scious during the course of the operation or given a 
sedative, a drug that induces sleep. 


History of anesthesia 


While the search for pain control during surgery 
dates back to the ancient world, it was not until 1846 
that a patient was successfully rendered unconscious 
during a surgical procedure. Performed in a Boston 
hospital, a gas called ether was used to anesthetize the 
patient while a neck tumor was removed. In Western 
medicine, the development of anesthesia has made 
possible complex operations like open-heart surgery 
and organ transplantation. Medical tests that would 
otherwise be impossible to perform are carried out 
routinely with the use of anesthesia. 


Before the landmark discovery of ether, patients 
who needed surgery had to face the surgeon’s knife 
with only the help of alcohol, opium, or other nar- 
cotics. Often a group of men held the patient down 
during the operation in case the narcotic or alcohol 
wore off before it was over. Under these conditions, 
many patients died just from the pain of surgery. 
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Nitrous oxide 


In 1776 Joseph Priestley, a British chemist, dis- 
covered the gas nitrous oxide. Another British chem- 
ist, Humphry Davy, proposed nitrous oxide as a 
means for pain-free surgery, but his views were dis- 
missed by other physicians of the day. In the next 
century, Horace Wells, a Connecticut dentist, began 
to experiment with the gas, and in 1845 attempted to 
demonstrate its anesthetic qualities to a public audi- 
ence. However, the patient awoke before the operation 
was over and began to scream in pain. Because of this 
spectacle, it took another 20 years before nitrous oxide 
again gained attention. By 1870, it was a common- 
place dental anesthetic. 


Ether 


The gas ether, discovered in 1540 and given its 
name in 1730, was first successfully used by an 
American physician, Crawford W. Long, in an oper- 
ation in 1842. The operation, however, was unre- 
corded, so official credit went instead to William 
Morton for his 1846 demonstration of an operation 
with the use of ether. 


Chloroform 


The credit for discovering the third major anes- 
thetic of this period in medical history goes to James 
Young Simpson, a Scottish gynecologist and obste- 
trician. Simpson used ether in his practice but 
searched for an anesthetic that would make bearing 
children less painful for women. He tested several 
gases until he came upon chloroform in 1847 and 
began to use it on women in labor. Chloroform use, 
though, had higher risks than those associated with 
ether, and it called for greater skill from the physi- 
cian. Neither ether nor chloroform are used in sur- 
gery today. 


Emergence of anesthesiology 


Anesthesiology as a medical specialty was slow to 
develop. By the end of the nineteenth century, ether, 
which was considered safer than chloroform, was 
administered by etherizers who had little medical expe- 
rience, including students, new physicians, nonmedi- 
cal specialists, nurses, and caretakers. Eventually, 
nurses began to be used for this job, becoming the 
first anesthetists by the end of the nineteenth century. 


While the practice of surgery began to make con- 
siderable progress by the turn of the century, anesthesi- 
ology lagged behind. By the twentieth century, though, 
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the need for specialists in anesthesia was sparked by two 
world wars and advancing surgical techniques. To meet 
these demands, the American Society of Anesthetists 
was formed in 1931; specialists were certified by the 
American Board of Anesthesiology in 1937. By 1986, 
the Board certified 13,145 specialists—physicians and 
nurses, called nurse anesthetists—in the field of 
anesthesiology. 


Types of anesthesia 


Modern anesthesiology can be divided into two 
types, pharmacological and nonpharmacological. 
Pharmacological anesthesia, described as either gen- 
eral or local, uses a wide variety of anesthetic agents to 
obtain varying degrees of sedation and pain control. 
The anesthesia is administered orally, by injection, or 
with a mask for inhalation. Examples of nonpharma- 
cological anesthesia are the use of breathing techni- 
ques during conscious childbirth (Lamaze method of 
natural childbirth) and the ancient art of Chinese acu- 
puncture. Nonpharmacological anesthesia requires 
special skills on the part of its practitioners, and its 
effects are not as reliable as pharmacological 
techniques. 


General anesthesia 


There are three phases of general anesthesia. The 
anesthetist must first induce the state of unconscious- 
ness (induction), keep the patient unconscious while 
the procedure is performed (maintenance), then allow 
the patient to emerge back into consciousness 
(emergence). 


A drug commonly used to induce unconsciousness 
is thiopentone sodium, a barbiturate that produces 
unconsciousness within 30 seconds after being injected 
intravenously. Thiopentone does not reduce pain; it 
actually lowers the threshold of pain. It is used in the 
induction stage to bring about a quick state of uncon- 
sciousness before using other drugs to maintain the 
anesthetic condition during surgery. 


Other agents used for the induction and mainte- 
nance of anesthesia are gases or volatile liquids such as 
nitrous oxide, halothane, enflurane, methoxyflurane, 
and cyclopropane. Nitrous oxide is still commonly 
used in dentistry, minor surgery, and major surgery 
when it is accompanied by other anesthetics. Though 
the gas has been used for many years, it is still uncer- 
tain how nitrous oxide accomplishes its anesthetic 
effect. Mixing oxygen with nitrous oxide appears to 
enhance its effect. Unlike other agents used today, it 
appears to have no toxic side effects. 
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Halothane is a colorless liquid with a very low 
boiling point. Its use, though, may be connected to 
liver toxicity. Enflurane and methoxyflurane are also 
liquids that are useful as analgesics (pain relievers) and 
muscle relaxants, but they may have undesirable side 
effects. Cyclopropane, an expensive and explosive gas 
used for rapid induction and quick recovery, has over 
the years been replaced with the use of halothane. 


The anesthesiologist interviews the patient before 
the operation and examines his or her medical records 
to determine which of the many anesthetic agents 
available will be used. Cyclopropane or atropine may 
be given before the operation to relieve pain and anxi- 
ety. When a muscle relaxant is given for the surgical 
procedure, the anesthesiologist monitors the respira- 
tory equipment to ensure the patient is breathing 
properly. 

Administration of the anesthetic is usually accom- 
plished by the insertion of a cannula (small tube) into a 
vein. Sometimes a gas anesthetic may be introduced 
through a mask. If a muscle relaxant is used, the 
patient may not be able to breathe on his own, and a 
breathing tube is passed into the windpipe (trachea). 
The tube then serves either to deliver the anesthetic 
gases or to ventilate (oxygenate) the lungs. 


During the course of the surgery, the anesthesiol- 
ogist maintains the level of anesthetic needed to keep 
up the patient’s level of anesthesia to the necessary 
state of unawareness while monitoring vital functions, 
such as heart beat, breathing, and blood/gas exchange. 


COMPLICATIONS OF GENERAL ANESTHESIA. There 
are a number of possible complications that can 
occur under general anesthesia. They include loss of 
blood pressure, irregular heart beat, heart attack, 
vomiting and then inhaling the vomit into the lungs, 
coma, and death. Although mishaps do occur, the 
chance of a serious complication is extremely low. 
Avoidance of complications depends on a recognition 
of the condition of the patient before the operation, 
the choice of the appropriate anesthetic procedure, 
and the nature of the surgery itself. 


Local anesthesia 


Local anesthetics block pain in regions of the 
body without affecting other functions of the body 
or overall consciousness. They are used for medical 
examinations, diagnoses, minor surgical and dental 
procedures, and for relieving symptoms of minor dis- 
tress, such as itching, toothaches, and hemorrhoids. 
They can be taken as creams, ointments, sprays, gels, 
or liquid; or they can be given by injection and in eye 
drops. 
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Some local anesthetics are benzocaine, bupivacaine, 
cocaine, lidocaine, procaine, and tetracaine. Some act 
rapidly and have a short duration of effect, while others 
may have a slow action and a short duration. They act 
by blocking nerve impulses from the immediate area to 
the higher pain centers. Regional anesthetics allow for 
pain control along a wider area of the body by blocking 
the action of a large nerve (nerve block). Sprays can be 
used on the throat and related areas for a broncho- 
scopy, and gels can be used for the urethra to numb 
the area for a catherization or cystoscopy. 


Spinal anesthesia is used for surgery of the abdo- 
men, lower back, and legs. Spinal or epidural anesthe- 
sia is also used for surgery on the prostate gland and 
hip. A fine needle is inserted between two vertebrae in 
the lumbar (lower part) of the spine and the anesthetic 
flows into the fluid surrounding the spinal cord. The 
nerves absorb the anesthetic as they emerge from 
the spinal fluid. The area anesthetized is controlled 
by the location of the injection and the amount of 
absorption of the anesthetic by the spinal fluid. 


COMPLICATIONS OF LOCAL ANESTHESIA. It is pos- 
sible to have adverse reactions to local anesthetics, 
such as dizziness, hypotension (low blood pressure), 
convulsions, and even death. These effects are rare but 
can occur if the dose is too high or if the drug has been 
absorbed too rapidly. A small percentage of patients 
(1-5%) may develop headaches with spinal anesthesia. 


Theory of the mechanism of anesthesia 


Although scientists are not sure exactly how anes- 
thesia works, many theories have been proposed. In 
addition, different anesthetics may have different 
mechanisms of action. One theory proposes a relation- 
ship between the solubility of the anesthetic agent into 
the fat cells of the body (lipid solubility) as determin- 
ing the degree of its potency as an anesthetic agent. 
Since nerve cell membranes are highly lipid, the brain, 
with its high nerve cell content, soaks up the anes- 
thetic. Not all lipid soluble substances, however, are 
anesthetics. Lipid solubility, therefore, is only a partial 
explanation of the anesthetic’s mechanism. 


Another feature of anesthetic absorption is the way 
it is passed from the lungs to other cells in the body. At 
first there is a quick transmission from the lungs to the 
rest of the body, but as an equilibrium is reached, the 
anesthetic begins to quickly pass out of the lungs. 
However, fat cells retain the anesthetic longer than 
other cells. 


Studies have shown that some inhaled anesthetics 
are metabolized by the liver (hepatic metabolism). 
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KEY TERMS 


Chloroform—A simple chlorinated hydrocarbon 
compound consisting of one carbon atom, one 
hydrogen atom, and three chlorine atoms. One of 
several early gases, along with ether and nitrous 
oxide, that opened the way for the successful phar- 
macological use of anesthesia. 

Consciousness—A mental state involving aware- 
ness of the self and the environment. 
Halothane—An important, current volatile liquid 
anesthetic. 

Lipid solubility—The ability of a drug to dissolve in 
fatty tissue. 


Here is where the skill of the anesthetist is needed to 
control the amounts administered in order to avoid 
toxicity problems. 


The future of anesthesia 


Since World War H, many changes have taken 
place in anesthesiology. Important discoveries have 
been made with such volatile liquids as halothane 
and synthetic opiates. The technology of delivery sys- 
tems has been greatly improved. But with all these 
changes, the basic goal of anesthesia has been the 
same—the control of a motionless surgical field in 
the patient. In the next 50 years it is possible that the 
goals of anesthesia will be widened. The role of anes- 
thesia will broaden as newer surgical techniques 
develop in the area of organ transplants. Anesthesia 
may also be used in the future to treat acute infectious 
illness, mental disorders, and different types of heart 
conditions. There may be a wide range of new thera- 
peutic applications for anesthesia. 


Anesthesiologists compete strongly for research 
funds. Better-trained anesthesiologists need to do 
research to gain further knowledge on the effects and 
mechanisms of anesthesia. Since understanding and 
controlling pain is the central problem of anesthesiol- 
ogy, it will be necessary to gain more knowledge about 
the mechanism of pain and pain control. New anes- 
thetics, delivery, and monitoring systems will need to 
be developed to keep up with the pace of medical 
development as it moves closer to noninvasive surgical 
techniques. 


See also Analgesia; Novocain. 


213 


PISOyJSOUY 


Aneurism 


Resources 


BOOKS 

Barash, Paul G., Bruce F. Cullen, and Robert K. Stoelting. 
Clinical Anesthesia. Philadelphia: Lippincott, 1992. 

McKenry, Leda M., and Evelyn Salerno. Mosby’s 
Pharmacology in Nursing. Philadelphia: Mosby, 1989. 


Jordan P. Richman 


| Aneurism 


An aneurism is a weak spot in the wall of an artery 
or a vein that balloons out (dilation), forming a blood- 
filled sack or pouch. Aneurisms can occur almost any- 
where in the body and are found in all age groups, 
although they occur primarily in the elderly. The main 
cause of aneurisms is atherosclerosis, or fatty deposits in 
the arteries. The deposits increase the pressure of blood 
movement through the conduit. A weakened area of the 
wall will be more susceptible to deformation or rupture. 
If an aneurism bursts, a massive amount of blood is 
released, which results in an almost instantaneous drop 
in blood pressure and can cause death. Surgery can be a 
successful treatment for unruptured aneurisms. 


Atherosclerotic aneurisms are the most common 
aneurisms. They are found primarily in the abdominal 
aorta (a larger elastic artery), typically occur after the 
age of 50, and are more common in men than women. 
Syphilitic (luetic) aneurisms occur primarily in the thora- 
cic aorta and are due to syphilis, a sexually transmitted 
disease. Dissecting aneurisms occur when blood pene- 
trates the arterial or venous wall, causing dissections 
between the wall’s various layers. Aneurisms occurring 
from injury to the artery are known as false aneurisms. 


Aneurisms are also classified by their size and 
shape. A berry aneurism is spherical, or circular, and 
usually 0.4-0.6 in (1-1.5 cm) in diameter. A saccular 
aneurism is a larger berry aneurism and may reach a 
size of 6-8 in (15-20 cm). Fusiform aneurisms are 
shaped like spindles, and cylindroid (or tubular) 
aneurisms are cylinder dilations that occur over a 
considerable length of the artery. 


Although recent studies show that genetics can be 
a factor in the development of aneurisms, environ- 
mental factors such as a unhealthy diet resulting in 
high blood pressure are a major cause of aneurisms. 
Cigarette smoking is an important risk factor for 
developing an aneurism. As a result, treatment of 
hypertension through proper diet and prescription 
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Three aneurisms can be seen in this section of cerebral artery 
removed from a human brain. (© Martin Rotker/Phototake 
NYC.) 


drugs and by refraining from smoking are approaches 
to preventing the likelihood of an aneurism forming. 


A key to the successful treatment of aneurisms is to 
discover them before they burst. Diagnostic procedures 
for aneurisms include the use of ultrasound, computed 
tomography, and magnetic resonance angiography. 
Surgical “clipping” or “grafting” is the treatment of 
choice for most aneurisms. This process involves cut- 
ting out the aneurism and then reconnecting the artery 
or vein with a metallic clip or synthetic tube graft. 


A more recent treatment involves the insertion of a 
coiled wire into the affected region of the artery to isolate 
the damaged region. The coiled wire occupies the cavity 
of the aneurism and acts as a support for the deposition 
of blood cells. The resulting blood clot can help stabilize 
the aneurism and prevent bursting of the arterial wall. In 
another surgical innovation, the affected region can be 
removed and replaced by synthetic material. 
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] Angelfish 


The word angelfish is a general term that refers to 
many different kinds of fish. Typically, angelfish have 
thin bodies that are flattened laterally. They tend to 
have elongated dorsal, anal, and pelvic fins, and dis- 
play a wide variety of colors, making them popular 
aquarium species. The association of these fish with 
angels may be due to the fins resembling wings. 


All angelfish belong to the taxonomic order 
Perciformes. This varied group contains two families 
of angelfish. The so-called true angelfish belong to the 
family Pomacanthidae. Butterfly fish, another group 
of angelfish species, belong to the family 
Chaetodontidae. True angelfish are distinct from but- 
terfly fish by the presence of a spine near the bottom 
margin of the operculum, the outer gill covering. 
There are eight genera of angelfish found worldwide. 


All species of angelfish are tropical, but surpris- 
ingly, some species inhabit freshwater while others 
prefer saltwater. Angelfish are typically small, reach- 
ing only a few centimeters in length. However, some 
species are much larger, growing up to 2 ft (61 cm) in 
length. Most angelfish feed on small aquatic inverte- 
brates. Several species are bred and cultivated as 
aquarium pets, others are taken from coral reefs and 
sold to enthusiasts. 


Angelfish varieties have colorful names that 
reflect their appearance. Examples include flame, 
coral beauty, lemon peel, and dwarf angel. Members 
of the shark genus Squatina are called angelfish 
because their pectoral fins resemble wings. These ani- 
mals are not closely related to the angelfish kept as 
pets in aquariums. 


Terry Watkins 


Angina see Heart diseases 


l Angiography 


Angiography is a medical diagnostic test, per- 
formed by a radiologist, that examines blood vessels 
to detect blockages, malformations, or other vascular 
problems. Traditional angiography is used to take 
photographs of the arteries of the heart or other 
organs and involves a fluid that is visible on x-rays. 
More recent magnetic resonance angiography 
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techniques can produce three-dimensional images of 
organs and blood vessels without the use of x rays. 


First used in the early 1950s, angiography is now a 
standard procedure used to locate areas where an 
artery is closed or constricted and interfering with 
the circulation of blood. 


Angiography applied to the heart is called coro- 
nary angiography. A constriction of one of the arteries 
feeding the heart can be serious enough that a person 
will experience chest pains when he or she exercises, 
because the heart muscle has an insufficient supply of 
blood. 


The heart is a special muscular organ that must 
continue beating at all times. Whether you are awake 
or asleep, resting or exercising, the heart must supply 
the body with blood. In times of extra need, as when 
yourun or bicycle rapidly, the heart must work harder 
to supply oxygen-laden blood to the muscles. To 
accomplish its work, the heart is given the first arteries 
that branch off the main artery leaving the heart, the 
aorta. In this way the heart has a source of blood at 
high pressure and with the most oxygen. 


The arteries that supply the heart muscle are 
called the coronary arteries, and they course around 
the outside of the heart to carry blood to all parts of 
the hard-working muscle. As a person ages, however, 
these coronary arteries may begin to close down from 
cholesterol deposits, or they may have spasms in the 
muscle of the arteries, or a blood clot that has been 
circulating in the blood stream may lodge in one of the 
arteries. Any of these situations can result in pain or 
even death, because the heart muscle is receiving too 
little oxygen. Pain in the chest caused by an oxygen- 
starved heart is called angina. Angina is a serious 
condition requiring medical attention. It may indicate 
a blockage that is easily controlled by medications, or 
it may be a life-threatening blockage requiring bypass 
surgery to restore circulation. To treat angina, the 
physician must know the exact location of the block- 
age, whether only one artery is blocked or if several are 
affected, and how severe the blockage is—whether it is 
only partially obscuring the artery or entirely plugging 
the blood passage. 


To locate a blockage and discern its severity the 
doctor usually must resort to an angiogram. The tradi- 
tional angiogram is called an invasive study because it 
requires a catheter to be inserted into one of the 
patient’s arteries. 


To perform this angiogram, the cardiologist 
inserts a long, thin tube (a catheter) into an artery, 
usually in the thigh. The patient is fully awake during 
an angiogram, which is performed under local 


215 


Aydeasoisuy 


Angiography 


KEY TERMS 


Diagnostic—A means to find the source of a con- 
dition or disease, enabling the physician to apply 
the appropriate therapy. 


Fluoroscope—An instrument consisting of an x-ray 
machine and a television screen. The x rays are 
passed through the patient and focused on the 
screen so the physician can observe the structure 
being studied or the progress of a contrast medium. 


Heart attack—Myocardial infarction, or damage of 
the heart muscle in a locale fed by an artery that has 
become blocked. Without blood for only a short 
while, the heart muscle can cause chest pain called 
angina pectoris. 

Spasm—A sudden flexing of the arterial wall that 
constricts the artery and slows blood flow. In a 
coronary artery, a spasm can cause a heart attack. 


anesthesia. In this way the patient can turn over or 
from side to side if the doctor needs a different view. 
The arteries do not sense pain or touch, so the patient 
cannot feel the catheter as it progresses through the 
arteries. 


The catheter is radio-opaque, that is, it can be seen 
on an x-ray, so the doctor can follow the progress of 
the catheter. He feeds the catheter into the artery and 
from there into the main artery of the body, the aorta. 
The tip of the catheter is slightly bent so that it can be 
steered from one artery into another by turning the 
catheter. The doctor follows the progress of the cath- 
eter on a fluoroscope. The fluoroscope is a screen onto 
which x rays are projected after they pass through the 
patient. The radio-opaque catheter shows up on the 
screen as a long, moving shadow. 


The physician guides the tip of the catheter from 
the aorta into the main coronary artery and injects a 
contrast medium. This is a liquid that also is visible on 
x-rays. As the contrast medium floods through the 
coronary arteries, a videotape is made of the progress 
of the fluid into and through the arterial tree. The 
contrast medium is visible only for a few seconds on 
the fluoroscope and then is pumped out of the arteries, 
but the videotape can be reviewed at a slower pace. 
Angiography provides a method to visualize vessels in 
a given time frame, following the distribution or dis- 
persal of the dye through arterial or venous phases. 
Any constriction or stoppage in the artery will be 
evident by looking at the pattern of the medium. It 
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will show the artery coursing over the heart until the 
contrast medium reaches a constriction, where it is 
pinched into a small stream, or a stoppage, through 
which the medium is not able to pass at all. The 
physician can move the tip of the catheter to position 
it at another artery as needed. Computerized enhance- 
ment techniques are utilized to improve the resolution 
of angiograms. 


Once the troublesome area (or areas) is located, 
the doctor can decide what form of treatment is most 
appropriate. 


A coronary angiogram is a form of test generally 
called an arteriogram, which means literally a picture 
of an artery. Arteries are long tubes with muscular 
walls that carry blood away from the heart. The arte- 
rial muscle enables the size of the artery to be enlarged 
or reduced in accordance with the demand for blood. 
Immediately after a meal, for example, the arteries to 
the digestive organs are enlarged to carry away the 
digested nutrients. The arteries in the arms and legs 
will be constricted to carry less blood. On the other 
hand, when a person runs or plays actively, the arteries 
to the arms and legs and other muscles used in the 
activity are dilated to carry a full load of oxygen-rich 
blood to the muscles; the arteries to the digestive sys- 
tem are then constricted. 


Arteriograms are used to see the arteries in organs 
other than the heart. This diagnostic study can be 
carried out with the arteries in the brain, to find the 
location of a ruptured artery that has caused a stroke, 
for example; or in the kidneys and in the legs. There 
are variations of arteriograms, such as a splenoporto- 
graph, which involves the injection of contrast 
medium directly into the spleen to view the splenic 
and portal veins. In these cases, the test consists of 
injecting a radio-opaque contrast medium into a suit- 
able blood vessel and then capturing the image of the 
arteries made visible by the medium. 


Magnetic resonance imaging (MRI) exposes the 
patient to radio waves while inside a strong magnetic 
field to generate data. The data is then analyzed by a 
computer to produce detailed sections, or images of 
slices of tissue, that can be viewed from different 
directions. The patient is first placed on a wheeled 
bed and rolled into the magnetic imager, and, within 
minutes, several image sequences are taken. Some MR 
imagers are designed to be open on all sides in order to 
make a person who is claustrophobic more 
comfortable. 


MR angiography is especially useful for determin- 
ing tangled or blocked arteries of the head and neck, as 
well as diseased blood vessels supplying the kidneys, 
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lungs, and legs. Arterial aneurysms, a bulge or bal- 
looning out of a segment of the blood vessel wall that 
has become thinner than normal, are also seen with 
MR angiography. MR angiography can be totally 
noninvasive, or a contrast material can be injected 
intravenously in order to produce more detailed 
images. Often, MR imaging saves a person from inva- 
sive surgery. Other times, the detailed images confirm 
the need to proceed to vascular surgery. 


See also Circulatory system. 


Resources 


BOOKS 

PM Medical News. 2/st Century Complete Medical Guide to 
Heart Disease, Heart Attack, Cholesterol, Coronary 
Artery Disease, Bypass Surgery, Angioplasty. 
New York: Progressive Management Medical News, 
2002. 


OTHER 

“MR Angiography (MRA)” Radiological Association of 
America <http://www.radiologyinfo.org/en/info. 
cfm?pg = angiomr> (accessed November 21, 2006). 


Larry Blaser 


l Angiosperm 


Angiosperm is the name given to plants that pro- 
duce flowers during sexual reproduction. The term 
literally means “vessel seed” and refers to the fact 
that seeds are contained in a highly specialized organ 
called an ovary. 


Flowering plants are the most recently evolved of 
the major groups of plants, arising only about 130 
million years ago. Despite their geological youthful- 
ness, angiosperms are the dominant plants of the 
world today: about 80% of all living plant species are 
flowering plants. Furthermore, they occupy a greater 
variety of habitats than any other group of plants. The 
ancestors of flowering plants are the gymnosperms 
(e.g., pine and fir), which are the other major group 
of plants that produce seeds. The gymnosperms, how- 
ever, produce their seeds on the surface of leaf-like 
structures, which makes the seeds vulnerable by drying 
out and to mechanical damage when winds whip the 
branches back and forth. Most importantly, conifer 
seeds are vulnerable to insects and other animals, 
which view seeds as nutritious, energy-packed treats. 
In angiosperms, the margins of the seed-bearing leaves 
have become inrolled and fused, so the seeds are no 
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longer exposed but are more safely tucked inside the 
newly evolved “vessel,” which is the ovary. 


The other major advance of the angiosperms over 
the gymnosperms was the evolution of the flower, 
which is the structure responsible for sexual reproduc- 
tion in these plants. Sexual reproduction brings 
genetic material from two individuals of differing 
ancestry together, so that the offspring will have a 
new genetic makeup. The gymnosperms dealt with 
their immobility by packaging their male component 
into tiny pollen grains, which can be released into the 
wind to be blown to the female component of another 
individual of the same species. 


Although this method of pollination succeeds, it is 
wasteful and inefficient because most of the pollen 
grains land somewhere other than on a female, such 
as in people’s noses, where they may cause hay fever. 
Furthermore, pollen grains are rich in fixed energy and 
nutrients such as nitrogen, so they are costly to make 
(native North Americans used to make pancakes out 
of the pollen of cattail). By evolving bright colors, 
scents, and nectar, the flowers of angiosperms served 
to attract animals. By traveling from one flower to 
another, these animals would accidentally move pol- 
len as well, enabling sexual reproduction to take place. 
Because flower-seeking animals such as bees, butter- 
flies, and hummingbirds can learn to recognize different 
types of flowers, they can move pollen from flower to 
flower quite efficiently. Therefore, animal-pollinated 
species of flowering plants do not need to produce as 
much pollen as gymnosperms, and the resources they 
save can be put into other important functions, such as 
growth and greater seed production. Therefore, the 
flower and its ovary have provided angiosperms with 
tremendous advantages, and have enabled them to 
become rapidly dominant over their gymnosperm 
ancestors. 


Les C. Cwynar 


l Angle 


An angle is a geometric figure created by two line 
segments that extend from a single point or two planes 
which extend from a single line. The size of an angle, 
measured in units of degrees or radians, is related to 
the amount of rotation required to superimpose one 
of its sides on the other. First used by ancient civiliza- 
tions, angles continue to be an important tool in 
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science and industry today. Angle is derived from the 
Latin word angulus, which means corner. 


The study of angles has been known since the time 
of the ancient Babylonians (4000-300 BC). These peo- 
ple used angles for measurement in many areas such as 
construction, commerce, and astronomy. The ancient 
Greeks developed the idea of an angle further and 
were even able to use it to calculate the circumference 
of the Earth and the distance to the moon. 


A geometric angle is formed by two lines (rays) 
that intersect at acommon endpoint called the vertex. 
The two rays are known as the sides of the angle. An 
angle can be specified in various ways. If the vertex of 
an angle is at point P, for example, then the angle 
could be denoted by /P. It can be further described 
by using a point from each ray. Thus, the angle OPQ 
would have the point O on one ray, a vertex at point P, 
and the point Q on the remaining ray. A single number 
or character that is placed on it can also denote an 
angle. The most common character used is the Greek 
letter 6 (theta). 


Units of measurement of an angle 


An angle is commonly given an arithmetic value 
that describes its size. To specify this value, an angle is 
drawn in a standard position on a coordinate system, 
with its vertex at the center and one side, called the 
initial side, along the x axis. The value of the angle then 
represents the amount of rotation needed to move 
from the initial side to the other side, called the termi- 
nal side. The direction of rotation indicates the sign of 
the angle. Traditionally, a counterclockwise rotation 
gives a positive value and a clockwise rotation gives a 
negative value. The three terms that are typically used 
to express the value of an angle include revolutions, 
degrees, or radians. 


The revolution is the most natural unit of meas- 
urement for an angle. It is defined as the amount of 
rotation required to go from the initial side of the 
angle all the way around back to the initial side. One 
way to visualize a revolution is to imagine spinning a 
wheel around one time. The distance traveled by any 
point on the wheel is equal to one revolution. An angle 
can then be given a value based on the fraction of the 
distance a point travels divided by the distance trav- 
eled in one rotation. For example, an angle repre- 
sented by a quarter (one-fourth) turn of the wheel is 
equal to 0.25 rotations. 


A more common unit of measurement for an 
angle is the degree. This unit was used by the 
Babylonians as early as 1000 BC. At that time, they 
used a number system based on the number 60, so it 
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was natural for mathematicians of the day to divide 
the angles of an equilateral triangle into 60 individual 
units. These units became known as degrees. Since six 
equilateral triangles can be evenly arranged in a circle, 
the number of degrees in one revolution became 6 x 60 
degrees = 360 degrees. The unit of degrees was sub- 
divided into 60 smaller units called minutes, and in 
turn, these minutes were subdivided into 60 smaller 
units called seconds. Consequently, the notation for 
an angle that has a value, for example, of 44 degrees, 
15 minutes, and 25 seconds would be 44° 15’ 25’. 


An angle may be measured with a protractor, 
which is a flat instrument in the shape of a semi-circle. 
There are marks on its outer edges that subdivide it into 
180 evenly spaced units, or degrees. Measurements are 
taken by placing the midpoint of the flat edge over 
the vertex of the angle and lining the 0° mark up with 
the initial side. The number of degrees can be read off 
at the point where the terminal side intersects the curve 
of the protractor. 


Another unit of angle measurement, used exten- 
sively in trigonometry, is the radian. This unit relates a 
unique angle to each real number. Consider a circle 
with its center at the origin of a graph and its radius 
along the x axis. One radian is defined as the angle 
created by a counterclockwise rotation of the radius 
around the circle such that the length of the arc trav- 
eled is equal to the length of the radius. Using the 
formula for the circumference of a circle, it can be 
shown that the total number of radians in a complete 
revolution of 360° is 2m rad (short for radian), or 
approximately 6.2831852 rad where az _ equals 
3.1415926. Given this relationship, it is possible to 
convert between a degree and a radian measurement. 


Geometric characteristics of angles 


An angle is typically classified into four catego- 
ries, including acute, right, obtuse, and straight. An 
acute angle is one that has a degree measurement 
greater than 0° but less than 90°. A right angle has a 
90° angle measurement; an obtuse angle has a meas- 
urement greater than 90° but less than 180°; and a 
straight angle, which looks like a straight line, has a 
180° angle measurement. 


Two angles are known as congruent angles if they 
have the same measurement. If their sum is 90°, then 
they are said to be complementary angles. If their sum 
is 180°, they are supplementary angles. Angles can be 
bisected (divided in half) or trisected (divided in thirds) 
by rays protruding from the vertex. 


When two lines intersect, they form four angles. 
The angles directly across from each other are known 
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KEY TERMS 


Congruent angles—Angles that have the same 
measurement. 


Degree—A unit of measurement used to describe 
the amount of revolution of an angle denoted by the 
symbol °. There are 360° in a complete revolution. 


Initial side—The ray of an angle that falls on the 
x axis when an angle is in its standard position. 


Radian—A unit of angle measurement that relates 
the amount of revolution of an angle in terms of a 
the radius of a circle. There are 2m radians in a 
complete revolution. 


Terminal side—The ray of an angle in its standard 
position that extends away from the x axis. 


Vertex—The point at which the two sides of an 
angle meet. 


Vertical angles—Angles created by the intersection 
of two lines that are directly across from each other 
and share a common vertex. 


as vertical angles and are congruent. The neighboring 
angles are called adjacent because they share a com- 
mon side. If the lines intersect such that each angle 
measures 90°, the lines are then considered perpendic- 
ular or orthogonal. 


In addition to size, angles also have trigonometric 
values associated with them such as sine, cosine, and 
tangent. These values relate the size of an angle to a 
given length of its sides. These values are particularly 
important in areas such as navigation, astronomy, and 
architecture. For instance, astronomers measure the 
angular separation of two stars by drawing a line from 
the Earth to each star. The angle between these two 
lines is the angular separation of the two stars. 


See also Geometry. 


Perry Romanowski 


i Anglerfish 


Anglerfish are marine fish that attract prey by 
dangling a fleshy, bait-like appendage (the esca) in 
front of their heads. The appendage, which resembles 
a fishing pole, is attached to the end of the dorsal fin’s 
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foremost spine (the illicium), which is separated from 
the rest of the fin. 


Anglerfish belong to the order Lophiiformes, 
which includes three suborders, 16 families, and more 
than 200 species. The order Lophiiformes is in the class 
Osteichthyes, the bony fishes, which, in turn, is in the 
subphylum Vertebrata, phylum Chordata. 


Anglerfish are distributed throughout the world 
and include both free-swimming (pelagic) species and 
seabed-dwelling (benthic) species. Most species of 
anglerfish live on the ocean floor and have bizarre 
body forms. They have small gill openings located at 
or behind the base of the pectoral fins, which are limb- 
like in structure; some species also have limb-like 
pelvic fins. The swim bladder of anglerfish is physocl- 
istic, that is, it has no connection to the digestive tract. 


The common names of many anglerfish are par- 
ticularly colorful: for example, the flattened goosefish, 
the warty angler, and the spherical frogfish. The flat- 
tened goosefish inhabits the muddy bottom of the 
continental slopes of the Atlantic, Indian, and western 
Pacific oceans and remains motionless as it angles for 
prey with its esca. The balloon-shaped warty angler is 
found in South Australia and New South Wales, and 
the spherical frogfish, which propels itself in hopping 
motions with pectoral fins modified into special 
“jumping” limbs, is found in tropical and subtropical 
seas. 


The diet of anglerfish consists mostly of other fish, 
although some species consume marine invertebrates. 
For example, batfish, anglerfish with free flaps of skin, 
also eat marine snails, clams, crustacea, and worms; 
deep-sea anglers of the family Melanocetidae consume 
copepods and arrow worms in addition to fish. 


Deep-sea anglerfish, which belong to the suborder 
Ceratioidei, live at depths between 4,920 and 8,200 ft 
(1,500 and 2,500 m). The deep-sea anglerfish lack 
pelvic fins, are free-swimming (pelagic) and do not 
remain still on the bottom, as do other anglerfish. 
Deep-sea anglerfish are distributed widely from sub- 
arctic to subantarctic waters, but are absent from the 
Mediterranean Sea. 


Anglerfish range in length from about 4 in to 2 ft 
(10-60 cm). The males of four families of the suborder 
Ceratioidei show a dramatic sexual dimorphism, in 
that males are much smaller than the females. The 
male Ceratias holboelli, for example, grows to a max- 
imum length of only 2.5 in (6 cm) while the females can 
reach up to 4 ft (1.2 m) in length. 


Soon after birth, parasitic male deep-sea anglers 
use their pincer-like mouths to affix themselves to a 
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female. The tissue of their mouths fuses completely 
with the tissues of the female, so that their blood 
supplies mingle. The female is the hunter, attracting 
prey with a luminous esca, while the male receives 
nourishment via the shared blood supply. The male, 
assured of a life without the need to hunt for food, 
ceases growth, except for development of reproductive 
organs. In turn, the female is assured a lifetime supply 
of sperm from the male to fertilize her eggs. 


Some anglerfish are used by humans as food; for 
example, the European goosefish, Lophius piscatorius, 
also called monkfish, is highly prized; and frogfish are 
sometimes sold for home aquariums and are occasion- 
ally eaten. 


| Animal 


Animals are multicellular, eukaryotic organisms 
that are capable of voluntary, spontaneous move- 
ments, often in response to sensory input. Animal 
cells are differentiated from cells of other eukaryotes 
in that they do not have cellulose-containing walls. 
Animals require external sources of energy and 
nutrients, therefore they consume plants or other ani- 
mals. Animals are classified in the Domain Eukarya 
and the Kingdom Animalia. Zoology is the scientific 
study of animals. 


The first animals were likely soft-bodied metazo- 
ans. Because of the nature of their structure, this type 
of animal does not fossilize well, making the determi- 
nation of the origin of animals from the fossil record 
difficult. Studies of the diversity of ancient stromata- 
lites combined with molecular sequence data suggest 
that the origins of animals may date to about 1 billion 
years ago. 


Most zoologists recognize the existence of 30-35 
phyla of animals, some of which are extinct and only 
known from their fossil record. The simplest animals 
with the most ancient lineages are asymmetric or 
radially symmetric, for example, Porifera (sponges) 
and Cnidaria (jellyfish and sea anemones). The sim- 
plest of the bilaterally symmetric animals include 
Platyhelminthes (flatworms) and Nematoda (nemato- 
des). Coelomates are a functional group of animals with 
an enclosed body cavity, the best known of which are 
Mollusca (snails, clams, octopus, and squid), Annelida 
(segmented worms and leeches), Arthropoda (insects, 
spiders, and crustacea), Echinodermata (sea urchins 
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and starfish), and Chordata (fish, amphibians, reptiles, 
birds, and mammals). 


About one million species of animals have been 
named. However, biologists estimate that a much 
larger number of animal species are yet to be discov- 
ered, and that the actual total could be as large as 30- 
50 million species. The undiscovered species mostly 
occur in Earth’s richest ecosystems, especially old- 
growth tropical rain forests, and perhaps the deep 
oceans. Most of the undiscovered species of terrestrial 
animals are believed to be insects, especially beetles. 


See also Arrow worms; Arthropods; Brachiopods; 
Chordates; Horsehair worms; Mesozoa; Mollusks; 
Moss animals; Phoronids; Ribbon worms; Spiny- 
headed worms. 


Bill Freedman 


! Animal breeding 


Animal breeding is the selective mating of animals 
to increase the possibility of obtaining desired traits in 
their offspring. It has been performed with most 
domesticated animals, especially cats and dogs, but 
its main use has been to breed better agricultural 
stock. More modern techniques involve a wide variety 
of laboratory methods, including the modification of 
embryos, sex selection, and genetic engineering. 


These procedures are beginning to supplant tradi- 
tional breeding methods, which focus on selectively 
combining and isolating livestock strains. In general, 
the most effective strategy for isolating traits is by 
selective inbreeding; but different strains are some- 
times crossed to take advantage of hybrid vigor and 
to forestall the negative results of inbreeding, which 
include reduced fertility, low immunity, and the devel- 
opment of genetic abnormalities. 


The genetic basis of animal breeding 


Breeders engage in genetic “experiments” each 
time they plan a mating. The type of mating selected 
depends on the goals. To some breeders, determining 
which traits will appear in the offspring of a mating is 
like rolling the dice—a combination of luck and 
chance. For others, producing certain traits involves 
more skill than luck—the result of careful study and 
planning. Dog breeders, for example, have to under- 
stand how to manipulate genes within their breeding 
stock to produce the kinds of dogs they want. They 
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have to first understand dogs as a species, then dogs as 
genetic individuals. 


Once the optimal environment for raising an animal 
to maturity has been established (i.e., the proper nutri- 
tion and care has been determined) the only way to 
manipulate an animal’s potential is to manipulate its 
genetic information. In general, the genetic information 
of animals is both diverse and uniform: diverse in the 
sense that a population will contain many different forms 
of the same gene (for instance, the human population has 
300 different forms of the protein hemoglobin); and uni- 
form in the sense that there is a basic physical expression 
of the genetic information that makes, for instance, most 
goats look similar to each other. 


In order to properly understand the basis of ani- 
mal breeding, it is important to distinguish between 
genotype and phenotype. Genotype refers to the infor- 
mation contained in an animal’s DNA, or genetic 
material. An animal’s phenotype is the physical 
expression of its genotype. Although every creature 
is born with a fixed genotype, the phenotype is a 
variable influenced by many factors in the animal’s 
environment and development. For example, two 
cows with identical genotypes could develop quite 
different phenotypes if raised in different environ- 
ments and fed different foods. 


The close association of environment with the 
expression of the genetic information makes animal 
breeding a challenging endeavor, because the physical 
traits a breeder desires to selectively breed for cannot 
always be attributed entirely to the animal’s genes. 
Moreover, most traits are due not just to one or two 
genes, but to the complex interplay of many different 
genes. 


DNA consists of a set of chromosomes; the num- 
ber of chromosomes varies between species (humans, 
for example, have 46). Mammals (and indeed most 
creatures) have two copies of each chromosome in 
the DNA (this is called diploidy). This means there 
are two copies of the same gene in an animal’s DNA. 
Sometimes each of these will be partially expressed. 
For example, in a person having one copy of a gene 
that codes for normal hemoglobin and one coding for 
sickle-cell hemoglobin, about half of the hemoglobin 
will be normal and the other half will be sickle-cell. In 
other cases, only one of the genes can be expressed in 
the animal’s phenotype. The gene expressed is called 
dominant, and the gene that is not expressed is called 
recessive. For instance, a human being could have 
two copies of the gene coding for eye color; one of 
them could code for blue, one for brown. The gene 
coding for brown eyes would be dominant, and the 
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individual’s eyes would be brown. But the blue-eyes 
gene would still exist, and could be passed on to the 
person’s children. 


Most of the traits an animal breeder might wish to 
select will be recessive, for the obvious reason that if 
the gene were always expressed in the animals, there 
would be no need to breed for it. Ifa gene is completely 
recessive, the animal will need to have two copies of 
the same gene for it to be expressed (in other words, 
the animal is homozygous for that particular gene). 
For this reason, animal breeding is usually most suc- 
cessful when animals are selectively inbred. If a bull 
has two copies of a gene for a desirable recessive trait, 
it will pass one copy of this gene to each of its off- 
spring. The other copy of the gene will come from the 
cow, and assuming it will be normal, none of the off- 
spring will show the desirable trait in their phenotype. 
However, each of the offspring will have a copy of the 
recessive gene. If they are then bred with each other, 
some of their offspring will have two copies of the 
recessive gene. If two animals with two copies of the 
recessive gene are bred with each other, all of their 
offspring will have the desired trait. 


There are disadvantages to this method, although 
it is extremely effective. One of these is that for animal 
breeding to be performed productively, a number of 
animals must be involved in the process. Another 
problem is that undesirable traits can also mistakenly 
be selected for. For this reason, too much inbreeding 
will produce sickly or unproductive stock, and at times 
it is useful to breed two entirely different strains with 
each other. The resulting offspring are usually 
extremely healthy; this is referred to as “hybrid 
vigor.” Usually hybrid vigor is only expressed for a 
generation or two, but crossbreeding is still a very 
effective means to combat some of the disadvantages 
of inbreeding. 


Another practical disadvantage to selective 
inbreeding is that the DNA of the parents is altered 
during the production of eggs and sperm. In order to 
make eggs and sperm, which are called gametes, a 
special kind of cell division occurs called meiosis, in 
which cells divide so that each one has half the normal 
number of chromosomes (in humans, each sperm and 
egg contains 23 chromosomes). Before this division 
occurs, the two pairs of chromosomes wrap around 
each other, and a phenomenon known as crossing over 
takes place in which sections of one chromosome will 
be exchanged with sections of the other chromosome 
so that new combinations are generated. 


The problem with crossing over is that some unex- 
pected results can occur. For instance, the offspring of 
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a bull homozygous for two recessive but desirable 
traits and a cow with “normal” genes will all have 
one copy of each recessive gene. But when these off- 
spring produce gametes, one recessive gene may 
migrate to a different chromosome, so that the two 
traits no longer appear in one gamete. Since most 
genes work in complicity with others to produce a 
certain trait, this can make the process of animal 
breeding very slow, and it requires many generations 
before the desired traits are obtained—f ever. 


Economic considerations 


There are many reasons why animal breeding is of 
paramount importance to those who use animals for 
their livelihood. Cats have been bred largely for aes- 
thetic beauty; many people are willing to pay a great 
deal of money for a Siamese or Persian cat, even 
though the affection felt for a pet has little to do with 
physical appearance. But the most extensive animal 
breeding has occurred in those areas where animals 
have been used to serve specific practical purposes. 
For instance, most dog breeds are the result of a 
deliberate attempt to isolate traits that would produce 
better hunting and herding dogs (although some, like 
toy poodles, were bred for traits that would make 
them desirable pets). Horses have also been exten- 
sively bred for certain useful qualities; some for size 
and strength, some for speed. But farm animals, par- 
ticularly food animals, have been the subject of the 
most intensive breeding efforts. 


The physical qualities of economic importance in 
farm animals vary for each species, but a generalized 
goal is to eliminate the effects of environment and 
nutrition. An ideal strain of milk cow, for instance, 
would produce a large amount of high-quality milk 
despite the type of food it is fed and the environment in 
which it is reared. Thus, animals are generally all bred 
for feed efficiency, growth rate, and resistance to dis- 
ease. However, a pig might be bred for lean content in 
its meat, while a hen would be bred for its laying 
potential. Many cows have been bred to be hornless, 
so they cannot inadvertently or deliberately gore each 
other. 


Although maximum food production is always a 
major goal, modern animal breeders are also con- 
cerned about nutritional value and the ability of ani- 
mals to survive in extreme environments. Many parts 
of the world are sparsely vegetated or have harsh 
climatic conditions, and a high-efficiency producer 
able to endure these environments would be extremely 
useful to the people who live there. In addition, many 
people of industrialized countries are concerned not 
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about food availability but about the quality of this 
food; so breeders seek to eliminate the qualities that 
make meat or milk or eggs or other animal products 
unhealthy, while enhancing those qualities that make 
them nutritious. 


Modern methods in biotechnology 


Although earlier animal breeders had to confine 
themselves to choosing which of their animals should 
mate, modern technological advances have altered the 
face of animal breeding, making it both more selective 
and more effective. Techniques like genetic engineer- 
ing, embryo manipulation, artificial insemination, and 
cloning are becoming more refined. Some, like artifi- 
cial insemination and the manipulation of embryos to 
produce twins, are now used habitually. Others, such 
as genetic engineering and cloning, are the subject of 
intense research and will probably have a great impact 
on future animal breeding programs. 


Artificial insemination 


Artificial insemination is the artificial introduc- 
tion of semen from a male with desirable traits into 
females of the species to produce pregnancy. This is 
useful because a far larger number of offspring can be 
produced than would be possible if the animals were 
traditionally bred. Because of this, the value of the 
male as breeding stock can be determined much 
more rapidly, and the use of many different females 
will permit a more accurate evaluation of the heredit- 
ability of the desirable traits. In addition, if the traits 
produced in the offspring do prove to be advanta- 
geous, it is easier to disperse them within an animal 
population in this fashion, as there is a larger breeding 
stock available. One reason artificial insemination has 
been an extremely important tool is that it allowed 
new strains of superior stock to be introduced into a 
supply of animals in an economically feasible fashion. 


The process of artificial insemination requires sev- 
eral steps. Semen must be obtained and effectively 
diluted, so that the largest number of females can be 
inseminated (consistent with a high probability of 
pregnancy). The semen must be properly stored so 
that it remains viable. The females must be tested 
before the sample is introduced to ensure they are 
fertile, and, following the procedure, they must be 
tested for pregnancy to determine its success. All 
these factors make artificial insemination more expen- 
sive and more difficult than traditional breeding meth- 
ods, but the processes have been improved and refined 
so that the economic advantages far outweigh the 
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procedural disadvantages. Artificial insemination is 
the most widely applied breeding technique. 


Embryo manipulation 


To understand the techniques of embryo manipu- 
lation, it is important to understand the early stages of 
reproduction. When the egg and sperm unite to form a 
zygote, each of the parents supply half of the chromo- 
somes necessary for a full set. The zygote, which is a 
single cell, then begins to reproduce itself by the cel- 
lular division process called mitosis, in which each 
chromosome is duplicated before separation so that 
each new cell has a full set of chromosomes. This is 
called the morula stage, and the new cells are called 
blastomeres. When enough cells have been produced 
(the number varies from species to species), cell differ- 
entiation begins to take place. The first differentiation 
appears to be when the blastocyst is formed, which is 
an almost hollow sphere with a cluster of cells inside; 
and the differentiation appears to be between the cells 
inside, which become the fetus, and the cells outside, 
which become the fetal membranes and placenta. 
However, the process is not yet entirely understood, 
and there is some variation between species, so it is 
difficult to pinpoint the onset of differentiation, which 
some scientists believe occurs during blastomere 
division. 

During the first stages of cell division, it is possible 
to separate the blastomeres with the result that each 
one develops into a separate embryo. Blastomeres 
with this capability are called totipotent. The purpose 
of this ability of a single blastomere to produce an 
entire embryo is probably to safeguard the process of 
embryo development against the destruction of any of 
the blastomeres. In theory, it should be possible to 
produce an entire embryo from each blastomere (and 
blastomeres are generally totipotent from the four to 
eight cell stage), but in practice it is usually only pos- 
sible to produce two embryos. That is why this proce- 
dure is generally referred to as embryo splitting rather 
than cloning, although both terms refer to the same 
thing (cloning is the production of genetically identical 
embryos, which is a direct result of embryo splitting). 
Interestingly, although the embryos produced from 
separated blastomeres usually have fewer cells than a 
normal embryo, the resulting offspring fall within the 
normal range of size for the species. 


It is also possible to divide an embryo at other 
stages of development. For instance, the time at which 
embryo division is most successful is after the blasto- 
cyst has formed. Great care must be taken when divid- 
ing a blastocyst, since differentiation has already 
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occurred to some extent, and it is necessary to halve 
the blastocyst very precisely. 


Another interesting embryonic manipulation is 
the creation of chimeras. These are formed by uniting 
two different gametes, so that the embryo has two 
distinct cell lineages. Chimeras do not combine the 
genetic information of both lineages in each cell. 
Instead, they are a patchwork of cells containing one 
lineage or the other. For this reason, the offspring of 
chimeras are from one distinct genotype or the other, 
but not from both. Thus chimeras are not useful for 
creating new animal populations beyond the first gen- 
eration. However, they are extremely useful in other 
contexts. For instance, while embryo division as 
described above is limited in the number of viable 
embryos that can be produced, chimeras can be used 
to increase the number. After the blastomeres are 
separated, they can be combined with blastomeres of 
a different genetic lineage. The additional tissue, in fact, 
increases the new embryos’ survival rate. For some 
reason only a small percentage of the resulting embryos 
are chimeric; this is thought to be because only one 
cell lineage develops into the cells inside the blastocyst, 
while the other lineage forms extra-embryonic tissue. 
Scientists believe that the more advanced cells are more 
likely to form the inner cells. 


Chimeras could also be used to breed endangered 
species. Because of different uterine biochemical envi- 
ronments and the different regulatory mechanisms for 
fetal development, only very closely related species are 
able to bear each other’s embryos to term. For exam- 
ple, when a goat is implanted with a sheep embryo or 
the other way around, the embryo is unable to develop 
properly. This problem can perhaps be surmounted by 
creating chimeras in which the placenta stems from the 
cell lineage of the host species. The immune system of 
an animal attacks tissue it recognizes as foreign, but it 
is possible that the mature chimeras would be compat- 
ible with both the host and the target species, so that it 
could bear either embryo to term. This has already 
proven true in studies with mice. 


A further technique being developed to manipu- 
late embryos involves the creation of uniparental 
embryos and same-sex mating. In the former case, 
the cell from a single gamete is made to undergo 
mitosis, so that the resulting cell is completely homo- 
zygous. In the latter case, the DNA from two females 
(parthogenesis) or two males (androgenesis) is com- 
bined to form cells that have only female- or male- 
derived DNA. These zygotes cannot be developed into 
live animals, as genetic information from male- and 
female-derived DNA is necessary for embryonic 
development. However, these cells can be used to 
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KEY TERMS 


Androgenesis—Reproduction from two male 


parents. 


Artificial insemination—The artificial introduction 
of semen from a male with desirable traits into 
females of the species to produce pregnancy. 


Blastocyst—An embryo at that stage of development 
in which the cells have differentiated to form embry- 
onic and extra-embryonic tissue. The blastocyst 
resembles a sphere with the extra-embryonic tissue 
making up the surface of the sphere and the future 
embryonic tissue appearing as a cluster of cells 
inside the sphere. 


Blastomere—The embryonic cell during the first cel- 
lular divisions, before differentiation has occurred. 


Chimera—An animal (or embryo) formed from two 
distinct cellular lineages that do not mingle in the cells 
of the animal, so that some cells contain genetic infor- 
mation from one lineage and some from the other. 


Cloning—The production of multiple genetically 
identical embryos or zygotes. 


Crossing over—In meiosis, a process in which adja- 
cent chromosomes exchange pieces of genetic 
information. 


generate chimeras. In the case of parthogenetic cells, 
chimeras produce viable gametes. The androgenetic 
cells do not become incorporated in the embryo; they 
are used to form extra-embryonic tissue, and so no 
gametes are recovered. 


Aside from these more ambitious embryo manip- 
ulation endeavors, multiple ovulation and embryo 
transfer (MOET) could soon become a useful tool. 
MOET is the production of multiple embryos from a 
female with desirable traits, which are then implanted 
in the wombs of other females of the same species. This 
circumvents the disadvantages of breeding from a 
female line (since a female can produce only a limited 
number of offspring in a specified time period). At the 
present time, MOET is still too expensive for commer- 
cial application, but is being applied experimentally. 


Genetic engineering 


Genetic engineering can produce transgenic 
animals—those that have had a new gene inserted 
directly into their DNA. The procedure involves 
microinjection of the desired gene into the nucleus of 
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Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Extra-embryonic tissue—That part of the develop- 
mental tissue that does not form the embryo. 


Fetus—The unborn or unhatched animal during the 
latter stages of development. 


Genome—Half a diploid set of chromosomes; the 
genetic information from one parent. 


Hybrid vigor—The quality of increased health and 
fertility (superior to either parent) usually produced 
when two different genetic strains are crossed. 


Parthogenesis—Reproduction from two female 


parents. 


Placenta—The organ to which a fetus is attached by 
the umbilical cord in the womb. It provides nutrients 
for the fetus. 


Totipotent—Embryonic cells able to produce an 
entire fetus. 


Transgenic—Cells or species that have undergone 
genetic engineering. 


Uniparental—Having only one genetic parent. 


fertilized eggs. Although success rates vary, in many 
cases the new gene is reproduced in all developing cells 
and can be transcribed, or read, and utilized by the 
cell. This is a startling breakthrough in animal breed- 
ing, because it means a specific trait can be incorpo- 
rated into a population in a single generation, rather 
than the several generations this takes with conven- 
tional breeding techniques. 


There are some serious limitations to the proce- 
dure, however. The first is that many genes must work 
together to produce the very few traits a breeder would 
like to include in an animal population. Although it 
might some day be possible to incorporate any num- 
ber of genes into an embryo’s DNA, the complex 
interplay of genes is not understood very well, and 
the process of identifying all of those related to a 
desired trait is costly and time-consuming. 


Another problem in the production of transgenic 
animals is that they pass their modified DNA on to 
their offspring with varying success rates and unpre- 
dictable results. In some cases, the new gene is present 
in the offspring but is not utilized. Or it may be altered 
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or rearranged in some way, probably during the proc- 
ess of gamete production. 


These factors make it difficult to produce a strain 
of transgenic animals. However, with further research 
into the mechanism by which the gene is incorporated 
into the genome, and by mapping the target animal 
genome and identifying the genes responsible for var- 
ious traits, genetic engineering will no doubt become a 
major tool for improving animal strains. 


Sex selection 


It would be extremely useful if a breeder were able 
to predetermine the sex of each embryo produced, 
because in many cases one sex is preferred. For 
instance, in a herd of dairy cows or a flock of laying 
hens, females are the only commercially useful sex. 
When the owner of a dairy herd has inseminated a 
cow at some expense, this issue becomes more crucial. 
In some cases, an animal is being bred specifically for 
use as breeding stock; in this case, it is far more useful 
to produce a male that can be bred with multiple 
females than a female, which can only produce a lim- 
ited number of offspring. 


Whether or not an animal is male or female is 
determined by its sex chromosomes, which are called 
X and Y chromosomes. An animal with two X chro- 
mosomes will develop into a female, while an animal 
with one X and one Y chromosome will become a 
male. In mammals, the sex of the offspring is almost 
always determined by the male parent, because the 
female can only donate an X chromosome, and it is 
the presence or absence of the Y chromosome that 
causes maleness (this is not true in, for instance, 
birds; in that case the female has two different sex 
chromosomes). Using cell sorters, researchers are 
now able to separate spermatozoa into X and Y com- 
ponents. Although such “sex-sorted” sperm produces 
fewer pregnancies than nonsorted sperm, more than 
90% of the offspring produced are of the intended 
sex. 


See also Biotechnology; Captive breeding and 
reintroduction; Genetics. 
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| Animal cancer tests 


Animal cancer tests refers to tests conducted in 
animals in order to better understand the causes of 
various types of cancers and to evaluate the safety and 
anti-cancer benefits of drugs or other treatments. The 
intent of using animals is to mimic as closely as possi- 
ble the human conditions, while not subjecting 
humans to risk from an unproven treatment. The use 
of animals in such research is contentious, however. 


There are several reasons given by researchers as 
to why animal testing is used in cancer research. The 
majority of Americans support the effort of the bio- 
medical community to use animals to identify poten- 
tial carcinogens with the hope that such knowledge 
will lead to a reduction of cancer prevalence. Similarly, 
they support efforts to develop more effective chemo- 
therapy. Animals are used under terms of the Animal 
Welfare Act of 1966 and its several amendments. The 
act designates that the U. S. Department of Agriculture 
is responsible for the humane care and handling of 
warm-blooded and other animals used for biomedical 
research. The act also calls for inspection of research 
facilities to insure that adequate food, housing, and 
care are provided. It is the belief of many that the 
constraints of the current law have enhanced the qual- 
ity of biomedical research, since poorly maintained 
animals do not provide quality research. 


Mice—the best animal model for cancer 

research 

Researchers argue that candidate drugs cannot be 
tested on people initially, as it would be unethical, 


immoral, and probably illegal. Before a new drug can 
be tested on humans, there has to be some information 
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about what it can do. This information comes from 
mice and other animal models. 


Mice share many common features with humans 
and develop all the types of cancer that humans 
develop. They also have the same genes involved in 
many of these cancers. Mice can also develop human 
cancers. Furthermore, human tumors can be implanted 
into mice. 


Mice are also readily available. The availability of 
genetically identical mice simplifies experiments by 
minimizing the confusion that arises when testing 
drugs on mixed populations. In theory, genetically 
identical mice should all respond the same to a given 
form of treatment. By adding or deleting genes from 
mice, scientists learn how that gene’s products influ- 
ence a treatment, and thus obtain valuable clues to the 
biochemistry of cancer. 


One important mouse model is called the “nude” 
mouse. This mouse lacks a thymus gland, needed for 
the development of the immune system. Since its 
immune system is impaired, transplanted human can- 
cers are not recognized as foreign and rejected. Thus, 
cancers can be established, allowing cancer drugs to be 
tested. 
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| Anion 


In an electrical field, anions are attracted to the 
positively-charged pole, which is called the anode. 


An anion can be a negatively charged atom or 
group of atoms. In an electrolytic cell, anions are 
attracted to the positive electrode. Some common 
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anions are the hydroxide ion (OH_), the chloride ion 
(CI), the nitrate ion (NO3_), and the bicarbonate ion 
(HCO; _). The single minus signs indicate that these 
ions carry one electron’s worth of negative charge. The 
carbonate ion (CO37  ), for example, carries two units 
of negative charge. 


The names of anions consisting of single atoms 
(monatomic ions) end in the suffix -ide. Fluoride (F  ), 
sulfide (S*~), and oxide (O*~), are examples. A few 
polyatomic ions (ions with more than one atom) also 
have an -ide ending. The cyanide ion (CN) is an 
example. 


The names of most polyatomic anions end in 
either -ate or -ite. For example, the most common 
polyatomic anions of sulfur are the sulfate (SO,4”-) 
and sulfite (SO3_) ions. In pairs such as this one, the 
-ate suffix is used for the ion that contains sulfur in the 
higher oxidation number, and the -ite suffix for the ion 
with the lower oxidation number. The oxidation num- 
ber of sulfur is six in the sulfate ion and four in the 
sulfite ion. 


Anise see Carrot family (Apiaceae) 


ll Anode 


The word anode is used in two different sets of 
circumstances: with respect to vacuum tubes and with 
respect to electrochemical cells. 


Vacuum tubes 


A vacuum tube is a tube (usually made of glass) 
with most of the air pumped out, which usually con- 
tains two electrodes—two pieces of metal with a 
potential difference (a voltage difference) applied 
between them. Electrons, being negatively charged, 
are repelled out of the negative electrode and fly 
through the vacuum toward the positive electrode, to 
which they are simultaneously attracted. The positive 
electrode is called the anode; the negative electrode is 
called the cathode. 


Common examples of vacuum tubes in which 
electrons flow from a cathode to an anode are cath- 
ode ray tubes, such as those in television tubes, com- 
puter monitors, and x-ray tubes. In an x-ray tube, the 
kind of metal that the anode is made of determines 
the kind of x rays (i.e., the x-ray energy) that the tube 
emits. 
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Electrochemical cells 


There are two kinds of electrochemical cells: those 
in which chemical reactions produce electricity—called 
galvanic cells or voltaic cells—and those in which elec- 
tricity produces chemical reactions—called electrolytic 
cells. An example of a galvanic cell is a flashlight bat- 
tery, and an example of an electrolytic cell is a cell used 
for electroplating silver or gold. In either case, there are 
an anode and a cathode in each cell. 


Unfortunately, there has been much confusion 
about which electrode is to be called the anode in each 
type of cell. Chemists and physicists correctly consider 
electricity to be a flow of negative electrons, but for 
historical reasons, engineers have considered electricity 
to be a flow of positive charge in the opposite direction. 
Furthermore, even chemists have been confused 
because negative charge flows away from one of the 
electrodes inside the cell, but in the external circuit 
negative charge flows toward that same electrode. 
This has led to a variety of conflicting definitions of 
anodes in various textbooks and reference works. 


The confusion can be cleared up by defining the 
anode and cathode in terms of the actual chemical 
reactions—the oxidation and reduction reactions— 
that take place inside the cell, whether it is generating 
electricity as a galvanic cell or consuming it as an 
electrolytic cell. The anode is the electrode at which 
an oxidation reaction is taking place in the cell. The 
cathode, then, is the electrode at which the corre- 
sponding reduction reaction is taking place. 


Anodes in practical use 


A sacrificial anode is a piece of metal that acts as 
an anode, and is therefore oxidized, to protect another 
piece of metal from being oxidized. For example, to 
keep iron or steel from oxidizing (rusting) when in 
contact with air and moisture, such as when it is 
being used as a fence post, the post can be connected 
to a piece of zinc that is buried in the ground next to it. 
The iron and zinc in the moist soil constitute the two 
electrodes of a galvanic cell. Because zinc oxidizes 
more easily than iron, the zinc acts as the anode and 
is preferentially oxidized. It is said to be “sacrificed” 
because it gradually gets eaten away by oxidation 
instead of the iron. For the same reason, a zinc cable 
was buried alongside the Alaskan oil pipeline, the huge 
steel pipe that transports petroleum from the Alaskan 
oil fields to the lower United States. 


Galvanized iron has been coated with zinc so that 
it can be used outdoors or in the ground without 
rusting. The zinc oxidizes in preference to the iron. 
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Galvanized iron is widely used in garbage cans, pails, 
and chain-link fencing. 


Anodizing is a process in which a piece of metal is 
made the anode in an electrolytic cell to oxidize it 
deliberately. When aluminum is anodized in this 
way, an aluminum oxide coating builds up on its sur- 
face. This coating, unlike the metal itself, can take 
dyes. Many kinds of aluminum utensils and novelties 
in bright blue, green, red, and gold are made of ano- 
dized aluminum. 


See also Cell, electrochemical; Oxidation-reduction 
reaction. 


Robert L. Wolke 


| Anoles 


Anoles are small lizards in the genus Anolis (fam- 
ily Iguanidae), found only in the Americas, mostly in 
the tropics. Because anoles can change the color of 
their skin according to mood, temperature, humidity, 
and light intensity, these animals are sometimes called 
chameleons. However, none of the more than 300 
species of anoles is closely related to the true chame- 
leons (family Chamaeleonidae) of Eurasia and Africa. 


Aggressive encounters and defense responses to 
predators prompt the extension of the throat fan, or 
dewlap, of male anoles. This visual display is often 
accompanied by a vigorous demonstration of head- 
bobbing, the frequency and amplitude of which are 
important among anoles in species recognition. 


Because anoles spend a great deal of time engaged 
in displays and other activities associated with holding 
their breeding territory, the males are at a relatively 
greater risk of predation than the more inconspicuous 
females. However, the greater risks of predation are 
balanced by the better reproductive success a male 
anole may achieve during the period of his life that 
he is able to hold a high-quality territory. 


The green anole (Anolis carolinensis) is the only 
species native to North America, occurring in the 
southeastern United States, as well as in Cuba and 
nearby islands. The green anole does not hibernate 
and is active on warm, sunny days throughout the 
winter, remaining inactive in a sheltered place on 
colder days. The usual color of these animals is 
brown, but male animals quickly become green when 
engaged in aggressive encounters with other males, or 
when they are courting a female. 
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Ant-pipits 


A brown anole (Anolis sagrei) on Estero Island, Florida. 
Anoles are the largest group of reptiles in the Western 
Hemisphere. (Robert J. Huffman. Field Mark Publications.) 


Four additional anole species have been intro- 
duced to Florida from their natural ranges in the 
West Indies or Central America. These are the brown 
anole (Anolis sagrei), the large-headed anole (A. 
cybotes), the bark anole (A. distichus), and the knight 
anole (A. equestris). Although these species are not 
part of the native fauna of Florida, they are now 
entrenched components of that state’s ecosystems, as 
are many other introduced species. 


Anorexia nervosa see Eating disorders 


fl Ant-pipits 


The ant-pipits are 10-11 species of birds that 
make up the family Conopophagidae. These birds 
are exclusively South American, occurring in the trop- 
ical rainforests of Amazonia. The usual habitat of ant- 
pipits is thick and lush with foliage, and the birds are 
rather shy. Consequently, these small birds are diffi- 
cult to see and demanding to study. Therefore, little is 
known about their biology and ecology. 


Ant-pipits are small, stocky, wren-like birds, with 
short tails, short wings, and long legs. The body length 
of these almost tailless birds is 4-5.5 in (10-14 cm). 
Ant-pipits feed on the forest floor, mostly by using 
their strong legs and feet to scratch about in plant litter 
to expose their food of insects and other arthropods. 
Ant-pipits are permanent residents in their forest hab- 
itats, meaning they are not known to undertake long- 
distance, migratory movements. 


The true ant-pipits are eight to nine species in 
the genus Conopophaga. The black-bellied ant-pipit 
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(Conopophaga melanogaster) is a rather attractive spe- 
cies of ant-pipit found in the tropical forests in 
Amazonian Brazil. Males have a chestnut back, 
wings, and tail, black head and breast, and a white 
eye-stripe that extends back into a distinctive plume at 
the back of the head. Coloration of the female black- 
bellied ant-pipit consists of more subdued hues of 
brown and gray. 


The black-cheeked ant-pipit (C. melanops) of 
Amazonian Brazil has a chestnut cap, an olive back 
and wings, and a large, black cheek-patch. The 
chestnut-crowned ant-pipit (C. castaneiceps) occurs 
in Amazonian Colombia, Ecuador, and Peru, while 
the slaty ant-pipit (C. ardesiaca) occurs in Bolivia and 
southern Peru. 


There are two species of Corythopis ant-pipits, the 
ringed ant-pipit (Corythopis torquata) and the south- 
ern ant-pipit (C. delalandi). 


f Antarctica 


Of the Earth’s seven continents—North America, 
South America, Europe, Africa, Asia, Australia, and 
Antarctica—the last lies at the southern pole. It is the 
coldest, driest (in the sense of annual precipitation), 
and windiest continent. Ice covers 98% of the land, 
and its 5,100,000 sq mi (13,209,000 sq km) occupy 
nearly one-tenth of the Earth’s land surface, the 
same area as Europe and the United States combined. 
Despite the barrenness of the continent itself, the sur- 
rounding waters and islands teem with life all their 
own, and the continent plays a significant role in the 
climate and health of the entire planet. 


Humans have never settled on Antarctica because 
of its brutal climate, but, since its discovery in the early 
1800s, explorers and scientists have traveled across dan- 
gerous seas to study the continent’s winds, temperatures, 
rocks, wildlife, and ice; scientists treasure the unequaled 
chance at undisturbed research. As travel to the conti- 
nent improves, tourists enjoy the opportunity to visit the 
last “frontier” on Earth; environmentalists focus on 
Antarctica as the only continent largely unspoiled by 
human hands; and, in an increasingly resource-hungry 
world, others look at the continent as a key source of oil 
and mineral resources. While some countries have tried 
to claim parts of the continent as their own, Antarctica is 
an independent continent protected by international 
treaty from ownership by any one country. 
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Antarctica. (Hans & Cassidy. Courtesy of Gale Group.) 


Antarctica—an overview 


Antarctica does not have a town, a tree, or even a 
blade of grass on the entire continent. That does not 
mean that Antarctica is not vital to life on earth. Seventy 
percent of the world’s fresh water is frozen atop the 
continent. These icecaps reflect warmth from the Sun 
back into the atmosphere, preventing planet Earth from 
overheating. Huge icebergs break away from the sta- 
tionary ice and flow north to mix with warm water from 
the equator, producing currents, clouds, and complex 
weather patterns. Creatures as small as microscopic 
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phytoplankton and as large as whales live on and 
around the continent, including more than 40 species 
of birds. Thus, the continent provides habitats for vital 
links in the world’s food chain. 


Based on findings of fossils, rocks, and other geo- 
logical features similar to all of the other southern 
continents, geologists believe that millions of years 
ago Antarctica was part of a larger continent called 
Gondwanaland. About 200 million years ago, 
Gondwanaland broke apart into the separate conti- 
nents of Antarctica, Africa, Australia, South America, 
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Antarctica 


A glacier system in Antarctica. (ULM Visuals.) 


and India (which later collided with Asia to merge 
with that continent). Antarctica and these other con- 
tinents drifted away from each other as a result of 
shifting of the plates of Earth’s crust, a process called 
continental drift, that continues today. The continent 
is currently centered roughly on the geographic South 
Pole, the point where all south latitudinal lines meet. It 
is the most isolated continent on earth, 600 mi (1,000 
km) from the southernmost tip of South America and 
more than 1,550 mi (2,494 km) away from Australia. 


Geology 


Antarctica is considered both an island—because 
it is surrounded by water—and a continent. The land 
itself is divided into east and west parts by the 
Transantarctic Mountains. The larger side, to the 
east, is located mainly in the eastern longitudes. West 
Antarctica is actually a group of islands held together 
by permanent ice. 


Almost all of Antarctica is under ice, in some 
areas by as much as 2 mi (3 km). The ice has an average 
thickness of about 6,600 ft (2,000 m), which is higher 
than many mountains in warmer countries. This grand 
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accumulation of ice makes Antarctica the highest con- 
tinent on Earth, with an average elevation of 7,500 ft 
(2,286 m). 


While the ice is extremely high in elevation, the 
actual land mass of the continent is, in most places, 
well below sea level due to the weight of the ice. If all of 
this ice were to melt, global sea levels would rise by 
about 200 ft (65 m), flooding the world’s major coastal 
ports and vast areas of low-lying land. Even if only 
one-tenth of Antarctica’s ice were to slide into the sea, 
sea levels would rise by 20 ft (6 m), severely damaging 
the world’s coastlines. 


Under all that ice, the Antarctic continent is made 
up of mountains. The Transantarctic Mountains are 
the longest range on the continent, stretching 3,000 mi 
(4,828 km) from Ross Sea to Weddell Sea. Vinson 
Massif, at 16,859 ft (5,140 m), is the highest mountain 
peak. The few areas where mountains peek through 
the ice are called nunataks. 


Among Antarctica’s many mountain ranges lie 
three large, moon-like valleys—the Wright, Taylor, 
and Victoria Valleys—which are the largest continu- 
ous areas of ice-free land on the continent. Known as 
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the “dry valleys,” geologists estimate that it has not 
rained or snowed there for at least one million years. 
Any falling snow evaporates before it reaches the 
ground, because the air is so dry from the ceaseless 
winds and brutally cold temperatures. The dryness 
also means that nothing decomposes, including seal 
carcasses found to be more than 1,000 years old. Each 
valley is 25 mi (40 km) long and 3 mi (5 km) wide and 
provides rare glimpses of the rocks that form the con- 
tinent and the Transantarctic Mountains. 


Around several parts of the continent, ice forms 
vast floating shelves. The largest, known as the Ross 
Ice Shelf, is about the same size as Texas or Spain. The 
shelves are fed by glaciers on the continent, so the 
resulting shelves and icebergs are made up of frozen 
fresh water. Antarctica hosts the largest glacier on 
Earth; the Lambert Glacier on the eastern half of the 
continent is 25 mi (40 km) wide and more than 248 mi 
(400 km) long. 


Gigantic icebergs are a unique feature of Antarctic 
waters. They are created when huge chunks of ice 
separate from an ice shelf, a cliff, or glacier in a process 
known as calving. Icebergs can be amazingly huge; an 
iceberg measured in 1956 was 208 mi (335 km) long by 
60 mi (97 km) wide (larger than some small countries) 
and was estimated to contain enough fresh water to 
supply London, England, for 700 years. Only 10-15% 
of an iceberg normally appears above the water’s 
surface, which can create great dangers to ships trav- 
eling in Antarctic waters. As these icebergs break away 
from the continent, new ice is added to the continent 
by snowfall. 


Icebergs generally flow northward and, if they do 
not become trapped in a bay or inlet, will reach the 
Antarctic Convergence, the point in the ocean where 
cold Antarctic waters meet warmer waters. At this 
point, ocean currents usually sweep the icebergs from 
west to east until they melt. An average iceberg will 
last several years before melting. 


Three oceans surround Antarctica—the Atlantic, 
Pacific, and Indian Oceans. Some oceanographers 
refer to the parts of these oceans around Antarctica 
as the Southern Ocean. While the saltwater that makes 
up these oceans does not usually freeze, the air is so 
cold adjacent to the continent that even the salt and 
currents cannot keep the water from freezing. In the 
winter months, in fact, the ice covering the ocean 
waters may extend over an area almost as large as 
the continent. This ice forms a solid ring close to the 
continent and loose chunks at the northern stretches. 
In October (early spring), as temperatures and strong 
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winds rise, the ice over the oceans breaks up, creating 
huge icebergs. 


Subantarctic islands are widely scattered across 
the ocean around Antarctica. Some, such as Tristan 
da Cunha and the Falkland Islands, have human pop- 
ulations that live there year-round. Others, including 
the Marion Islands, the Crozets and Kerguelen, St. 
Paul, Amsterdam, Macquarie, and Campbell Islands, 
have small scientific bases. Others are populated only 
by penguins, seals, and birds. 


Strong winds blow constantly against the western 
shores of most of the northernmost islands, creating 
some of the stormiest seas in the world. Always wet in 
the summer, they are blanketed grasses in the summer 
and by snow in the winter. Further south, in the colder 
subantarctic, the islands are covered with snow for 
much of the year and may have patches of mosses, 
lichens, and grasses in the summer. Seals and enor- 
mous populations of sea birds, including penguins and 
petrels, come to the islands’ beaches and cliffs to breed 
in the summer. 


The Falkland Islands, which are British Crown 
colonies, are the largest group of subantarctic islands, 
lying 300 mi (480 km) east of South America. Two 
main islands, East and West, have about 400 smaller 
islets surrounding them. The islands cover 6,200 sq mi 
(16,000 sq km). Much of the ground is covered with 
wet, springy turf, overlying thick beds of peat. Primary 
industries are farming and ranching of cattle and 
sheep. 


Climate 


Antarctica is the coldest and windiest place on 
Earth. The wind can gust up to 200 mph (322 km/h), 
or twice as hard as the average hurricane. Surprisingly, 
little snow actually falls in Antarctica; because the air is 
so cold, the snow that does fall turns immediately to ice. 


Because of the way Earth tilts on its axis as it 
rotates around the Sun, both polar regions experience 
long winter nights and long summer days. At the 
South Pole itself, the sun shines around the clock 
during the six months of summer and virtually disap- 
pears during the cold winter months. The tilt also 
affects the angle at which the Sun’s radiation hits the 
Earth. When it is directly overhead at the equator, it 
strikes the polar regions at more indirect angles. As a 
result, the Sun’s radiation generates much less heat, 
even though the polar regions receive as much annual 
daylight as the rest of the world. 


Even without the wind chill, the continent’s tem- 
peratures can be almost incomprehensible to anyone 
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Antarctica 


who has not visited there. In winter, temperatures may 
fall to —100°F (—73°C). The world’s record for lowest 
temperature was recorded on Antarctica in 1960, 
when it fell to —126.9°F (—88.3°C). 


The coastal regions are generally warmer than the 
interior of the continent. The Antarctic Peninsula may 
get as warm as 50°F (10°C), although average coastal 
temperatures are generally around 32°F (0°C). During 
the dark winter months, temperatures drop drasti- 
cally, however, and the warmest temperatures range 
from —4 to —22°F (—20 to —30°C). In the colder 
interior, winter temperatures range from —40 to —94°F 
(—40 to —70°C). 


The strong winds that constantly travel over the 
continent as cold air races over the high ice caps and 
then flows down to the coastal regions are called kata- 
batic winds. Winds associated with Antarctic blizzards 
commonly gust to more than 120 mi (193 km) per hour 
and are among the strongest winds on Earth. Even at 
its calmest, the continent’s winds can average 50-90 mi 
(80-145 km) per hour. Cyclones occur continually 
from west to east around the continent. Warm, moist 
ocean air strikes the cold, dry polar air and swirls its 
way toward the coast, usually losing its force well 
before it reaches land. These cyclones play a vital 
role in the exchange of heat and moisture between 
the tropical and the cold polar air. 


While the Antarctic sky can be clear, a white-out 
blizzard may be occurring at ground level because the 
strong winds whip up the fallen snow. The wind rede- 
signs the snow into irregularly shaped ridges, called 
sastrugi, which are difficult to traverse. Blizzards are 
common on the continent and have hindered several 
exploration teams from completing their missions. 


Surprisingly, with all its ice and snow, Antarctica is 
the driest continent on Earth, based on annual precip- 
itation amounts. The constantly cold temperatures 
have allowed each year’s annual snowfall to build up 
over the centuries without melting. Along the polar ice 
cap, annual snowfall is only 1-2 in (2.5-5 cm). More 
precipitation falls along the coast and in the coastal 
mountains, where it may snow 10-20 in (25-51 cm) 
per year. 


Plants and animals 


While the Arctic region teems with life, the 
Antarctic continent itself is nearly barren due to the 
persistently cold and dry climate. Plants that grow in 
the region reflect this climate and geology. The pearl- 
wort (Colobanthus quitensis) and grass (Deschampsia 
antarctica) are the only two flowering plants on the 
continent. Both grow in a small area on or near the 
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warmest part of the continent, the Antarctic 
Peninsula. Larger plants include mosses and lichens 
(a combination of algae and fungi) found along the 
coast and on the peninsula. Green, nonflowering liver- 
worts live on the western side of the peninsula. 
Brightly colored snow algae often form on top of the 
snow and ice, coloring it red, yellow, or green. 


A few hardy organisms live on rocks in the dry 
valleys; these are primarily lichens that hide inside the 
porous orange sandstone. These lichens, called cryp- 
toendoliths or “hidden in rock,” use up more than 
99.9% of their photosynthetic productivity simply to 
stay alive. In contrast, a typical plant uses 90% for 
survival. Ironically, the lichens found in these valleys 
are among the longest-living organisms on earth. The 
dry valleys also host pockets of algae, fungi, and bac- 
teria between frozen rock crystals; these give scientists 
clues about how life might survive on a frozen planet 
like Mars. 


Few creatures can survive Antarctica’s brutal cli- 
mate. Except for a few mites and midges, native ani- 
mals do not exist on Antarctica’s land. Life in the sea 
and along the coast of Antarctica and its islands, 
however, is often abundant. A wide variety of animals 
make the surrounding waters their home, from zoo- 
plankton to large birds and mammals. A few fish have 
developed their own form of antifreeze over the cen- 
turies to prevent ice crystals from forming in their 
bodies, while others have evolved into cold-blooded 
species to survive the cold. 


The base of Antarctica’s marine food chain is 
phytoplankton, which feed on the rich nutrients 
found in coastal waters. The zooplankton feed on the 
phytoplankton, which are in turn consumed by the 
native fish, birds, and mammals. Antarctic krill (tiny 
shrimp-like creatures about 1.5 in [4 cm] long) are the 
most abundant zooplankton and are essential to 
almost every other life form in the region. They swim 
in large pools and look like red patches on the ocean. 
At night, their crusts shimmer like billions of fireflies 
beneath the sea. Because of their abundance, krill have 
also been explored as a potential food source for 
humans. 


Among the whales that make the southern oceans 
their home for at least part of the year are the blue, fin, 
sei, minke, humpback, and southern right whales. 
Known as baleen whales, this whale group has a 
bristly substance called baleen located in plates in 
their mouths that filter food such as krill from the 
water. In fact, the blue whale is the largest animal 
ever known to have lived on Earth. The blue whale 
eats 3 tons (6,000 pounds or 2.7 metric tons) of krill 
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each day and has been measured to weigh up to 180 
tons (163,000 kg) and span 124 ft (38 m) in length. 
After it was discovered in the 1800s, the blue whale was 
heavily hunted for its blubber, which was melted into 
oil for fuel. While scientists believe more than 200,000 
existed before whaling, there are as few as 1,000 blue 
whales today. All baleen and toothed whales are now 
protected from hunting by international agreements. 


Two toothed whales also swim in Antarctic waters, 
the sperm whale and the orca, or killer, whale. The sperm 
whale is the larger of the two, measuring as long as 60 ft 
(18 m) and weighing as much as 70 tons (63,500 kg). It 
can dive down to 3,300 ft (1,006 m). 


More than half the seals in the world live in the 
Antarctic—their blubber and dense fur insulate them 
from the cold. Five species of true or earless seals live 
in the region: the Weddell, Ross, leopard, crabeater, 
and elephant. The Weddell seal is the only one that 
lives in the Antarctic year-round, on or under the ice 
attached to the continent in the winter. Using their 
saw-like teeth to cut holes in the ice for oxygen, they 
can dive down to 2,000 ft (610 m) to catch fish and 
squid. The seals use a complex system to control their 
bodies’ oxygen levels, which allows them to dive to 
such depths and stay underwater for as long as an 
hour. 


The Ross seal, named for English explorer James 
Ross, is quick underwater and catches fish easily with 
its sharp teeth. It lives on the thickest patches of ice and 
is the smallest and least plentiful of the species. Leopard 
seals are long and sleek and are fierce predators, living 
on the northern edges of pack ice and in the sea or near 
penguin rookeries, where they eat small penguins and 
their eggs, as well as other seals. Crabeater seals are the 
most plentiful species of seal on Earth, with an esti- 
mated 40 million or more in the Antarctic region alone. 
Elephant seals are the largest species of seal; they live on 
the subantarctic islands and eat squid and fish. Unlike 
most seals, the males are much larger than the females. 
All five seal species are now protected under interna- 
tional law from hunting, which almost wiped out the 
Ross and elephant seals in the 1800s. One other type of 
seal, the southern fur seal, is also plentiful on 
Antarctica. It has visible ears and longer flippers than 
the true seals, which makes it much more agile on land 
as well as in the water. 


Several seabirds make the Antarctic their home, 
including 24 species of petrels, small seabirds that dart 
over the water and nest in rocks along the shore. 
Examples include the albatross (a gliding bird with nar- 
row, long wings that may live up to 40 years), the south- 
ern giant fulmar, dove prion, and snow petrel. Shore 
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birds that feed in the shallow waters near the shoreline 
include the blue-eyed cormorant, the Dominican gull, 
and the brown skua, which eats the eggs and young of 
other birds. The Arctic tern is the world’s best at long- 
distance flying, because it raises its young in the Arctic 
but spends the rest of the year in the Antarctic, a dis- 
tance of over 10,000 mi (16,090 km). Land birds include 
the wattled sheathbill, South Georgia pintail, and South 
Georgia pipit. 


Of all the animals, penguins are the primary 
inhabitants of Antarctica. Believed to have evolved 
40-50 million years ago, they have oily feathers that 
provide a waterproof coat and a thick layer of fat for 
insulation. Penguins’ bones are solid, not like the 
bones of most birds, which are hollow and allow 
them to fly. While solid bones prevent penguins from 
flying, they add weight and make it easier for penguins 
to dive into the water for food. Because predators 
cannot live in the brutally cold climate, penguins do 
not need to fly; thus, their wings have evolved over the 
centuries to resemble flippers or paddles. 


Seven of the 18 known species of penguins live on 
the Antarctic: the Adelie and emperor (both considered 
true Antarctic penguins because they live on the con- 
tinent), the chinstrap, gentoo, macaroni, rockhopper, 
and king penguins. The Adelie is the most plentiful 
species of penguin and can be found over the widest 
area of the continent. These penguins spend their win- 
ters on the pack ice away from the continent then 
return to land in October to nest in large rookeries or 
colonies along the rocky coasts. The emperor penguin 
is the largest species of penguin; it is the only Antarctic 
bird never to set foot on land, and it breeds on sea ice 
attached to the mainland. Emperor penguins, the most 
popular type of penguin for zoos, are 4 ft (1.2 m) tall 
and can weigh up to 80 Ib (30 kg). They are the hardiest 
of all the animals that inhabit the Antarctic, staying 
throughout the year while other birds head north to 
escape the brutal winter. They breed on the ice surface 
during the winter months because their immense size 
requires a longer incubation period. This schedule also 
ensures that the chicks will hatch in July or early spring 
in the Antarctic, providing the most days for the chicks 
to put on weight before the next winter’s cold arrives. 


The female lays one egg on the ice, then walks up 
to 50 mi (80 km) to the open sea for food. When she 
returns, filled with food for the chick, the male—who 
has been incubating the egg atop the ice during the 
coldest winter months—makes the same trek out to 
sea to restore its body weight, which may drop by 50% 
during this period. The parents take turns traveling for 
food after the chick has hatched. 
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Because the emperor penguin is one of the few 
species that lives on Antarctica year-round, research- 
ers believe it could serve as an indicator to measure 
the health of the Antarctic ecosystem. The penguins 
travel long distances and hunt at various levels in 
the ocean, covering wide portions of the continent. 
At the same time, they are easily tracked because the 
emperor penguins return to their chicks and mates in 
predictable ways. Such indicators of the continent’s 
health become more important as more humans 
travel to and explore Antarctica and as other global 
conditions are found to affect the southernmost part 
of the world. 


Exploration of the continent 


Greek philosopher Aristotle hypothesized more 
than 2,000 years ago that Earth was round and that 
the southern hemisphere must have a landmass large 
enough to balance the lands in the northern hemisphere. 
He called the probable but undiscovered land mass 
“Antarktikos,” meaning the opposite of the Arctic. 


The Greek geographer and astronomer Ptolemy 
called Antarctica “Terra Australis Incognita” or 
“unknown southern land” in the second century AD. 
He claimed the land was fertile and populated but 
separated from the rest of the world by a region of 
torrid heat and fire around the equator. This concept 
was believed for several centuries, and the continent 
remained a mystery until James Cook crossed the 
Antarctic Circle and circumnavigated the continent 
in 1773. While he stated that the land was uninhabit- 
able because of the ice fields surrounding the conti- 
nent, he noted that the Antarctic Ocean was rich in 
whales and seals. For the next 50 years, hunters 
exploited this region for the fur and oil trade. 


As hunting ships began traveling farther and far- 
ther south in the early 1800s to find fur seals, it was 
inevitable that the continent would be encountered and 
explored. Three countries claim first discovery rights to 
Antarctic land: Russia, due to explorer Fabian von 
Bellinghausen, on January 27, 1820; England as a 
result of English explorer Edward Bransfield, on 
January 30, 1820; and the United States by way of 
American sealer Nathaniel Palmer, on November 18, 
1820. In actuality, American sealer John Davis was the 
first person to actually step onto the continent, on 
February 7, 1821. 


James Weddell was a sealer who traveled to the 
continent on January 13, 1823. He found several pre- 
viously unknown seal species, one of which later 
became known as the Weddell seal. He than took 
his two ships—the Jane and the Beaufoy—farther 
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south than any explorer had previously traveled. He 
reached 74° south latitude on February 20, 1823, and 
the vast sea he had entered became known as the 
Weddell Sea. 


In 1895, the first landing on the continent was 
accomplished by the Norwegian whaling ship 
Antarctic. The British were the first to spend a winter 
on Antarctica, in 1899. By 1911, a race had begun to 
see who would reach the South Pole first: the South 
Pole is an imaginary geographical center point at the 
bottom of Earth. Again, it was a Norwegian, Roald 
Amundsen, who was the first to succeed, reaching 
the South Pole on December 14, 1911. Robert Scott 
of England and his four men arrived a month later. 
While the first team made it home safely, the Scott 
team ran out of food and froze to death on their way 
home. 


Airplanes first landed on Antarctica when Australian 
Hubert Wilkins flew 1,300 mi (2,092 km) over the 
Antarctic Peninsula in the 1920s, viewing terrain never 
before seen by another human. American Richard Byrd, 
the first person to fly over the North Pole in 1926, took 
his first Antarctic flight in 1929 and discovered a new 
mountain range he named Rockefeller. Thereafter, the 
continent was mapped and explored primarily from the 
air. Byrd continued his explorations to Antarctica over 
the next three decades and revolutionized the use of 
modern vehicles and communications equipment for 
polar exploration. 


Scientific exploration 


While various countries were busy claiming rights 
to Antarctica, scientists were cooperating effectively 
on research as early as 1875. Twelve nations participated 
in the first International Polar Year in 1882 and 1883. 
While most of the research was done in the Arctic, one 
German station was located in the Antarctic region. A 
second International Polar Year occurred in 1932-33, 
followed by the International Geophysical Year (IGY) 
from July 1, 1957 to December 31, 1958. This time, all 
twelve nations conducted research in Antarctica and set 
up base camps in various locations, some of which are 
still used today. Topics of research included the pull of 
gravity, glaciology, meteorites, cosmic rays, the southern 
lights, dynamics of the sun, the passage of comets near 
Earth, and changes in the atmosphere. Several organi- 
zations have been formed and agreements have been 
signed since these cooperative research projects to 
ensure that political conflicts do not arise concerning 
research and use of Antarctica. 
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Antarctic Circle—The line of latitude at 66 degrees 
32 minutes South, where there are 24 hours of day- 
light in midsummer and 24 hours of darkness in 
midwinter. 


Antarctic convergence—A 25-mi (40-km) region 
where cold Antarctic surface water meets warmer, 
subantarctic water and sinks below it. 


Antarctic Ocean—The seas surrounding the 
Antarctic continent, where the Atlantic, Pacific, 
and Indian Oceans converge. 


Blubber—Whale or seal fat used to create fuel. 


Calving—The process in which huge chunks of ice 
or icebergs break off from ice shelves and sheets or 
glaciers to form icebergs. 


Dry valleys—Areas on the continent where no rain is 
known to have fallen for more than two million 
years, and the extremely dry katabatic winds cause 
any snow blown into the valleys to evaporate before 
hitting the ground. The Taylor, Victoria, and Wright 
valleys are the largest continuous areas of ice-free 
land on the continent. 


Glacier—A river of ice that moves down a valley to 
the sea, where it breaks into icebergs. 


Iceberg—A large piece of floating ice that has bro- 
ken off a glacier, ice sheet, or ice shelf. 


Current events 


A wide variety of research is continuing on 
Antarctica, primarily during the relatively warmer 
summer months from October to February, when tem- 
peratures may reach a balmy 30—-50°F (—1-10°C). The 
cold temperatures and high altitude of Antarctica 
allow astronomers to put their telescopes above 
the lower atmosphere, which lessens blurring. During 
the summer months, they can study the Sun around 
the clock, because it shines 24 hours a day. Antarctica 
is also the best place to study interactions between 
solar wind and Earth’s magnetic field, temperature 
circulation in the oceans, unique animal life, ozone 
depletion, ice-zone ecosystems, and glacial history. 
Buried deep in Antarctica’s ice lie clues to ancient 
climates, which may provide answers to whether 
Earth is due for global warming or the next ice age. 


Scientists consider Antarctica to be a planetary 
bellwether, an early indicator of negative changes in 
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Katabatic winds—Fierce, dry winds that flow down 
along the steep slopes of the interior mountains of 
Antarctica, and along ice caps and glaciers on the 
subantarctic islands. 


Krill—Tiny sea animals or zooplankton that are the 
main food for most larger species in the Antarctic region. 


Nunataks—Mountain peaks that are visible above 
the ice and snow cover. 


Pack ice—lce from seawater, which forms a belt 
approximately 300-1,800 mi (483—2,897 km) wide 
around the continent in winter. 


South magnetic pole—The point to which a com- 
pass is attracted and which is some distance from the 
geographic South Pole. It varies from year to year as 
Earth’s magnetic field changes. 


South pole—The geographically southernmost place 
on Earth. 


Southern lights—Also known as the aurora australis, 
they are streamers of different colors in the sky, 
especially at night, and are thought to be caused by 
electrical disturbances and cosmic particles in the 
upper atmosphere that are attracted by the South 
Magnetic Pole. 


Subantarctica—The region just north of Antarctica 
and the Antarctic Circle, but south of Australia, South 
America, and Africa. 


the entire planet’s health. For example, researchers 
have determined that atmospheric ozone above 
Antarctica has mostly disappeared for part of the year 
annually since at least the late 1970s. The ozone layer 
over the continent serves as a protective layer of gas in 
the upper atmosphere that screens out the ultraviolet 
light from the Sun that is harmful to all life on Earth. 
This phenomenon is known as the Antarctic ozone hole. 


Total atmospheric ozone has declined significantly 
over the last half century, but only the Antarctic has 
experienced a loss sufficiently great to constitute a 
“hole” in the ozone layer. The ozone hole was first 
observed in 1980 during the spring and summer 
months, from September through November. Each 
year, greater destruction of the layer has been observed 
during these months. The hole was measured to be 
about the size of the continental United States in 
1994, and it lasts for longer intervals each year. The 
ozone holes of 2003-2005 were some of the widest and 
most depleted yet recorded. Scientists have identified 
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various chemicals created and used by humans, such as 
chlorofluorocarbons (CFCs), as the cause of this 
destruction, and bans on uses of these chemicals are 
in effect in some countries. The ozone hole does not 
contribute to global climate change (discussed below), 
but ozone depletion does threaten life on Earth in a 
fundamental way. 


Data from studies of the Antarctic ice cap have 
helped confirm that Earth’s climate is warming due to 
the burning of fossil fuels and other human activities. 
Global climate change is based on the atmospheric 
process known as the greenhouse effect, in which pol- 
lution prevents the heat energy of Earth from escaping 
into the outer atmosphere. Global warming is causing 
some of the Greenland and Antarctic ice caps to melt, 
an effect that will probably flood many coastal cities 
and coastal areas in the coming centuries. Data from 
Antarctic ice cores released in 2005 showed that the 
Earth’s greenhouse gas levels have risen since the 
beginning of the fossil-fuel era to levels higher than 
any in the last 650,000 years. 


Most recently, a growing body of evidence is 
showing that the continent’s ice has fluctuated dra- 
matically in the past few million years, vanishing com- 
pletely from the continent once and from its western 
third at least several times. These collapses in the ice 
structure might be triggered by climatic change, such 
as global warming, or by far less predictable factors, 
such as volcanic eruptions under the ice. While the east 
Antarctic ice sheet has remained relatively stable 
because it lies on a single tectonic plate, the western 
ice sheet is a jumble of small plates whose erratic 
behavior has been charted through satellite data. The 
west Antarctic is also dominated by two seas, the Ross 
and Weddell, whose landward regions are covered by 
thick, floating shelves of ice. Some researchers spec- 
ulate that if warmer, rising oceans were to melt this ice, 
the entire western sheet might disintegrate quickly, 
pushing global sea levels up by 15-20 ft (5-6 m). 


See also Gaia hypothesis; Greenhouse effect; 
Ozone layer depletion; Plate tectonics. 
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f Antbirds and gnat-eaters 


The antbirds and gnat-eaters, also called ant 
thrushes, are 244 species of birds that comprise the 
relatively large family Formicariidae. These birds only 
occur in Central and South America, mostly in low- 
land tropical forests. 


The antbirds and gnat-eaters are variable in their 
body form and size. Their body length ranges from 
4-14 in (10-36 cm), and they have short, rounded 
wings, and a rounded tail that can be very short or 
quite long. Most species have a rather large head with 
a short neck, and the bill is stout and hooked at the tip. 
Species that live and feed in the forest canopy have a 
relatively long tail and wings, while those of ground- 
feeding species are shorter. 


The colors of the plumage of most species are 
rather subdued hues of browns and grays, although 
there are often bold patterns of white, blue, or black. 
Males and females of most species have different plu- 
mage. These birds generally occur in solitary pairs, 
which are permanent residents in a defended territory. 


Species of antbirds forage widely in the forest floor or 
canopy for their food of insects, spiders, and other inver- 
tebrates. Species of antbirds are prominent members of 
the local, mixed-species foraging flocks that often occur in 
their tropical forest habitat. These flocks can contain as 
many as 50 species, and are thought to be adaptive because 
they allow better detection of birds of prey. 


Despite their name, antbirds rarely eat ants. 
Antbirds received their common name from the habit 
of some species of following a column of army-ants as 
it moves through their tropical forest habitat. These 
predatory assemblages of social insects disturb many 
insects as they move along the forest floor. Antbirds 
and other species of birds often follow these columns 
to capture insects and other prey that have been 
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disturbed by the army ants. About 27 species of ant- 
birds have the habit of actively following army ants, 
while other species do this on a more casual, less 
focused basis. 


Antbirds lay two to three eggs in a cup-shaped 
nest located in a low tree or on the ground. Both 
parents share in the incubation of the eggs and the 
nurturing of the young. Pairs of antbirds are monog- 
amous for life, the partners remaining faithful to one 
another until death. 


Species of antbirds are prominent elements of the 
avian community of the lowland tropical forests that 
are their usual habitat. In some cases in Amazonia, as 
many as 30-40 species of antbirds can occur in the same 
area, dividing up the habitat into subtly defined niches. 


The white-faced ant-catcher (Pithys albifrons) is an 
ant-following species of the tropical forests of Amazonian 
Brazil and Venezuela. The ocellated ant-thrush (Phaeno- 
stictus mcclennani) ranges from Nicaragua to Ecuador. 
The rufous-capped ant-thrush (Formicarius colma) for- 
ages on the floor of Amazonian forests of Brazil, 
Venezuela, Ecuador, and Peru. 


The precise conservation status of many antbird 
species is unknown, although the abundance of many 
species of tropical and semi-tropical birds is declining 
due to the destruction of their natural forest habitat. 
Among those antbird species whose status is known, 
the most critically endangered are four species from 
Brazil—the Alagoas antwren (Myrmotherula snowi), 
the Rio de Janiero antwren (M. fluminensis), the 
Rondonia bushbird (Clytoctantes atrogularis), and 
the Restinga antwren (Formicivora littoralis). 


| Anteaters 


Anteaters belong to the family Myrmecophagidae, 
which includes four species in three genera. They are 
found in Trinidad and range from southern Mexico to 
northern Argentina. The spiny anteater (echidna) of 
Australia is an egg-laying mammal and is not related 
to the placental anteaters of the New World. The 
banded anteater (or numbat) of Australia is a marsupial 
mammal, and not a close relative of the placental ant- 
eaters. The anteater’s closest relatives are sloths, arma- 
dillos, and pangolins. All belong to the order Xenarthra. 


Anteaters feed by shooting their whip-like tongues in 
and out of insect nests up to 160 times per minute. Ants, 
along with sticks and gravel, stick to the sticky tongue like 
flies to flypaper. Horny papillae toward the rear of the 
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A giant anteater (Myrmecophaga tridactyla). (Robert 
J. Huffman. Field Mark Publications.) 


two-foot-long tongue help this toothless mammal to grind 
its food, which is reduced further by the muscular stom- 
ach. It is thought that the grit the anteater swallows may 
actually help its stomach process the food. Ina typical day, 
a giant anteater, the largest of four species, will consume 
up to 30,000 ants. 


Anteaters’ bodies have a narrow head and torso 
and a long, slender snout that is kept close to the 
ground to sniff for insects. Anteaters have poor eye- 
sight and hearing but a keen sense of smell. Their legs 
end in long, sharp claws that are used primarily to 
open ant and termite nests but that double as defensive 
weapons. To protect their claws, anteaters walk on 
their knuckles with their claws turned inward. 


A diet of ants and termites provides little energy, so 
anteaters have adapted by evolving an unusually low rest- 
ing metabolic rate and low core body temperature, moving 
slowly and spending much of the day sleeping. Female 
anteaters bear only one offspring per year and devote 
much of their energy to caring for the young. 


The largest of the four New World species is the 
giant anteater (Myrmecophaga tridactyla), which is 
widely distributed throughout Central and South 
America east of the Andes to northern Argentina. 
The giant anteater is about the size of a large dog. It 
is covered with short, mostly gray hair, except on its 
tail, which has long, bushy fur. True to its name, the 
giant anteater subsists almost entirely on large, 
ground-dwelling ants. It moves between ant nests, 
taking just a little from each nest, thereby avoiding 
excessive ant bites and depletion of its food supplies. 


Giant anteaters are solitary creatures, pairing up 
shortly before mating and parting just afterward. 
Females suckle their young for about six months and 
carry them on their backs for up to a year, when the 
young anteaters are nearly fully grown. The giant anteater 
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Pangolin—A toothless, scaly, anteater-like mam- 
mal that feeds on insects (ants and termites) and is 
found in Asia and Africa. 

Papillae—A general term for any tiny projections 
on the body, including the roots of developing 
teeth, hair, feathers, and the bumps on the tongue. 
Prehensile tail—A strong tail adapted for grasping 
or wrapping around objects. 


is considered near threatened by the World Conservation 
Union (IUCN) due to habitat destruction and hunting. 


The lesser, or collared, anteater consists of two 
species, Tamandua mexicana and T. tetradactyla. 
Tamandua mexicana is found from southern Mexico 
to northwestern Venezuela and Peru, while T. tetra- 
dactyla lives in Trinidad and South America, east of 
the Andes, from Venezuela to northern Argentina and 
southern Brazil. Lesser anteaters are distinguished 
from giant anteaters by their large ears, prehensile 
tails, and affinity for climbing trees. They are about 
half the size of giant anteaters and are covered with 
bristly hair that varies in color from blond to brown. 
The term collared anteater refers to the band of black 
fur encircling the abdomen, found in 7. mexicana and 
T. tetradactyla. The tree-climbing lesser anteaters feed 
mostly on termites. Like the giant anteater, the female 
tamandua carries her offspring on her back. 


The most elusive of the four species of anteater is 
the silky anteater (Cyclopes didactylus). This squirrel- 
sized animal spends most of the day sleeping in trees 
and comes out to forage for ants at night. Silky ant- 
eaters are distributed from southern Mexico to most 
of the Amazon basin and west of the Andes to north- 
ern Peru. These anteaters rest on the branches of the 
silk cotton trees, where their silky, gold and gray fur 
blends with the trees’ soft, silver fibers. This camou- 
flage protects the silky anteater from owls, eagles, and 
other predators. In this species, both parents feed the 
young and carry their offspring on their backs. 


See also Monotremes; Spiny anteaters. 
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[ Antelopes and gazelles 


Antelopes and gazelles belong to the family 
Bovidae, which includes even-toed, hoofed animals 
with hollow horns and a four-chambered stomach. 
Sheep, cattle, and goats are also bovids. The family 
Bovidae in Africa includes nine tribes of antelopes, 
one of which includes the 12 species of gazelles (Anti- 
lopini). Other tribes are the duikers (Cephalophini); 
dwarf antelopes (Neotragini); reedbuck, kob, and 
waterbuck (Reduncini); hartebeeste, topi, and wild- 
ebeeste (Alcelaphini); impala (Aepycerotini); bush- 
buck, kudu, and eland (Tragelaphini); rhebok 
(Peleini); and horse antelopes (Hippotragini). Most 
antelopes and gazelles are found in Africa, where 72 
of the 84 species live. The word gazelle comes from an 
Arabic word that means affectionate. Antelopes and 
gazelles can be found throughout the grasslands of 
Africa, in mountains, forests, and deserts. Antelopes 
range in size from small, 15-lb (7-kg) antelopes to 
the large, 1,200-lb (545-kg) eland of East and West 
Africa. 


Antelopes and gazelles are noted for the beauty of 
their horns. Some are spiral in shape; others are ringed, 
lyre-shaped, or S-shaped. Gazelles have black-ringed 
horns 10-15 in (25-38 cm) long. Depending on the size 
of the species, the horns can be as short as 1 in (2.5 cm) 
or as long as 5 ft (1.5 m). Grant’s gazelle has horns that 
are as long as the shoulder height of the animal. In 
most species the females as well as the males have 
horns. 


The prevailing color of antelopes and gazelles is 
brown or black and white, but different species show 
a range of coloration and markings. All antelopes 
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Satellite dishes at NTV Technical Center outside Moscow. (AP/Wide World Photos.) 


and gazelles have scent glands that they use to mark 
territory and to signal age, sex, and social status. 
Glands can be preorbital (below the eyes), interdigital 
(between the hooves), subauricular (below the ears), or 
on the back, shins, and genital areas of the animals. 


Smaller species of antelopes with well-developed 
hind quarters and coloration indicate a reliance on 
concealment and bounding escape runs. The larger 
species tend to inhabit open spaces, since they are 
able to escape predators by running away at high 
speeds, some reaching 35 mph (56 km/h). 


Some species, such as the Dorcas gazelle and the 
oryx of the dry savanna regions, have developed 
effective ways to decrease the need for water. Some 
species are solitary in habit while others, such as the 
impala, live in herds, which are either single sex (all 
females) that mate only with the dominant male, or 
are herds of both males and females. Some groups 
consist only of adolescent males. They can be polyg- 
amous—one male to a number of females—or 
monogamous. Common to all species is the birth 
of one offspring. The gestation period ranges from 
four to nine months depending on the size of the 
species. 
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| Antenna 


An antenna is a device used to transmit or receive 
radio waves, which are electromagnetic waves with 
wavelengths longer than that of infrared light. 
Antennas mediate between electrical signals flowing 
in a wire or waveguide and electromagnetic waves 
moving through air, water, a vacuum, or some other 
medium. An antenna, such as the antenna in a cell 
phone, can take high frequency pulses from an elec- 
trical signal generator, focus them, and launch them 
into space. Conversely, it can pick up waves from 
space, and send them to a receiver. You can think of 
an antenna as a soap bubble pipe: pulses (soap film) 
travel down the transmission line (pipe stem), reach 
the bowl (antenna), and are electrically shaped and 
pushed out into free space. The horn antennas used 
for microwave communication are designed to let the 
radiation spread out gradually rather than undergo an 
abrupt transition from the waveguide into free space. 
This is known as impedance matching. 


In mechanical terms, there are basically two types 
of antennas: those that rotate and those that are 
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stationary. Rotating antennas usually operate as 
search and detection systems. They are typically 
found on ships, in airports, or at weather stations. 
Often, an antenna will include a reflecting element to 
focus the radio waves, commonly parabolic or shaped 
something like an orange slice. 


The stationary antenna type is generally found at 
radio or microwave transmitting sites. This antenna 
configuration can be a long wire between pylons, a 
single pylon with a long rod at the top, or a number of 
unevenly spaced rods like an outdoor television 
antenna. The satellite dish, an antenna with a para- 
bolic reflector, is another common type of stationary 
configuration. 


See also Radar. 


Anther see Flower 


| Anthrax 


Anthrax refers to a pulmonary disease that is 
caused by the bacterium Bacillus anthracis. This dis- 
ease has been present since antiquity. It may be the 
sooty “morain” in the Book of Exodus, and is prob- 
ably the “burning wind of plague” that begins 
Homer’s //liad. Accounts by the Huns during their 
sweep across Eurasia in AD 80 describe mass deaths 
among their horses and cattle attributed to anthrax. 
These animals, along with sheep, are the primary tar- 
gets of anthrax. Indeed, loss to European livestock in 
the eighteenth and nineteenth centuries stimulated the 
search for a cure. In 1876, Robert Koch identified the 
causative agent of anthrax. 


The use of anthrax as a weapon is not a new 
phenomenon. In ancient times, diseased bodies were 
used to poison wells, and were catapulted into cities 
under siege. In modern times, research into the use of 
anthrax as a weapon was carried out during World 
War I and World War I. In World War H, Japanese 
and German prisoners were subjects of medical 
research, including their susceptibility to anthrax. 
Allied efforts in Canada, the United States, and 
Britain to develop anthrax-based weapons were also 
active. Britain actually produced five million anthrax 
cakes at the Porton Down facility to be dropped on 
Germany to infect the food chain. 


In non-deliberate settings, humans acquire 
anthrax from exposure to the natural reservoirs of 
the microorganism, from livestock such as sheep or 
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A case of cutaneous anthrax. (NMSB/Custom Medical Stock 
Photo.) 


cattle or wild animals. Anthrax has been acquired by 
workers engaged in shearing sheep, for example. 


Human anthrax can occur in three major forms. 
Cutaneous anthrax refers to the entry of the organism 
through a cut in the skin. Gastrointestinal anthrax 
occurs when the organism is ingested in food or 
water. Finally, inhalation anthrax occurs when the 
organism is inhaled. 


All three forms of the infection are serious, even 
lethal, if not treated. With prompt treatment, the 
cutaneous form is often cured. Gastrointestinal 
anthrax, however, can still be lethal in 25-75% of 
people who contract it. Inhalation anthrax is almost 
always fatal. 


The inhalation form of anthrax can occur because 
of the changing state of the organism. Bacillus anthra- 
cis can live as a large “vegetative” cell, which under- 
goes cycles of growth and division, or the bacterium 
can wait out the nutritionally bad times by forming a 
spore and becoming dormant. The spore is designed to 
protect the genetic material of the bacterium during 
hibernation. When conditions are conducive for 
growth and reproduction, the spore resuscitates and 
active life goes on again. The spore form can be easily 
inhaled. Only 8,000 spores, hardly enough to cover a 
snowflake, are sufficient to cause the pulmonary dis- 
ease when they resuscitate in the warm and humid 
conditions deep within the lung. 


The dangers of an airborne release of anthrax 
spores are well known. British open-air testing of 
anthrax weapons in 1941 on Gruinard Island in 
Scotland rendered the island uninhabitable for five 
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KEY TERMS 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a foreign 
substance or particle). It marks foreign microorgan- 
isms in the body for destruction by other immune 
cells. 


Bronchitis—Inflammation of the mucous mem- 
brane of the bronchial tubes of the lung that can 
make it difficult to breathe. 


Cutaneous—Pertaining to the skin. 


Meningitis—Inflammation of the meninges; mem- 
branes covering the brain and spinal cord. 


Pulmonary—Having to do with the lungs or respi- 
ratory system. 


Spore—A dormant form assumed by some bacte- 
ria, such as anthrax, that enable the bacterium to 
survive high temperatures, dryness, and lack of 
nourishment for long periods of time. Under proper 
conditions, the spore may revert to the actively 
multiplying form of the bacteria. 


decades. In 1979, an accidental release of a minute 
quantity of anthrax spores occurred at a bioweapons 
facility near the Russian city of Sverdlovsk. At least 77 
people were sickened and 66 died. All the affected were 
some 2.5 miles (4 km) downwind of the facility. Sheep 
and cattle up to 31 miles (50 km) downwind became ill. 


Three components of Bacillus anthracis are the 
cause of anthrax. First, the bacterium can form a 
capsule around itself. The capsule helps shield the 
bacterium from being recognized by the body’s 
immune system as an invader and helps fend off the 
antibodies and immune cells that try to deal with the 
bacterium. This can allow the organism to multiply to 
large numbers that overwhelm the immune system. 
The capsule also contains an antigen that has been 
designated a protective antigen. The antigen is protec- 
tive, not to the host being infected, but to the bacte- 
rium. The protective antigen dissolves protein, which 
can allow the bacterium to “punch” through the mem- 
brane surrounding cells of the host, such as the epi- 
thelial cells that line the lung. Once inside the cells, a 
bacterium is safe from the host’s immune defenses. A 
second toxic component, which is called lethal factor, 
destroys the immune cells of the host. Finally, a third 
toxic factor is known as edema factor (named because 
it results in the accumulation of fluid at the site of 
infection). Edema factor disables a molecule in the 
host called calmodulin, which is used to regulate 
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many chemical reactions in the body. The end result 
of the activity of the toxic factors of Bacillus anthracis 
is to quell the immune response and so to allow the 
infection to spread. 


As the bacteria gain a foothold, toxins enter the 
bloodstream and circulate throughout the body, caus- 
ing destruction of blood cells and tissues. The damage 
can prove to be overwhelming to treatment efforts, 
and death occurs. 


Anthrax infections are difficult to treat because 
the initial symptoms are similar to other, less serious 
infections, such as the flu. By the time the diagnosis is 
made, the infection can be too advanced to treat. 
A vaccine for anthrax does exist, but to date, only 
those at high risk for infection (soldiers, workers in 
meat-processing plants, anthrax research scientists) 
have received the vaccine, due to the possible serious 
side effects that can occur. Work to establish a safer 
vaccine is underway. The edema factor may be a 
potential target of a vaccine. Another promising target 
is the protective antigen of the capsule. If the action of 
this antigen could be blocked, the bacteria would not 
be able to hide inside host cells and could be more 
effectively dealt with by the immune response and with 
antibiotics. 


In 2001, the United States experienced several 
deliberate releases of anthrax spores through the mail- 
ing of contaminated letters. As of 2006, those respon- 
sible for the incidents have not been identified. These 
incidents led to the call for a nationwide immunization 
program against a possible airborne bioterrorist 
release of the anthrax spores. However, whether the 
vaccine would provide complete protection against 
anthrax used as a biological weapon is, as yet, unclear. 


See also Biological warfare. 
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Anthropocentrism 


tl Anthropocentrism 


A “-centrism” is a worldview or way of looking at 
things that places some particular value or group at 
the center. Anthropocentrism is that worldview that 
considers humans to be the most important thing in 
the Universe, or at least on the planet Earth. In con- 
trast, the biocentric worldview considers humans to be 
a particular species of animal, without greater intrinsic 
value than any of the other species of organisms that 
occur on Earth. The ecocentric world view incorpo- 
rates the biocentric one, while additionally proposing 
that humans are a natural component of Earth’s eco- 
system and that humans have a right to the products 
and services of ecosystems in order to sustain them- 
selves and their societies. 


It is agreed by almost all scientists and philoso- 
phers that scientific knowledge cannot resolve ques- 
tions of value. That is, science can only reveal what is, 
not what should or shouldn’t be, which is the realm of 
values or morality. Therefore, although some value 
debates involve facts provided by science, they are 
not scientific debates. Scientific research cannot 
resolve them and scientists do not speak in them with 
special authority. The debates about anthropocen- 
trism and other value systems are of this type. 


There are a number of implications of the anthro- 
pocentric view, which strongly influence the ways in 
which humans interpret their relationships with other 
species and with nature and ecosystems. Some of these 
are as follows: 


1. The anthropocentric view suggests that humans 
have greater intrinsic value than other species. A pos- 
sible result of this attitude is that any species that are 
of potential use to humans are a “resource” to be 
exploited. This has, historically, usually occurred in 
an unsustainable fashion that results in degradation, 
sometimes to the point of extinction, of nonhuman 
species, as has occurred with the dodo, great auk, 
and other animals. 


2. The view that humans have greater intrinsic 
value than other species also influences ethical judg- 
ments about interactions with other organisms. These 
ethics are often used to legitimize treating other species 
in ways that would be considered morally unaccept- 
able if humans were similarly treated. For example, 
animals are often treated cruelly in medical research 
and agriculture. This treatment of other species has 
been labeled “speciesism” by some ethicists. 


3. Another possible implication or assumption of 
the anthropocentric view is the belief that humans are 
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the height of the natural evolutionary progression of 
species and of life. This belief is often said to be in 
contrast to the modern biological theory of evolution, 
which does not find any scientific use for ranking some 
species as “higher” than any others (although such 
language has often been used by biologists over the 
last two centuries). 


Thus, anthropocentric views can be, and often 
have been, used to justify unlimited violence against 
the nonhuman world. However, it should also be 
noted that such violence does not follow as a logical 
necessity from all forms of anthropocentrism. For 
example, an anthropocentrism that views human 
beings as charged with a caretaking or nurturing mis- 
sion with respect to the rest of Nature might urge 
human beings to be mindful of the nonhuman. A few 
evangelical Christian thinkers have advanced such 
ideas in recent years. Likewise, ecocentric or biocentric 
views that cast human beings as “just another species” 
do not logically require that we treat nonhumans as 
well as we treat humans; the darker conclusion might 
be drawn that humans need be treated no better than 
we now usually treat nonhumans. A few extreme 
thinkers of the ecoregional school have argued that 
mass famines in places such as Africa are “natural” 
and should not be interfered with. 


The individual, cultural, and technological skills 
of humans are among the attributes that make our 
species, Homo sapiens, special and different. The qual- 
ities of humans have empowered the species to a 
degree that no other species has achieved during the 
history of life on Earth, through the development of 
social systems and technologies that make possible an 
intense exploitation and management of the environ- 
ment. This power has allowed humans to become the 
most successful species on Earth (although if sheer 
numbers are the measure of success, then bacteria 
and insects are more successful than humans and 
always will be). This success is indicated by the large 
population of humans that is now being maintained 
and the increasing amounts of Earth’s biological and 
environmental resources that are being appropriated 
to sustain the human species. 


Success, however, is a value concept, not a strictly 
scientific concept. Thus, group size is not the only pos- 
sible measure of evolutionary success. Sustainability or 
duration of the group might be chosen as a better meas- 
ure. There are clear signals that the intense exploitation 
of the environment by humans is causing widespread 
ecological degradation and diminishing the Earth’s 
carrying capacity or ability to sustain people, other 
species, and ecosystems. As this environmental deteri- 
oration continues, the recent centuries of unparalleled 
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success of the human species may turn out to be 
short-lived. Human beings have always, and will 
always, require access to a continued flow of ecolog- 
ical goods and services to sustain themselves and their 
societies. 


Anthropocentrism should not be confused with 
the anthropic principle, a controversial idea in cosmol- 
ogy and astronomy. The anthropic principle is that 
since we are observing the universe, cosmic conditions 
must be such that they permit us, the observers, to 
evolve. That is, only a universe that permits observers 
to evolve is an observable universe. The significance of 
this fact for physics and cosmology has been much 
debated. Some scientists have argued that there is an 
infinite multiverse or endless foam of universes, all 
with different characteristics, and that only those uni- 
verses whose conditions permit the evolution of intel- 
ligent observers can be observed by us or anyone else. 
The multiverse concept remains a hypothesis. 


! Anthropometry 


The measurement of the human body, its compo- 
nent parts and relative dimensions, such as body 
weight, height, length of limbic bones, pelvic bones, 
skull, etc., is known as anthropometry. The word 
anthropometry comes from the Greek anthropos, 
meaning man, plus the word metron, meaning meas- 
ure. Anthropometry is a scientific tool presently used 
in several fields including medicine, anthropology, 
archeology, and forensic science to study and compare 
relative body proportions among human groups and 
between genders. For instance, by comparing relative 
body and bone proportions between two groups of 
children of the same age, under normal and abnormal 
conditions, physicians can determine the impact of 
malnourishment upon the physical development dur- 
ing childhood. Anthropologists compare cranial and 
body proportions to identify sets of characteristics 
common to individuals of a given race and the mor- 
phological differences among races. Paleontologists 
are able to tell historical periods using anthropome- 
try—such as whether a set of skeletal remains pertains 
to a Neanderthal (man, woman, or child) or toa Homo 
sapien. 


Anthropology is the discipline that has developed 
anthropometrical comparison studies into a set of 
reliable standardized data and mathematical formu- 
lae, which are now useful for both modern forensic 
science and archeology. Presently, anthropometry is a 
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well-established forensic technique, which uses 
anthropological databanks to calculate computa- 
tional ratios of specific bones and skull features asso- 
ciated with differences between genders and with 
specific races. For instance, the size and conformation 
of pelvic bones and skull structures can indicate gen- 
der; the length of the long bones of limbs allows the 
estimation of height. The metric proportions of skull 
features, given by the size, shape, and relative position 
of structural bones such as the temporal bones and the 
mastoid process, superciliary ridge, supraorbital fora- 
men, zygomatic bone, nasal bone, mandible, ocular 
orbits, etc., may indicate race (Caucasian, Asian, 
African, or Native American), age (fetus, newborn, 
child, young adult, etc.), and gender. 


When a complete skeleton is available, the level of 
reliability in establishing sex, age, and race through 
anthropometrics is almost 100%. Pelvic bones alone 
offer a 95% reliability, while pelvic bones plus the 
skull result in an accurate estimation 98% of the 
time. Sex can be determined by studying the size and 
shape of some skull bones and by comparing them 
with the well-established dimorphisms (differences in 
shape) between human male and female skulls. For 
instance, the mastoid process, a conic protuberance 
forming the posterior part of the right and left tempo- 
ral bones, is large enough in males for the skull to rest 
on it on the surface of a table. In the female skull, 
however, the mastoid process will tilt backward to rest 
on the occipital area or other portions of the skull. 
This happens because the mastoid process in the 
female skull is not large enough to keep it in a balanced 
position on a flat surface. Gender dimorphisms are 
also found in many other human bones. 


Forensic anthropometry may also indicate the 
nutritional status of an individual, along with existing 
degenerative diseases or infections at the time of death. 
Such information may be combined with other kind of 
circumstantial and forensic data to identify human 
remains and to determine the cause of death. 


Anthropometry was not always considered a true 
science, however, because it initially gave rise to several 
political and social pseudo-scientific assumptions, and 
even to some poorly based medical theories, especially 
during the nineteenth and early twentieth centuries. 
Cesare Lombroso (1836-1908), an Italian physician, 
published a series of essays, “The Criminal Man” 
(1875), “Algometrics of the Sane and the Alienated 
Man” (1878), “The Delinquent Man” (1897), and, in 
1900, “The Crime, Causes and Remedies,” stating that 
two types of criminal temperaments existed, the crim- 
inoid and the natural-born criminal. Lombroso 
claimed that some specific anthropometrical body 
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Anti-inflammatory agents 


Paleoanthropolgist Jean-Louis Heim measuring human 
skull. Heim uses the skulls to study Neanderthal vocal ability. 
(© Pierre Vauthey/Corbis Sygma.) 


proportions were associated with each type of criminal. 
According to Lombroso, the natural-born criminal, 
whose urge to commit crimes was beyond his own 
will due to a hereditary psychological illness and com- 
pulsion, had prominent, long jaws and low eyebrows. 
The criminoid type of criminal, such as pickpockets 
and petty thieves, had long narrow fingers and scanty 
beards. Through facial, skull, and hand anthropomet- 
rics, Lombrose developed what came to be known as 
these Lombrosian Types. 


Paul Broca (1824-1880), a French surgeon inter- 
ested in brain morphology, published his anthro- 
pometrical studies in his essays “General Instructions 
for the Anthropological Investigation” and “Cranio- 
logical and Craniometrical Instructions.” Broca 
declared that women should be denied higher educa- 
tion because their cranial volume was smaller than 
a man’s. According to Broca, the reduced cranial 
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volume of women indicated that human females were 
less intelligent than males. 


Another example of pseudo-scientific use of 
anthropometrics involved claims by Nazi scientists 
during the World War II (1939-1941) that they 
could establish racial profiles of pure Aryan popula- 
tions, along with profiles of non-Aryans that they 
considered inferior, on the basis of measurements 
of skull and facial proportions and other body 
characteristics. 


These unfounded misuses of anthropometrics 
gave way to more sound scientific approaches after 
1950. Besides forensics, anthropometrics are now also 
used in industry for sizing clothing, machines, and 
other products to fit the people who use them. 


See also Autopsy; Forensic science. 
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| Anti-inflammatory agents 


Anti-inflammatory agents are compounds that 
reduce the pain and swelling associated with inflamma- 
tion. Inflammation is a response of the body to injuries 
such as a blow or a burn. The swelling of the affected 
region of the body occurs because fluid is directed to 
that region. The inflammatory response can aid the 
healing process. 


In conditions such as rheumatoid arthritis, how- 
ever, the swelling and increased tenderness that are 
characteristic of inflammation are undesirable. The 
intake of anti-inflammatory agents can ease the dis- 
comfort of arthritis, and other conditions such as 
asthma. 


The relief provided by anti-inflammatory agents 
has been known for millennia, even though the com- 
pound involved was not identified. Hippocrates, who 
lived 2,500 years ago, knew infusions of willow bark 
could aid in relieving pain. Only in the early twentieth 
century was the basis of this relief identified; anti- 
inflammatory chemicals called salicylates. A modified 
version of salicylic acid called acetylsalicylic acid is 
commonly known as aspirin. Today, anti-inflammatory 
agents are extremely popular as pain relievers. For 
example, over 80 billion tablets of aspirin are taken 
each year around the world. 
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KEY TERMS 


Inflammation—A complex series of events associ- 
ated with injury or disease that, when combined, 
serve to isolate, dilute, or destroy the agent respon- 
sible and the injured tissue. 


Over-the-counter—Medications that are sold 
without prescription. 


Side effects—Symptoms produced by a medication 
that are not related to its healing properties and may 
be dangerous. 


There are two groups of anti-inflammatory 
agents, the corticosteroids and the nonsteroidal anti- 
inflammatory drugs (NSAIDs). 


Corticosteroids are produced by the adrenal gland 
in carefully controlled amounts. Higher levels of the 
compounds are achieved by ingesting a pill or receiv- 
ing an injection (the systematic route), or by use of a 
skin cream, nasal spray, or inhaler (the local route). 
Examples of corticosteroids include prednisone, pre- 
dnisolone, and hydrocortisone. These compounds are 
potent anti-inflammatory agents. 


As their name implies, NSAIDs are not steroids. 
They are not produced in the adrenal gland. NSAIDs 
are produced naturally or are chemically made. 
Examples of NSAIDs include ibuprofen and acetylsa- 
licylic acid. 

Corticosteroids and NSAIDs prevent inflamma- 
tion by inhibiting the production of a compound in the 
body called prostaglandin. Prostaglandin is made 
from another molecule called arachidonic acid in a 
reaction that depends on the activity of an enzyme 
called cyclooxidase. Anti-inflammatory agents pre- 
vent cyclooxidase from working properly. The shut- 
down of prostaglandin production curtails the inflam- 
matory response and, because prostaglandin also aids 
in the passage of nerve impulses, pain is lessened. 


The relief produced by anti-inflammatory agents 
comes with a caution, however. Side effects sometimes 
occur, particularly with the steroids. Corticosteroids 
taken over an extended period of time via the system- 
atic route can produce fluid retention, weight gain, 
increased blood pressure, sleep disturbance, head- 
aches, glaucoma, and retardation of growth of chil- 
dren. The side effects of most NSAIDs are not so 
pronounced (ringing in ears, nausea, rash), and usu- 
ally result from an overdose of the compound. 
Nonetheless, a potentially fatal condition in children 
called Reye syndrome has been linked to the use of 
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aspirin, particularly if a child has recently had a bout 
of viral illness. 


Resources 


BOOKS 

Dalgleish, Angus, and Burkhard Haefner. The Link Between 
Inflammation and Cancer: Wounds that do not Heal. 
New York: Springer, 2005. 

Margoon, Joseph, and Jeffrey Bost. Fish Oil: The Natural 
Anti-Inflammatory. Laguna Beach: Basic Health 
Publications, 2006. 

Rubin, Bruce K., and Jun Tamaoki, editors. Antibiotics as 
Anti-Inflammatory and Immunomodulatory Agents. 
Basel: Birkhauser, 2005. 


| Antibiotics 


Antibiotics are natural or synthetic compounds 
that kill bacteria. There are a myriad of different anti- 
biotics that act on different structural or biochemical 
components of bacteria. Antibiotics have no direct 
effect on viruses. 


Prior to the discovery of the first antibiotic, penicil- 
lin, in the 1930s, there were few effective ways of com- 
bating bacterial infections. IIInesses such as pneumonia, 
tuberculosis, and typhoid fever were virtually untreat- 
able, and minor bacterial infections could blossom into 
life-threatening maladies. In the decades following the 
discovery of penicillin, many naturally occurring anti- 
biotics were discovered and still more were synthesized 
towards specific targets on or in bacteria. 


Antibiotics are manufactured by bacteria and var- 
ious eukaryotic organisms, such as plants, usually to 
protect the organism from attack by other bacteria. 
The discovery of these compounds involves screening 
samples of bacteria for an inhibition in growth of the 
bacteria. In commercial settings, such screening has 
been automated so that thousands of samples can be 
processed each day. Antibiotics can also be manufac- 
tured by tailoring a compound to hone in on a selected 
target. The advent of molecular sequencing technol- 
ogy and three-dimensional image reconstruction has 
made the design of antibiotics easier. 


Penicillin is one of the antibiotics in a class known 
as beta-lactam antibiotics. This class is named for the 
ring structure that forms part of the antibiotic mole- 
cule. Other classes of antibiotics include the tetracy- 
clines, aminoglycosides, rifamycins, quinolones, and 
sulphonamides. The action of these antibiotics is var- 
ied. For example, beta-lactam antibiotics exert their 
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Penicillin culture. (Custom Medical Stock Photo, Inc.) 


effect by disrupting the manufacture of peptidoglycan, 
which is the main stress-bearing network in the bacte- 
rial cell wall. The disruption can occur by either block- 
ing construction of the subunits of the peptidoglycan 
or preventing their incorporation into the existing net- 
work. In another example, amonglycoside antibiotics 
can bind to a subunit of the ribosome, which blocks 
the manufacture of protein or reduces the ability of 
molecules to move across the cell wall to the inside of 
the bacterium. As a final example, the quinolone anti- 
biotics disrupt the function of an enzyme that uncoils 
the double helix of deoxyribonucleic acid, which is 
vital if the DNA is to be replicated. 


Besides being varied in their targets for antibacterial 
activity, different antibiotics can also vary in the range 
of bacteria they affect. Some antibiotics are classified 
as narrow-spectrum antibiotics. They are lethal against 
only a few types (or genera) of bacteria. Other antibi- 
otics are active against many bacteria whose construc- 
tion can be very different. Such antibiotics are described 
as having a broad-spectrum of activity. 


In the decades following the discovery of penicil- 
lin, a myriad of different antibiotics proved to be 
phenomenally effective in controlling infectious bac- 
teria. Antibiotics quickly became (and to a large extent 
remain) a vital tool in the physician’s arsenal against 
many bacterial infections. Indeed, by the 1970s the 
success of antibiotics led to the generally held view 
that bacterial infectious diseases would soon be 
eliminated. However, the subsequent acquisition of 
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resistance to many antibiotics by bacteria has proved 
to be very problematic. 


Antibiotic resistance develops when antibiotics are 
overused or misused. If an antibiotic is used properly to 
treat an infection, then all the infectious bacteria should 
be killed directly or weakened such that the host’s 
immune response will kill them. However, the use of 
too low a concentration of an antibiotic or stopping 
antibiotic therapy before the prescribed time period can 
leave surviving bacteria in the population. These sur- 
viving bacteria have demonstrated resistance. 


Sometimes resistance to an antibiotic can be over- 
come by modifying the antibiotic slightly, via addition 
of a different chemical group. This acts to alter the 
structure of the antibiotic. Unfortunately, such a mod- 
ification tends to produce susceptibility to the new 
antibiotic for a relatively short time. 


If the resistance is governed by a genetic alteration, 
the genetic change may be passed on to subsequent 
generations of bacteria. For example, many strains of 
the bacterium that causes tuberculosis are now also 
resistant to one or more of the antibiotics routinely 
used to control the lung infection. As a second example, 
some strains of Staphylococcus aureus, which can cause 
boils, pneumonia, or bloodstream infections, are resist- 
ant to almost all antibiotics, making those conditions 
difficult to treat. Ominously, a strain of Staphylococcus 
(which so far has been rarely encountered) is resistant to 
all known antibiotics. 
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Antibody and antigen 


The antibody and antigen reaction is an important 
protective mechanism against invading foreign substan- 
ces. The antibody and antigen reaction, together with 
phagocytosis, constitute the immune response (humoral 
immune response). Invading foreign substances are 
antigens, while the antibodies, or immunoglobulins, are 
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Schematic diagrams of several classes of antibody molecules. 
(Hans & Cassidy. Courtesy of Gale Group.) 


specific proteins generated (or previously present in 
blood, lymph, or mucosal secretions) to react with a 
specific antigen. 
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Antigens, which are usually proteins or polysacchar- 
ides, stimulate the immune system to produce antibodies. 
The antibodies inactivate the antigen and help to remove 
it from the body. While antigens can be the source of 
infections from pathogenic bacteria and viruses, organic 
molecules detrimental to the body from internal or envi- 
ronmental sources also act as antigens. 


Once the immune system has created an antibody 
for an antigen, it retains the capability of being able to 
produce the specific antibodies for subsequent expo- 
sure to that antigen. This long-term memory of the 
immune system provides the basis for the practice of 
vaccination against disease. The immune system is 
capable of producing countless structurally different 
antibodies, each of which is unique to the particular 
antigen that is recognized as foreign by the immune 
system. 


There are three types of simple proteins known as 
globulins in the blood: alpha, beta, and gamma. 
Antibodies are gamma globulins produced by B lym- 
phocytes when antigens enter the body. The gamma 
globulins are referred to as immunoglobulins (Ig). 


Antibodies have a Y-shape. The branches are var- 
iable in their composition, while the stalk portion is 
common to most antibodies. These structural differ- 
ences of amino acids in each of the antibodies enable 
the individual antibody to recognize an antigen. 
An antigen has on its surface a combining site that 
the antibody recognizes from the combining sites on 
the arms of its Y-shaped structure. In response to the 
antigen that has called it forth, the antibody wraps its 
two combining sites like a “lock” around the “key” of 
the antigen combining sites to destroy it. 


An antibody’s mode of action varies with different 
types of antigens. With its two-armed Y-shaped struc- 
ture, the antibody can attack two antigens at the same 
time, one with each arm. If the antigen is a toxin 
produced by pathogenic bacteria that cause an infec- 
tion like diphtheria or tetanus, the binding process of 
the antibody will nullify the antigen’s toxin. When an 
antibody surrounds a virus, such as one that causes 
influenza, it prevents it from entering other body cells. 
Another mode of action by the antibodies is to call 
forth the assistance of a group of immune agents, 
which operate in what is known as the plasma comple- 
ment system. First the antibodies will coat infectious 
bacteria, and then white blood cells will complete the 
job by engulfing the bacteria, destroying them, and 
then removing them from the body. 


There are five different antibody types, each one 
having a different Y-shaped configuration and func- 
tion. They are the Ig G, A, M, D, and E antibodies. 
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An IgG molecule (left) is shown schematically (right). (Hans & Cassidy. Courtesy of Gale Group.) 


IgG 


IgG is the most common type of antibody. It is the 
most common Ig against microbes. It acts by coating 
the microbe to hasten its removal by other immune 
system cells. It gives lifetime or long-standing immun- 
ity against infectious diseases. It is highly mobile, pass- 
ing out of the blood stream and between cells, going 
from organs to the skin, where it neutralizes surface 
bacteria and other invading microorganisms. This 
mobility allows the antibody to pass through the pla- 
centa of the mother to her fetus, thus conferring a 
temporary defense to the unborn child. 


After birth, IgG is passed along to the child 
through the mother’s milk, assuming that she nurses 
the baby. Some of the Ig will still be retained in the 
baby from the placental transmission until it has time 
to develop its own antibodies. Placental transfer of 
antibodies does not occur in ruminant animals, such 
as horses, pigs, cows, and sheep. They pass their anti- 
bodies to their offspring only through their milk. 


IgA is found in body fluids such as tears, saliva, 
mucosa, and other bodily secretions. It is an antibody 
that provides a first line of defense against invading 
pathogens and allergens, and is the body’s major 
defense against viruses. It is found in large quantities 
in the bloodstream and protects other wet surfaces of 
the body. While they have basic similarities, each IgA 
is further differentiated to deal with the specific types 
of invaders that are present at different openings of the 
body. 


IgM is the largest of the antibodies. It is effective 
against larger microorganisms. Because of its large 
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size (it combines 5 Y-shaped units), it remains in the 
bloodstream, where it provides an early and diffuse 
protection against invading antigens, while the more 
specific and effective IgG antibodies are being pro- 
duced by the plasma cells. 


The ratio of IgM and IgG cells can indicate the 
various stages of a disease. In an early stage of a 
disease there are more IgM antibodies. As a typical 
infection progresses, many B cells shift from IgM 
production to production of IgG antibodies. The pres- 
ence of a greater number of IgG antibodies would 
indicate a later stage of the disease. IgM antibodies 
usually form clusters that are in the shape of a star. 


IgD acts in conjunction with B cells and T cells to 
help them in location of antigens. Research continues 
on establishing more precise functions of this antibody. 


IgE is the antibody that is responsible for allergic 
reactions; it attaches to cells in the skin called mast 
cells and basophil cells (mast cells that circulate in the 
body). In the presence of environmental antigens like 
pollens, foods, chemicals, and drugs, IgE releases his- 
tamines from the mast cells. The histamines cause the 
nasal inflammation (swollen tissues, running nose, 
sneezing) and the other discomforts of hay fever or 
other types of allergic responses, such as hives, 
asthma, and, in rare cases, anaphylactic shock (a life- 
threatening condition brought on by an allergy to a 
drug or insect bite). An explanation for the role of IgE 
in allergy is that it was an antibody that was useful to 
early man to prepare the immune system to fight para- 
sites. This function is presently overextended in react- 
ing to environmental antigens. 
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The presence of antibodies can be detected when- 
ever antigens such as bacteria or red blood cells are 
found to agglutinate (clump together), or where they 
precipitate out of solution, or where there has been a 
stimulation of the plasma complement system. 
Antibodies are also used in laboratory tests for blood 
typing when transfusions are needed and in a number 
of different types of clinical tests, such as the 
Wassermann test for syphilis and tests for typhoid 
fever and infectious mononucleosis. 


By definition, anything that makes the immune 
system respond to produce antibodies is an antigen. 
Antigens are living foreign bodies such as viruses, 
bacteria, and fungi that cause disease and infection, 
or other foreign materials such as dust, chemicals, 
pollen grains, or food proteins that cause allergic 
reactions. 


Antigens that cause allergic reactions are called 
allergens. A large percentage of any population, in 
varying degrees, is allergic to animals, fabrics, drugs, 
foods, and products for the home and industry. Not all 
antigens are foreign bodies. They may be produced in 
the body itself. For example, cancer cells are antigens 
that the body produces. In an attempt to differentiate 
its “self” from foreign substances, the immune system 
will reject an organ transplant that is trying to main- 
tain the body or a blood transfusion that is not of the 
same blood type as itself. 


There are some substances such as nylon, plastic, 
or Teflon that rarely display antigenic properties. For 
that reason, nonantigenic substances are used for arti- 
ficial blood vessels, component parts in heart pace- 
makers, and needles for hypodermic syringes. These 
substances seldom trigger an immune system 
response, but there are other substances that are 
highly antigenic and will almost certainly cause an 
immune system reaction. Practically everyone reacts 
to certain chemicals, for example: the resin from the 
poison ivy plant, the venoms from insect and reptile 
bites, solvents, formalin, and asbestos. Viral and bac- 
terial infections also generally trigger an antibody 
response from the immune system. For most people 
penicillin is not antigenic, but for some there can be an 
immunological response that ranges from severe skin 
rashes to death. 


Another type of antigen is found in the tissue cells 
of organ transplants. If, for example, a kidney is trans- 
planted, the surface cells of the kidney contain anti- 
gens that the new host body will begin to reject. These 
are called human leukocyte antigens (HLA), and there 
are four major types of HLA subdivided into further 
groups. In order to avoid organ rejection, tissue 
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samples are taken to see how well the new organ 
tissues match for HLA compatibility with the recipi- 
ent’s body. Drugs will also be used to suppress and 
control the production of helper/suppressor T cells 
and the amount of antibodies. 


Red blood cells with the ABO antigens pose a prob- 
lem when the need for blood transfusions arises. Before a 
transfusion, the blood is tested for type so that a com- 
patible type is used. Type A blood has one kind of 
antigen and type B another. A person with type AB 
blood has both the A and B antigen. Type O blood has 
no antigens. A person with type A blood would require 
either type A or O for a successful transfusion. Type B 
and AB would be rejected. Type B blood would be 
compatible with a B donor or an O donor. Since O has 
no antigens, it is considered to be the universal donor. 
Type AB is the universal recipient because its antibodies 
can accept A, B, AB, or O. One way of getting around 
the problem of blood types in transfusion came about as 
a result of World War II. The great need for blood 
transfusions led to the development of blood plasma, 
blood in which the red and white cells are removed. 
Without the red blood cells, blood could be quickly 
administered to a wounded soldier without the delay of 
checking for the blood antigen type. 


Another antigenic blood condition can affect the life 
of newborn babies. Rhesus disease (also called erythro- 
blastosis fetalis) is a blood disease caused by the incom- 
patibility of Rh factors between a fetus and a mother’s 
red blood cells. When an Rh negative mother gives birth 
to an Rh positive baby, any transfer of the baby’s blood 
to the mother will result in the production of antibodies 
against Rh positive red blood cells. At her next preg- 
nancy the mother will then pass those antibodies against 
Rh positive blood to the fetus. If this fetus is Rh positive, 
it will suffer from Rh disease. Tests for Rh blood factors 
are routinely administered during pregnancy. 


The process of protection against future exposure 
to an antibody by the deliberate introduction of an 
antigenic molecule is called vaccination. Western medi- 
cine’s interest in the practice of vaccination began in the 
eighteenth century. This practice probably originated 
with the ancient Chinese and was adopted by Turkish 
doctors. A British aristocrat, Lady Mary Wortley 
Montagu (1689-1762), discovered a crude form of vac- 
cination taking place in a lower-class section of the city 
of Constantinople while she was traveling through 
Turkey. She described her experience in a letter to a 
friend. Children who were injected with pus from a 
smallpox victim did not die from the disease but built 
up an immunity to it. Rejected in England by most 
doctors who thought the practice was barbarous, 
smallpox vaccination was adopted by a few English 
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KEY TERMS 


B cell—Immune system white blood cell that pro- 
duces antibodies. 


Booster—A dose of antigen given after an initial 
immunization to provide stronger immunity. 


Complement system—A series of 20 proteins that 
“complement” the immune system; complement 
proteins destroy virus-infected cells and enhance 
the phagocytic activity of macrophages. 


HLA (human leukocyte antigen)—The genetic 
markers showing tissue compatibility. 


Immunoglobulin—The protein molecule _ that 
serves as the primary building block of antibodies. 


Rh incompatibility disease—A lethal blood disease 
of the fetus or newborn infant caused by transmis- 
sion of maternal antibodies across the placenta to 
the fetus. It is due to Rh factor incompatibility 
between the mother and the fetus. 


T cells—Immune-system white blood cells that 
enable antibody production, suppress antibody 
production, or kill other cells. 


Universal donor/recipient—Blood type O is the 
universal donor; blood type AB is the universal 
recipient. 


physicians of the period; they demonstrated an almost 
100% rate of effectiveness in smallpox prevention. 


By the end of the eighteenth century, Edward 
Jenner (1749-1823) improved the effectiveness of vac- 
cination by injecting a subject with cowpox, then later 
injecting the same subject with smallpox. The experi- 
ment showed that immunity against a disease could be 
achieved by using a vaccine that did not contain the 
specific pathogen for the disease. In the nineteenth 
century, Louis Pasteur (1822-1895) proposed the 
germ theory of disease. He went on to develop a rabies 
vaccine that was made from the spinal cords of rabid 
rabbits. Through a series of injections starting from 
the weakest strain of the disease, Pasteur was able, 
after 13 injections, to prevent the death of a child 
who had been bitten by a rabid dog. 


Because of our knowledge of the role played by 
antibodies and antigens within the immune system, 
there is now greater understanding of the principles 
of vaccines and the immunizations they bring. 
Vaccination provides active immunity because our 
immune systems have had the time to recognize the 
invading germ and then to begin production of specific 
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antibodies for the germ. The immune system can con- 
tinue producing new antibodies whenever the body is 
attacked again by the same organism, or resistance can 
be bolstered by booster shots of the vaccine. 


For research purposes there were repeated efforts 
to obtain a laboratory specimen of one single antibody 
in sufficient quantities to further study the mechanisms 
and applications of antibody production. Success came 
in 1975 when two British biologists, César Milstein 
(1927-2002) and Georges Kohler (1946-1995) were 
able to clone Ig-producing cells of a particular type 
that came from multiple myeloma cells. Multiple mye- 
loma is a rare form of cancer in which white blood cells 
keep turning out a specific type of Ig antibody at the 
expense of others, thus making the individual more 
susceptible to outside infection. By combining the mye- 
loma cell with any selected antibody-producing cell, 
large numbers of specific monoclonal antibodies can 
be produced. Researchers have used other animals, 
such as mice, to produce hybrid antibodies which 
increase the range of known antibodies. 


Monoclonal antibodies are used as drug delivery 
vehicles in the treatment of specific diseases, and they 
also act as catalytic agents for protein reactions in 
various sites of the body. They are also used for diag- 
nosis of different types of diseases and for complex 
analysis of a wide range of biological substances. 
There is hope that they will be as effective as enzymes 
in chemical and technological processes and that they 
will play a role in genetic engineering research. 


See also Anaphylaxis; Transplant, surgical. 
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! Anticoagulants 


Anticoagulants are complex organic or synthetic 
compounds, often carbohydrates, which help prevent 
the clotting or coagulation of blood. Some commonly 
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used anticoagulant drugs are dicumarol, warfarin 
(Coumadin®), dipyridamole (Persantine®), enoxa- 
parin (Lovenox®) and heparin. The most widely used 
of these is heparin, which blocks the formation of 
thromboplastin, an important clotting factor in the 
blood. Most anticoagulants are used for treating exist- 
ing thromboses (clots that form in blood vessels) to 
prevent further clotting. Oral anticoagulants, such as 
warfarin and dicumarol, are effective treatments for 
venous thromboembolisms (a blockage in a vein caused 
by a clot), but heparin is usually prescribed for treating 
the more dangerous arterial thrombosis. 


Anticoagulants are often mistakenly referred to as 
blood thinners. Their real role is not to thin the blood 
but to inhibit the biochemical series of events that lead 
to the unnatural coagulation of blood inside unsev- 
ered blood vessels, a major cause of stroke and heart 
attack. Furthermore, this type of medicine will not 
dissolve clots that already have formed, although the 
drug stops an existing clot from worsening. 


The coagulation process 


In 1887, Russian physiologist Ivan Petrovich 
Pavlov (1849-1936) first postulated the existence of 
natural anticlotting factors in animals and humans. 
His extensive studies of blood circulation led him to 
the realization that when blood reaches the lungs, it 
loses some of its ability to coagulate, a process aided, 
he believed, by the addition of some anticlotting sub- 
stance. In 1892, A.A. Schmidt, who pioneered the enzy- 
matic theory of blood coagulation, published the first 
data proving the existence of coagulation-inhibiting 
agents in liver, spleen, and lymph node cells. He later 
isolated this agent from liver tissue and demonstrated 
its anticoagulant properties. In 1905, German internist 
and physiologist Paul Morawitz (1879-1936) hypothe- 
sized that thrombosis might be effectively controlled by 
reducing the coagulation properties of the blood using 
antithrombins found in plasma. 


Most modern theories of coagulation are scientifi- 
cally complex and involve numerous substances 
known as clotting factors. The major mechanism of 
clot formation involves the conversion of fibrinogen, a 
highly soluble plasma protein, into fibrin, a stringy 
protein. There are a number of steps in this conversion 
process. First, when blood vessels are severed, pro- 
thrombin activator is produced. This agent’s interac- 
tion with calcium ions causes prothrombin, an alpha 
globulin produced by the liver, to undergo conversion 
to thrombin. Next, thrombin, acting as an enzyme, 
triggers chemical reactions in fibrinogen, binding the 
molecules together end to end in long threads. Once 
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these fibrin structures are formed, they adhere to the 
damaged area of the blood vessel, creating a mesh that 
traps blood cells and platelets. The resulting sticky 
mass, a clot, acts as a plug to seal the vessel and 
prevent further blood loss. 


Thrombosis and embolism 


Normally, clots form only in response to tissue 
injury. The natural flow of blood keeps thrombin 
from congregating in any one area. Clots can usually 
form only when the blood flows slowly or when wounds 
are opened. A clot that forms in a vessel abnormally is 
known as a thrombus; if the clot breaks free and is 
swept up along through the blood stream to another 
location, it is known as an embolus. These abnormal 
formations are thought to be caused by condition 
changes in the linings of blood vessels. Atherosclerosis 
and other diseases that damage arterial linings may lead 
directly to the formation of blood clots. Anticoagulants 
are used to treat these conditions. 


Heparin 


The first effective anticoagulant agent was discov- 
ered in 1916 by a medical student, Jay McLean, at 
Johns Hopkins University, who isolated a specific 
coagulation inhibitor from the liver of a dog. This 
substance, known as heparin because it is found in 
high concentrations in the liver, could not be widely 
produced until 1933, when Canadian scientists began 
extracting the substance from the lungs of cattle. In 
1937, researchers began using heparin to treat and 
prevent surgical thrombosis and embolism. 


Heparin is a complex organic acid found in all 
mammalian tissues that contain mast cells (allergic 
reaction mediators). It plays a direct role in all phases 
of blood coagulation. In animals and humans, it is 
produced by mast cells or heparinocytes, which are 
found in the connective tissues of the capillaries, inside 
blood vessels, and in the spleen, kidneys, and lymph 
nodes. There are several types of heparin in widescale 
clinical use, all of which differ in physiologic activity. 
Various salts of heparin have been created, including 
sodium, barium, benzidine, and others. The most 
widely used form in medical practice is heparin sulfate. 


How it works 


Heparin works by inhibiting or inactivating the 
three major clotting factors—thrombin, thromboplas- 
tin, and prothrombin. It slows the process of throm- 
boplastin synthesis, decelerates the conversion of 
prothrombin to thrombin, and inhibits the effects of 
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thrombin on fibrinogen, blocking its conversion to 
fibrin. The agent also causes an increase in the number 
of negatively charged ions in the vascular wall, which 
helps prevent the formation of intravascular clots. 


Heparin is administered either by periodic injec- 
tions or by an infusion pump. The initial dose is usu- 
ally 5,000 units, followed by 1,000 units per hour, 
depending on the patient’s weight, age, and other 
factors. The therapy usually lasts for seven to ten 
days. Heparin is also used in the treatment of deep 
vein thrombosis, a serious surgical complication which 
is also associated with traumatic injury. This condition 
can lead to immediate death from pulmonary embo- 
lism or produce long-term, adverse effects. Patients 
with pelvic or lower extremity fractures, spinal cord 
injuries, a previous thromboembolism, varicose veins, 
and those over age 40 years are most at risk. Low-dose 
heparin is a proven therapy and is associated with only 
a minimal risk of irregular bleeding. 


Oral anticoagulants 


The development of oral anticoagulants can be 
linked directly to a widespread cattle epidemic in the 
United States and Canada during the mid-1920s. A 
scientist traced the cause of this outbreak to the cattle 
feed, a fodder containing spoiled sweet clover, which 
caused the cattle to bleed to death internally. Mixing 
alfalfa, a food rich in vitamin K, into the fodder seemed 
to prevent the disease. In 1941, research showed that 
the decaying sweet clover contained a substance that 
produced an anti-vitamin-K effect. The substance was 
isolated and called dicumarol. During the 1940s, the 
agent was synthesized and widely used in the United 
States to treat postoperative thrombosis. In 1948, a 
more powerful synthetic compound was derived for 
use, initially as a rodentcide. This substance, known 
as warfarin, is now one of the most widely prescribed 
oral anticoagulants. There are numerous other agents 
in clinical use. Acenocoumarol, ethyl biscoumacetate, 
and phenprocoumon, which are seldom used in the 
United States, are widely prescribed elsewhere in the 
world. 


Most oral anticoagulants work by suppressing the 
action of vitamin K in the coagulation process. These 
agents are extremely similar in chemical structure to 
vitamin K and effectively displace it from the enzy- 
matic process, which is necessary for the synthesis of 
prothrombin and other clotting factors. Indeed, one 
of the ways to treat irregular bleeding, the most 
common side effect of oral anticoagulants, is vitamin 
K therapy. 
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In addition to bleeding, another side effect of oral 
anticoagulant use is negative interaction with numerous 
other drugs and substances. Even unaided, oral anti- 
coagulants can have serious effects. For example, use of 
warfarin during pregnancy can cause birth defects, fetal 
hemorrhages, and miscarriage. Dicumarol, the original 
oral anticoagulant, is seldom used today because it 
causes painful intestinal problems and is clinically infe- 
rior to warfarin. 


Medical conditions and side effects 


A physician must know about any existing medi- 
cal conditions before prescribing anticoagulant drugs, 
because they can be dangerous in combination with 
certain conditions. Persons who take anticoagulants 
should see a physician regularly while taking these 
drugs. The physician will order periodic blood tests 
to check the blood’s clotting ability. 


These drugs can increase the risk of severe bleed- 
ing and heavy blood loss. Because of this risk, anyone 
taking an anticoagulant drug must take care to avoid 
injuries. Sports and other potentially hazardous activ- 
ities should be avoided. Any falls, blows to the body or 
head, or other injuries should be reported to a physi- 
cian, as internal bleeding may occur without any 
obvious symptoms. 


The most common minor side effects of anticoa- 
gulant medicines are bloating or gas. These problems 
usually go away as the body adjusts to the drug and do 
not require medical treatment. Side effects that are 
more serious may occur, especially if too much of 
this medicine is taken. Anyone who has unusual symp- 
toms while taking anticoagulant drugs should get in 
touch with his or her physician. 


People who are taking anticoagulant drugs should 
tell all medical professionals who provide medical 
treatments or services to them that they are taking 
this medicine. They should also carry identification 
stating that they are using an anticoagulant drug. 


Other prescriptions or over-the-counter medi- 
cine—especially aspirin—should not be taken without 
checking with the physician who prescribed the anti- 
coagulant drug. 


Diet also affects the way anticoagulant drugs 
work in the body. The reason that diet is so important 
is that vitamin K affects how the anticoagulant drugs 
work. Vitamin K is found in meats, dairy products, 
leafy, green vegetables, and some multiple vitamins 
and nutritional supplements. For the drugs to work 
properly, it is best to have the same amount of vitamin 
K in the body all the time. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Dicumarol—The first mass-produced oral anticoa- 
gulant was derived from sweet clover. 
Fibrinogen—A soluble plasma protein that, in the 
presence of thrombin, is converted into a more 
insoluble protein, fibrin, during the coagulation 
process. 

Heparin—The most widely used and effective anti- 
coagulant; it is found naturally in mammalian tissues. 
Thrombin—This plasma substance works as an 
enzyme to cause a reaction in fibrinogen, chemi- 
cally changing it into fibrin. 

Thrombus—A blood clot that forms abnormally in 
a vessel. 


Alcohol can change the way anticoagulant drugs 
affect the body. Anyone who takes these drugs should 
not have more than one to two drinks at any time and 
should not drink alcohol every day. 


Anyone who has had unusual reactions to anti- 
coagulants in the past should let his or her physician 
know before taking the drugs again. The physician 
should also be told about any allergies to foods, 
dyes, preservatives, or other substances. 


Anticoagulants may cause many serious problems 
if taken during pregnancy. Birth defects, severe bleed- 
ing in the fetus and other problems are possible. The 
mother may also experience severe bleeding if she 
takes anticoagulants during pregnancy, during deliv- 
ery, or even shortly after delivery. Some anticoagulant 
drugs may pass into breast milk. 


Recent advances 


Over the past three decades, the search for new, less 
toxic anticoagulants has led to the development and use 
of a number of synthetic agents, including fibrinlysin, 
thrombolytin, and urokinase. The enzyme streptoki- 
nase, developed in the early 1980s, is routinely injected 
into the coronary artery to stop a heart attack. Another 
new agent, tissue plasminogen activator, a blood pro- 
tein, is being generated in large quantities using 
recombinant-DNA (deoxyribonucleic acid) techniques. 
The search is on for a natural anticlotting factor that 
can be produced in mass quantities. 


See also Acetylsalicylic acid. 
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| Anticonvulsants 


Anticonvulsants are drugs designed to prevent the 
seizures or convulsions typical of epilepsy or other 
convulsant disorders. Epilepsy is not a single dis- 
ease—it is a set of symptoms that may have different 
causes in different people. There is an imbalance in the 
brain’s electrical activity, which causes seizures. These 
may affect part or all of the body and may or may not 
cause a loss of consciousness. Anticonvulsant drugs 
act on the brain to reduce the frequency and severity of 
seizures. 


Different types of seizures are treated with different 
kinds of anticonvulsants. Petit mal seizures may be so 
subtle that an observer will not notice that an individual 
is having one. Grand mal seizures are more dramatic 
and unmistakable. The patient may cry out, lose con- 
sciousness, and drop to the ground with muscle spasms 
in the extremities, trunk, and neck. The patient may 
remain unconscious after the seizure. 


Anticonvulsant drugs are an important part of the 
treatment program for epilepsy. Anticonvulsant drugs 
are available only by prescription because they are so 
potent and toxic if taken in excess. Their consumption 
must be carefully monitored by blood tests. Once an 
individual has been diagnosed with epilepsy, he or she 
must continue taking the anticonvulsant drugs for life. 


In addition to taking medicine, patients with epi- 
lepsy should get sufficient rest, avoid stress, and prac- 
tice good health habits. Some physicians believe that 
giving the drugs to children with epilepsy may prevent 
the condition from getting worse in later life. 
However, others say the effects are the same, whether 
treatment is started early or later in life. Determining 
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when treatment begins depends on the physician and 
his assessment of the patient’s symptoms. 


Anticonvulsant drugs include medicines such as 
phenobarbitol, carbamazepine (Tegretol®), phenytoin 
(Dilantin®), and valproic acid (Depakote®, Depak- 
ene®). The drugs are available only with a physician’s 
prescription and come in tablet, capsule, liquid, and 
sprinkle forms. The recommended dosage depends on 
the type of anticonvulsant, its strength, and the type of 
seizures for which it is being taken. 


Phenobarbital is an anticonvulsant drug that has 
been used since 1912 and it is still one of the better 
drugs for this purpose. Phenobarbital is used to treat 
infants (up to one year old) with any type of seizure 
disorder, and other children with generalized, partial, 
or febrile seizures. It is also used for treatment of 
status epilepticus (seizures lasting longer than 15 
minutes). The barbiturates, such as mephobarbital, 
and metharbital, are also sometimes used as anticon- 
vulsants. Of the family of barbiturate drugs, these are 
the only three that are satisfactory for use over a long 
period of time. They act directly on the central nervous 
system and can produce effects such as drowsiness, 
hypnosis, deep coma, or death, depending upon the 
dose taken. Because they are habit forming drugs, the 
barbiturates probably are the least desirable to use as 
anticonvulsant drugs. 


Tegretol® is an antiepileptic drug. Types of seizures 
treated with Tegretol® include: grand mal, focal, psy- 
chomotor and mixed (seizures that include complex 
partial or grand mal seizures). Absence seizures (petit 
mal) do not respond to Tegretol®. Phenytoin is a close 
relative to the barbiturates, but differs in chemical 
structure. Phenytoin acts on the motor cortex of the 
brain to prevent the spread of the signal that initiates a 
seizure. Sudden withdrawal of the drug after a patient 
has taken it for a long period of time can have serious 
consequences. The patient can be plunged into a con- 
stant epileptic state. Lowering the dosage or taking the 
patient off phenytoin must be done gradually. 


Valproic acid compounds are also antiepileptic 
drugs, though their mechanism of action is unknown. 
One of their major side effects is liver toxicity, appear- 
ing most often in young patients and in those who are 
taking more than one anticonvulsant drug. 


Another class of anticonvulsant drugs, the succi- 
nimides, suppress the brain wave pattern leading to 
seizures and stabilizes the cortex against them. These 
are useful drugs in the treatment of petit mal epilepsy, 
and like phenytoin, must be withdrawn slowly. 


Neurontin is another anticonvulsant medication 
belonging to the antiepileptic drug class. It is a medication 
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used as add-on therapy with other antiepileptic medica- 
tions to treat partial seizures common among adults over 
12 years old with epilepsy. 


Anticonvulsant drugs may interact with medicines 
used during surgery, dental procedures, or emergency 
treatment. These interactions could increase the 
chance of side effects. Anyone who is taking anticon- 
vulsant drugs should be sure to tell the health care 
professional in charge before having any surgical or 
dental procedures or receiving emergency treatment. 
Some people feel drowsy, dizzy, lightheaded, or less 
alert when using these drugs, especially when they first 
begin taking them or when dosage is increased. 
Anyone who takes anticonvulsant drugs should not 
drive, use machines or do anything else that might be 
dangerous until they have found out how the drugs 
affect them. This medicine may increase sensitivity to 
sunlight. Even brief exposure to the sun can cause a 
severe sunburn or a rash. 


People with certain medical conditions, or who 
are taking certain other medicines, can have problems 
if they take anticonvulsant drugs. Before taking these 
drugs, be sure to let the physician know about any of 
these conditions. The physician should also be told 
about any allergies to foods, dyes, preservatives, or 
other substances. 


Birth defects have been reported in babies born to 
mothers who took anticonvulsant drugs during preg- 
nancy. Women who are pregnant or who may become 
pregnant should check with their physicians about the 
safety of using anticonvulsant drugs during preg- 
nancy. Some anticonvulsant drugs pass into breast 
milk and may cause unwanted effects in babies 
whose mothers take the medicine. Women who are 
breast-feeding should check with their physicians 
about the benefits and risks of using anticonvulsant 
drugs. 


Anticonvulsant drugs may affect blood sugar lev- 
els. Patients with diabetes, who notice changes in the 
results of their urine or blood tests, should check with 
their physicians. Taking anticonvulsant drugs with 
certain other drugs may affect the way the drugs 
work or may increase the chance of side effects. The 
most common side effects are constipation, mild nau- 
sea or vomiting, and mild dizziness, drowsiness, or 
lightheadedness. These problems usually go away as 
the body adjusts to the drug and do not require med- 
ical treatment. Less common side effects may occur 
and do not need medical attention unless they persist 
or are troublesome. Anyone who has unusual symp- 
toms after taking anticonvulsant drugs should get in 
touch with his or her physician. 
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I Antidepressant drugs 


Antidepressant drugs are used to treat serious, 
continuing mental depression that interferes with 
a person’s ability to function. Antidepressants, spe- 
cifically the group MAOIs (monoamine oxidase 
inhibitors), were discovered in the early 1950s. The 
first MAOI found was iproniazid, which was initially 
used to treat tuberculosis. According to the National 
Institute of Mental Health, depressive disorders 
affect about 28 million U.S. citizens (and about 18.8 
million adults), as of 2006. The rate of increase of 
depression is about 23% in children within the 
United States. 


Everyone feels sad, blue, or discouraged occasion- 
ally, but usually those feelings do not interfere with 
everyday life and do not need treatment. However, 
when the feelings become overwhelming and last for 
weeks or months, professional treatment can help. 
Depression is one of the most common and serious 
mental disorders. However, it is also one of the most 
treatable. According to the American Psychiatric 
Association, 80 to 90% of people with depression 
can be helped. If untreated, depression can lead to 
social withdrawal, physical complaints, such as 
fatigue, sleep problems, and aches and pains, and 
even suicide. 


The first step in treating depression is an accu- 
rate diagnosis by a physician or mental health 
professional. The physician or mental health profes- 
sional will ask questions about the person’s medical 
and psychiatric history and will try to rule out other 
causes, such as thyroid problems or side effects of 
medicines the person is taking. Lab tests may be 
ordered to help rule out medical problems. Once a 
person has been diagnosed with depression, treat- 
ment will be tailored to the person’s specific problem. 
The treatment may consist of drugs alone, counseling 
alone, or drugs in combination with counseling 
methods such as psychotherapy or cognitive behav- 
ioral therapy. 


Antidepressant drugs help reduce the extreme 
sadness, hopelessness, and lack of interest in life that 
are typical in people with depression. These drugs also 
may be used to treat other conditions, such as obses- 
sive compulsive disorder, premenstrual syndrome, 
chronic pain, and eating disorders. 


Description 
Antidepressant drugs, also called antidepressants, 


are thought to work by influencing communication 
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between cells in the brain. The drugs affect chemicals 
called neurotransmitters, which carry signals from 
one nerve cell to another. These neurotransmitters are 
involved in the control of mood and in other responses 
and functions, such as eating, sleep, pain, and thinking. 


The main types of antidepressant drugs in use 
today are: 


- Tricyclic antidepressants, such as amitriptyline 
(Elavil®), imipramine (Tofranil®), and nortriptyline 
(Pamelor®). 


- Selective serotonin reuptake inhibitors (SSRIs or 
serotonin boosters), such as fluoxetine (Prozac®), 
paroxetine (Paxil®), and sertraline (Zoloft®). 


« Monoamine oxidase inhibitors (MAO inhibitors), 
such as phenelzine (Nardil®), and tranylcypromine 
(Parnate®). 


- Lithium (used mainly to treat manic depression, but 
also sometimes prescribed for recurring bouts of 
depression). 


Selective serotonin reuptake inhibitors act only on 
the neurotransmitter serotonin, while tricyclic antide- 
pressants and MAO inhibitors act on both serotonin 
and another neurotransmitter, norepinephrine, and 
may also interact with other chemicals throughout the 
body. Selective serotonin reuptake inhibitors have fewer 
side effects than tricyclic antidepressants and MAO 
inhibitors, perhaps because selective serotonin reuptake 
inhibitors act only on one body chemical, serotonin. 


Because the neurotransmitters involved in the 
control of moods are also involved in other processes, 
such as sleep, eating, and pain, drugs that affect these 
neurotransmitters can be used for more than just treat- 
ing depression. Headache, eating disorders, bed- 
wetting, and other problems are now being treated 
with antidepressants. 


All antidepressant drugs are effective, but differ- 
ent types work best for certain kinds of depression. 
For example, people who are depressed and agitated 
do best when they take an antidepressant drug that 
also calms them down. People who are depressed and 
withdrawn may benefit more from an antidepressant 
drug that has a stimulating effect. 


Recommended dosage 


Recommended dosage depends on the kind of 
antidepressant drug, the type and severity of the con- 
dition for which it is prescribed, and other factors such 
as the patient’s age. Check with the physician who 
prescribed the drug or the pharmacist who filled the 
prescription for the correct dosage. 
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Antihelmintics 


KEY TERMS 


Cognitive behavioral therapy—A type of psycho- 
therapy in which people learn to recognize and 
change negative and self-defeating patterns of 
thinking and behavior. 

Depression—A mood disorder where the predom- 
inant symptoms are apathy, hopelessness, sleeping 
too little or too much, loss of pleasure, self-blame, 
and possibly suicidal thoughts. 
Obsessive-compulsive disorder—An anxiety disor- 
der in which people cannot prevent themselves 
from dwelling on unwanted thoughts, acting on 
urges, or performing repetitious rituals, such as 
washing their hands or checking to make sure 
they turned off the lights. 

Premenstrual syndrome (PMS)—A set of symptoms 
that occur in some women 2 to 14 days before they 
begin menstruating each month. Symptoms 
include headache, fatigue, irritability, depression, 
abdominal bloating, and breast tenderness. 


Precautions 


While antidepressant drugs help people feel bet- 
ter, they cannot solve problems in people’s lives. Some 
mental health professionals worry that people who 
could benefit from psychotherapy rely instead on anti- 
depressant drugs for a quick fix. Others point out that 
the drugs work gradually and do not produce instant 
happiness. The best approach is often a combination 
of counseling and medicine, but the correct treatment 
for a specific patient depends on many factors. The 
decision of how to treat depression or other conditions 
that may respond to antidepressant drugs should be 
made carefully and will be different for different 
people. 


Always take antidepressant drugs exactly as 
directed. Never take larger or more frequent doses, 
and do not take the drug for longer than directed. 


Most antidepressant drugs do not begin working 
right away. The effects may not be felt for several 
weeks. Continuing to take the medicine is important, 
even if it does not seem to be working at first. 


Side effects 


Side effects depend on the type of antidepressant 
drug. 
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Interactions 


Antidepressant drugs may interact with a variety 
of other medicines. When this happens, the effects of 
one or both of the drugs may change or the risk of side 
effects may be greater. Some interactions may be life- 
threatening. Anyone who takes antidepressant drugs 
should let the physician know all other medicines he or 
she is taking. 
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I Antihelmintics 


Antihelmintics are drugs used to kill parasitic 
worms. The origin of the word antihelmintic is the 
Greek word helmins, meaning worm. These prepara- 
tions are also called vermicides. 


Worm infestations are among the most common 
parasitic diseases of man. Often the life cycle of the 
worm begins when a child playing in dirt ingests the 
eggs of the worm. The egg hatches in the child’s diges- 
tive tract, and the worms begin to reproduce, make 
more eggs, and infect more hosts. 


Parasitic worms may be either round (called nem- 
atodes), or have a segmented, flat configuration (called 
cestodes). Worms are most problematic in areas where 
sanitation is poor. 


The most common parasitic worm infestation in 
non-tropical climates is by the pinworm (Enterobias 
vermicularis), which is highly infectious and may affect 
an entire family before the infection is diagnosed. At 
any time, up to 20% of the childhood population has 
pinworms; this may jump to 90% among children who 
are institutionalized, as in an orphanage. 


Other roundworm infections are by the hookworm 
and whipworm, either of which can gain entrance to the 
body by penetrating the skin of a bare foot. Trichinosis 
derives from eating raw or undercooked pork contain- 
ing the worm larva. 
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Flat, segmented worms, also called tapeworms, 
can originate in raw beef, pork, or fish. These worms 
attach their heads to the walls of the intestine and shed 
square segments that are packages of eggs. 


Most roundworm infestations can be cleared by 
taking pyrantel pamoate, a drug for sale over the 
counter. It was developed in 1972 as a prescription 
drug. Because it is given in the form of a pill or syrup 
in a single dose, based on body weight, and has no 
serious side effects, pyrantel was approved for non- 
prescription sale. This medication relaxes the muscles 
to which the worm attaches on the intestinal wall so 
the worm is passed out with a normal fecal movement. 


Other, more potent drugs are available by pre- 
scription to treat worm infections. They include piper- 
azine, tetrachloroethylene, and thiabendazole for 
roundworms, and niclosamide for tapeworms. 


Antihelmintics are very effective at eliminating 
worm infections. For example, benzimidazole com- 
pounds achieve a cure in almost all who are treated. 
The elimination of infection does not guarantee 
against re-infection. Thus, in areas where worm infec- 
tions are common, repeated treatment with antihel- 
mintics can be a fact of life. 


See also Parasites. 


Larry Blaser 


l Antihistamines 


Antihistamines are medicines that relieve or pre- 
vent the symptoms of hay fever and other kinds of 
allergies. An allergy is a condition in which the body 
becomes unusually sensitive to some substance, such 
as pollen, mold spores, dust particles, certain foods, or 
medicines. These substances, known as allergens, 
cause no unusual reactions in most people, but in 
people who are sensitive to them, exposure to allergens 
causes the immune system to overreact. The main 
reaction is the release of a chemical called histamine 
from specialized cells in the body tissues. Histamine 
causes familiar and annoying allergy symptoms such 
as sneezing, itching, runny nose, and watery eyes. 


As their name suggests, antihistamines block the 
effects of histamine, and so reduce allergy symptoms. 
When used for this purpose, they work best when 
taken before symptoms are too severe. Antihistamine 
creams and ointments may be used to temporarily 
relieve itching. Some antihistamines are also used to 
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treat motion sickness, nausea, dizziness, and vomiting. 
And because some cause drowsiness, they may be used 
as sleep aids. 


By blocking the action of histamine, antihist- 
amines prevent symptoms that include headaches, 
irregular heart beat, and impaired breathing due to 
contracted bronchial tubes. In those with severe aller- 
gies, the use of antihistamines can be life-saving. 


However, the benefit of antihistamines comes with 
side effects that make their use cautionary. Some anti- 
histamine products are available only with a physician’s 
prescription. Others can be bought without a prescrip- 
tion. These drugs come in many forms, including tablets, 
capsules, liquids, injections and suppositories. Some 
common antihistamines are astemizole (Hismanal), 
brompheniramine (Dimetane, Dimetapp), chlorphenir- 
amine (Deconamine), clemastine (Tavist), diphenhydr- 
amine (Benadryl), doxylamine (an ingredient in sleep 
aids such as Unisom and Vicks NyQuil), loratadine 
(Claritin), and promethazine (Phenergan). 


Recommended dosage depends on the type of 
antihistamine. It is unwise to take larger or more 
frequent doses, or to take the drug longer than 
directed. For best effects, take antihistamines on a 
schedule, not just as needed. Histamine is released 
more or less continuously, so countering its effects 
requires regular use of antihistamines. 


Those with seasonal allergies should take antihist- 
amines before allergy season starts or immediately 
after being exposed to an allergen. Even then, how- 
ever, antihistamines do not cure allergies or prevent 
histamine from being released. They also have no 
effect on other chemicals that the body releases when 
exposed to allergens. For these reasons, antihist- 
amines can be expected to reduce allergy symptoms 
by only about 50%. For some people antihistamines 
become less effective when used over a long time. 
Switching to another type of antihistamine may help. 


The antihistamines Seldane and Seldane-D were 
taken off the market in 1997 due to concerns that the 
active ingredient, terfenadine, triggered life-threatening 
heart rhythm problems when taken with certain drugs. 
Terfenadine can also be dangerous to people with 
liver disease. The U.S. Food and Drug Administration 
encouraged people who were using Seldane to talk to 
their physicians about switching to another antihist- 
amine such as loratadine (Claritin) or to fexofenadine 
(Allegra), which is similar to Seldane but has a safer 
active ingredient. 


Astemizole (Hismanal) may also cause life-threat- 
ening heart rhythm problems or severe allergic reac- 
tions when taken in higher-than-recommended doses 
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Antimatter 


KEY TERMS 


Allergen—An otherwise harmless substance that 
can cause a hypersensitive allergic response. 


Anaphylaxis—A sudden, life-threatening allergic 
reaction. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 
Hallucinations usually result from drugs or mental 
disorders. 


Histamine—A chemical released from cells in the 
immune system as part of an allergic reaction. 


Phenylketonuria—(PKU) A genetic disorder in 
which the body lacks an important enzyme. If 
untreated, the disorder can lead to brain damage 
and mental retardation. 


Pollen—Dust-like grains produced by the male 
parts of plants and carried by wind, insects, or 
other methods, to the female parts of plants. 


or with certain drugs. The drug was withdrawn from 
the U.S. market in 1999. 


People with asthma, emphysema, chronic bron- 
chitis, sleep apnea, or other breathing problems 
should not use antihistamines unless directed to do 
so by a physician. 

Some antihistamines make people drowsy, dizzy, 
uncoordinated, or less alert. For this reason, anyone 
who takes these drugs should not drive, use machines, 
or do anything else that might be dangerous until they 
have found out how the drugs affect them. 


Nancy Ross-Flanigan 


Antihydrogen see Antimatter 


| Antimatter 


Antimatter is a form of matter made of particles 
that are equal in mass to the particles comprising 
ordinary matter—neutrons, protons, electrons, and 
so forth—but with opposite electrical properties. 
That is, an antiproton has the same mass as the pro- 
ton, but negative charge; an antielectron (positron) 
has the same mass as an electron, but negative charge; 
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and an antineutron has the same mass as a neutron, 
but with a magnetic moment opposite in sign to the 
neutron’s. Antiparticles are built up of antiquarks, 
which come in six varieties that mirror the six varieties 
of quarks in ordinary matter. In theory, antimatter has 
almost exactly the same properties as ordinary matter. 


When particles and antiparticles approach closely, 
they annihilate each other in a burst of high-energy 
photons. A complementary or reverse process also 
occurs: high-energy photons can produce particle- 
antiparticle pairs. Antiparticles are also given off by 
the nuclei of certain isotopes undergoing fission. 


The existence of antimatter was proposed by 
British physicist Paul Dirac (1902-1984) in 1927. The 
positron was first observed in 1932 and the antiproton 
and antineutron in the 1950s. The mutual annihilation 
process that occurs when matter and antimatter meet 
provides a 100% matter-to-energy conversion, as 
opposed to the low efficiencies achieved in nuclear 
fission and fusion reactions. However, antimatter can- 
not be used as a practical energy source because there 
are no bulk sources of antimatter. Antimatter can only 
be collected painstakingly, a few particles at a time. 


The production of antimatter from energy must 
always, so far as present-day physics can determine, 
produce matter and antimatter in equal quantities. 
Therefore, the big bang—the explosion in which the 
Universe originated—should have yielded equal quan- 
tities of matter and antimatter. However, the universe 
seems to consist entirely of matter. Where did all the 
antimatter go? What broke the symmetry between 
matter and antimatter? 


This remains one of the great unsolved problems 
of physics. In general terms, most physicists argue that 
some subtle aspect of quantum physics led to the 
production of very slightly greater numbers of ordi- 
nary particles than of antiparticles at the origin of the 
universe. Most particles and antiparticles annihilated 
each other, yielding energy, but the slight majority of 
ordinary particles persisted to yield the matter that 
comprises the universe today. 


For decades, some physicists theorized that it 
might still be out there—that some galaxies might con- 
sist of antimatter. Because antimatter should absorb 
and emit photons just like normal matter, it would be 
impossible to tell a matter galaxy from an antimatter 
galaxy by observing it through the telescope. 


Theoretical physicists now argue that this is 
unlikely, and that the entire universe almost certainly 
does consist entirely of ordinary matter—although 
they still don’t know why. If matter and antimatter 
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had segregated into separate galactic domains after 
the big bang, these domains must have gone through 
a process of mutual annihilation along their contact- 
ing borders; this would have produced large quantities 
of gamma rays, which would still be observable as a 
gamma-ray background everywhere in the sky. A cos- 
mic gamma-ray background of uncertain origin does 
exist, but is only about one fifth as intense as it would 
be if the formation of matter and antimatter domains 
were responsible for it. Nevertheless, if antimatter 
galaxies do exist, some of the very-high-speed atoms 
from space that are known as cosmic rays should 
consist of antimatter. A device to detect antimatter 
cosmic rays was tested briefly on a space shuttle flight 
in 1998 and found no antimatter. It was scheduled to 
make a more thorough investigation, operating on the 
International Space Station, in 2003, but as of October 
2006 it still had not flown again in space. It was 
scheduled for launch in 2007. 


Antimatter, despite its scarcity, has practical uses. 
Radioactive isotopes that give off positrons are the 
basis of PET (positron-emission tomography) scan- 
ning technique. When administered to a patient, a 
positron-emitting isotope of (say) oxygen is utilized 
chemically just like ordinary oxygen; when it breaks 
down, it emits positrons. Each positron cannot travel 
far before it encounters an electron. The two particles 
annihilate, giving off two identical, back-to-back 
gamma rays. These can be picked up by a detector 
array, and a map of positron-emission activity can be 
created by a computer that deduces the locations of 
large numbers of positron-electron annihilations from 
these gamma-ray detections. PET produces real-time 
images of brain activity of importance to neurology, 
and has also been used to probe the structure of non- 
living systems (engines, semiconductor crystals, etc.). 


The latest goal of antimatter research is the crea- 
tion of cool antihydrogen atoms (composed of an 
antiproton orbited by a positron). These early antihy- 
drogen atoms, however, were formed moving at high 
speed, and quickly struck normal atoms in the appara- 
tus and were destroyed. In 2002, researchers at CERN 
(Conseil Europée pour la Recherche Nucléaire) pro- 
duced thousands of antihydrogen atoms, which were 
cooled to about 50 degrees Kelvin. The goal of such 
research is to isolate the antihydrogen from ordinary 
matter long enough to observe its properties, such as 
its absorption and emission spectra; cool atoms, which 
are moving more slowly, are easier to confine. The 
properties of antihydrogen are predicted by theory to 
be identical to those of ordinary hydrogen; therefore, 
if they are not, revisions to basic physics will be 
required. As of late 2006, CERN researchers were still 
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working toward the goal of precision spectroscopy of 
antihydrogen. 


See also Acceleration; Accelerators; Atomic 
theory; Electromagnetic spectrum; Particle detectors; 
Quantum mechanics; Subatomic particles. 
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| Antimetabolites 


Antimetabolites are substances that kill organ- 
isms by interfering with normal metabolism. They 
are widely used in medicine because they can kill or 
inactivate microorganisms that cause disease. Terms 
such as antibacterials, antifungals, and antivirals are 
used to describe antimetabolites that act on bacteria, 
fungi, and viruses, respectively. In most cases, an anti- 
metabolite works by inhibiting the action of an 
enzyme that is crucial to the organism’s metabolic 
processes. When the enzyme is immobilized, the series 
of reactions by which metabolism occurs is interrupted 
and the microorganism dies. 


Classic examples of antimetabolite action include 
the effects of sulfa drugs, discovered in the 1930s, a 
group that includes sulfathiazole, sulfadiazine, and 
sulfacetamide. All sulfa drugs affect the metabolism 
of microorganisms in the same way. Under normal 
circumstances, a bacterium makes use of a compound 
known as para-aminobenzoic acid (PABA) to produce 
a second compound, folic acid, which is then used to 
manufacture nucleic acids in the bacterium. 


Sulfa drugs’ chemical structures are very similar 
to that of PABA. When a bacterium ingests a sulfa 
compound, the microorganism attempts to make folic 
acid using the sulfa drug rather than PABA. The folic 
acid—like compound that is produced, however, can 
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Antioxidants 


not be used to make nucleic acids. The bacterium’s 
normal metabolism is interrupted, and it dies. 


Antimetabolites may also work by interfering 
with protein synthesis in the cell of a microorganism 
or with the synthesis of a cell wall, causing it to break 
apart and die. 


Today, a wide variety of antimetabolite drugs are 
available, including members of the penicillin family, 
the tetracyclines, chloramphenicol, streptomycin, and 
the anticancer drug known as 5-fluorouracil. 


Antimony see Element, chemical 


| Antioxidants 


Antioxidants are molecules that prevent or slow 
down the breakdown of other substances by oxygen. 


In biology, antioxidants are scavengers of small, reac- 
tive molecules known as free radicals; they include intra- 
cellular enzymes such as superoxide dismutase (SOD), 
catalase, and glutathione peroxidase. Free radicals are 
molecules with one or more unpaired electrons, which 
can react rapidly with other molecules in processes of 
oxidation. Free radicals possess a great deal of energy 
and so can cause a great deal of damage to cells. 


To generate energy, cells must produce millions of 
chemical reactions. During this process, some oxygen 
molecules finish up with an odd instead of even number 
of electrons. Because each electron needs a mate, an 
unpaired electron makes the oxygen molecule unstable. 
These unstable molecules, called free radicals, then take an 
electron from a neighboring cell. The neighboring cell 
then becomes unstable, and affects its neighboring cell, 
starting a chain reaction. This domino effect becomes 
dangerous when the cell membrane or DNA is attacked, 
causing the cell to function poorly or die. 


Antioxidants act by neutralizing free radicals, 
which are atoms or groups of atoms that become 
destructive to cells when produced in large quantities. 
By scavenging free radicals, antioxidants help protect 
cells from damage and can lengthen the effective life of 
cells. Antioxidants can be extracellular, originating as 
exogenous cofactors such as vitamins. Nutrients func- 
tioning as antioxidants include vitamins, for example 
ascorbic acid (vitamin C), tocopherol (vitamin E), and 
vitamin A. Trace elements such as the divalent metal 
ions selenium and zinc also have antioxidant activity, as 
does uric acid, an endogenous product of purine metab- 
olism. While the human body naturally manufactures 
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some antioxidant enzymes, it cannot manufacture 
selenium, the trace mineral necessary to produce these 
enzymes, nor can it manufacture the essential micro- 
nutrient antioxidants vitamins C, E, and beta-carotene 
and other carotinoids. These must be obtained by eat- 
ing foods rich in these essential nutrients and, in some 
cases, supporting the diet with vitamin supplements. 


When the body is unable to produce enough anti- 
oxidants to counteract free radicals, the resultant cell 
damage can cause certain types of cancer, heart dis- 
ease, premature aging, cataracts, and other serious 
illnesses. For example, when free radicals damage 
artery walls, fatty deposits accumulate around the 
scar tissue, causing atherosclerosis and heart disease. 


The brain is particularly vulnerable to oxidative 
stress. Free radicals play an important role in a num- 
ber of neurological conditions including stroke, 
Parkinson disease, Alzheimer’s disease, epilepsy, and 
schizophrenia. Some other diseases in which oxidative 
stress and depletion of antioxidant defense mecha- 
nisms are prominent features include hepatic cirrhosis, 
preeclampsia, pancreatitis, rheumatoid arthritis, mito- 
chondrial diseases, systemic sclerosis, malaria, neona- 
tal oxidative stress, and renal dialysis. 


Free radicals are the normal products of metabo- 
lism and are usually controlled by the antioxidants 
produced by the body or taken in as nutrients. 
However, stress, aging, and environmental sources 
such as polluted air and cigarette smoke can add to 
the number of free radicals in the body, creating an 
imbalance. The highly reactive free radicals can dam- 
age nucleic acids and have been linked to changes that 
accompany aging (such as age-related macular degen- 
eration, an important cause of blindness in older peo- 
ple) and with disease processes that lead to cancer, 
heart disease, and stroke. 


Most of the body’s cells are continually exposed to 
free radicals, the creation of which is also stimulated 
by external sources such as tobacco smoke, smog, 
radiation, herbicides, and other environmental pollu- 
tants. Antioxidants are the body’s mechanism for sta- 
bilizing free radicals. They work by donating one of 
their electrons to the unstable molecule, preventing the 
unpaired electron from “stealing” from another cell. 
Unlike oxygen molecules, antioxidants remain stable, 
even after donating an electron. 


Vitamins as antioxidants 


Vitamins play a vital role in the body’s healthy 
functioning. Researchers now know that vitamins E, 
C, B,, Bo, and B3, the carotenoids (beta-carotene, 
lycopene, and lutein), selenium, and magnesium, are 
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important antioxidants in the body’s continuous fight 
against free radicals. These essential nutrients are 
readily available in fresh fruit and vegetables and 
many studies have linked fruit and vegetable con- 
sumption to a lowered risk of certain diseases. 


The vitamins 


Carotenoids, excellent antioxidants, are available 
in abundance in red, orange, and deep yellow vegetables 
and fruits such as tomatoes, sweet potatoes, winter 
squash, carrots, peaches, and cantaloupe; dark green 
leafy vegetables such as spinach and broccoli; as well as 
liver, egg yolks, milk, and butter. Studies show that 
men with the lowest levels of beta-carotene are at the 
highest risk for prostate cancer. Vitamin A, a fat- 
soluble vitamin, is not—as is sometimes suggested— 
an antioxidant. However, beta-carotene—a vitamin A 
analog, or precursor, is converted into vitamin A by the 
body. Because it is stored in the liver, vitamin A can be 
toxic when taken in large quantities. Lycopene, another 
carotenoid and one of the most powerful antioxi- 
dants, is believed to be effective against many diseases 
including cancers of the mouth, pharynx, esophagus, 
stomach, colon, rectum, and cervix. Early in 1999, 
studies showed that tomatoes and their byproducts 
drastically increase blood levels of lycopene and 
reduce cellular damage from free radicals. Lutein, 
also a carotenoid, is believed to decrease the risk of 
macular degeneration. 


Vitamin E, a fat-soluble vitamin, is not only essen- 
tial for promoting general good health in the areas of 
aging, infertility, and athletic performance, research 
has also shown this antioxidant counteracts cell dam- 
age that leads to cancer, heart disease, and cataracts. It 
is also known to work together with other antioxi- 
dants, such as vitamin C, to help prevent some chronic 
illnesses. Available in vegetable oils, margarine, wheat 
germ, nuts, seeds, and peanut butter, supplementation 
of this important vitamin may be necessary to main- 
tain adequate amounts within the body. 


Vitamin C (also called ascorbic acid) is a water- 
soluble vitamin and is not easily stored in the body. 
Therefore, daily intake is required. This “antioxidant 
workhorse” is perhaps the most famous, and research 
has shown its effectiveness in lowering the risk of 
cataracts and other eye problems, lowering blood 
pressure and cholesterol levels, and reducing the risk 
of heart attacks and strokes. Researchers have also 
found that people suffering from asthma, arthritis, 
cancer, and diabetes have low levels of vitamin C. 
Excellent dietary sources of vitamin C include citrus 
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KEY TERMS 


Fat-soluble vitamin—Vitamins that can be dis- 
solved in oil or fat and are stored in the body’s 
fatty tissue. 


Free radicals—Unstable molecules containing an 
odd number of electrons and, therefore, seeking an 
electron from another molecule. 


Water-soluble vitamin—Vitamins that can be dis- 
solved in water and are excreted from the body 
through the kidneys. 


fruits (especially oranges and grapefruit), kiwi fruit, 
strawberries, red peppers, broccoli, and potatoes. 


Current research on antioxidants 


A higher consumption of vitamin E and, to a 
lesser extent, beta-carotene is associated with a large 
decrease in the rate of coronary arterial disease. 
Furthermore, a diet rich in fruits and vegetables 
leads to a marked decline in the cancer rate in most 
organs with the exception of blood, breast, and pros- 
tate. Antioxidants play a major role in this. It is now 
abundantly clear that toxic free radicals play an 
important role in carcinogenesis. High cancer rates 
have been linked to low blood levels of antioxidants, 
particularly vitamin E. Similarly, vitamin C is thought 
to protect against stomach cancer by scavenging car- 
cinogenic nitrosamines in the stomach. 
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l Antiparticle 


An antiparticle is a subatomic particle identical with 
familiar subatomic particles such as electrons or protons, 
but with opposite electrical charge or, in the case of 
uncharged particles, opposite magnetic moment. For 
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Antiparticle 


example, an antielectron (also known as a positron) is 
identical with the more familiar electron, except that the 
former carries a single unit of positive electrical charge 
rather than a single unit of negative electrical charge. 
Antiparticles are not considered unusual or abnormal 
but are as fundamental a part of the natural world as are 
non-antiparticles. The main difference between the two 
classes of particles is that the world with which humans 
normally deal is constituted of protons, neutrons, and 
electrons rather than antiprotons, antineutrons, and anti- 
electrons. To avoid suggesting that non-antiparticles are 
more “normal” than antiparticles, the name koioparticle 
has been suggested for “ordinary” particles such as the 
proton, electron, and neutron. 


Dirac’s hypothesis 


During the late 1920s, the British physicist Paul Dirac 
(1902-1984) attempted to modify the currently accepted 
model of the atom by including in it the relativistic proper- 
ties of electrons. As a result of his analysis, Dirac found 
that electrons should be expected to exist in two energy 
states, one positive and one negative. The concept of 
positive energy presents no problems, of course, but 
Dirac and other physicists were uncertain as to the mean- 
ing of a negative energy state. What did it mean to say that 
an electron had less than zero energy? 


Eventually Dirac concluded that the negative energy 
state for an electron might imply the existence of a kind of 
electron that no one had yet imagined, one that is identical 
with the familiar negatively-charged electron in every 
respect except its charge. It was, Dirac suggested, an 
electron with a positive charge, or an antielectron. 


Within five years, Dirac’s hypothesis had been con- 
firmed. In 1932, the American physicist Carl Anderson 
found in photographs of a cosmic ray shower the tracks 
of a particle that satisfied all the properties predicted by 
Dirac for the antielectron. Anderson suggested the 
name positron for the new particle. 


Other antiparticles 


The existence of the positron strongly suggested to 
scientists that other antiparticles might exist. If there 
was a positively-charged electron, they asked, why 
could there also not be a negatively-charged proton: 
the antiproton? The search for the antiproton took 
much longer than the search for the antielectron. In 
fact, it was not until 1955 that Emilio Segre and Owen 
Chamberlain were able to prove that antiprotons are 
produced when protons from a powerful cyclotron 
collide with each other. 
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The antineutron is a fundamentally different kind of 
antiparticle than the antielectron or antiproton. Since 
neutrons have no electrical charge, an antineutron could 
not differ in this respect from its mirror image. Instead, an 
antineutron is a particle whose direction of spin is opposite 
that of the neutron. Since a particle’s spin is expressed in 
the magnetic field that it generates—its magnetic 
moment—the antineutron is defined as the antiparticle 
with a magnetic moment equal in magnitude, but opposite 
in sign, to that of the neutron. 


Other antiparticles also exist. For example, the elec- 
tron is a member of a group of fundamental particles 
known as the leptons. Other leptons include the mu 
neutrino (muon) and the tau neutrino (tauon), electron- 
like particles that exist only at very high energy levels not 
observed under circumstances of our ordinary everyday 
world. Both muons and tauons have their own antipar- 
ticles, the antimuon and the antitauon. 


Antimatter 


Given the existence of the antiproton, antineu- 
tron, and antielectron, one might imagine the exis- 
tence of antiatoms, atoms that are identical to the 
atoms of everyday life but have mirror image electrical 
charges and mirror image magnetic moments. Indeed, 
atoms of antihydrogen were first produced at the 
European laboratory CERN (Conseil Europée pour 
la Recherche Nucléaire) in 2002. 


Handling antimatter is a ticklish business, and 
antihydrogen atoms do not last long. The reason is 
that when an antiparticle comes into contact with its 
mirror image—an antielectron with an electron, for 
example—the two particles annihilate each other, and 
their mass is converted to energy. Thus, any time 
matter comes into contact with antimatter, both are 
destroyed and converted into energy. 


Antiparticles and cosmology 


The Swedish physicist Hannes Alfvén (1908- 
1995) studied in some detail the possible role of anti- 
particles in the creation of the universe. At first glance, 
one would assume that the number of ordinary par- 
ticles and antiparticles produced during the big bang 
would be equal, yet the consensus assertion among 
physicists today is that the entire observable universe 
consists of matter, not antimatter. This remains one of 
the great, unsolved problems of physics. In general terms, 
most physicists argue that some subtle aspect of quantum 
physics led to the production of very slightly greater num- 
bers of ordinary particles than of antiparticles at the 
origin of the universe. Most particles and antiparticles 
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KEY TERMS 


Cyclotron—A machine used to accelerate particles 
to very high energies, making possible nuclear 
reactions that do not take place at the energies of 
everyday life. 


Lepton—A particle that undergoes weak interac- 
tions. Three classes of leptons—electrons, muons, 
and tauons and their antiparticles—are known to 
exist. 


Magnetic moment—A measure of the strength of a 
magnetic field. 


Neutrino—An elementary particle with no electri- 
cal charge and virtually no mass. 


Subatomic — particle—An_ elementary _ particle 
smaller than an atom. Protons, neutrons, and elec- 
trons are examples of subatomic particles. 


annihilated each other, yielding energy, but the slight 
majority of ordinary particles persisted to yield the matter 
that comprises the universe today. 
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l Antipsychotic drugs 


Antipsychotic drugs, sometimes called neuroleptics, 
are prescription medications used to treat psychosis. 
Psychosis is a major psychiatric disorder character- 
ized by derangement or disorganization of personality 
and/or by the inability to tell what is real from what 
is not real, often with hallucinations, delusions, and 
thought disorders. People who are psychotic often 
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have a difficult time communicating with or relating 
to others. Sometimes they become agitated and vio- 
lent. They may hear voices, see things that aren’t real, 
and have strange or untrue thoughts, such as believing 
that others can hear their thoughts or are trying to 
harm them. They may also neglect their appearance, 
stop talking, or speak only nonsense. 


Among the conditions considered psychoses are 
schizophrenia, major depression, and bipolar affective 
disorder (manic depression). Psychosis can arise from 
organic causes, including brain tumors, drug interac- 
tions, and substance abuse; it can also be brought on 
by mental illness. Antipsychotic drugs do not cure 
mental illness, but they can reduce some of the symp- 
toms or make them milder. The medicine may improve 
symptoms enough for the person to undergo counsel- 
ing and live a more normal life. The type of antipsy- 
chotic medicine prescribed depends on the type of 
mental problem the patient has. 


The vast majority of antipsychotics work by 
blocking the absorption of dopamine, a chemical 
that occurs naturally in the brain. Dopamine is one 
of the substances in the brain responsible for trans- 
mitting messages across the gaps, or synapses, of nerve 
cells. Too much dopamine in a person’s brain speeds 
up nerve impulses to the point of causing hallucina- 
tions, delusions, and thought disorders. By blocking 
the dopamine receptors, antipsychotics reduce the 
severity of these symptoms. The brain has several 
types of dopamine receptors, however, and their unse- 
lective blockage by antipsychotic drugs can cause side 
effects. 


When a patient takes an antipsychotic drug, he or 
she enters what is called a neuroleptic state. Impulsive- 
ness and aggression decrease, as do concern and arousal 
about events going on around him or her; hallucinations 
and delusions decrease as well. Once symptoms are 
controlled, physicians can more easily treat the cause 
of the psychosis. 


Antipsychotic medications were not used in the 
United States before 1956. The first drug used to treat 
psychosis was reserpine, made from a plant called 
rauwolfia. Reserpine was first made in India, where 
rauwolfia had been used to treat psychotic symptoms 
for centuries. Chlorpromazine, which was invented at 
about the same time and marketed under the name 
Thorazine, soon became the most favored drug. Once 
these and other antipsychotic medicines were intro- 
duced in the United States, they gained widespread 
acceptance for the treatment of schizophrenia. The use 
of these drugs allowed many people who had been 
confined to mental institutions to be released. 
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KEY TERMS 


Bipolar affective disorder (manic depression)—A 
mental illness characterized by severe mood 
swings from depression to mania (great enthusiasm, 
energy, and joy). 

Delusions—Fixed, false beliefs that are resistant to 
reason or factual disproof. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 


Schizophrenia—A mental illness characterized by 
thought disorder, distancing from reality, and 
sometimes delusions and hallucinations. 


Several types of these drugs are available, such as 
haloperidol (Haldol), lithium (Lithonate), chlorproma- 
zine (Thorazine), and thioridazine (Mellaril). Newer 
antipsychotics include risperidone (Risperdal), quetia- 
pine (Seroquel) and olanzapine (Zyprexa). These med- 
icines are available only with a physician’s prescription. 
The recommended dosage depends on the type of drug, 
the condition for which it is prescribed, and other fac- 
tors. Despite their benefits, antipsychotic medicines 
have a number of strong side effects. 


Although it usually takes at least two weeks for 
the drug to work on symptoms of psychosis, side 
effects often show up sooner. The most severe include 
muscle rigidity, muscle spasms, twitching, and con- 
stant movement. Tardive dyskinesia (TD)—a rhyth- 
mic, uncontrollable movement of the tongue, lips, jaw, 
or arms and legs—develops after a mental patient has 
taken an antipsychotic for a longer period of time. 
Twenty-six percent of chronically mentally ill people 
who are, or have been, hospitalized develop TD. Often 
these side effects do not disappear when a person stops 
taking his or her medication. 


Perhaps the most serious side effect of antipsy- 
chotic medications is neuroleptic malignant syndrome 
or NMS, a condition that occurs when someone tak- 
ing an antipsychotic drug is ill or takes a combination 
of drugs. People with NMS cannot move or talk. They 
also have unstable blood pressure and heart rates. 
NMS is often fatal. Even when the person recovers, 
he or she has an 80% chance of experiencing NMS 
again if given antipsychotic drugs. 


Today a new generation of antipsychotics has 
been developed as a result of recent molecular biology 
discoveries about how the brain works. These new 
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drugs have fewer side effects. Some do not completely 
block dopamine receptors; others are more selective, 
blocking only one type of dopamine receptor. A few of 
the newer drugs block serotonin or glutamate, two 
other neurotransmitters. 
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t Antisepsis 


Antisepsis is the prevention or inhibition of an 
infection by either killing the organism responsible 
for the infection, or weakening the organism so that 
it is unable to cause the infection or survive. This is 
usually achieved by application of an antiseptic or 
germicidal preparation. 


An antiseptic differs from an antibiotic. An anti- 
biotic is specifically directed to a target bacterium or 
different types of bacteria. There are many different 
classes of antibiotics, some of which can kill only a few 
types of bacteria; others are effective against many 
types of bacteria. 


An antiseptic is a chemical compound that is 
“broad spectrum” in its activity; that is, it kills a 
wide variety of bacteria and other microorganisms. 
Because many antiseptics are used on the skin (e.g., 
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“swabbing” the skin with iodine before an injection), 
antiseptics tend to be non-irritating. 


The search for antiseptic agents is as old as 
humanity. In a hieroglyphic prescription dating from 
c. 1500 BC, an Egyptian is depicted ordering a mixture 
of grease and honey for treatment of a wound. While 
infections and their causes were not known at that 
time, the relief provided by antiseptic compounds 
was recognized. 


Other historical “cures” for infections include 
plant extracts, broths of animal or plant materials, 
and poultices of moss, mud, or dung. Not until the 
eighteenth century did progress begin to be made 
toward conquering everyday infections. 


As late as the beginning of the nineteenth century, 
physicians had no knowledge of the septic (infectious) 
process or its prevention. Although surgery had devel- 
oped steadily, the mortality rate among patients was 
high; the patient might die from an infected organ or 
from the surgery to remove it. Surgeons went from one 
patient to the next without washing their hands or 
changing aprons. Thus, the bacteria from one patient 
were readily passed to the next, and sepsis was an 
accepted fact. 


In the middle of the nineteenth century, the 
Hungarian obstetrician Ignaz Semmelweiss (1818— 
1865) proposed that the infectious agent of puerperal 
fever, which was fatal to many women during child- 
birth (hence its other name, childbed fever), could be 
spread by the attending physician. Semmelweiss fur- 
ther suggested that washing hands between patients 
could prevent the infection. At first he was ridiculed, 
but when his rate of fatal puerperal fever infections 
declined rapidly with his practice of washing his 
hands, other obstetricians soon adopted the practice. 
This was the first introduction of antisepsis into med- 
ical practice. 


In the latter half of the nineteenth century, British 
physician Joseph Lister (1827-1912) introduced the 
practice of spraying carbolic acid over patients during 
operations. This reduced the contamination of the 
open wound from airborne microorganisms and 
microbes on the doctor’s clothing or gloves. Lister’s 
innovation brought aseptic technique into the operat- 
ing theatre. 


The early antiseptics were based on mercury (mer- 
curochrome, merthiolate), but have fallen into disuse. 
Although mercury poses a serious health hazard if 
absorbed into the body, the small amounts of mercury 
in the mercury-based antiseptics posed little threat. 
They were discontinued because they were relatively 
ineffective. Although mercury-based antiseptics readily 
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KEY TERMS 


Attenuated—A bacterium that has been killed or 
weakened, often used as the basis of a vaccine 
against the disease caused by the bacterium. 


Etiology—The cause or origin of a disease or 
condition. 


Organic—Carbon-based material. The word organ- 
ism is derived from organic, meaning any life form. 


Pathogenic—Disease causing. 


Sepsis—From the Greek, meaning decay; the pres- 
ence in the blood or other tissue of a microorgan- 
ism that causes an infection or disease. 


stopped bacteria from reproducing and spreading, they 
did not kill the microorganism. Once the merthiolate 
was washed away, the bacteria revived and resumed 
their invasion of the tissues. 


Now the innovations of Semmelweiss and Lister 
are an accepted part of medicine. Modern antisepsis is 
both preventive and therapeutic. Examples of preven- 
tive measures include: hand washing by the surgeon; 
use of sterile surgical gowns, masks, gloves and equip- 
ment; and the preparation of the patient’s skin with 
antiseptic. Therapeutic antisepsis is the application of 
a bactericidal agent to an infected area to kill the 
infectious agent. 


Antiseptics have also found their way into the 
home. Various powders, liquids, or ointments are 
applied to the surface of the skin to prevent infection 
of a cut, splinter, or other superficial wound. These 
antiseptics are for external use only, and each is effec- 
tive against only one type of bacterium (e.g., gram- 
positive bacteria). 


Newer antiseptics are based on the quaternary 
ammonium compounds (such as benzalkonium chlor- 
ide and benzethonium chloride). “Quats” are long- 
standing and powerful antiseptics. Other common 
antiseptics include alcohols (e.g., ethyl or isopropyl 
alcohol), hydrogen peroxide, and phenol. Each is 
effective against a narrow range of bacterial infec- 
tions, but none is effective against viruses. These anti- 
septics often are mixed to provide a wider range of 
antibacterial activity. They are applied externally ona 
cut or scrape to prevent infection and, when incorpo- 
rated into mouthwash, can be gargled to kill bacteria 
that may cause a sore throat. 


As beneficial as their use can be, the overuse of 
antiseptics is a problem. Microorganisms that are not 
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Antlions 


killed by the application of an antiseptic can develop 
resistance to the compound. In bacteria such as 
Escherichia coli the genetic changes that drive this 
resistance can also bestow resistance to other chem- 
icals, including some antibiotics. The result in the 
home can be the selection of a hardier variety of 
E. coli that may be more prone to cause illness. 
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| Antlions 


Antlions, or doodlebugs, are insects best known by 
their larvae, which have small, fat bodies with a huge 
sickle-shaped pair of mandibles. Antlions belong to the 
family Myrmeleonidae, of the order Neuroptera, which 
also includes the lacewings. Members of this order are 
named for the delicate venation on the wings of the 
adult, but most people are probably more familiar 
with the larval stage of antlions. 


Some antlion species simply chase down their prey 
of small insects, while others construct a pitfall or sand 
trap that they dig in the loose soil. This is done by 
pushing the sand away from the center of a circle while 
walking backwards. This trap, shaped like a funnel, 
can measure up to 2 in (5 cm) across, with the antlion 
larva hidden at the bottom. 


Ants and other insects stumble upon the antlion 
trap and lose their footing. The loose soil prevents 
them from regaining their balance as they slide down 
the side of the pit into the antlion’s waiting jaws. The 
prey is caught and injected with a paralyzing secretion, 
its body fluids are sucked out, and the empty exoskel- 
eton is discarded. If the prey manages to regain its 
balance and footing, it is greeted with a shower of 
sand that is thrown by the antlion, causing it to lose 
its footing again, often with the same deadly result. 


Adult antlions superficially resemble damselflies. 
However, compared to the damselfly, the antlion is a 
very feeble flyer, has a very complex wing venation, 
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and has clubbed antennae almost a quarter inch (0.6 
cm) long. Adult antlions are not easy to find, and little 
is known about their behavior. Adult antlions mate in 
the summer, and the female lays her fertilized eggs in 
sandy soils, which are required by the larvae. 
Depending on the species, from one to three years 
are spent as a larva that eventually pupates, usually 
in the spring, in a sand-encrusted silk cocoon at the 
bottom of the sand trap. One month later, an adult 
antlion emerges from the pupal cocoon. 


| Ants 


Ants are insects in the family Formicidae in the 
order Hymenoptera, which also includes bees and 
wasps. The body of the ant is divided into three sec- 
tions: head, thorax, and abdomen. The head bears two 
long, flexible antennae (for touch and chemical detec- 
tion), two eyes, and a pair of powerful mandibles 
(jaws) for feeding and defense. Ants have three pairs 
of long legs that end with a claw on each. The legs are 
attached to the thorax, which is connected by a narrow 
petiole, or waist, to the segmented abdomen. At the tip 
of the abdomen are the reproductive organs and the 
stinging organ (in some species). Ants live in highly 
successful social communities called colonies and are 
found worldwide in cool scrublands, hot deserts, inner 
cities, and tropical rain forests. Their nests are con- 
structed underground or in tree-top leaf nests woven 
with silken thread. 


Ants weigh 0.28-1.41 oz (1-5 mg), depending on 
the species. As of 2006, there were almost 12,000 
known species of ants. 


Mandibles are elongated, saw-toothed, blade-like 
pinchers that snap together sideways, allowing for the 
efficient capture of living prey and providing excellent 
defense against predators. Females of ground-dwell- 
ing species of ants secrete an antibiotic substance, 
which they smear throughout the nest, thus protecting 
the entire colony from the fungi and bacteria that 
thrive in damp, decaying vegetation. 


Social structure, development, and behavior 


Ants live in eusocial communal societies where, 
typically, members are clearly segregated into breeding 
and working castes. In the colony, several generations 
of adults reside together, and the young are fed, nur- 
tured, and protected deep within the mound. A typical 
colony of the Pheidole tepicana comprises the queen, 
the males, and six castes of workers. 
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Mating, reproduction, and life span 


Ants undergo complete metamorphosis—from egg, 
to larva, to pupa, to adult. Each ant colony begins with, 
and centers on, the queen, whose sole purpose is to 
reproduce. Although the queen may copulate with sev- 
eral males during her brief mating period, she never 
mates again. She stores sperm in an internal pouch, the 
spermatheca, near the tip of her abdomen, where sperm 
remain immobile until she opens a valve that allows 
them to enter her reproductive tract to fertilize the eggs. 


The queen controls the sex of her offspring. 
Fertilized eggs produce females (either wingless work- 
ers seldom capable of reproduction, or reproductive 
virgin queens). Unfertilized eggs develop into winged 
males who do no work, and exist solely to fertilize a 
virgin queen. The queen produces myriads of workers 
by secreting a chemical that retards wing growth and 
ovary development in the female larvae. Virgin queens 
are produced only when there are sufficient workers to 
allow for the expansion of the colony. 


Queens live long lives in comparison with their 
workers and are prolific breeders. A queen of Lasius 
niger, a common ant found in Europe, lived for 29 
years in captivity, while the queen of the urban 
Pharaoh’s ant, Monomorium pharaonis, lives for only 
three months. The queen of the leafcutter ant from 
South America typically produces 150 million workers 
during her 14-year lifespan. 


The first phase of colony development is the 
founding stage, beginning with mating, when winged 
males and virgin queens leave the nest in massive 
swarms called nuptial flights, searching out a mate 
from another colony. In colonies with large popula- 
tions, like that of the fire ant Solenopsis, hundreds of 
thousands of young queens take to the air in less than 
an hour, but only one or two individuals will survive 
long enough to reproduce. Most are taken by preda- 
tors such as birds, frogs, beetles, centipedes, spiders, or 
by defensive workers of other ant colonies. A similar 
fate awaits the male ants, none of which survive after 
mating. 


After mating, queen ants and male ants lose their 
wings. The queen scurries off in search of a site to start 
her new nest. If she survives, she digs a nest, lays eggs, 
and single-handedly raises her first brood, which con- 
sists entirely of workers. In leafcutter ants, adults 
emerge 40-60 days after the eggs are laid. The young 
daughter ants feed, clean, and groom the queen ant. 
The workers enlarge the nest, excavate elaborate tun- 
nel systems, and transport new eggs into special hatch- 
ing chambers. Hatchling larvae are fed and cleaned, 
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and pupated larvae in cocoons are protected until the 
young adults emerge to become workers themselves. 


The colony now enters the ergonomic stage, a time 
entirely devoted to work and expansion. It may take a 
single season or five years before the colony is large 
enough to enter the reproductive stage, when the 
queen ant begins to produce virgin queens and males 
that leave the nest at mating time to begin the entire 
cycle anew. 


In some species, a new queen founds a new colony 
alone; in others species, several queens do so together. 
Sometimes, groups of workers swarm from the nest 
with a young queen to help her establish her nest. In 
colonies with several already fertile queens, such as in 
the Costa Rican army ant Eciton burchelli, entire 
groups break away with their individual queens to 
establish individual colonies. In single queen colonies, 
such as those of the fire ant, the death of the queen 
means the death of the colony, as she leaves no suc- 
cessors. Colonies with multiple queens survive and 
thrive. 


Labor management 


Some species of ant develop a caste of big, strong, 
major workers (soldiers) responsible for milling 
(chewing and pulverizing hard seed food), storing 
liquid food, and defense. Workers gather and store 
food for the entire colony, lugging loads much larger 
than themselves back to the nest. The workers of 
Myrmecocystus mimicus, the honeypot ant of the 
southwestern United States, collect nectar from flow- 
ers, sweet moisture from fruit, and honeydew pro- 
duced by sucking insects like aphids. The food is 
carried back to the nest, where it is regurgitated into 
the crop of storage worker ants, which become living 
storage barrels. When a hungry ant touches the head 
or mouth of a storage worker ant, the storage worker 
responds by regurgitating food for the hungry ant. 


Worker ants remove all waste (such as body parts 
and feces) from the nest, or bury objects too large for 
removal. Different species use different methods of 
disposing of their dead. Many simply eat the dead. 
Others, such as the army ant (Eciton), carry the corp- 
ses out of the nest, while the fire ant (Solenopsis 
invicta) scatters the corpses about the nest’s periphery. 
In some instances, sick and dying ants actually leave 
the nest to die. 


Defense and offense 
Ants employ diverse strategies to protect their 


colony, territory, or food. Ants are aggressive, often 
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KEY TERMS 


Chemoreception—Detection of chemical substan- 
ces that act as messengers. 


Crop—Part of an ant’s digestive tract that expands 
to form a sac in which liquid food is stored. 


Eusocial—Truly social, with complex societal 
structures. 


Mandibles—A pair of biting jaws in insects. 


Milling—Chewing and pulverizing hard seed into a 
powdery texture. 


Pheromones—Hormonal and chemical secretions. 


Replete—Ants that receive regurgitated liquid food 
from many worker ants, storing it in the crop for 
future regurgitation back to other hungry ants. 


Spermatheca—Oval pouch or sperm sac. 


raiding other ant colonies, fighting to the death, and 
snapping off limbs, heads, and body parts of enemies 
with their strong, sharp mandibles. Minor workers 
grab the enemy by the legs, pinning them down so 
majors can attack the body. In some species, soldier 
ants do the fighting, while the minor workers scurry to 
and from the battleground, dragging corpses of both 
enemy and kin back to the nest to feed the family. 
When moving colony sites, workers transport the 
queen, males, aged or ill workers, pupae, larvae, and 
eggs. 


Communication 


Ants secrete substances called pheromones, which 
are chemical messages detected by other ants through 
sense organs or the antennae. This process, called 
chemoreception, is the primary communication 
vehicle that facilitates mate attraction, as well as kin 
and non-kin recognition. It is also used for other 
purposes: discriminating between egg, larva, and 
pupa; warning signals to other ants of the colony; 
recruitment to defensive action or a new food source; 
odor trails from which workers or scouts find their 
way home or lead an entire colony to a new location; 
and delineation of territorial boundaries. 


Chemoreception is supported by tactile (touch 
and feel), acoustic (hearing and vibration detection), 
and visual communication. Ants send tactile signals 
by touching and stroking each others’ bodies with 
their antennae and forelegs. Ants produce high- 
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pitched chirps known as stridulations by rubbing 
together specialized body parts on the abdomen 
called files and scrapers. Stridulations are sometimes 
heard, but most often felt; the vibrations are detected 
by sensitive receptors on the legs. The young queen 
stridulates frantically during mating season to 
announce a full sperm sac, deterring other would-be 
mates and allowing her to escape to begin nesting. 
Drumming and body-rapping are used primarily by 
tree-dwelling ants and carpenter ants and involve 
banging the head or antenna on a hard surface, send- 
ing vibrational warning signals to nest mates. Some 
large-eyed species, such as Gigantiops, can see form 
and movement, but vision in most ants is virtually 
nonexistent; it is the least important of all their 
communication senses. 


Ants and the ecosystem 


Earth-dwelling species of ants turn and enrich 
more soil than do earthworms. Predatory species of 
ants control insect pests and spider populations and 
devour rotting animal carcasses. Other species of ants 
spread seeds, thereby propagating valuable vegeta- 
tion. Ants can also be serious pests; for example, leaf- 
cutter ants, which grow fungi gardens for food, also 
strip massive amounts of leaves and flowers. They 
haul the vegetation to their nests and pulverize it into 
a paste, which they feed to fungi that grows like mold 
on bread. Ant colonies can be enormous: one nest of 
the Brazilian ant Atta sexdens housed about 8 million 
ants. A colony this size can strip as much vegetation as 
a cow in just one day, causing serious agricultural 
destruction. 


Research into the complex, highly social biology 
of ants is an active field today. 


Resources 


BOOKS 

Dorigo, Marco, and Thomas Stutzle. Ant Colony 
Optimization. Cambridge, MA: MIT Press, 2004. 

PERIODICALS 


Moreau, Corrie S., et al. “Phylogeny of the Ants: 
Diversification in the Age of Angiosperms.” Science. 
312 (2006): 101-104. 

Thomas, Jeremy A., and Josef Settele. “Evolutionary 
Biology: Butterfly Mimics of Ants.” Nature. 432 (2004): 
283-284. 

Wilson, Edward O. “Environment: Early Ant Plagues in the 
New World.” Nature. 433 (2005): 32. 


Marie L. Thompson 


GALE ENCYCLOPEDIA OF SCIENCE 4 


I Anxiety 


Anxiety is an unpleasant emotional state charac- 
terized by an often vague apprehension, uneasiness, or 
dread; it is often accompanied by physical sensations 
similar to those of fear, such as perspiration, tightness 
of the chest, difficulty breathing or breathlessness, dry 
mouth, and headache. Unlike fear, in which the indi- 
vidual is usually aware of its cause, anxiety’s cause is 
often not clear. 


Everyone experiences anxiety; it is a natural and 
healthy human response many theorists believe has 
evolved to warn us of impending dangers. If the anxiety, 
however, seems to be excessive in strength or duration, or 
happens without sufficient objective reasons, it might be 
considered an unhealthy, possibly abnormal, response. 
There are numerous theories as to the causes and func- 
tions of anxiety; the four most extensive and influential 
theories are the existential, psychoanalytic, behavioral 
and learning, and cognitive. 


Existential theorists distinguish between normal 
and neurotic anxiety. Normal anxiety is an unavoid- 
able and natural part of being alive. It is the emotional 
accompaniment of the fear of death and of the imme- 
diate awareness of the meaninglessness of the world 
we live in. Anxiety is also felt when experiencing free- 
dom and realizing we can create and define our lives 
through the choices we make. In this sense, anxiety is 
positive, showing us we are basically free to do what- 
ever we choose. Neurotic anxiety blocks normal anxi- 
ety, and interferes with self-awareness. Rather than 
facing and dealing with the threat that causes normal 
anxiety, the individual cuts him- or herself off from it. 


Sigmund Freud, the Austrian physician who 
founded the highly influential theory and treatment 
method called psychoanalysis, distinguished three 
types of anxiety: reality, neurotic, and superego or 
moral. Reality anxiety is fear of real and possible 
dangers in the outside world. Neurotic anxiety is fear 
of being punished by society for losing control of one’s 
instincts, for instance by eating large amounts of food 
very rapidly, or openly expressing sexual desire. Moral 
or superego anxiety is fear of negative self-evaluation 
from the conscience or superego. The anxiety may be 
felt as guilt, and those with strong superegos may feel 
guilt or anxiety when they do (or even think of doing) 
something they were raised to believe was wrong. In 
Freudian theory, anxiety functions to warn individu- 
als of impending danger, and it signals the ego to take 
actions to avoid or cope with the potential danger. 


Learning and behavioral theories focus on how 
fears and anxieties can be learned through direct 
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experience with a noxious stimulus, for example, 
touching a hot pan, or by indirect observation such 
as seeing someone else touching a hot pan and express- 
ing pain. Most people learn to avoid the stimuli or 
situations that lead to anxiety, but taken too far, 
avoidance can be very limiting. For example, if some- 
one avoided all tests or job interviews, he or she would 
never succeed in school or have many job options. 
Extreme avoidance can also lead to extreme behaviors 
such as those seen in some phobias, which are persis- 
tent, intense, irrational fears of a thing or situation 
with a strong urge to flee from the source of fear. For 
example, someone with a pigeon phobia might have 
difficulty walking calmly down a city street when 
pigeons are nearby. In both instances, avoidance pre- 
vents the individual from learning that the original 
feared stimulus may not be dangerous. 


Cognitive theories focus on the role of cognition, 
or thinking, in anxiety. They look at how interpreta- 
tions or evaluations of situations affect reactions to 
the situations. This is based on evidence that internal 
mental statements or thoughts can dictate whether 
anxiety or other emotions are felt. 


Some theorists believe anxiety plays a central role 
in most, if not all, mental disorders. Today, there are 
many classifications of anxiety disorders. Panic 
attacks, obsessive-compulsive disorder (OCD), post- 
traumatic stress disorder, social anxiety disorder, gen- 
eralized anxiety disorder, phobias, and even certain 
eating disorders are all believed to be forms of anxiety 
dysfunction. Even clinical depression is believed to 
have an anxiety component. To diagnose certain anxi- 
ety disorders and help their patients, therapists use 
tools such as the Social Phobia and Anxiety 
Inventory and the Social Interactions Anxiety Scale. 
Both are series of questions answered by the patient 
that help the therapist diagnose their condition. 


There is evidence that some individuals may be 
biologically predisposed toward strong anxiety. 
Knowledge of the chemical basis of anxiety and 
other psychological phenomena is rapidly increasing. 
Because brain function is better understood, new med- 
ications to control anxiety disorders are being devel- 
oped. Paroxetine (Paxil), sertraline (Zoloft), and 
fluoxetine (Prozac) are examples of newer antianxiety 
medications now in wide usage. 
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f Apes 


Apes are a group of primates that includes goril- 
las, orangutans, chimpanzees, and gibbons. These are 
the primate species that are the most closely related to 
humans. The hands, feet, and face of an ape are hair- 
less, while the rest of its body is covered with coarse 
black, brown, or red hair. Apes share some character- 
istics that set them apart from other primates: they 
have an appendix, lack a tail, and their skeletal struc- 
tures have certain features not found in the skeletons 
of other primates. 


Gorilla 


Gorillas (Gorilla gorilla) inhabit forests of Central 
Africa and are the largest and most powerful of all 
primates. Adult males stand 6 ft (1.8 m) upright 
(although this is an unnatural position for a gorilla) 
and weigh up to 450 Ib (200 kg), while females are 
much smaller. Gorillas live about 44 years. Mature 
males (older than about 13 years), called silverbacks, 
are marked by a band of silver-gray hair on their 
backs. Three subspecies of gorillas are usually recog- 
nized: the western lowland gorilla (Gorilla gorilla 
gorilla), the eastern gorilla (G. g. graueri), and the 
mountain gorilla (G. g. beringei). 


Gorillas live in small family groups of several 
females and their young, led by a dominant silverback 
male. The females comprise a harem for the silver- 
back, who holds the sole mating rights among males 
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in the troop. Female gorillas produce one infant after a 
gestation period of nine months. The large size and 
great strength of the silverback are advantages in com- 
peting with other males for leadership of the group 
and in defending against outside threats. Despite its 
ferocious image to some people, the gorilla is not an 
aggressive animal. Even in a clash between two adult 
males, most of the conflict consists of aggressive pos- 
turing, roaring, and chest-beating, rather than phys- 
ical contact. 


During the day these ground-living, vegetarian 
apes move slowly through the forest, selecting leaves, 
fruit, and stems from the vegetation as food. Their 
home range is about 9-14 sq mi (25-40 sq km). At 
night the family group sleeps in trees, resting on plat- 
form nests that they make each evening from 
branches; silverbacks usually sleep near the foot of 
the tree. 


The total population of wild gorillas was recently 
estimated to be about 126,000. Most of these are west- 
ern lowland gorillas living in Angola, Cameroon, 
Central African Republic, Congo, Equatorial Guinea, 
Gabon, and Nigeria, with the largest population in 
Gabon. The eastern lowland gorilla occurs in the east- 
ern part of the Democratic Republic of Congo (for- 
merly Zaire) and numbers about 5,000-10,000. The 
mountain gorilla is found in the Virunga volcanoes 
region of Rwanda, Uganda, and the Democratic 
Republic of Congo, and in the Bwindi Forest Reserve 
of Uganda; this group only numbers about 400-650 
individuals. Other than humans, gorillas have no real 
predators, although leopards will occasionally take 
young individuals. Hunting, poaching (a live mountain 
gorilla can be worth $150,000), and habitat loss are 
causing gorilla populations to decline. The trade of 
gorillas has been banned by the countries where this 
occurs and by the Convention on International Trade 
in Endangered Species of Wild Fauna and Flora 
(CITES), but they are nevertheless threatened by the 
illegal black market. The forest refuge of these great 
apes is being felled in order to accommodate the needs 
of the ever-expanding human population in Central 
Africa, shrinking the territory available for sustaining 
gorilla populations. 


Orangutan 


The orangutan (Pongo pygmaeus) is restricted to 
the rainforests of the islands of Sumatra and Borneo in 
Indonesia and Malaysia. The orangutan is the largest 
living arboreal mammal. It spends most of the day- 
light hours moving slowly and deliberately through 
the forest canopy in search of food. Sixty percent of 
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its diet consists of fruit, and the remainder is composed 
of young leaves and shoots, tree bark, mineral-rich 
soil, and insects. Orangutans are long-lived, with 
many individuals reaching 50-60 years of age in the 
wild. These large, chestnut-colored, long-haired apes 
are endangered because of habitat destruction and 
illegal capture for the wild-animal trade. 


Even though Indonesia and Malaysia have more 
than 400,000 sq mi (1,000,000 sq km) of rainforest 
habitat remaining, the rapid rate of deforestation 
threatens the continued existence of the wild orangu- 
tan population, whose numbers are thought to have 
declined by 50% since 1990. The Indonesian and 
Malaysian governments and CITES have banned the 
local and international trading of orangutans, but they 
are still threatened by the illegal market. In order to 
meet the demand for these apes as pets around the 
world, poachers kill mother orangutans to secure their 
young. The mortality rate of these captured orphans is 
extremely high, with fewer than 20% of those 
smuggled arriving alive at their final destination. 
Some hope for the species rests in a global effort to 
manage a captive propagation program in zoos, 
although this is far less preferable to conserving them 
in their wild habitat. 


Chimpanzee 


The common chimpanzee (Pan troglodytes) is rel- 
atively widespread in the forested parts of West, 
Central, and East Africa. A closely related species, 
the pygmy chimpanzee or bonobo (P. paniscus), is 
restricted to swampy lowland forests of the Zaire 
basin. Despite their names, common chimpanzees are 
no longer common, and pygmy chimpanzees are no 
smaller than the other species. 


Chimpanzees are partly arboreal and partly 
ground-dwelling. They feed in fruit trees by day, nest 
in other trees at night, and can move rapidly through 
treetops. On the ground, chimpanzees usually walk on 
all fours (this is called knuckle walking), since their 
arms are longer than their legs. Their hands have fully 
opposable thumbs and, although lacking a precision 
grip, they can manipulate objects dexterously. 
Chimpanzees make and use a variety of simple tools: 
they shape and strip “fishing sticks” from twigs to 
poke into termite mounds, and they chew the ends of 
shoots to fashion fly whisks. They also throw sticks 
and stones as offensive weapons and when they hunt 
and kill monkeys. 


Chimpanzees live in small nomadic groups of 3-6 
animals (common chimpanzee) or 6-15 animals (pygmy 
chimpanzee), which make up a larger community of 
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30-80 individuals that occupy a territory. Adult male 
chimpanzees cooperate in defending their territory 
against predators. Chimpanzee society consists of pro- 
miscuous, mixed-sex groups. Female common chim- 
panzees are sexually receptive for only a brief period 
in mid-month (estrous), while female pygmy chimpan- 
zees are sexually receptive for most of the month. 
Ovulating females capable of being fertilized have swol- 
len pink hindquarters and copulate with most of the 
males in the group. Female chimpanzees give birth to a 
single infant after a gestation period of about eight 
months. 


Jane Goodall (1934-) has studied common chim- 
panzees for more than 40 years (beginning in 1960) in 
the Gombe Stream National Park of Tanzania. She 
has found that chimpanzee personalities are as varia- 
ble as those of humans, and that chimpanzees form 
alliances, have friendships, have personal dislikes, and 
carry on feuds. Chimpanzees also have a cultural tra- 
dition, that is, they pass learned behavior and skills 
from generation to generation. Chimpanzees have 
been taught complex sign language (the chimpanzee 
larynx will not allow speech), through which abstract 
ideas have been conveyed to people. These studies 
show that chimpanzees can develop a large vocabulary 
and that they can manipulate this vocabulary to frame 
original thoughts. 


Humans share approximately 95-98.5% of their 
genes with chimpanzees. The close relatedness of 
chimpanzees (and other apes) with humans is a key 
element of the ethical argument for a higher standard 
of care, and even granting of legal rights, for these 
animals in captivity. Further studies of chimpanzees 
will undoubtedly help us to better understand the 
origins of the social behavior and evolution of 
humans. Despite their status as close relatives of 
humans, both species of chimpanzees are threatened 
by the destruction of their forest habitat and by hunt- 
ing and by capture for research. Both species of chim- 
panzees are considered endangered, and _ their 
international trade is closely regulated by CITES. 


Gibbons 


Gibbons (genus Hy/obates) are the smallest mem- 
bers of the ape family. Gibbons are found in Southeast 
Asia, China, and India, and nine species are recog- 
nized. They spend most of their lives at the tops of 
trees in the jungle, eating leaves and fruit. They are 
extremely agile, swinging with their long arms on 
branches to move from tree to tree, and they often 
walk upright on tree branches. Gibbons are known for 
their loud calls and songs, which are used to announce 
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their territory and warn away others. They are devoted 
parents, raising one or two offspring at a time and 
showing extraordinary affection in caring for them. 
Conservationists and biologists who have worked 
with gibbons describe them as extremely intelligent, 
sensitive, and affectionate. 


Gibbons have long been hunted as food, for med- 
ical research, and for sale as pets and zoo specimens. A 
common method of collecting them is to shoot the 
mother and then capture the infant. The mortality 
rate in collecting and transporting gibbons to places 
where they can be sold is extremely high, and this 
coupled with the destruction of their jungle habitat 
has resulted in severe depletion of their numbers. 
Despite a ban by CITES on the international trade in 
gibbons, illegal commerce, particularly of babies, con- 
tinues in markets throughout Asia. 
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l Apgar score 


The Apgar score is the assessment of a newborn 
baby’s physical condition that was established by 
Dr. Virginia Apgar. The score is based on skin 
color, heart rate, response to stimulation, muscle 
tone, and respiratory effort. Apgar has become an 
acronym for Appearance, Pulse, Grimace, Activity, 
and Respiration. 


Each criteria of the Apgar score is rated from zero 
to two with a total score of 10 signifying the best 
possible physical condition. The assessment deter- 
mines the need for immediate emergency treatment, 
helps prevent unnecessary emergency intervention, 
and indicates possible brain damage. Because the 
score corresponds closely to an infant’s life expect- 
ancy, it is used as a guideline to advise parents on 
their baby’s chances of survival. 


A newborns’ appearance scores two if the baby’s 
skin is a healthy tone such as pink; one if extremities 
are bluish; and zero if the entire body is blue. Pulse 
(heart rate) scores two for higher than 100 per minute; 
one for below 100; and zero if absent. Grimace scores 
two for an energetic cry (with or without the tradi- 
tional slap on the bottom or soles of the feet); one for a 
slight wail; and zero for no response. Actively moving 
babies score two for muscle tone; one for some effort 
at movement; and zero if limp. Respiration scores two 
for strong efforts to breathe; one for irregular breath- 
ing; and zero for no effort. With a total five-minute 
score of seven to 10, the infant’s chances of surviving 
the first month are almost 100%, approximately 80% 
with a score of four, and 50% with a score of zero to 
one. 


Dr. Apgar published her scoring system in 
1953 during her tenure as professor of anesthesiol- 
ogy at Columbia-Presbyterian Medical Center, 
New York, where she was involved in the birth of 
more than 17,000 babies. She observed the need for 
a quick, accurate, scientific evaluation of the new- 
born, primarily to aid in diagnosing asphyxiation 
(suffocation) and to determine the need for resus- 
citation (aided breathing). The evaluations, which 
were made and recorded one, five, and ten minutes 
after birth, quickly became the global standard 
by which the health of the newborn infant was 
measured and, despite contentions that diagnostic 
and treatment advancements have made the 
Apgar evaluation outmoded, it remains a standard 
practice. 
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l Aphasia 


Aphasia (which is the Greek word for to speak) is 
a disorder characterized by either partial or total loss 
of the ability to communicate, either verbally or 
through written words. A person with aphasia may 
have difficulty speaking, reading, writing, recognizing 
the names of objects, or understanding what other 
people have said. Aphasia is caused by a brain injury, 
as may occur during a traumatic accident or during a 
stroke when the brain is deprived of oxygen. It may 
also be caused by a brain tumor, a disease such as 
Alzheimer’s, or an infection like encephalitis. 
Aphasia may be temporary or permanent. 


In adults, one of the most common causes of 
aphasia is a cerebrovascular accident—a stroke. A 
stroke occurs when the blood and oxygen supply to 
the brain is blocked, either by a clogged blood vessel 
(cerebral thrombosis) or a burst blood vessel (cerebral 
hemorrhage). When an injury or stroke interferes with 
the blood and oxygen supply, the brain cells cut off 
from oxygen die. 


According to the American Heart Association, as 
of 2006, approximately 700,000 individuals suffer new 
or recurrent strokes each year in the United States, 
and 20% of these individuals develop some type of 
aphasia. Other causes of brain damage include head 
injuries, brain tumors, and infection. About half of the 
people who show signs of aphasia have what is called 
temporary or transient aphasia and recover com- 
pletely within a few days. An estimated one million 
Americans suffer from some form of permanent 
aphasia. 

The areas of the brain involved in communication 
and language—all located on the left side of the 
brain—include the auditory cortex, which sorts what 
is heard into categories that make sense; Wernicke’s 
area, where words and word patterns are stored; and 
Broca’s area, which receives information from 
Wernicke’s area and sends signals to the tongue, lips, 
and jaw that translate brain messages into actual 
speech. 


Because these areas of the brain control different 
language skills, the communication problems that 
occur depend on what parts of the brain are damaged. 
For example, if the Broca area is injured, one may 
understand what is said and be able to think of an 
appropriate response. But because the link between 
thought and the physical act of speaking is damaged, 
one has trouble coordinating lips, tongue, and jaw to 
form understandable words. Damage to the Broca 
area may also make it difficult to communicate in 
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writing; one knows what to write but the connection 
between thought and hand movement to form words 
on paper has been damaged. 


There are several different systems for classifying 
aphasias. Some broad areas include Wernicke’s apha- 
sia (difficulty understanding language because words 
spoken cannot be matched to words stored in the 
brain); conduction aphasia (a break in the fibers that 
connect the Wernicke and Broca areas of the brain; a 
person understands what is said, but can not repeat it); 
global aphasia (all language abilities are impaired 
because all portions of the brain related to language 
have been damaged); and transcortical aphasia (repe- 
tition without understanding). 


According to the traditional classification scheme, 
each form of aphasia is caused by damage to a differ- 
ent part of the left hemisphere of the brain. 


The traditional classification scheme includes eight 
types of aphasia: 


- Broca’s aphasia, also called motor aphasia, results 
from damage to the front portion or frontal lobe of 
the language-dominant area of the brain. Individuals 
with Broca’s aphasia may be unable to use speech 
completely (mutism) or they may be able to use 
single-word statements or even full sentences. 
However, these sentences are constructed with great 
difficulty. Hearing comprehension is usually not 
affected, so they are able to understand other peo- 
ple’s speech and conversation and can follow com- 
mands. Often, weakness on the right side of their 
bodies makes it difficult to write. Reading ability is 
impaired. Individuals with Broca’s aphasia may 
become frustrated and depressed because they are 
aware of their language difficulties. 


Wernicke’s aphasia is caused by damage to the side 
portion or temporal lobe of the language-dominant 
area of the brain. Individuals with Wernicke’s apha- 
sia speak in long, uninterrupted sentences; however, 
the words used are frequently unnecessary or even 
made-up. They may be unable to understand other 
people’s speech. Reading ability is diminished, and 
although writing ability is retained, what is written 
may be abnormal. No physical symptoms, such as 
the right-sided weakness seen with Broca’s aphasia, 
are typically observed. In addition, in contrast to 
Broca’s aphasia, individuals with Wernicke’s apha- 
sia are not aware of their language errors. 


Global aphasia is caused by widespread damage to 
the language areas of the left hemisphere. As a result, 
all basic language functions are affected, but some 
areas may be more affected than others are affected. 
For instance, an individual may have difficulty 
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speaking but may be able to write well. The individ- 
ual may experience weakness and loss of feeling on 
the right side of their body. 


Conduction aphasia, also called associative aphasia, 
is rather uncommon. Individuals with conduction 
aphasia are unable to repeat words, sentences, and 
phrases. Speech is unbroken, although individuals 
may frequently correct themselves and words may 
be skipped or repeated. Although able to understand 
spoken language, it may also be difficult for the 
individual with conduction aphasia to find the right 
word to describe a person or object. The impact of 
this condition on reading and writing ability varies. 
As with other types of aphasia, right-sided weakness 
or sensory loss may be present. 


Anomic or nominal aphasia primarily influences an 
individual’s ability to find the right name for a per- 
son or object. As a result, an object may be described 
rather than named. Hearing comprehension, repeti- 
tion, reading, and writing are not affected, other than 
by this inability to find the right name. Speech is 
fluent, except for pauses as the individual tries to 
recall the right name. Physical symptoms are varia- 
ble, and some individuals have no symptoms of one- 
sided weakness or sensory loss. 


Transcortical aphasia is caused by damage to the 
language areas of the left hemisphere outside the 
primary language areas. There are three types of 
aphasia: transcortical motor aphasia, transcortical 
sensory aphasia, and mixed transcortical aphasia. 
Transcortical aphasias are distinguished from other 
types by the individual’s ability to repeat words, 
phrases, or sentences. Other language functions 
may also be impaired to varying degrees, depending 
on the extent and particular location of brain 
damage. 


Following brain injury, an initial bedside assess- 
ment is made to determine whether language function 
has been affected. If the individual experiences diffi- 
culty communicating, attempts are made to determine 
whether this difficulty arises from impaired language 
comprehension or an impaired ability to speak. A 
typical examination involves listening to spontaneous 
speech and evaluating the individual’s ability to rec- 
ognize and name objects, comprehend what is heard, 
and repeat sample words and phrases. A speech path- 
ologist or neuropsychologist may be asked to conduct 
extensive examinations using in-depth, standardized 
tests. The results of these tests indicate the severity of 
the aphasia and may provide information regarding 
the exact location of the brain damage. This more 
extensive testing is also designed to provide the 
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information necessary to design an individualized 
speech therapy program. 


Initially, the underlying cause of aphasia must be 
treated or stabilized. To regain language function, 
therapy must begin as soon as possible following the 
injury. Although there are no medical or surgical pro- 
cedures currently available to treat this condition, 
aphasia resulting from stroke or head injury may 
improve through speech therapy. For most individu- 
als, however, the primary emphasis is placed on mak- 
ing the most of retained language abilities and learning 
to use other means of communication to compensate 
for lost language abilities. 


The degree to which an individual can recover 
language abilities is highly dependent on how much 
brain damage occurred and the location and cause of 
the original brain injury. Other factors include the 
individual’s age; general health; motivation and will- 
ingness to participate in speech therapy; and whether 
the individual is left or right handed. Language areas 
may be located in both the left and right hemispheres 
in left-handed individuals. Left-handed individuals 
are, therefore, more likely to develop aphasia follow- 
ing brain injury, but because they have two language 
centers, may recover more fully because language abil- 
ities can be recovered from either side of the brain. The 
intensity of therapy and the time between diagnosis 
and the start of therapy may also affect the eventual 
outcome. 


[ Aphids 


Aphids are insects in the order Homoptera, also 
known as plant lice. Some 3,800 aphid species have 
been identified worldwide with 1,300 species found in 
North America, which includes some 80 species clas- 
sified as pests of crops and ornamental plants. Aphids 
have a distinctive pear-shaped body, and most are soft 
and green in color. The wings are transparent and held 
in a tent-like position over the abdomen, which has a 
short tail, called a cauda. The legs are long and thin, as 
are the six-segmented antennae. Two tube-like struc- 
tures, called cornicles, project from the fifth or sixth 
abdominal segment and excrete a defensive chemical 
when the aphid is threatened. 


Reproductive habits 


Aphids have a complicated life cycle and repro- 
duction habits that make them extremely adaptable to 
their host plants and environments. When aphid eggs 
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A scanning electron micrograph (SEM) of a green peach aphid (Myzus persicae) on the leaf of a Marvel of Peru (Mirabilis jalapa). 
This aphid winters on peach trees and migrates to other plants for the summer. It is an economic pest when it infests crops such 
as potatoes. The aphid is also a carrier of plant viruses, which are transmitted when it inserts its stylet into the veins of a leaf in 
search of sugar-carrying cells. The tubes on the aphid’s back are siphons for sending pheromone signals. (© Dr. Jeremy Burgess/ 
Science Photo Library, National Audubon Society Collection/Photo Researchers, Inc.) 


that have overwintered on their host plants hatch in 
the spring, they produce females without wings. These 
females are capable of reproducing asexually, a proc- 
ess called parthenogenesis. Several asexual genera- 
tions may be produced during a growing season. 


When it becomes necessary to move to another 
plant, winged females are produced. As winter 
approaches, both males and females are produced 
and their fertilized eggs again overwinter until the 
next spring. Sometimes winged females that produce 
asexually also migrate to new hosts. The lack of wings 
among generations of aphids that have no need to 
migrate is seen as an adaptive advantage, since it 
helps keep them from being blown away in windy 
weather. 


Ants and aphids 


A symbiotic relationship exists between ants and 
aphids. They are often compared to cattle, with the 
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ants acting as protectors and ranchers. Aphids secrete 
a sweet substance called honeydew, which contains 
surplus sugar from their diet. Ants protect aphid eggs 
during the winter, and carry newly hatched aphids to 
new host plants, where the aphids feed on the leaves 
and the ants get a supply of honeydew. 


Because they reproduce rapidly and grow large 
colonies, an aphid infestation stunts growth, inhibits 
the crop production, and can even kill the host plant. 
Aphids can also carry other diseases, such as viruses, 
from one plant to another. Their saliva is also toxic to 
plant tissues. Among the biological controls of aphid 
infestations in agriculture and horticulture are lacew- 
ings, sometimes called “aphid lions,” lady beetles or 
ladybird beetles (ladybugs), and syrphid _ flies. 
Pesticides, including diazinon, disyston, malathion, 
nicotine sulfate, and others, are also used to control 
aphids. On a smaller scale, some gardeners control 
aphids by simply washing them off with a spray of 
soapy water. 


275 


spiydy 


Approximation 


KEY TERMS 


Honeydew—A sweet substance excreted by aphids 
that ants utilize as food. 


Parthenogenesis—Asexual reproduction without 
the fertilization of eggs. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 
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[ Approximation 


In mathematics, to approximate is to find or use a 
number acceptably close to an exact value; such a 
number is an approximation or approximate value. 
Approximating has always been important in the 
experimental sciences and engineering, partly because 
it is impossible to make perfectly accurate measure- 
ments. Approximation also arises in computation 
because some numbers can never be expressed com- 
pletely in decimal notation (or any equivalent system, 
such as binary notation). In these cases, approxima- 
tions are used. For example, irrational numbers, such 
as m, are nonterminating, nonrepeating decimals. 
Every irrational number can be approximated by a 
rational number, simply by truncating it. Thus, pi (7) 
can be approximated by 3.14, or 3.1416, or 3.141593, 
and so on, until the desired accuracy is obtained. 
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Another application of the approximation proc- 
ess occurs in iterative procedures. Iteration is the proc- 
ess of solving equations by finding an approximate 
solution, then using that approximation to find suc- 
cessively better approximations, until a solution of 
adequate accuracy is found. Iterative methods, or for- 
mulas, exist for finding square roots, solving higher 
order polynomial equations, solving differential equa- 
tions, and evaluating integrals. 


The limiting process of making successively better 
approximations is also an important ingredient in 
defining some very important operations in mathe- 
matics. For instance, both the derivative and the defi- 
nite integral come about as natural extensions of the 
approximation process. The derivative arises from the 
process of approximating the instantaneous rate of 
change of a curve by using short line segments. The 
shorter the segment, the more accurate the approxima- 
tion, until, in the limit that the length approaches zero, 
an exact value is reached. Similarly, the definite integral 
is the result of approximating the area under a curve 
using a series of rectangles. As the number of rectangles 
increases, the area of each rectangle decreases, and the 
sum of the areas becomes a better approximation of the 
total area under investigation. As in the case of the 
derivative, in the limit that the area of each rectangle 
approaches zero, the sum becomes an exact result. 


Every function can be expressed as a series, the indi- 
cated sum of an infinite sequence. For instance, the sine 
function is equal to the sum: sin(x) = x — x7/3! + x°/5!— 
x’/7!+ . In this series the symbol (!) is read “factorial” and 
means to take the product of all positive integers up to 
and including the number preceding the symbol (3! = 1 x 
2 x 3, and so on). Thus, the value of the sine function for 
any value of x can be approximated by keeping as many 
terms in the series as required to obtain the desired degree 
of accuracy. With the growing popularity of digital com- 
puters, the use of approximating procedures has become 
increasingly important. In fact, series like this one for the 
sine function are often the basis upon which handheld 
scientific calculators operate. 


An approximation is often indicated by showing 
the limits within which the actual value will fall, such 
as 25 + 3, which means the actual value is in the 
interval from 22 to 28. Scientific notation is used to 
show the degree of approximation also. For example, 
1.5 x 10° means that the approximation 1,500,000 has 
been measured to the nearest hundred thousand; the 
actual value is between 1,450,000 and 1,550,000. But 
1.500 x 10° means 1,500,000 measured to the nearest 
thousand. The true value is between 1,499,500 and 
1,500,500. 
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I Apraxia 


Apraxia is a brain disorder in which a person 
is unable to perform learned motor acts even 
though the physical ability to do so exists and the 
desire to perform them is there. Apraxia is caused 
by damage to the parietal lobes, particularly in the 
dominant hemisphere. This can arise from a variety 
of causes including metabolic disease, stroke, and 
head injuries. Unlike paralysis, movements remain 
intact but the patient can no longer combine them 
sequentially to perform desired functions, such as 
dressing. 


German neurologist Hugo Liepmann (1863-1925) 
introduced the term “apraxia” in 1900 after observing 
an impaired patient. Based on anatomic data, he sug- 
gested that planned or commanded actions are con- 
trolled not in the frontal lobe but in the parietal lobe of 
the brain’s dominant hemisphere. He then postulated 
that damage to this portion of the brain prevents the 
activation of “motor programmes”: learned sequences 
of activities that produce desired results on command. 
He also divided apraxia into three types: ideational, 
ideomotor, and kinetic. 


Ideational apraxia, sometimes called object blind- 
ness, renders patients incapable of making appropri- 
ate use of familiar objects upon command, even 
though they can name the object and describe how to 
use it. Ideomotor apraxia is the inability to follow 
verbal commands or imitate an action, such as waving 
goodbye. The harder the patient tries, the more diffi- 
cult execution becomes. Ironically, the patient often 
performs the gesture spontaneously or as an emo- 
tional response, like waving goodbye when a loved- 
one leaves. Kinetic apraxia refers to clumsiness in 
performing a skilled act that is not due to paralysis, 
muscle weakness, or sensory loss. 


Other types of apraxia have been described since 
Liepmann’s time. Apraxia of speech is the inability to 
program muscles used in speech, resulting in incorrect 
verbal output. It is frequently seen in conjunction with 
aphasia, the inability to select words and communicate 
via speech, writing, or signals. In dressing apraxia, 
patients can put clothes on but cannot program the 
appropriate movement sequences. Therefore, a coat 
goes on back-to-front, or socks over shoes. Facial 
apraxia leaves patients unable to move portions of 
their face upon command. They often, however, use 
other parts of their body to achieve a similar end. For 
example, when asked to blow out a match, the patient 
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The area of the brain associated with apraxia. (Hans & 
Cassidy. Courtesy of Gale Group.) 


may step on it. Constructional apraxia is the inability 
to apply well-known and practiced skills to a new 
situation, like drawing a picture of a simple object 
from memory. 


Although intense research has increased scientific 
understanding of this complex disorder, many mys- 
teries remain. 
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l Aqueduct 


Aqueducts are structures used to carry water from 
a supply source to distant areas in need of water. The 
word aqueduct comes from two Latin words, aqua 
(water) and ducere (to lead). The first aqueducts were 
built as early as the tenth century BC. While primitive 
people lived very close to water, as people moved 
inland and away from direct water supplies, they cre- 
ated systems of water retrieval. Wells were dug to 
reach underground water supplies. Also, cisterns and 
underground collecting tanks were used to store water. 
Eventually, dams were constructed to block water 
flow, allowing water pressure to increase, and run-off 
channels were constructed to guide water to specific 
regions. Early aqueducts redirected water by use of 
conduits (covered canals, or pipes, usually made of 
stone) that were often buried a few inches below 
ground for protection. Aqueducts were driven by the 
force of gravity pulling water downhill and extended 
for many miles. The use of aqueducts for drinking 
water, agriculture, and other uses is a part of Greek, 
Mexican, Roman, and Asian history. The city of 
ancient Rome had 11 active aqueducts traversing 
roughly 300 mi (485 km). Modern aqueducts use elec- 
trical power to elevate water that travels through 
many miles of pipes. Many modern pipes are deep 
beneath the ground and supply cities with water for 
personal and industrial use. 


History 


The first record of an aqueduct appeared in 691 
BC in Assyria. This 34 mi (55 km) long aqueduct was 
simple, consisting of a single arch over one valley. At 
that time, Greeks were using wells to retrieve water 
from underground pools. Certain plants, such as fig 
trees, marked water sources because their roots grow 
in water. The first Greek aqueduct dates from 530 BC 
on the island of Samos. This aqueduct was built by an 
engineer named Eupalinus, who was told to supply the 
city with water by tunneling a pathway through a 
mountain. The Samos aqueduct extended for about 
1 mi (1.6 km) underground and had a diameter of 
8 ft (2.4 m). These first aqueducts demonstrated an 
understanding of siphons and other basic hydraulic 
principles. 


Ancient Roman aqueducts evolved into an exten- 
sive network of canals supplying the city with water. 
Rome’s first aqueduct, the Aqua Appia, was built in 
312 BC and was a simple subterranean covered ditch. 
Roman aqueducts were usually built as open troughs 
covered with a top and then with soil. They were made 
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The Pont du Gard, a Roman aqueduct in Nimes, France, dates 
from the first century AD. (John Moss. National Audubon 
Society Collection/Photo Researchers, Inc.) 


from a variety of materials, including masonry, lead, 
terra cotta, and wood. The Appia was about 50 ft (15 
m) underground to make it inaccessible to Roman 
enemies on the city’s outskirts. The Anio Vetus, built 
in 272 BC, brought more water to the city. Both the 
Appia and the Vetus had sewer-like designs. 


Later Roman aqueducts were mainly built to meet 
the needs of the people or the desires of the rulers of 
the time. The average Roman aqueduct was 10-50 mi 
(16-80 km) long with a 7-15 sq ft (0.7—1.4 sq m) cross- 
section. Aqueducts were generally wide enough for a 
man to enter and clean. The Aqua Marcia, built in 140 
BC, was made of stone and had lofty arches. The Aqua 
Tepula of 125 BC was made from poured concrete. 


Advances in irrigation and water management are 
also found South America. In the Mexican Tehuacan 
Valley, evidence of irrigation dates back to around 700 
BC in the remains of the Purron Dam. The dam was 
used to direct water to domestic and crop regions for 
several hundred years. In the same valley, the Xiquila 
Aqueduct was built around AD 400. 


More recently, North American aqueducts 
include the Potomac aqueduct in Washington, DC. 
This aqueduct, which was built in 1830, extends over 
the Potomac River at the Key Bridge, which joins 
Northern Virginia and the Georgetown area of the 
city. It was built with support from eight piers and 
two stone abutments to carry water from the upper 
Potomac to the city. 


Later aqueducts of the United States include the 
Colorado River Aqueduct, which supplies Los Angeles, 
and the Delaware River Aqueduct, which carries water 
into New York. In addition, aqueducts carry water 
from northern to southern California. The southwest- 
ern region of the United States is particularly dry and 
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KEY TERMS 


Aquifer—A formation of soil or rock that holds 
water underground. 


Conduit—A structure such as a pipe or channel for 
transporting fluid. 


requires water import. Water can be collected from 
aquifers (underground water reservoir), rivers, lakes, 
or man-made reservoirs. 


Technology 


While modern water pipes are much wider (20-30 
ft or 6.1-9.1 m in diameter) and significantly longer 
(hundreds of miles long) than the first aqueducts, the 
hydraulic principles governing water carriage remain 
essentially the same. Water flows along gradients, and 
its velocity depends on a number of factors. Water 
flows more quickly along steeper gradients, but wear 
and tear on such pipes is greater, resulting in the need 
for more frequent repair. More gradual sloping pipes 
result in slower-flowing water with greater sludge 
deposits; hence, these pipes require more cleaning 
with less repair. 


Water velocity along conduits is also greater in 
larger, smoother pipes. Pipes or canals that have 
rough surfaces disrupt water flow, slowing it down. 
In addition, larger diameter passageways provide less 
resistance, because a smaller percentage of the flowing 
water is retarded by the surface friction of the conduit. 


The use of water to generate other forms of power 
is not new at all. Both the ancient Greeks and Romans 
used water mills for work in such places as flour fac- 
tories. In such mills, aqueducts were used to supply 
water on a relatively continuous basis. A modern 
application of water power is hydroelectric power. 
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I Aquifer 


Aquifers are geologic formations capable of yield- 
ing significant amounts of groundwater. The ground- 
water in most aquifers is stored in the open spaces, 
known as pores, between solid particles comprising 
the skeletal framework of the sediment or rock of the 
aquifer. In some cases, groundwater accumulates in 
open cracks within rock or, more rarely, in cave-like 
voids in limestone or dolostone. The definition of an 
aquifer in terms of its ability to yield significant 
amounts of water makes the definition relative. 
Whereas a formation may yield enough water to sup- 
ply a few households in a rural setting and thereby be 
classified as an aquifer, the same formation may be 
incapable of supplying the amount of water needed to 
support a large city or industrial complex. In the sec- 
ond case the formation would not be considered an 
aquifer. 


The ability of an aquifer to transmit groundwater 
is known as its hydraulic conductivity or transmissiv- 
ity (transmissivity is the hydraulic conductivity of an 
aquifer multiplied by its thickness). Hydrogeologists 
also use several different measures of the capacity of 
an aquifer to store and yield water. The simplest of 
these measures is specific yield, which is the ratio of the 
volume of water that will flow freely from an aquifer to 
the total volume of the aquifer. Typical values of 
specific yield range from 5% to 30%. 


Aquifers occurring in layered sediments or sedi- 
mentary rocks are in many cases separated by less 
conductive layers known as aquitards. Aquitards can 
store large amounts of water but, because of their low 
hydraulic conductivity, yield water very slowly when 
pumped. Taken together, a series of aquifers and aqui- 
tards comprise an aquifer system. Some older books 
and reports use the term aquiclude to denote a geo- 
logic formation that is impermeable, but that word has 
fallen out of use. 


Aquifers can be classified according to their con- 
nection with the atmosphere. Water within an uncon- 
fined aquifer (sometimes referred to as a phreatic or 
water-table aquifer) is in direct contact with the atmos- 
phere through open pore spaces of the soil or rock 
above the water. Water at the top of the saturated 
portion of an unconfined aquifer, commonly referred 
to as the water table, is at atmospheric pressure and is 
free to move vertically in response to water level 
changes within the aquifer. When an aquitard sepa- 
rates the water within a water-bearing formation from 
the atmosphere, the aquifer is said to be confined. The 
aquitard restricts the upward movement of the water 
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within the aquifer and causes the pressure at the top of 
the aquifer to be at levels greater than atmospheric 
pressure, giving rise to artesian conditions. Perched 
aquifers are unconfined aquifers that occur above aqui- 
tards that are underlain by unsaturated soil or rock. 


If water is pumped from a confined aquifer system 
at a rate greater than it can be replenished by infiltra- 
tion of rain or melted snow, water will be removed 
from storage in the aquitards. If the amount with- 
drawn is small, the aquifer system will respond elasti- 
cally and return to its initial condition when the rate of 
withdrawal decreases. If the amount withdrawn is 
large (a condition often referred to as groundwater 
overdraft), the pore space within the aquifer can per- 
manently collapse and reduce the ability of the aquifer 
system to store or transmit water in the future even if 
pumping is curtailed. Permanent collapse of deforma- 
tion of an aquifer system often gives rise to land sub- 
sidence and the development of large cracks known as 
earth fissures. The term safe yield is often used to refer 
to the amount of water that may be pumped without 
significant consequences but, like the definition of an 
aquifer, the inclusion of significance makes safe yield a 
relative term. 


Aquifers can be susceptible to contamination that 
may render the water unusable. The susceptibility of 
an aquifer to contamination depends on whether it is 
confined or unconfined, its depth, the kind of soil or 
rock above the aquifer, the kind of sediments or rock 
comprising the aquifer, the amount of infiltration or 
recharge to the aquifer, and the topography above the 
aquifer. Common sources of groundwater contamina- 
tion include septic systems, leaking gasoline storage 
tanks, poorly designed landfills or dumps, and illegal 
disposal of hazardous waste. Aquifers in coastal areas 
are also susceptible to seawater intrusion if pumping 
allows buoyant fresh water to be replaced by dense 
saltwater. 


See also Groundwater. 


| Arachnids 


Arachnids (class Arachnida) form the second 
largest group of terrestrial arthropods (phylum 
Arthropoda), with the class Insecta being the most 
numerous. There are over 70,000 species of arachnids, 
which include such familiar creatures as scorpions, 
spiders, harvestmen or daddy longlegs, ticks, and 
mites, as well as the less common whip scorpions, 
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pseudoscorpions, and sun spiders. Arachnids are 
members of the subphylum Chelicerata, which also 
includes the phylogenetically-related (related by evo- 
lution) ancient horseshoe crabs. 


Like other arthropods, arachnids have paired, 
jointed appendages, a hardened exoskeleton, seg- 
mented body, and well developed head. Unlike other 
arthropods, their body has two main parts, the pro- 
soma (equivalent to an insect’s head and thorax) and 
the opisthosoma (or abdomen). There are six pairs of 
appendages associated with the prosoma. The first 
pair are stabbing appendages near the mouth called 
chelicerae, used for grasping and cutting, and the sec- 
ond pair are called pedipalps or general-purpose 
mouthparts. The last four pairs of appendages are 
the walking legs. Most arachnids are terrestrial and 
respire by means of book lungs, or by tracheae (air 
tubes from the outside to the tissues), or both. Most 
arachnids are terrestrial carnivorous predators. They 
feed by piercing the body of their prey, and then either 
directly ingesting its body fluids, or by releasing diges- 
tive secretions onto the outside of the prey to predigest 
the food before ingestion. 


Scorpions (order Scorpiones) are distinguished by 
their large, pincer-like pedipalps, and a segmented 
abdomen consisting of a broad anterior part and a 
narrow posterior part (“tail”), which ends in a sharp 
pointed stinger. The latter contains a pair of poison 
glands whose ducts open at its tip. The venom is a 
neurotoxin that attacks nerve functions, but, except 
for a handful of species, is not potent enough to harm 
humans. Scorpions breathe by means of book lungs. 
Mating is preceded by complex courtship behavior. 
Newly hatched scorpions are carried around by the 
mother on her back for one to two weeks. Scorpions 
are nocturnal and feed mostly on insects. During the 
day they hide in crevices, under bark, and in other 
secluded places. They are distributed worldwide in 
tropical and subtropical regions. 


In spiders (order Araneae) the abdomen is not 
segmented, and it is separated from the cephalothorax 
by a narrow waist. The large and powerful chelicera of 
some spiders contain a poison gland at the base, while 
the tips serve as fangs to inject the poison into the prey. 
The pedipalps are long and leg-like. In male spiders, 
the pedipalps each contain a palpal organ, used to 
transfer sperm to the female. Some species of spider 
have only book lungs for respiration, while others 
have both book lungs and tracheae. Spiders possess 
silk-producing glands whose secretion is drawn into 
fine threads by structures called spinnerets located on 
the lower side of the abdomen. Different types of silk 
are produced and used for a variety of purposes, 
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A Cosmetid harvestman. (JLM Visuals.) 


including orb-weaving, ensnaring prey, packaging 
sperm to be transferred to the female, and making 
egg sacs. Although all spiders produce silk, not all 
weave orbs. The courtship patterns of spiders are 
quite varied. 


Spiders have a worldwide distribution and are 
ubiquitous, living in and around human habitations, 
in burrows in the ground, in forests, and even under- 
water. Spiders are predators, feeding mostly on insects. 
Despite their fearsome reputation, spiders actually ben- 
efit humans by keeping some insect populations under 
control. Only a few species have a bite that can be fatal 
to humans. 


Most mites and ticks (order Acari) are small, 
mites being microscopic and ticks measuring only 
0.2-1 inch (5-25 mm) in length. The oval acarine 
body consists of the fused cephalothorax and abdo- 
men. The chelicerae and pedipalps are small and form 
part of the feeding apparatus. Adult ticks and mites 
have four pairs of walking legs, but the larvae have 
only three. Respiration is by tracheae. Ticks are 
mostly bloodsucking ectoparasites that prey on mam- 
mals. In addition to sucking blood, and injecting poi- 
son into the host in the process, ticks transmit the 
agents of diseases such as Rocky Mountain spotted 
fever, Lyme disease, relapsing fever, scrub typhus, and 
Texas cattle fever. A female tick needs to engorge by 
feeding on her host’s blood before she can lay eggs. An 
engorged female is three or more times her original 
size. The feeding requires attachment to the host for 
days. The larval and nymphal stages likewise feed 
before they molt and progress to the next stage. 
Ticks have specialized sense organs that enable them 
to locate a host more than 25 feet (7.5 m) away. 


Many mites are either ecto- or endoparasites of 
birds and mammals, feeding on the skin and under- 
lying tissues. Many others are free living. Some, such 
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as the chigger, are parasitic as larvae but free living in 
the nymph and adult stages. Ectoparasites live on the 
host’s body surface, while endoparasites excavate tun- 
nels under the skin in which they live and reproduce. 
While some parasitic mites transmit disease organ- 
isms, many produce diseases such as scabies, mange, 
or cause an intense itch. Ticks and parasitic mites are 
clearly of great detriment to humans. House dust mites 
cause allergies in many people. Some free-living mites 
are also of considerable importance because they 
cause destruction of stored grain and other products. 


Harvestmen (order Opiliones) look superficially 
like spiders but differ in many respects. Harvestmen 
lack a waist separating the abdomen from the cepha- 
lothorax, and their abdomen is segmented. They can 
ingest solid food as well as fluids. They do not produce 
silk and are not venomous. Harvestmen feed on insects 
and contribute to insect control, although they are less 
important in this respect than spiders. 


I Arapaima 


The giants of freshwater fishes, the arapaima or 
pirarucu (Arapaima gigas) weigh up to 440 pounds 
(200 kg) and may reach a length of some 16.5 feet (5 
m), although most specimens today are less than 10 
feet (3 m) long. This species, found only in the rivers of 
Brazil and the Guyanas, belongs to the bony-tongued 
fishes (Osteoglossidae), which date to the Cretaceous 
period (some 65-135 million years ago); this species is 
one of just five remaining of this ancient group. 


The arapaima exhibit many archaic characteris- 
tics, such as an asymmetrical tail fin and a swim blad- 
der that also functions as an air-breathing organ. Only 
very young arapaima have functional gills; adult fish 
always come to the surface to breathe in oxygen and 
expel carbon dioxide, usually at intervals of 10-15 
minutes. 


Arapaima are active predators and often seek out 
fish in pools that are drying out or backwaters where 
the fish are slowly being starved of oxygen. Captured 
prey is held in the jaws and the toothed tongue is then 
used to press and grind the hapless victim against the 
roof of the mouth. When prey is abundant, arapaima 
gorge themselves on fish, taking in rich fat deposits 
that will see them through the breeding season. 


Reproduction is marked by vivid changes in color 
and the pairing of adult fish. Both male and female 
participate in excavating a small hole in the substrate, 
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usually in shallow water and well concealed by 
vegetation. When the nest site is complete, the female 
lays her eggs, which are then fertilized by the attendant 
male. Both parents remain in the vicinity of the nest 
to ward off potential predators. Upon emerging from 
the eggs, the young fish remain close to one or both 
of the adults until they are able to fend for them- 
selves. Despite such lavish parental attention, the 
predation rate on young arapaima is thought to be 
considerable. 


Prior to the nineteenth century, this species was 
seldom captured, as neither the techniques nor the 
means of preserving such a large amount of food 
were available. In recent decades, however, the intro- 
duction of steel-tipped harpoons and gill nets have 
resulted in large catches of this giant fish. Smoking 
and salting techniques have also developed, enabling 
people to store larger quantities of fish for longer 
periods. As a result, this species is one of the most 
important food fish throughout the Amazon basin. 
No estimates of the population size of this species 
exist, but scientists have expressed concern for its 
future as a result of increasingly heavy hunting in 
some regions. 


| Arc 


In Euclidean geometry, an arc is a segment of a 
curve, most often a circle, in a two-dimensional plane. 
When it is a circle, the arc is called a circular arc. In the 
strictest definition, an arc is a segment of a curve in a 
plane. Examples include segments of geometrical 
forms such as circles, ellipses, and parabolas, as well 
as irregular arcs defined by analytical functions. 


Arcs of circles can be classified by size. A minor 
arc is one whose length is shorter than one-half of the 
circumference of a circle. A major arc is one whose 
length is longer than one-half of the circumference of a 
circle. An arc whose length is exactly one-half of the 
circumference of the circle is simply called a semi- 
circle. The line connecting the endpoints of a major 
are or minor arc is called a chord. 


Angles subtended by circles can be classified by 
the location of the vertex. One important type of angle 
has the vertex located at the circumference. An angle 
whose vertex is at the center of the circle is called a 
central angle. Each specific central angle is subtended 
by only one arc, but each arc subtends infinitely many 
angles. 


282 


KEY TERMS 


Circumference—The line defined by the collection 
of points at a distance r from the center of a circle. 


Subtend—Intersect. 


Vertex—tThe point at which the two sides of an 
angle meet. 


An arc of a circle can be measured by length along 
the circumference or in terms of the angle subtended 
by the arc. A theorem of geometry states that the 
measure of the central angle of the circle is the measure 
of corresponding arc. If the arc lies on a circle of radius 
(r) and subtends a central angle (/A) measured in 
degrees, then the length of the arc is given by b = 
2nr (4A/360), where m is the mathematical constant 
3.14159, defined as the ratio of the circle’s circumfer- 
ence to its diameter. 


In the case of irregular arcs, lengths are more 
complicated to determine. Historically, only approx- 
imations were possible by mathematicians. The recti- 
fication of a curve, or calculating the length of an 
irregular arc, can be performed, as noted during the 
seventeenth century, with the use of calculus and dif- 
ferential geometry. 


Kristin Lewotsky 


tl Arc lamp 


An arc lamp is an electric light that produces light 
by an arc of electrical current passing through ionized 
gas between two electrodes, oftentimes made of tung- 
sten. The gas within the bulb often consists of argon, 
metal halide, mercury, neon, sodium, or xenon. The 
fluorescent light is a commonly used arc lamp that is a 
type of mercury arc lamp whose bulb has been coated 
with phosphor. 


Long before the incandescent electric light bulb 
was invented, arc lamps had given birth to the science 
of electric lighting. In the early 1800s, when the first 
large batteries were being built, researchers noticed 
that electric current would leap across a gap in a 
circuit, from one electrode to the other, creating a 
brilliant light. English chemist Sir Humphry Davy 
(1778-1829) is credited with discovering this electric 
arc and inventing the first arc lamp, which used carbon 
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Arc lamp. (Corbis-Bettmann.) 


electrodes. Yet the electric arc lamp remained a curiosity 
for decades. Many scientists gave public demonstrations 
of arc lighting, and the invention of automatic controls in 
the 1840s made it possible for arc lamps to be used in 
special applications such as lighthouses, theaters, and 
microscopes. But arc lamps still relied on expensive bat- 
teries or generators as their source of power. 


Then a flurry of inventions brought arc lighting 
into widespread use. First came the development in 
1871 of a relatively cheap source of electricity, the 
dynamo, a type of generator that produces direct cur- 
rent power. Public interest quickly reawakened, and 
people began installing arc lighting in factories, mills, 
and railway stations; actually, any place light was 
required over a large, open space. France pioneered 
this field, though Great Britain and the United States 
soon followed. The next step forward was the electric 
candle, a type of arc lamp invented in 1876 by Pavel 
Jablochkoff (1847-1894), a Russian engineer who 
later moved to Paris, France. This device, which 
could burn for two hours without adjustment, elimi- 
nated the need for expensive automatic controls. 
Although defects soon led to its downfall, this arc 
lamp greatly stimulated the development of electric 
lighting and increased the demand for better generat- 
ing equipment. 
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By this time, American scientists were active in 
improving and installing arc lighting systems. In 1877, 
a dynamo invented earlier by William Wallace (1825- 
1904) and American inventor and electrician Moses 
Farmer (1820-1893) was adapted for arc lighting by 
Wallace. This was probably the first commercial arc 
lamp made in the United States. Around the same time, 
American Charles Brush’s (1849-1929) arc lamp, 
which used magnets to move the electrodes, could be 
lit by remote control. He also invented a way to operate 
multiple arc lamps from a single dynamo, which greatly 
improved upon the European method. In 1879, Brush 
demonstrated his first streetlight system in Cleveland, 
Ohio, a success that led many other American and 
European cities to install Brush arc lighting. Finally, 
a team of two American electrical engineers, Edwin 
Houston (1847-1937) and Elihu Thomson (1853- 
1937), introduced an arc lighting system that wasted 
less electricity by maintaining a constant current. Two 
years later, in 1881, they patented automatic controls 
for the system. 


At the beginning of the twentieth century, after 
other improvements to arc lamps, spin-off technologies 
began to spring from the original concept. Scientists 
knew that electricity, when passed through certain 
gases at very low pressures, would discharge light, pro- 
ducing a glow instead of an arc. Although high voltage 
was needed to start the process, a much lower voltage 
would sustain it. American engineer Peter Hewitt (1861— 
1921) invented a starting device and developed the first 
discharge light, which used mercury vapor in a glass 
tube. Soon, higher pressure lamps began to be devel- 
oped, using either mercury or sodium vapor. 


In contrast to arc lamps and incandescent light 
bulbs, discharge lamps deliver nearly all their energy in 
the form of visible light or ultraviolet rays, rather than 
producing large amounts of useless heat. The color of 
the light varies depending on the gas. Mercury gives a 
bluish light, which can be corrected to look more 
natural by coating the tube with phosphors, while 
sodium vapor light is distinctly yellow. Both types 
provide excellent illumination for large areas such as 
roadways, shopping malls, parking lots, and exhibit 
halls. Mercury lamps are used where the quality of 
light is an aesthetic concern in a city’s downtown 
area, for example, while sodium lights work well 
where visibility is more important than appearance. 
Metal halide lamps, a recent development, produce a 
spectrum that is ideal for use when color television 
reception is needed, so they are often used in sport 
stadiums and athletic fields. Fluorescent lamps and 
neon lights are also variations of discharge lamps. 
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Meanwhile, the original arc lamp has come full 
circle. Ironically, today’s extremely powerful versions 
make use of the lamp’s heat, rather than its light. 
These high-tech arc lamps, which can simulate the 
heat of the sun, have proved useful in testing aerospace 
materials and hardening metal surfaces. 


| Archaebacteria 


Life on Earth can be divided into three large col- 
lections, or domains. These are the Eubacteria (or 
“true” bacteria), Eukaryota (the domain that humans 
belong to), and Archae. The members of this last 
domain are the archaebacteria. 


Most archaebacteria (also called archae) look 
bacteria-like when viewed under the microscope. 
They have features that are quite different, however, 
from both bacteria and eukaryotic organisms. These 
differences led American microbiologist Carl Woese 
to propose in the 1970s that archaebacteria be classi- 
fied in a separate domain of life. Indeed, because the 
organisms are truly separate from bacteria, Woese 
proposed that the designation archaebacteria be 
replaced by archae. 


Archae are similar to eukaryotic organisms in that 
they lack a part of the cell wall called the peptidogly- 
can. Also, archae and eukaryotes share similarities in 
the way that they make new copies of their genetic 
material. However, archae are similar to bacteria in 
that their genetic material is not confined within a 
membrane, but instead is spread throughout the cell. 
Thus, archae represent a blend of bacteria and eukar- 
yotes (some scientists call them the “missing link”), 
although generally they are more like eukaryotes than 
bacteria. 


General characteristics 


Archaebacteria are described as being obligate 
anaerobes; that is, they can only live in areas without 
oxygen. Their oxygen-free environments, and the 
observations that habitats of Archaebacteria can fre- 
quently be harsh (so harsh that bacteria and eukary- 
otic organisms such as humans cannot survive), 
supports the view that Archaebacteria were one of 
the first life forms to evolve on Earth. 


Archaebacteria are microscopic organisms with 
diameters ranging from 0.0002-0.0004 in (0.5-1.0 
micrometer). The volume of their cells is only around 
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one-thousandth that of a typical eukaryotic cell. They 
come in a variety of shapes, which can be character- 
ized into three common forms. Spherical cells are 
called cocci, rod-shaped cells are called bacilli, and 
spiral cells can either be vibrio (a short helix), spirillum 
(a long helix), or spirochete (a long, flexible helix). 
Archaebacteria, like all prokaryotes, have no mem- 
brane-bound organelles. This means that the archae- 
bacteria are without nuclei, mitochondria, endoplasmic 
reticula, lysosomes, Golgi complexes, or chloroplasts. 
The cells contain a thick cytoplasm that contains all of 
the molecules and compounds of metabolism and nutri- 
tion. Archaebacteria have a cell wall that contains no 
peptidoglycan. This rigid cell wall supports the cell, 
allowing an archaebacterium to maintain its shape 
and protecting the cell from bursting when in a hypo- 
tonic environment. Because these organisms have no 
nucleus, the genetic material floats freely in the cyto- 
plasm. The DNA consists of a single circular molecule. 
This molecule is tightly wound and compact, and if 
stretched out would be more than 1,000 times longer 
than the actual cell. Little or no protein is associated 
with the DNA. Plasmids may be present in the arch- 
aebacterial cell. These are small, circular pieces of DNA 
that can duplicate independent of the larger, genomic 
DNA circle. Plasmids often code for particular enzymes 
or for antibiotic resistance. 


Groups of Archaebacteria 


Archaebacteria can be divided into three groups. 
The first group is comprised of the methane producers 
(or methanogens). These archaebacteria live in envi- 
ronments without oxygen. Methanogens are widely 
distributed in nature. Habitats include swamps, 
deep-sea waters, sewage treatment facilities, and even 
in the stomachs of cows. Methanogens obtain their 
energy from the use of carbon dioxide and hydrogen 
gas. 


The second group of Archaebacteria are known as 
the extreme halophiles. Halophile means “salt loving.” 
Members of this second group live in areas with high 
salt concentrations, such as the Dead Sea or the Great 
Salt Lake in Utah. In fact, some of the archaebacteria 
cannot tolerate a relatively unsalty environment such 
as seawater. Halophilic microbes produce a purple 
pigment called bacteriorhodopsin, which allows them 
to use sunlight as a source of photosynthetic energy, 
similar to plants. 


The last group of archaebacteria lives in hot, 
acidic waters such as those found in sulfur springs or 
deep-sea thermal vents. These organisms are called 
the extreme thermophiles. Thermophilic means “heat 
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KEY TERMS 


Chloroplast—Green organelle in higher plants and 
algae in which photosynthesis occurs. 


Domain—One of the three primary divisions of all 
living systems: Archae, Bacteria, or Eukaryota. 


Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Eukaryote—A cell whose genetic material is car- 
ried on chromosomes inside a nucleus encased ina 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Golgi complex—Organelle in which newly synthe- 
sized polypeptide chains and lipids are modified 
and packaged. 

Lysosome—The main organelle of digestion, with 
enzymes that can break down food into nutrients. 


Mitochondria—An organelle that specializes in 
ATP formation, the “powerhouse” of the cell. 


Nucleus—A membrane-bound organelle in a 
eukaryote that isolates and organizes the DNA. 


Organelle—An internal, membrane-bound sac or 
compartment that has a specific, specialized meta- 
bolic function. 


loving.” They thrive at temperatures of 160°F (70°C) 
or higher and at pH levels of pH=1 or pH=2 (the same 
pH as concentrated sulfuric acid). 


Archaebacteria reproduce asexually by a process 
called binary fission. In binary fission, the bacterial 
DNA replicates and the cell wall pinches off in the center 
of the cell. This divides the organism into two new cells, 
each with a copy of the circular DNA. This is a quick 
process, with some species dividing once every twenty 
minutes. Sexual reproduction is absent in the archaebac- 
teria, although genetic material can be exchanged 
between cells by three different processes. In transfor- 
mation, DNA fragments that have been released by one 
bacterium are taken up by another bacterium. In trans- 
duction, a bacterial phage (a virus that infects bacterial 
cells) transfers genetic material from one organism to 
another. In conjugation, two bacteria come together 
and exchange genetic material. These mechanisms give 
rise to genetic recombination, allowing for the continued 
evolution of the archaebacteria. 
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Archaebacteria are fundamentally important to 
the study of evolution and how life first appeared on 
Earth. The organisms are also proving to be useful and 
commercially important. For example, methanogens 
are used to dissolve components of sewage. The meth- 
ane they give off can be harnessed as a source of power 
and fuel. Archaebacteria are also used to clean up 
environmental spills, particularly in harsher environ- 
ments where most bacteria will fail to survive. 


A thermophilic archaebacterium called Thermus 
aquaticus has revolutionized molecular biology and 
the biotechnology industry. This is because the cells 
contain an enzyme that both operates at a high tem- 
perature and is key to making genetic material. This 
enzyme has been harnessed as the basis for a technique 
called the polymerase chain reaction (PCR). PCR is 
now one of the bedrocks of molecular biology. 


Another increasingly popular reason to study 
archaebacteria is that they may represent one of the 
earliest forms of life that existed on earth. This has 
prompted the suggestion the development of life on 
other planets may involve similar microbes. 


See also Evolution, divergent. 
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l Archaeoastronomy 


Archaeoastronomy, a word combination of the 
fields archeology and astronomy, is the study of pre- 
scientific peoples’ relation to the sky as part of their 
natural environment. As a formal investigation, the 
field of archaeoastronomy is relatively young, having 
begun only in the 1960s. It is often known as cultural 
astronomy to indicate the multidisciplinary breadth of 
the field and its emphasis on cultural practices and 
issues rather than on the correctness of ancient obser- 
vations. Archaeoastronomers, those people who study 
archaeoastronomy as a profession, are concerned to 
know what observations were made by an ancient 
society, who made them, and how those observations 
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were integrated into the society’s political life, 
agricultural or hunting-gathering practices, and civic 
and religious customs. Thus, the tools of modern 
archaeoastronomers are as likely to be those of art 
history, sociology, or linguistics as those of the quan- 
titative sciences, such as computer-processing algo- 
rithms, large databases, and statistical inference. 


Cosmology 


Most pre-scientific peoples developed a cosmol- 
ogy (an explanation of the universe) that explained 
human existence as seamlessly interwoven into the 
workings of the universe. This relationship of the 
part to the whole was usually expressed through sym- 
bols and metaphors. A simple, almost universal cos- 
mological principle was captured in the idea of 
mirroring: events and powers in the sky mirrored 
those on the Earth; Earth was but a microcosm of 
the sky. In virtually all Northern Hemisphere soci- 
eties, for example, earthly dwellings (the tepee, yurt, 
or igloo) were seen as particularized representations of 
the larger dwelling that arched high overhead in the 
heavens to create the celestial vault that rotated 
around the Pole Star. An actual pole of rotation, 
extending from Earth to heaven, was a strong element 
of native North American cosmology. In Inuit cos- 
mology, the superior plane (the mythological equiva- 
lent of the sky) was known as the Land Above. Other 
cosmologies have figured the universe as an endlessly 
folded ribbon, with Earth in the center fold; as a set of 
nested boxes; or as a series of interlocking spheres. 


Pre-scientific societies held the celestial bodies in 
great reverence, yet were also on an intimate footing 
with them. Ancient peoples regarded the sky as inhab- 
ited by Sky People, deities, departed ancestors, or 
simply forces. The Sky People or powers were thought 
to impose order on chaotic human affairs. At the same 
time, the sky powers could be solicited and manipu- 
lated to serve human goals. Their authority could be 
invoked to justify the actions of a chief priest or ruler. 
A moon associated with important periods in the agri- 
cultural or hunting cycle could be honored to ensure 
better food supplies. A desire to place the sky powers 
in the service of the human agenda may have been 
the impetus that led pre-scientific societies to take up 
regular observations of the skies—in other words, 
astronomy. 


Early observatories 


Written records are missing for many pre- 
scientific societies as they turned from noting a single 
celestial event to making the kinds of repeated 
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observations that could be applied to predict events 
in their own lives, such as harvesting or knowing when 
to expect newborns in their animal herds. Many 
ancient peoples did, however, leave physical signs of 
their observing activities. Among the most intriguing 
are the sites that, to a modern eye, seemingly could 
have been used as very early observatories. 


Between about 3500 and 1500 BC, Bronze Age 
builders in Britain and the northwestern portion of 
France known as Brittany erected, or marked in the 
existing landscape, thousands of sites that invite spec- 
ulation about astronomical use. The most fundamen- 
tal arrangement consisted of a natural indicator on the 
horizon, such as a notch in a mountain (the foresight), 
which was aligned with another, artificially made 
marking, such as a standing post or stone, or a hol- 
lowed-out depression in a rock (the backsight). 
Because distances of up to 28 mi (45 km) have been 
measured between foresight and backsight, these 
common configurations have become known as long 
alignments. Statistical studies show that few long 
alignments could have been used to establish the date 
of a major celestial event, such as a solstice, with 
certainty. Even a rough approximation, however, 
would have sufficed for ceremonial reasons such as 
Sun worship. 


The Neolithic builders are better known for erect- 
ing stone circles, such as Stonehenge in England. (A 
henge is an earthen mound surrounded by a low bank 
and a ditch; wooden or stone pillars may be arranged 
on the top.) Astronomical opinion is divided over the 
uses of Stonehenge, but the evidence for its primary 
use as an observatory is considered weak. Stonehenge 
was built in three phases over a period of about 400 
years, beginning around 1700 BC, and is one of many 
circles built during this period. It stands on flat 
Salisbury Plain, in southern England. Because the 
horizon lacks distinctive features, short sight lines 
may have been incorporated into the placement of 
the stones. A ritual figure such as a priest or priestess 
silhouetted against the rising moon, and framed 
between two megaliths, would also have been an 
impressive sight. 


Astronomers argue that Stonehenge could have 
been used to observe the winter solstice, the time when 
the rising of the Sun is farthest south, and the extreme 
rising and setting positions of the moon. Its primary 
purpose seems to have been ceremonial. That a cere- 
monial structure might have later evolved into an 
observatory in prehistoric Britain has important 
implications for social organization, for it suggests 
that an educated, elite class existed to make the obser- 
vations and supervise the construction and repair of 
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sites. Those educated observers in turn might have 
been the forerunners of the Druids of the Iron Age in 
Britain. 


Culturally dissimilar groups in the American 
Southwest and California appear to have followed 
observing practices like those used in prehistoric 
Britain. Oral histories taken from nineteenth century 
Pueblan informants in the Four Corners region indi- 
cate that both horizon observations (that is, long 
alignments) and wall calendars were used. A standing 
stone or gouge mark or wall painting did not mark the 
position of the Pueblan observer; rather, it appeared 
to be esoteric knowledge held by the priest-astrono- 
mer, who simply walked to the same spot every time 
that observations were to be made. Wall calendars 
were created as sunlight penetrated an opening in a 
house or residential cave to fall on the opposite wall. 
With the use of both horizon and wall calendars, the 
Pueblans could track the motions of the sun, moon, 
and stars and, also, events that occurred in the four 
sacred quadrants of the sky. Many of the estimated 
300 tribes living in California before contact with 
Hispanic traders and explorers, which occurred in 
the 1760s and 1770s, used similar horizon and wall 
calendars. Some pre-contact California tribes are 
thought to have had two calendars: a secular one, 
known to all, and a secret calendar to guide the timing 
of sacred rituals. 


Simple observing stations that made use of exist- 
ing sight lines and horizon marks stand at one end of 
the spectrum of early observatories. At the other end is 
elite, corporate architecture, such as is found in the 
northern Yucatan site of Chichn Itz. There, the highly 
elaborated architecture, with its steeply ascending 
steps and ornately carved and painted reliefs, reflects 
a complex union of political power and astronomical 
knowledge. 


Chichn Itz, in Central America, was built over two 
periods that lasted, in aggregate, from about AD 700 
to 1263. Its people were both numerate and literate, 
creating written works that detailed their astronomical 
culture. The Maya also had a warrior class, waged war 
regularly, took captives as slaves, and practiced ritual 
human sacrifice and bloodletting. 


The Mayan calendar and Mayan life were domi- 
nated by the sun and Venus, whose astrophysical 
activities are related to each other in a 5:8 ratio con- 
sidered sacred by the Maya. The sun was associated 
with warfare; Venus, a fearful power, was associated 
with warfare, sacrifice, fertility, rain, and maize. In the 
1960s and later, glyphs from Mayan writings were 
interpreted as showing that raids were undertaken 
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KEY TERMS 


Cosmology—In modern science, the integration of 
several scientific disciplines in the study of the 
origin of the universe. 


Henge—An earthen mound surrounded by a ditch; 
common in Bronze Age Britain and northern France. 
Stone or wooden pillars were often arranged on top 
of the mound. 


Solstice—A calendric marking of the farthest south 
or farthest north rising of the sun during the solar 
year. 


during important Venus stations, such as its first 
appearance as the Morning Star or the Evening Star. 
These raids have come to be called star war events. The 
Caracol, a building probably designed as an observa- 
tory, and several other important ceremonial build- 
ings at Chichn Itz, such as the Great Ball Court, the 
Upper Temple of the Jaguars, and the Temple of the 
Warriors, are fairly precisely aligned to face significant 
sun and Venus positions. 


Mayan interest in genealogy made calendrics 
(relating to calendars) important. Their basic calen- 
dar consisted of two cycles, one of 260 named days 
and one a year of 365 days, which ran concurrently. 
Fifty-two years of 365 days each formed the Calendar 
Round. The Maya developed a system for uniquely 
identifying every one of the 18,980 days in the 
Calendar Round. A table in the Dresden Codex, one 
of three Mayan manuscripts to have survived the 
Spanish conquest, indicates ability to predict solar 
and lunar eclipses, as well as the behavior of certain 
other celestial bodies. At the time of the conquest, 
these predictions may have been accurate to within a 
day, rather than to within an hour or minute, as was 
then possible in Europe with the aid of advanced 
instrumentation. The Maya, however, did not have 
the concept of an hour. 


See also Seasons. 
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i Archaeogenetics 


Archaeogenetics refers to the use of biological 
techniques and the examination of biological material 
to help determine events of the past. The discipline 
involves the examination of genetic material (deoxy- 
ribonucleic acid; DNA) from ancient remains and the 
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comparison of the sequence of units that comprise the 
DNA with modern-day DNA. The comparison can 
reveal genetic differences acquired over time and can 
help determine the speed at which evolution and even 
geographic migration of a species took place. 


By applying modern genetics to population studies, 
archaeology, and anthropology, scientists are forming 
a new interpretation of prehistoric migrations. The 
initial peopling of Europe, Asia, and the Americas is 
usually explained by basic theories that appeal to rea- 
son. For example, scientists consider that groups of 
prehistoric peoples would periodically migrate into 
North America via a land bridge over the shortest 
span of ocean separating the continent from Asia as 
plausible. Answering questions such as when, and for 
how long, is more problematic. Archaeological field 
research occasionally yields new breakthroughs, but 
the work is painstaking and site discovery can often 
be a matter of chance. Scientists now address the issue 
in the lab rather than in the field. 


Despite the density of various nations and ethnic 
groups in Europe, the human population of the con- 
tinent is the least genetically diverse. Current anthro- 
pological interpretations of the peopling of Europe 
assert that the advance of agriculture was the driving 
force behind the migration into the region. Ten-thou- 
sand years ago, Neolithic farmers who migrated along 
the Mediterranean coast and then up through north- 
ern Europe were widely thought to have settled the 
land with their livestock and readily established farms. 


It was assumed that this land grab and population 
explosion effectively drove more primitive hunters and 
gathers out of the region. Instead, the data from 
archaeogenetics studies suggests that Europeans are 
rooted in much earlier—and more primitive—peoples. 
The descendants of most Europeans were most likely 
ice age stalwarts, grouped in small, migratory hunter 
and gatherer bands. An estimated 80% of modern 
Europeans can potentially trace their ancestry back 
to one of seven female or ten male founder lineages. 
Such evidence suggests that not only did Neolithic 
farmers fail to immediately drive more primitive pop- 
ulations from the land, they most likely coexisted and 
interbred. 


Archaeology and genetics can sometimes make 
uncomfortable neighbors—especially when more 
breakthrough discoveries are achieved in the lab than 
in the field. Over the past decade, Y chromosome 
research helped to narrow down possibilities for 
Europe’s founding lineages. Y chromosome research 
works on one of the most basic concepts of genetics: 
the segregation of parental genes in offspring. The Y 
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Traditional Aboriginal tribal ceremony. (© Penny Tweedie/Corbis.) 


chromosome, which determinations the male sex in 
offspring, is usually passed on from father to son with- 
out any form of recombination. This segregation does 
not mean the gene is completely unscathed; as evolu- 
tion dictates, the gene is imprinted by very minute 
mutations. Only 10 such genetic “tags” were observed, 
but were found in over 90% of the specimen. 


Matrilineal studies (studies of the genetic relation- 
ships between succeeding generations) yielded similar 
results. Mitochondria DNA (mDNA), passed on from 
mother to child, is analyzed in a similar method as its 
male chromosome counterpart. However, mDNA 
research has an added benefit. Since mDNA has an 
established value for mutation rates, it is useful in 
estimating the time scale of population change. Just 
as their cohorts predicted in their Y chromosome 
studies, mDNA evidence determined that the founder 
lineage for over three-fourths of Europe was in the 
Paleolithic era. 


As with any evidence that contradicts existing 
theories, use of both Y chromosome and mDNA has 
drawn many questions. Some critics worry that the 
data surrounding linkages with modern populations 
is based upon inadequate sampling. Still others doubt 
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that mDNA is an effective standard of chronological 
dating. Regardless, both forms of research are mak- 
ing pioneering discoveries in archaeogenetics and 
biodiversity. 


Beyond Europe, archaeogeneticists and physical 
anthropologists (people who study hominid fossils) 
search for increasingly primordial roots of modern 
populations. In 1987, scientists and mathematic- 
ians identified a theoretical 140,000—280,000 year- 
old source presently upheld as “Mitochondrial Eve.” 
Though such a source is the most recent common 
ancestor of all humans living on Earth today, “Eve” 
less represents an actual human than a mathematical 
concept that illustrates the transfer of mDNA along a 
matrilineal line. As Earth’s population changes over 
time, so too will the theoretical “Eve” mitochondrial 
donor. Thus, the “Mitochondrial Eve” is a crucial 
concept in the discussion of the genetic relationship 
of humans presently alive, but it is not the origin of the 
human species or a tangible rung in the ladder of 
evolution. 


Studies similar to the research on the population 
prehistory of Europe are currently being conducted in 
Asia and the Americas. A skeleton found in Washington 
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state, now known as “Kennewick Man,” has yielded 
several archaeogenetic clues about the peopling of 
North America, convincing some scientists to revisit 
long established population theories. However, the 
remains, their availability for scientific testing, and pre- 
liminary scientific studies on “Kennewick Man” remain 
hotly contested. 


See also DNA technology. 
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l Archaeological mapping 


Before any excavation is begun at a site, the 
archaeologist must prepare a survey map of the site. 
Site mapping may be as simple as a sketch of the site 
boundaries, or as complex as a topographic map, 
complete with details about vegetation, artifacts, 
structures, and features on the site. By recording the 
presence of artifacts on the site, the site map may 
reveal information about the way the site was used, 
including patterns of occupational use. Contour maps 
may shed light on ways in which more recent environ- 
mental activity may have changed the original pat- 
terns of use. In cases where structural remains are 
visible at a site, the site map can provide a basis for 
planning excavations. These processes and materials 
are all involved in archaeological mapping. Starting in 
the 1990s, for example, archeological mapping was 
performed in Virginia at the site of the ruins of 
Jamestown, the first permanent British settlement in 
the Americas. As of 2006, building foundations have 
been identified and dated to the early days of the 
settlement. 


When staking out a site to be excavated, the 
archaeologist typically lays out a square grid that 
will serve as a reference for recording data about the 
site. The tools required to construct the grid may be as 
simple as a compass, a measuring tape, stakes, and a 
ball of twine. After the grid has been laid out, the 
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archaeologist draws a representation of it on graph 
paper, being careful to note the presence of any phys- 
ical landmarks such as trees, rivers, and large rocks. 
Once the excavation is underway, each artifact recov- 
ered is mapped into the square in the grid and layer in 
which it was found. 


As artifacts are removed from each layer in the 
site, their exact positions are plotted on a map. At the 
end of the excavation, a record of the site will exist in 
the form of maps for each excavated layer at the site. 
Photographs are also taken of each layer for compar- 
ison with the maps. 


To facilitate artifact recovery, deposited material 
at the site may be screened or sifted to make sure 
materials such as animal bones, snails, seeds, or chip- 
ping debris are not overlooked. When a screen is used, 
shovelfuls of soil are thrown on it so that the dirt sifts 
through the screen, leaving any artifacts behind. In 
some cases, the deposit may be submerged in a con- 
tainer filled with plain or chemically-treated water. 
When the water is agitated, light objects such as 
seeds, small bones, and charred plant material rise to 
the top of the container. 


Prior to shipment to the laboratory for processing, 
artifacts are placed in a bag that is labeled with a code 
indicating the location and stratigraphic layer in which 
the artifacts were found. Relevant information about 
each artifact is recorded in the field notes for the site. 


Many mapping techniques developed for use on 
land have also been adapted for underwater archaeol- 
ogy. Grids can be laid out to assist in mapping and 
drawing the site, and to assist the divers who perform 
the excavation. In this case, however, the grids must be 
weighted to keep them from floating away, and all 
mapping, recording, and photographing must be done 
with special equipment designed for underwater use. 


Spatial mapping and stratigraphic mapping 


Most modern archaeologists will attempt to place 
data taken from a site into archaeological context by 
mapping the spatial and stratigraphic dimensions of 
the site. 


Spatial dimensions include the distribution of arti- 
facts, and other features in three dimensions. The level of 
detail given in the spatial description typically depends 
on the goals of the research project. One hundred years 
ago, finds were recorded much less precisely than they 
are today; it might have been sufficient to map an 
object’s location to within 25 sq yd (7 sq m). Today, 
the location of the same artifact might be recorded to the 
nearest centimeter. Modern archaeologists still use maps 
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KEY TERMS 


Artifact—An artificially made object that has been 
shaped and fashioned for human use. 


Contour map—Map illustrating the elevation or 
depth of the land surface using lines of equal ele- 
vation; also known as a topographic map. 


Stratigraphy—tThe study of layers of rocks or soil, 
based on the assumption that the oldest material 
will usually be found at the bottom of a sequence. 


Theodolite—An optical instrument consisting of a 
small telescope used to measure angles in survey- 
ing, meteorology, and navigation. 


to record spatial information about a site. Such informa- 
tion includes the spatial distribution of artifacts, features, 
and deposits, all of which are recorded on the map. 
Measuring tools range from simple tapes and plumb 
bobs to highly accurate and precise surveying instru- 
ments called laser theodolites. 


The accuracy of a map is the degree to which a 
recorded measurement reflects the true value; the pre- 
cision of the map reflects the consistency with which a 
measurement can be repeated. Although the archae- 
ologist strives for accuracy in representing the site by 
the map, the fact that much of what is recorded rep- 
resents a subjective interpretation of what is present 
makes any map a simplification of reality. The levels 
of accuracy and precision that will be deemed accept- 
able for the project must be determined by the archae- 
ologists directing the investigation. 


The second technique involved in recording the 
archaeological context of a site is stratigraphic map- 
ping. Any process that contributed to the formation of 
a site (e.g., dumping, flooding, digging, erosion, etc.) 
can be expected to have left some evidence of its activ- 
ity in the stratification at the site. The sequential order 
these processes contribute to the formation of a site 
must be carefully evaluated in the course of an exca- 
vation. The archaeologist records evidence of ordering 
in any deposits and interfaces found at the site for the 
purposes of establishing a relative chronology of the 
site and interpreting the site’s history. In order to 
document the stratification at the site, the archaeolo- 
gist may draw or photograph vertical sections in the 
course of an excavation. Specific graphing techniques 
have been developed to aid archaeologists in recording 
this information. Finally, the archaeologist typically 
notes such details as soil color and texture, and the 
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presence and size of any stones, often with the aid of 
reference charts to standardize the descriptions. 


Although all archaeologists agree that keeping 
careful records of an excavation is essential to good 
practice, there is a certain amount of disagreement as 
to what constitutes archaeological data. Many of the 
practices of the eighteenth century archaeologist seem 
crude when compared to the detailed site information 
that is now considered vital—for example, the exact 
positioning and magnetic properties of fired clay. 
However, the practices of today will no doubt seem 
coarse to the archaeologist of the next century. 
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I Archaeological sites 


Archaeological sites are those areas that provide 
information and materials concerning the distant past 
of humans. Archaeologists are concerned with the 
activities of people and nature, which have created 
evidence of a cultural past. Such evidence, which 
may include any remnant of human habitation, is 
referred to as the archaeological record. The processes 
that produce this evidence are called formation 
processes. 
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Archaeological sites 


There are two types of formation processes: cul- 
tural and environmental. Cultural formation processes 
are those that follow the actual use of an artifact. 
Environmental formation processes are those agents 
that impact cultural materials at any stage of their 
existence. 


Cultural formation 


The four cultural formation processes are reuse, 
cultural deposition, reclamation or archaeological 
recovery, and disturbance. Reuse might include recy- 
cling, secondary use, or use by another party. Cultural 
deposition processes take cultural materials from the 
context in which they are used in a culture and 
place them in an environmental context; examples 
include discarded dishes, burials, and abandonments. 
Reclamation processes are those in which archaeo- 
logical materials are retrieved for reuse by a culture; 
examples include scavenging, looting of previously 
deposited artifacts, and archaeological recovery. 
Disturbance processes alter Earth’s surface and alter 
archaeological materials, deposits and sites; examples 
include plowing and land leveling. 


Environmental formation 


Environmental formation processes include the 
chemical, physical, and biological processes by which 
nature alters cultural materials. The scale at which 
these processes affect cultural material may be at the 
artifact level (e.g., the rotting of wood or the corrosion 
of metals), the site level (e.g., the burrowing of ani- 
mals), or the regional level (the burial or erosion of 
sites). 


Archaeologists must sort out the contributions of 
the various formation processes to achieve new under- 
standings of past human behavior. An artifact such as 
a hand axe would be expected to acquire signs of wear 
in the course of normal use, but could also acquire 
similar patterns of wear from cultural and environ- 
mental processes. By identifying ways that formation 
processes have altered an artifact, the archaeologist 
can better assess the way the artifact was used in the 
culture that produced it. 


Finding an archaeological site 


Besides drawing on information from large 
archaeological sites such as Stonehenge (England) 
and Angkor Wat (Cambodia), archaeologists must 
also rely on data from a myriad of much smaller sites 
if they are to construct an accurate interpretation of 
the economic, environmental, and ideological factors 
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that governed occupation of the larger sites. In many 
cases, the only evidence of human occupation must 
come from the remnants of seasonal campsites and 
artifacts such as stone tools or bones. 


In order to efficiently sample sites within a region 
and locate very small sites, archaeologists have devel- 
oped a variety of ground-survey and remote-sensing 
techniques. 


Remote sensing and geophysical analysis 


Although some archaeological sites can be recog- 
nized above ground, the majority lie beneath the 
ground’s surface. Remote sensing techniques allow 
archaeologists to identify buried sites. In addition, by 
examining the ways in which human intervention has 
altered the surface near a site (e.g., through the con- 
struction of refuse pits or hearths), the archaeologist 
may be able to identify patterns of previous usage. 


Archaeologists may employ techniques borrowed 
from the fields of geophysics and geochemistry to 
detect and map archaeological sites and features. 
Many geophysical techniques, including electrical 
resistance measurements of the soil above a site and 
magnetic measurements of a pottery kiln, were first 
employed by archaeologists in the 1940s and 1950s. 


Satellite detectors have also been used to monitor 
the reflected solar radiation above a site. The charac- 
teristics of the reflected light allow the archaeologist to 
identify differences in soil or vegetation covering a site, 
and, at sufficiently high resolutions, to recognize 
archaeological features. In this way, archaeologists 
have been able to map out drainage canals once used 
by Mayan farmers, which are now lying beneath the 
umbrella of the Yucatan rainforest. 


Airborne thermal detectors, capable of monitor- 
ing the surface temperature of the soil and covering 
vegetation, take advantage of differences in the way 
materials retain heat to isolate archaeological features 
from surrounding soil. With this technique, buried 
Egyptian villages appear to glow at night beneath 
thin layers of sand. 


Electrical resistivity measurements of the soil are 
sensitive to the presence of water and dissolved salts in 
the water. Because constriction materials such as gran- 
ite or limestone have a higher electrical resistance than 
the surrounding soil, electrical resistivity measure- 
ments may be of use in determining the locations of 
buried structures such as stone walls. 


The magnetic properties of soil depend on the pres- 
ence of iron particles, which when heated to sufficiently 
high temperatures tend to align themselves with the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Earth’s magnetic field. However, Earth’s magnetic field 
and intensity change over time. Wherever human activ- 
ity alters the iron compounds in the soil by subjecting 
them to high temperatures, for example by building 
fires in a hearth or firing pottery in a kiln, upon cooling 
the heated soil takes on magnetic properties that reflect 
the direction and intensity of Earth’s magnetic field at 
the time of cooling. Since archaeologically related 
changes in local magnetic fields may only amount to 
one part in 10,000, and because of daily fluctuations in 
the magnetic field due to electrical currents in the iono- 
sphere, this technique usually requires monitoring of 
Earth’s field at a reference point during the archaeo- 
logical investigation. 


Other electromagnetic measurements used to 
probe a site may examine the soil for phosphates and 
heavy minerals often associated with past human 
habitation. 


Three dimensional representations of a buried 
feature may be constructed using ground-sensing 
radar or resistivity profiling to obtain vertical geo- 
physical cross-sections across a site. When placed 
beside each other, these sections create a three-dimen- 
sional image of buried objects. 


Ground surveys 


The techniques of ground surveying date to the 
1930s and 1940s. Ground surveys require no special 
equipment, just an observant archaeologist with some 
knowledge of what might be found at a site. Ground 
survey records may include notes about any visible 
cultural features and artifacts on the site, site measure- 
ments, preparing maps or sketches of the site, and 
sometimes gathering small collections of artifacts. 
Surface artifacts may be gathered either as random 
grabs or complete samplings in a given area. 


Site assessments 


Initially, the archaeologist must determine the 
size, depth, and stratification of a site. Second, the 
age or ages of the site must be determined. Third, the 
types of artifacts and features present at the site must 
be identified. Finally, information about the environ- 
ment and the way that it influenced human habitation 
at the site must be known. 


Site assessment techniques fall into two catego- 
ries: destructive and nondestructive. Surface collect- 
ing, testing with shovels, digging pits, and mechanical 
trenching all disturb the site, and are considered 
destructive. Nondestructive techniques include map- 
ping and remote sensing. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Artifact—An artificially-made object that has been 
shaped and fashioned for human use. 


Electrical resistivity—A measure of the resistance 
(opposition) an object poses to electrical current 
flowing through it. 


Magnetic field—The electromagnetic phenom- 
enon producing a magnetic force around a magnet. 


Radar—A method of detecting distant objects 
based on the reflection of radio waves from their 
surfaces. 

Solar radiation—Energy from the sun. 
Stratification—A method of describing the ages of 
different strata of rocks or soil, based on the 
assumption that the oldest material will usually be 
found at the bottom layer. 


Thermal detector—A device that detects heat. 
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| Archaeology 


The term archaeology (from the Greek language 
for ancient words) refers, in part, to the study of 
human culture and of cultural changes that occur 
over time. In practice, archaeologists attempt to logi- 
cally reconstruct human activities of the past by sys- 
tematically recovering, documenting, examining, and 
analyzing artifacts or objects of human origin. 
However, archaeology, as a sub-field of anthropology, 
is a multi-faceted scientific pursuit, and includes vari- 
ous specialized disciplines and subfields of study. 
Depending on the specific field of interest, archaeo- 
logical artifacts can encompass anything from ancient 
Greek pottery vessels to disposable plastic bottles at 
modern dump sites. Thus, studies in archaeology can 
extend from the advent of human prehistory to the 
most recent of modern times. The two most common 
areas of study in archaeological research today, par- 
ticularly in the United States, are prehistoric and his- 
toric archaeology. Some popular archaeological sites 
are Stonehenge (England), Machu Picchu (Peru), and 
Great Zimbabwe (Africa). 


Background 


Although there has been a natural interest in the 
collection of antiquities for many hundreds of years, 
controlled scientific excavation and the systematic 
study of artifacts and the cultures who made them 
was not widely practiced until early in the twentieth 
century. Prior to that time, most archaeology con- 
sisted of randomly collecting artifacts that could be 
found lying on the surface of sites or in caves. In 
Europe and the Middle East, well-marked tombs and 
other ancient structures provided visual clues that 
valuable antiquities might be found hidden nearby. 


Because most of these early expeditions were 
financed by private individuals and wealthy collectors, 
broken artifacts were often left behind, because only 
intact and highly-crafted items were thought to have 
any value. Consequently, early theories regarding the 
cultures from which artifacts originated were little 
more than speculation. 


One of the first Americans to practice many of the 
techniques used in modern archaeology was American 
president Thomas Jefferson (1743-1826). Before serv- 
ing his term as president of the United States, 
Jefferson directed systematic excavations in Virginia 
of prehistoric Indian mounds, or earthworks, that 
resemble low pyramids made from soil. His published 
report by the American Philosophical Society in 1799 
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marked the beginning of a new era in archaeological 
studies. 


In addition to his thorough examination and 
recording of artifacts, Jefferson was perhaps the first 
researcher to observe and note a phenomenon known 
as stratigraphy, where soil and artifacts are deposited 
and layered one above the other like the skins of an 
onion. Jefferson’s observation of site stratigraphy is 
still in use today as a basic field technique in determin- 
ing the age and complexity of archaeological sites. 


During the late nineteenth century, academic 
archaeology as a university subject sprang from a 
branch of anthropology, one of the social sciences 
that mainly concentrates on understanding the cul- 
tural traditions and activities of non-literate peoples. 


American anthropologists of the time discovered 
that a better way to understand the social structure of 
living Native Americans was to try to reconstruct their 
prehistoric lifestyles. At the same time, archaeologists 
found that studies of contemporary Native Americans 
help in the interpretation of prehistoric Indian cul- 
tures, of which there are no written records. Thus, 
modern archaeology evolved as a result of the mutual 
effort between these two separate fields of academic 
discipline. 


In addition to the many important discoveries 
made by researchers over the twentieth century and, 
now, into the twenty-first century, perhaps the most 
sweeping event in the history of archaeology was the 
development of radiocarbon or C-14 dating in the late 
1940s by American chemist Willard Frank Libby 
(1908-1980). 


Instead of relying solely on theories and hypoth- 
eses to date a site, scientists could derive, through 
laboratory analysis, highly accurate dates from small 
samples of organic material such as wood or bone. In 
many cases, radiocarbon dating proved or disproved 
theories regarding the postulated ages of important 
archaeological finds. 


Today, archaeologists use a variety of techniques 
to unlock ancient mysteries. Some of these newly devel- 
oped techniques even include the use of space technol- 
ogy. The National Aeronautics and Space Administrat- 
ion’s (NASA’s) ongoing project, Mission to Planet 
Earth, is one example. The primary objective of the 
project is to map global environmental changes by 
using specially designed SIR-C/X-SAR (Spaceborne 
Imaging Radar C/X-Band Synthetic Aperture Radar). 
However, a 1994 Middle East mission conducted by the 
space shuttle Endeavor resulted in several radar photo- 
graphs of a series of ancient desert roadways leading 
to a central location. Field investigations, currently 
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Archeologists uncover what they believe is the world’s oldest paved canal beside the Giza sphinx and the Chepren pyramid in 
Giza, Egypt. (©AP/Wide World Photos, Inc.) 


underway, have revealed that the roadways lead to the 
5,000-year-old lost city of Ubar in southern Oman on 
the Arab Peninsula. 


Disciplines 


Over the past several decades, as new laboratory 
technologies have become available, so have the num- 
ber of disciplines or fields of study that are linked to 
archaeology. Although they may seem unrelated, all 
are important in that they contribute to the growing 
body of knowledge about humankind. 


Physical anthropology, ethnobotany, DNA (deox- 
yribonucleic acid) analysis, x-ray emission microanal- 
ysis, and palynology are but a few of the dozens of 
specialized areas of study. However, the individual 
field archaeologist tends to focus his or her research 
on a specific culture and/or era in time. 


Prehistoric archaeology 


Everything that is currently known about human 
prehistory is derived through the excavation and study 
of ancient materials. 
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Prehistoric archaeology encompasses the study of 
humankind prior to the advent of written languages or 
written history. In effect, the job of the prehistoric 
archaeologist is to discover and write about the histor- 
ies of ancient peoples who had no written history of 
their own. 


However, prehistory lasted for different times in 
different parts of the world. In Europe, primitive writ- 
ten languages made their appearance around 2500 BC, 
thus technically ending Old World prehistory. On the 
other hand, American prehistory ended only 500 years 
ago, when European explorers such as Christopher 
Columbus (c. AD 1451-1506) visited the New World 
for the first time. By returning to their homelands with 
written reports of what they had seen, those explorers 
ushered in the early historic era of the Western 
Hemisphere. 


Historic archaeology 


As opposed to prehistoric archaeological studies, 
historic archaeology is a discipline that focuses on a 
more detailed understanding of the recent past. 
Typically, any site or building over 50 years old, but 


295 


ASojoaeysiy 


Archaeology 


younger than the regional area’s prehistory, is consid- 
ered historic. For example, U.S. Civil War (1861- 
1865) battlefields are historic landmarks. Because 
most historic sites and buildings were used during 
times when records were kept, the historic archaeolo- 
gist can review written documentation pertaining to 
that time and place as part of the overall study. 


Artifactual material discovered during an historic 
archaeological excavation adds specific detailed infor- 
mation to the knowledge already gathered from exist- 
ing historic documents. 


A relatively new sub-discipline of historic archae- 
ology, known as urban archaeology, attempts to 
quantify current culture and cultural trends by exam- 
ining material found at modern dump sites. Urban 
archaeology has been primarily used as a teaching 
aid in helping students of cultural anthropology and 
archaeology develop interpretive skills. 


Classical archaeology 


The classical archaeologist is perhaps the most 
popular public stereotype—the Indiana Jones movie 
character, for example, is based on the fantastic 
exploits of a classical archaeologist. The roots of clas- 
sical archaeology can be traced to the European fasci- 
nation with Biblical studies and ancient scholarship. 
Classical archaeologists focus on monumental art, 
architecture, and ancient history. Greek mythology, 
Chinese dynasties, and all ancient civilizations are the 
domain of the classical archaeologist. 


This field is perhaps one of the most complex 
areas of the study of human culture, for it must utilize 
a combination of both prehistoric and _ historic 
archaeological techniques. In addition, classical stud- 
ies often employ what is referred to as underwater 
archaeology to recover the cargo of sunken ancient 
sailing vessels that carried trade goods from port to 
port. 


Cultural resource management 


Beginning in the 1940s, a number of state and 
federal laws have been enacted in the United States 
to protect archaeological resources from potential 
destruction that could be caused by governmental 
developments such as highway construction. In the 
1970s, additional legislation extended these laws to 
cover development projects in the private sector. 
Other countries have also passed similar laws protect- 
ing their antiquities. As a result, archaeology has 
moved from a purely academic study into the realm 
of private enterprise, spawning hundreds of consulting 
firms that specialize in contract archaeology, or what 
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is commonly known as cultural resource management 
(CRM). 


CRM work has become a major economic indus- 
try in the United States, generating an estimated 250 
million dollars a year in annual business through gov- 
ernment and private contracts. Most archaeological 
studies conducted in the United States today are a 
direct result of compliance with antiquities laws. 


Construction projects such as the building of 
dams, highways, power lines, and housing develop- 
ments are a recognized and accepted pattern of 
human growth. It is also recognized that these activ- 
ities sometimes have a detrimental affect on the evi- 
dences of human history. Both historic buildings and 
prehistoric sites are often encountered during the 
course of new construction planning. However, vari- 
ous steps can be taken to insure that such sites are 
acknowledged and investigated prior to any activities 
that might damage them. 


The two most common measures that can be 
taken when a site lies in the path of development 
include (1) preservation by simple avoidance or (2) 
data recovery. Preservation by avoidance could mean 
re-routing a highway around an archaeological site, 
or moving the placement of a planned building to a 
different location. On the other hand, when avoidance 
is not possible, then data recovery by excavation 
becomes the next alternative. 


In the case of historic structures, for example, data 
recovery usually includes a thorough recordation of 
the building. This might include photographs, scale 
interior and exterior drawings, and historic document 
searches to determine who designed and built the 
structure or who might have lived there. For prehis- 
toric resources, sampling the contents of the subsur- 
face deposit by excavation is perhaps the only method 
by which to determine the significance of a site. 


Field methods 
Archaeological survey|field reconnaissance 


Prior to any archaeological excavation, whether it 
be prehistoric or historic, a survey or field reconnais- 
sance must be conducted. In general terms, a survey 
systematically inspects the surface of a site to deter- 
mine whether or not it is significant and may warrant 
further investigation. Although the determination of 
significance is somewhat subjective, most researchers 
agree that it hinges on a site’s potential to yield useful 
information. Significance may include the ability of a 
site to produce new, previously unknown information, 
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or additional data to add to what is currently known 
about the site’s original inhabitants and their culture. 


Surveys are also conducted on undeveloped prop- 
erties where no sites have been previously recorded. 
These types of surveys are performed to verify that no 
sites are on the property or, if one is found, to record 
its presence and document its location, condition, size, 
and type. All records pertaining to archaeological sur- 
veys and sites are permanently stored at either govern- 
ment or university clearing houses for future reference 
by other archaeologists. 


Test excavation 


The term test excavation refers to the intermediate 
stage of an archaeological investigation, between sur- 
veying and salvage excavation or full data recovery 
program. It generally incorporates the digging of units 
or square pits in order to sample the contents and 
depth of an archaeological site. Test units can be 
randomly located on a site or placed in specific loca- 
tions. The use of test units helps the archaeologist 
determine what areas of a site will yield the highest 
quantity of artifacts or most useful information before 
committing time and resources to a more intensive 
study. 


Typically, test units are measured metrically, such 
as in a one meter by one meter square, and excavated 
through the archaeological deposit to sterile soil, or 
soil which fails to produce any additional finds. 
Depending on the project and the type of site, various 
methods and techniques are used during an excava- 
tion. Sometimes the artifact-bearing soils (called mid- 
den) are excavated from units in 2 to 4in (5 to 10 cm) 
levels, carefully peeling one layer of soil and then the 
next. This is known as arbitrary excavation. 


In instances where natural soil layering can be 
observed, excavation comprises removal of each layer 
or strata regardless of its thickness. The purpose in 
both cases is to maintain a vertical control of where 
artifacts were recovered, as well as separating the shal- 
low, younger materials from deeper, older materials. 


Each layer or level of soil recovered from unit 
excavations is sifted through a wire mesh or screen. 
Soil falls through the screen while artifacts and other 
material are left on top, where they are then washed, 
sorted according to type, bagged, and labeled. In this 
way, archaeologists not only record from what unit a 
particular artifact was found but also at what depth. 


Thus, archaeologists can reconstruct a three- 
dimensional view of a site layout. 
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Salvage excavation 


Salvage excavations, or what is referred to as 
rescue archaeology outside the United States, gener- 
ally represent the final data recovery program of an 
archaeological site. Although the methods used in 
salvage excavations are similar to those of test exca- 
vations, there are some distinctions with regard to 
objectives. 


Whereas the term test implies an initial investiga- 
tion to be followed by further study, the term salvage 
generally denotes that no additional research may be 
undertaken once the excavation is complete. This is 
particularly true for archaeological sites that will be 
destroyed as a result of construction activities. 


Unfortunately, it is an accepted fact in archaeol- 
ogy that recovery of 100% of the contents of a site is 
impractical due to either time or budget constraints. In 
actuality, that number is estimated from less than 1% 
to as much as 7%, leaving the remaining bulk of the 
deposit unstudied. Thus, archaeologists are forced by 
necessity to make determinations about the most 
appropriate mode of data recovery and what avenues 
of research would best benefit from the excavation. 


Traditional methods of excavation typically include 
the use of picks, shovels, trowels, and hand-held shaker 
screens. 


However, archaeologists have realized that although 
laboratory techniques have taken full advantage of 
the latest technologies, field methods have not made 
a corresponding advancement; in fact, they have 
not changed dramatically since the 1930s. To tackle 
this problem, researchers have begun to experiment 
with various alternative methods of data recovery. 
These alternatives are designed to increase sample 
size, lower costs to sponsors, and at the same time 
maintain careful scientific control over the recovery 
process. 


One of these alternatives includes the use of earth- 
moving machinery. For decades, machines such as 
backhoes or tractor-mounted augers have been 
employed during test excavations to aid in determin- 
ing the boundaries and depths of archaeological 
deposits. Recently, however, machines have been 
used to actually salvage excavation sites by simulating 
traditional digging methods, or digging level by level. 
As a result, new methods of hydraulic water screening 
have been developed to process large amounts of mid- 
den soils. Although machines have been successfully 
utilized in salvage excavations, the use of mechanized 
earth-moving machinery in archaeology is not widely 
practiced and cannot be applied to all sites. 
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KEY TERMS 


Artifact—An artificially made object that has been 
shaped and fashioned for human use. 


Classical archaeology—Archaeological research that 
deals with ancient history, ancient architecture, or 
any of the now-extinct civilizations such as Greek, 
Egyptian, Roman, Aztec, Mayan, etc. 


Cultural resource management—Contract archae- 
ology performed by privately owned and operated 
archaeological consulting firms. 


Data recovery—An excavation intended to recover 
artifacts that represent the basic, raw data of any 
archaeological study. 


Deposit—Refers to the three-dimensional, subsur- 
face or below-ground portion of an archaeological 
site. 


Discipline—A specialized field or sub-field of study. 


Historic archaeology—Archaeological studies focus- 
ing on the eras of recorded history. 


Current controversy 


Among many North American Indian tribes, 
treatment of the dead has traditionally been a matter 
of great concern. Some modern-day Native Americans 
have expressed that ancestral graves should not be 
disturbed or, if that cannot be prevented, that any 
remains and artifacts recovered should be reburied 
with ceremony. 


However, it was not until the 1970s that this issue 
became a nationwide concern. By then, public atti- 
tudes in the United States had become more favorable 
toward both Native American interests and religious 
values. Passage of the Native American Religious 
Freedom Act of 1978 was a reflection of this change 
in public attitude, as well as a result of the newly 
developed political awareness and organization of 
Native American activist groups. 


In 1990, the Native American Grave Protection 
and Repatriation Act (NAGPRA) was signed into 
federal law. In addition to applying penalties for the 
trafficking of illegally obtained Native American 
human remains and cultural items, the law mandated 
that all federally-funded institutions (museums, uni- 
versities, etc.) are required to repatriate, or give back, 
their Native American collections to tribes who claim 
cultural or religious ownership over those materials. 
These and other recently adopted state laws have 
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Midden—Darkened archaeological site soil caused 
by organic waste material such as food refuse and 
charcoal from ancient campfires. 


Prehistoric archaeology—Archaeological studies 
dealing with material which dates to before the his- 
toric era, or before the advent of written languages. 


Salvage/rescue excavation—The final phase of a typ- 
ical two-part series of archaeological site excavations. 


Site—An archaeological resource such as an ancient 
Indian campsite, or an old, historic building. 


Survey—A systematic surface inspection conducted 
to examine a known archaeological site or to verify 
that no site exists on the property under examination. 


Test excavation—A preliminary excavation con- 
ducted to determine the size, depth, and significance 
of an archaeological site prior to committing to a 
salvage or final excavation. 


sparked a heated controversy among scientists and 
Native American groups. 


For archaeologists, physical anthropologists, and 
other scholars who study humankind’s past, graves 
have provided a very important source of knowledge 
about past cultures. This has been particularly true 
in the reconstruction of prehistoric North American 
cultures whose peoples left no written history but 
who buried their dead surrounded with material 
goods of the time. Repatriation of this material will 
prevent any further studies from being conducted in 
the future. 


Although many researchers support repatriation 
of historic material that can be directly linked to 
living tribal descendants, others have stated that it 
is not possible to make such determinations on very 
ancient materials that date to before the pyramids of 
Egypt. Another argument is that ongoing medical 
studies of diseases found in the bones of ancient 
remains could lead to breakthroughs in treatments 
to help the living. 


Archaeologists have expressed that museum 
materials are part of the heritage of the nation, and 
that these new laws fail to take into consideration the 
many complex factors that separate ancient human 
remains from modern Native American cultures. 


See also Dating techniques; Ethnoarchaeology. 
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4 Archaeometallurgy 


Archaeometallurgy is the study of metal artifacts, 
the technology that was used to smelt them, and the 
ways ancient societies acquired ores. In addition to 
understanding the history of metal technology, archae- 
ometallurgists seek to learn more about the people who 
made and used metal implements and gain a broader 
understanding of the economic and social contexts in 
which the people lived. Archaeometallurgy can help to 
answer archaeological questions concerning the rise of 
craft specialization, the effects new technologies have 
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on societies, the level of interaction between cultures, 
and the forces required to change societies. 


Before the 1960s, archaeometallurgy was performed 
in informal, mostly unscientific ways. However, begin- 
ning in the latter part of the 1960s and into the 1970s, 
archaeometallurgy became formalized with regards to 
the scientific method. Research groups in the United 
States, England, and Germany led the progression of 
archaeometallurgy into a part of science. 


Archaeometallurgy is a type of archaeometry, 
which is the use of scientific methods to study archaeo- 
logical materials. It incorporates many different fields 
of study, including geology, ethnography, history, 
chemistry, and materials science. Archaeometallurgists 
reconstruct ancient smelting (ore-melting) furnaces; 
conduct experiments; and analyze metals and slag (the 
glassy residue left by smelting). 


It is a misconception that somehow the use of 
metals is limited to certain ages (e.g., the Bronze Age 
or the Iron Age). For example, until relatively recently, 
there was no evidence of metallurgy in pre-Bronze Age 
southeast Europe. Copper artifacts had been found and 
there was evidence of ore mining, but because no slag 
had been found, some archaeologists believed the cop- 
per had been smelted elsewhere. In 1979, copper slag 
was discovered with material from the Vinca culture 
(5400-4000 BC). The pieces of slag were small and 
scattered and were overlooked by earlier investigators. 
Spectroscopic analysis of the slag showed it was similar 
to local ores. This is strong evidence for local smelting 
of the ore. 


In addition, a few tin bronze artifacts have been 
found with the Vinca and contemporary cultures of 
southeast Europe. This suggests that the Bronze Age, 
when it arrived, may have been a scaled-up version of a 
technology that already existed, rather than something 
fundamentally new. This is just one example of how 
archaeometallurgy helps scientists and people, in gen- 
eral, understand ancient societies. 


See also Archaeology; Spectroscopy. 


f Archaeometry 


Archaeometry is the analysis of archeological 
materials using analytical techniques borrowed from 
the physical sciences and engineering. Examples 
include trace element analysis to determine the source 
of obsidian used to manufacture arrowheads, and 
chemical analysis of the growth rings of fossilized sea 
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shells to determine seasonal variations in local temper- 
ature over time. 


Modern archaeometry began with the discovery 
of radiocarbon dating in the 1950s. Today, artifact 
analyses use excavation techniques, remote sensing, 
and dating methods that all draw on archaeometry. 


Archaeometricians are currently using sophisti- 
cated computer techniques to handle the masses of 
data this field continues to generate. 


Archaeomagnetic and paleomagnetic dating 


Because shifts in the molten core of the planet 
cause Earth’s magnetic field to vary, and because this 
causes our planet’s magnetic North Pole to change 
position over time, magnetic alignments in archeolog- 
ical specimens can be used to date specimens. 


In paleomagnetism, rocks are dated based on the 
occurrence of reversal’s in Earth’s magnetic poles. 
These types of pole reversals have occurred with irreg- 
ular frequency every hundred thousand years or so in 
Earth’s history. Geologists collect samples to be ana- 
lyzed by drilling into bedrock, removing a core, and 
noting the relative alignment to Earth’s present mag- 
netic field. The sample is then analyzed in the labora- 
tory to determine its remnant magnetism—the pole’s 
alignment when the sample crystallized. Using a com- 
piled master chronology of pole reversals, scientists 
can then date the specimen. Because the time between 
pole reversals is so large, this technique can only be 
used to date objects to an accuracy of a few thousand 
to tens of thousands of years. The technique has been 
used to date human remains in the Siwalki Hills of 
India, in the Olduvai Gorge in Kenya, and in the 
Hadar region of Ethiopia. 


Archaeomagnetism makes use of the fact that the 
magnetic North Pole has shifted position over time. 
When clay in an object is heated to a sufficiently high 
temperature, the iron particles in the clay will align to 
the magnetic pole. If the clay has remained undis- 
turbed since it was fired, it will indicate the position 
of the pole when it was made. Archaeomagnetism can 
therefore be used to date fixed objects such as lined 
fire pits, plaster walls, and house floors. Other techni- 
ques, such as radiocarbon dating and dendrochronol- 
ogy, can be used to date wood from the fire. By 
comparing data, a master curve showing the position 
of the magnetic North Pole over time can be generated. 
This master curve then provides a basis for assigning 
dates to undated clay samples based on where their 
remnant magnetism indicates the pole was when they 
were fired. Because the pole position can be determined 
rather exactly for the last 100,000 years or so, dates for 
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materials of this age and younger can be quite accurate. 
However, disturbances occur at times in Earth’s mag- 
netic field at various geographical locations, so it has 
been necessary to develop separate master curves for 
different regions. In the southwestern United States, 
where dendrochronology was used to help calibrate 
the master curve, archaeomagnetism can yield dates 
with accuracy as great as +/— 50 years, a precision 
unmatched by radiocarbon dating. 


Dendrochronology 


Dendrochronology is the extraction of chronolog- 
ical and environmental information from the annual 
growth rings of trees. This technique uses well estab- 
lished tree ring sequences to date events. Reconstruction 
of environmental occurrences, droughts for example, 
which took place when the trees were growing, is also 
possible based on traits such as changes in tree ring 
thickness. Tree-ring dating allows dates to be assigned 
to archeological artifacts; reconstructed environmental 
events shed light on the ways that human societies have 
changed in response to environmental conditions. 


Dendrochronology was developed in the early 
1900s by the American astronomer Andrew Ellicott 
Douglas as part of his research on the effects of sun- 
spots on Earth’s climate. Douglas developed a contin- 
uous 450-year record of tree ring variability, which he 
succeeded in correlating with the winter rainfalls pre- 
ceding the growth years. 


The technique very quickly proved useful for dat- 
ing wood and charcoal remains found in the American 
southwest. By 1929, dendrochronology had become 
the first independent dating technique to be used in 
archeology. Since then, approximately 50,000 tree ring 
dates from about 5,000 sites have yielded the finest 
prehistoric dating controls anywhere in the world. 
Tree ring dating later proved successful in other parts 
of North America, including Alaska and the Great 
Plains. Today, the technique is practiced in one form 
or another throughout the world. 


The key to successful dendrochronolgical dating 
is cross-dating—comparing one tree’s rings with other 
trees in the area. This may be done by looking for co- 
variations in tree ring width, or comparing other tree 
ring attributes to identify overlapping sequences. 


By incorporating overlapping sequences from 
multiple trees, it has been possible to produce chro- 
nologies that go back further than any of the individ- 
ual tree ring specimens. In this way, it has been 
possible to extend the chronology for the southwest 
as far back as 322 BC. The longest individual tree ring 
chronologies developed to date have been for an 
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8,700-year California bristlecone pine sequence, and a 
10,000-year sequence in Europe. 


Besides chronological information, archeological 
tree ring dating yields information about the way 
wood was used in an ancient culture, and about past 
climates. 


Fission-track dating 


Radioactive decay (fission) of uranium U-238 
causes microscopic tracks of subatomic particles to 
develop in minerals and glass. By measuring the num- 
ber of these present in an artifact, which is a function 
of the sample’s age and the amount of uranium present, 
scientists can determine the absolute age of an artifact. 


Fission-track dating has been used to determine the 
age of glaze coverings on 400-500 year old Japanese 
bowls. A glass shard dating to Gallo-Roman times was 
determined to date from AD 150, but the precision of 
that date was only +/— 20% (a possible date range 
from AD 120-180) Nineteenth-century glass produced 
in central Europe, on the other hand, was dated very 
precisely. The technique has occasionally proven useful 
for pottery analysis when the objects contained inclu- 
sions of materials such as obsidian in which the fission 
tracks had not been erased over time by the high 
temperatures of glazing. 


Lithics 


Lithics are stone tools. Stone tools are capable of 
revealing information about sources of raw materials 
and ancient trade routes, usage (through wear patterns), 
function (from residues such as blood and plant mate- 
rial), and the evolution of craft specializations. 


To determine how a tool was made, the archeolo- 
gist may attempt to reproduce the tool in the labora- 
tory (the traditional method), or take an analytic 
approach using models based on physics, fracture 
mechanics, and the physical properties of various 
materials. 


Luminescence dating 


When certain materials such as quartz, feldspar, 
and flint are buried, they store trapped electrons that 
are deposited by background sources of nuclear and 
cosmic radiation. As long as the material is buried, the 
population of trapped electrons accumulates at a 
constant rate. Once the material is exposed to daylight 
or heat, however, the trapped electrons are released 
from their traps. By monitoring the luminescence 
produced by the released electrons, it is possible to 
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determine the length of time that an object has been 
underground. 


Metals analysis 


Archeologists analyze metal artifacts to determine 
the sources of ores used to produce the artifacts, and to 
learn more about trade patterns and fabrication tech- 
nologies. Metal analyses are also used to authenticate 
artifacts. Analytical techniques frequently used to 
determine elemental compositions include x-ray fluo- 
rescence spectrometry, atomic absorption spectrome- 
try, and neutron activation analysis. Leadisotope 
analysis is the technique of choice for determining 
sources of ores containing copper, silver, and tin (all 
of which contain trace amounts of lead). 


Obsidian hydration dating 


In many cultures, obsidian was the preferred 
material for working into stone tools. When obsidian, 
which is a volcanic glass, is fractured, the fresh surfa- 
ces absorb water. The thickness of the water-absorb- 
ing edge, or rind, increases with time. Measurement of 
the rind with powerful microscopes thus yields a 
dimension that can be correlated with the age of the 
tool. 


Although this technique has been widely used in 
California and the Great Basin, it remains a rela- 
tively inaccurate technique when used alone to date 
artifacts. 


Paleobotany and paleoethnobotany 


In paleobotany, the remains of plants recovered 
from prehistoric soil deposits are analyzed to determine 
the species of plants that were present, the parts of the 
plant used, the time of year they were collected, and 
genetic changes in the plant species over time. In order 
to use this technique, the paleobotanist must have 
access to a complete reference collection indicating the 
changes in a plant species over time. Paleobotanists 
have, using this technique, been able to reconstruct 
information about prehistoric climates, patterns of 
plant use, seasonal patterns of site occupation, vegeta- 
bles included in diets, and transitions from plant-gath- 
ering to plant-cultivation practices. 


The paleoethnobotanist, like the paleobotanist, 
studies plant remains in the context of archeology, but 
in addition looks at the interactions between the plant 
materials and the people who used them. The first 
techniques used for plant recovery involved methods 
of flotation to separate organic from inorganic matter. 
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Artifact—A man-made object that has been shaped 
and fashioned for human use. 

Atomic absorption spectrometry—Method of anal- 
ysis in which the specimen is placed in a flame and 
the light emitted is analyzed. 

Cosmic radiation—Electrons and atomic nuclei that 
impinge upon Earth from outer space. 

Flotation—A method of separating organic remains 
by causing them to float to the surface. 

Fracture mechanics—Analysis of the way an objects 
breaks. 

Luminescence—Light emission from a body that is not 
due only to that body’s temperature. Luminescence is 
frequently produced by chemical reactions, irradiation 
with electrons or electromagnetic radiation, or by 
electric fields. 


Modified flotation techniques are still used to extract 
carbonized plant fragments from sediment. Modern 
analytical techniques for examining recovered plant 
materials, based on genetic and DNA research, permit 
the identification of plant proteins, isotopes, starches, 
and lipids. With these methods, it has been possible to 
determine the sequences of domestication of such 
plants as maize, wheat, barley, and rice. 


Potassium-argon dating 


The potassium-argon method of dating allows sci- 
entists to date rocks that were formed between 50,000 
and two billion years ago. The rate at which argon 40 
forms from the decay of potassium 40, one of the most 
common minerals in Earth’s crust, is known. Therefore, 
it is possible to determine the age of an object based on 
the accumulation of argon 40 in the specimen. The first 
archeological site to be dated by this method (using lava 
samples) was at Olduvai Gorge in Tanzania. 


Radiocarbon dating 


Radiocarbon dating allows archeologists to date 
materials, formed between 300 and 40-50,000 years 
ago, that contain organic carbon. Carbon 14 is a 
naturally occurring radioisotope of ordinary carbon 
(carbon-12) that is created in the upper atmosphere 
when carbon-12 is bombarded by cosmic rays. On 
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Magnetic field—The electromagnetic phenom- 
enon produced by a magnetic force around a 
magnet. 

Neutron activation analysis—Method of analysis in 
which a specimen is bombarded with neutrons, and 
the resultant radio isotopes are measured. 

Nuclear radiation—Particles emitted from the 
atomic nucleus during radioactive decay or nuclear 
reactions. 

Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 

X-ray fluorescence spectrometry—A _nondestruc- 
tive method of analysis in which a specimen is 
irradiated with x rays and the resultant spectrum is 
analyzed. 


earth, living organisms metabolize carbon 14 in the 
same percentage that it exists in the atmosphere. 
Once the plant or animal dies, however, the carbon-14 
atoms began to decay at a known rate. Consequently, 
the age of a carbon-containing specimen such as char- 
coal, wood, shells, bone, antlers, peat, and sediments 
with organic matter, can be determined. One of the first 
applications of this technique was to assign a date to the 
beginning of the postglacial period of about 10,000 
years ago. 


Resources 


PERIODICALS 
Fowler, M.J. “Satellite Remote Sensing and Archaeology.” 
Archaeology Prospection 9, no. 2 (2002): 55-70. 


Randall Frost 


Argand diagram see Complex numbers 


Argon see Rare gases 


| Arithmetic 


Arithmetic is a branch of mathematics concerned 
with the numerical manipulation of numbers using the 
operations of addition, subtraction, multiplication, 
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division, and the extraction of roots. General arith- 
metic principles slowly developed over time from the 
principle of counting objects. Critical to the advance- 
ment of arithmetic was the development of a posi- 
tional number system and a symbol to represent the 
quantity zero. All arithmetic knowledge is derived 
from the primary axioms of addition and multiplica- 
tion. These axioms describe the rules which apply to all 
real numbers, including whole numbers, integers, and 
rational and irrational numbers. 


Early development of arithmetic 


Arithmetic developed slowly over the course of 
human history, primarily evolving from the operation 
of counting. Prior to 4000 BC, few civilizations were 
even able to count up to ten. Over time however, 
people learned to associate objects with numbers. 
They also learned to think about numbers as abstract 
ideas. They recognized that four trees and four cows 
had a common quantity called four. The best evidence 
suggests that the ancient Sumerians of Mesopotamia 
were the first civilization to develop a respectable 
method of dealing with numbers. By far the most 
mathematically advanced of these ancient civilizations 
were the Egyptians, Babylonians, Indians, and 
Chinese. Each of these civilizations possessed whole 
numbers, fractions, and basic rules of arithmetic. They 
used arithmetic to solve specific problems in areas 
such as trade and commerce. As impressive as the 
knowledge that these civilizations developed was, 
they still did not develop a theoretical system of 
arithmetic. 


The first significant advances in the subject of 
arithmetic were made by the ancient Greeks during 
the third century BC. Most importantly, they realized 
that a sequence of numbers could be extended infin- 
itely. They also learned to develop theorems that could 
be generally applied to all numbers. At this time, 
arithmetic was transformed from a tool of commerce 
to a general theory of numbers. 


Numbering system 


Our numbering system is of central importance to 
the subject of arithmetic. The system we use today, 
called the Hindu-Arabic system, was developed by the 
Hindu civilization of India some 1,500 years ago. It 
was brought to Europe during the Middle Ages by the 
Arabs and fully replaced the Roman numeral system 
during the seventeenth century. 


The Hindu-Arabic system is called a decimal sys- 
tem because it is based on the number 10. This means 
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that it uses 10 distinct symbols to represent numbers. 
The fact that 10 is used is not important, because it 
could have just as easily been based on another 
number of symbols, like 14. An important feature of 
our system is that it is a positional system. This 
means that the number 532 is different from the 
number 325 or 253. Critical to the invention of a 
positional system is perhaps the most significant fea- 
ture of our system: a symbol for zero. Note that zero 
is a number just as any other, and we can perform 
arithmetic operations with it. 


Axioms of the operations of arithmetic 


Arithmetic is the study of mathematics related to 
the manipulation of real numbers. The two fundamen- 
tal properties of arithmetic are addition and multi- 
plication. When two numbers are added together, the 
resulting number is called a sum. For example, 6 is the 
sum of 4 + 2. Similarly, when two numbers are multi- 
plied, the resulting number is called the product. Both 
of these operations have a related inverse operation 
that reverses or “undoes” its action. The inverse oper- 
ation of addition is subtraction. The result obtained by 
subtracting two numbers is known as the difference. 
Division is the inverse operation of multiplication and 
results in a quotient when two numbers are divided. 
The operations of arithmetic on real numbers are 
subject to a number of basic rules, called axioms. 
These include axioms of addition, multiplication, dis- 
tributivity, and order. For simplicity, the letters a, b, 
and c denote real numbers in all of the following 
axioms. 


There are three axioms related to the operation of 
addition. The first, called the commutative law, is 
denoted by the equation a + b = b + a. This means 
that the order in which you add two numbers does not 
change the end result. For example, 2 + 4 and 4 + 2 
both mean the same thing. The next is the associative 
law, which is written a + (b + c) = (a + b) +c. This 
axiom suggests that grouping numbers also does not 
affect the sum. The third axiom of addition is the 
closure property, which states that the equation a + b 
is a real number. 


From the axioms of addition, two other properties 
can be derived. One is the additive identity property, 
which says that for any real number a + 0 = a. The 
other is the additive inverse property, which suggests 
that for every number a, there is a number —a such 
that -a +a =0. 


Like addition, the operation of multiplication has 
three axioms related to it. There is the commutative law 
of multiplication stated by the equation a x b = b x a. 
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There is also an associative law of multiplication 
denoted by a x (b x c) = (a x b) x c. And finally, 
there is the closure property of multiplication, which 
states that a x b is a real number. Another axiom 
related to both addition and multiplication is the 
axiom of distributivity represented by the equation 
(a+ b)xc=(axc) + (bx c). 


The axioms of multiplication also suggest two 
more properties. These include the multiplicative 
identity property, which says for any real number a, 
1 x a = a, and the multiplicative inverse property, 
which states for every real number there exists a 
unique number (1/a) such that (1/a) x a = 1. 


The axioms related to the operations of addition 
and multiplication indicate that real numbers form an 
algebraic field. Four additional axioms assert that 
within the set of real numbers there is an order. One 
states that for any two real numbers, one and only one 
of the following relations is true: either a < b,a > bor 
a = b. Another suggests that if a < b, and b <c, then 
a <c. The monotonic property of addition states that 
ifa<b,thena +c<b +c. Finally, the monotonic 
property of multiplication states thatifa < bandc > 0, 
thenaxc<bxc. 


Numbers and their properties 


These axioms apply to all real numbers. It is 
important to note that the term real numbers describes 
the general class of all numbers that includes whole 
numbers, integers, rational numbers, and irrational 
numbers. For each of these number types only certain 
axioms apply. 


Whole numbers, also called natural numbers, 
include only numbers that are positive integers and 
zero. These numbers are typically the first ones to 
which a person is introduced, and they are used exten- 
sively for counting objects. Addition of whole num- 
bers involves combining them to get a sum. Whole 
number multiplication is just a method of repeated 
addition. For example, 2 x 4 is the same as 2 + 2 + 
2 + 2. Since whole numbers do not involve negative 
numbers or fractions, the two inverse properties do 
not apply. The smallest whole number is zero, but 
there is no limit to the size of the largest. 


Integers are whole numbers that include negative 
numbers. For these numbers the inverse property of 
addition does apply. In addition, for these numbers 
zero is not the smallest number, but it is the middle 
number with an infinite number of positive and neg- 
ative integers existing before and after it. Integers are 
used to measure values that can increase or decrease, 
such as the amount of money in a cash register. The 
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KEY TERMS 


Associative law—Axiom stating that grouping 
numbers during addition or multiplication does 
not change the final result. 


Axiom—A basic statement of fact that is stipulated 
as true without being subject to proof. 


Closure property—Axiom stating that the result of 
the addition or multiplication of two real numbers 
is a real number. 


Commutative law—Axiom of addition and multi- 
plication stating that the order in which numbers 
are added or multiplied does not change the final 
result. 


Hindu-Arabic number system—A positional num- 
ber system that uses 10 symbols to represent num- 
bers and uses zero as a place holder. It is the 
number system that we use today. 


Inverse operation—A mathematical operation that 
reverses the work of another operation. For exam- 
ple, subtraction is the inverse operation of addition. 


standard rules for addition are followed when two 
positive or two negative numbers are added together 
and the sign stays the same. When a positive integer is 
added to a negative integer, the numbers are sub- 
tracted and the appropriate sign is applied. Using the 
axioms of multiplication it can be shown that when 
two negative integers are multiplied, the result is a 
positive number. Also, when a positive and negative 
are multiplied, a negative number is obtained. 


Numbers to which both inverse properties apply 
are called rational numbers. Rational numbers are 
numbers that can be expressed as a ratio of two inte- 
gers, for example, 1/2. In this example, the number 1 is 
called the numerator and the 2 is called the denomi- 
nator. Though rational numbers represent more num- 
bers than whole numbers or integers, they do not 
represent all numbers. Another type of number exists 
called an irrational number, which cannot be repre- 
sented as the ratio of two integers. Examples of these 
types of numbers include square roots of numbers that 
are not perfect squares and cube roots of numbers that 
are not perfect cubes. Also, numbers such as the uni- 
versal constants m and e are irrational numbers. 


The principles of arithmetic create the founda- 
tions for all other branches of mathematics. They 
also represent the most practical application of math- 
ematics in everyday life. From determining the change 
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received from a purchase to calculating the amount of 
sugar in a batch of cookies, learning arithmetic skills is 
extremely important. 


See also Algebra; Calculus; Function; Geometry; 
Trigonometry. 


Resources 


BOOKS 


Immergut, Brita, and Jean Burr-Smith. Arithmetic and 
Algebra Again. New York: McGraw-Hill, 2005. 


Perry Romanowski 


| Armadillos 


Armadillos are bony-skinned mammals native to 
Central and South America. Armadillos (family 
Dasypodidae) number 20 species in eight genera. The 
species include the long-nosed armadillo (six species), 
the naked-tailed armadillo (four species), the hairy 
armadillo (three species), the three-banded armadillo 
(two species), the fairy armadillo (two species), the six- 
banded or yellow armadillo (one species), the pichi 
(one species), and the giant armadillo (one species). 


Distribution and habitat 


Armadillos are found throughout the whole of 
South and Central America, from the Strait of 
Magellan northward to eastern Mexico. 


The common long-nosed (or nine-banded) arma- 
dillo is the most widespread and is the only species 
found in the United States. In the 1850s, several arma- 
dillos were recorded in Texas, and their descendants 
spread rapidly through the Gulf States toward the 
Atlantic in what has become the swiftest mammalian 
distribution ever witnessed. In 1922 a captive pair of 
common long-nosed armadillos escaped in Florida, 
and in a few decades their descendants numbered in 
the tens of thousands. Moving westward, the eastern 
population met and merged with the Texas group. 


Rivers and streams present no barrier to the 
spread of armadillos. Gulping air into their stomachs 
and intestines to buoy themselves, armadillos float 
leisurely across the water. Others have been observed 
walking into streams on one side and strolling out on 
the other side a few minutes later. 


While water presents no barrier to armadillos, 
cold does, and winter temperatures have slowed their 
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A nine-banded armadillo (Dasypus novemcinctus) in the 
Aransas National Wildlife Refuge, Texas. (Robert J. Huffman. 
Field Mark Publications.) 


northern advance in the United States. Armadillos are 
poorly insulated and cannot withstand chilling. Cold 
also reduces the abundance of insects that armadillos 
depend on for food. Because of this, armadillos have 
moved northward only as far as Oklahoma and south- 
ern Kansas. 


Armadillos are found in habitats ranging from 
pampas (grasslands) to arid deserts and from coastal 
prairies to rainforests and deciduous forests. 


Physical appearance 


Armadillos appear to be a conglomeration of 
other animal parts: the shell of a turtle, the ears of an 
aardvark, the feet of a lizard, the face of a pig, and the 
tail of a dinosaur. However, the patches and bands of 
coarse bristles and hairs on their bodies reveal them to 
be true mammals. 


Extinct species of armadillo grew to enormous 
sizes, and their bony shells were used as roofs and 
tombs by early South American Indians. Surviving 
species are nowhere near that large, ranging in size 
from the 99-132 lb (45-60 kg) giant armadillo to the 
2.8-3.5 oz (80-100 g) lesser fairy armadillo. The famil- 
iar common long-nosed armadillo weighs in at 6-10 Ib 
(2.7-4.5 kg). 


The most obvious and unusual feature of arma- 
dillos is their bony skin armor, found in no other living 
mammal. Bands of a double-layered covering of horn 
and bone develop from the skin and cover most of the 
upper surfaces and sides of the body. These bony 
bands or plates are connected by flexible skin. The 
top of the head is capped with a bony shield and the 
tail is usually encased with bony rings or plates. Their 
underside is covered only with soft, hairy skin. 
Armadillos have a flattened and elongated head with 
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Arrow worms 


a long, extendable tongue. Numerous small, peg-like 
teeth are set in their jaws. The teeth are not covered by 
enamel and grow continuously. Their hind limbs have 
five clawed toes, while the powerful forelimbs end in 
three, four, or five curved digging claws. 


Feeding and defense 


Armadillos are predominantly nocturnal in their 
foraging habits, and their teeth dictate their diet. 
Those with sturdy teeth eat insects, snails, worms, 
small lizards, carrion, tubers, and fruits. Those with 
soft teeth eat primarily insects such as ants and ter- 
mites. Using their long, sticky tongues to remove 
insects from their nests, they have been observed to 
eat as many as 40,000 ants at one feeding. It is esti- 
mated that a single armadillo can eat 200 Ib (90 kg) of 
insects in a year. 


A keen sense of smell helps the armadillo locate 
prey as much as 6 in (10 cm) underground. Pressing its 
nose to the ground to keep the scent, and holding its 
breath to avoid inhaling dust, the armadillo digs into 
the soil and litter with astonishing speed. 


Armadillos also defend themselves by burrowing 
into the earth, disappearing completely in a few 
minutes. Once dug in, they expand their bony shell 
and wedge themselves into the burrow. They can also 
run surprisingly fast and, if cornered, will use their 
claws to fight. Once a predator catches an armadillo it 
must deal with its bony armor. The three-banded arma- 
dillo can roll up into a tight ball, presenting nothing but 
armor to its enemies. Their armor also protects them 
from cactus spines and dense, thorny undergrowth. 


While some species of armadillo are hunted by 
humans in Central and South America for their 
meat, the greatest danger to armadillos in the United 
States is the automobile. Dozens of armadillos are run 
down as they wander onto highways at dusk. Their 
habit of leaping several feet into the air when startled 
contributes to many of the automobile-related deaths. 
In addition to being a food source, armadillos have a 
further, unusual significance for humans. Since arma- 
dillos are the only animals that can transmit leprosy, 
they are used as research models in the study of this 
disease and the development of a vaccine. 


Reproduction 


Armadillos are solitary creatures that seek com- 
panions only during the mating season. After mating, 
female armadillos can suspend their pregnancy for up 
to two years. Another reproductive peculiarity of 
armadillos that has caught the attention of geneticists 
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KEY TERMS 


Distribution—The natural range or area inhabited 
by a species or group of organisms. 


Litter—A layer of decaying matter on the floor of a 
forest. 


Pampas—Treeless plains of South America, espe- 
cially those of Argentina. 


is the ability to produce multiple births from a single 
fertilized egg: depending on the species, 4, 8, or 12 
genetically identical offspring may be produced. 


Young armadillos are born in nest chambers within 
a burrow. At birth, the young are pink and have soft, 
leathery skin. This soft skin hardens within a few weeks. 
Young armadillos stay close to their mother for about 
two weeks before striking out on their own. 
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Aromatic hydrocarbon see Hydrocarbon 


Hl Arrow worms 


Arrow worms are small, marine, planktonic ani- 
mals of the phylum Chaetognatha that are found in 
tropical seas. Most of the 50 species belong to the 
genus Sagitta. Arrow worms have a head with eyes, 
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Seizing spines 


Corona ciliata 


Ventral ganglion 
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The anatomy of an arrow worm. (Hans & Cassidy. Courtesy of Gale Group.) 


an elongated body—roughly the shape of an arrow— 
with two pairs of lateral fins and a tail fin. They use 
hook-like spines on their jaws to prey on smaller 
planktonic animals and larvae. Arrow worms are 
cross-fertilizing hermaphrodites; sperm from one indi- 
vidual is received by another in a sperm pouch, which 
later fertilizes the maturing eggs in the ovary. 


Arrow worms are thought to be distantly related 
to the phylum Chordata (which includes the verte- 
brates), but they lack many important chordate char- 
acteristics. Nevertheless, arrow worms do have a 
coelom (a fluid-filled body cavity), which is a charac- 
teristic of chordates and the phylum Protochordata. 
In arrow worms it forms as an out-pocket of the larval 
intestine. A similar organ is also found in the phylum 
Echinodermata and the subphylum Cephalochordata 
(Amphioxus) of the phylum Chordata. However, most 
chordates have a coelom that arises in a different 
way—by splitting tissue to form the cavity. 


! Arrowgrass 


The arrowgrass family (Juncaginaceae) is a family 
of herbaceous plants whose grasslike leaves are shaped 
somewhat like an arrowhead. The arrowgrass family 
has four genera: Scheuchzeria with two species; 
Thrighlochin with 12 species; Maundia with one spe- 
cies; and Tetroncium with one species. 


All arrowgrass species grow in wet or moist hab- 
itats in temperate and cold climates. Many grow in 
fresh water and are common in sphagnum bogs. 
Others grow in brackish (semi-salty) water. All plants 
in this family have thin, linear, grasslike leaves. They 
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have a specialized underground stem or rhizome from 
which leaves and roots arise. The roots of some species 
are fat and tuberous. Most species are perennial, main- 
taining leaves all year round. 


The flowers of all species are small and inconspic- 
uous, with clusters arising from an erect stalk, an 
inflorescence known as a spike or raceme. The flowers 
are symmetrical, and the different parts of the flowers 
occur in threes or multiples of three. Some species have 
bisexual (monoecious) flowers, with male and female 
organs in the same flower. Others have unisexual 
(dioecious) flowers, with male and female organs in 
different, separate flowers. The flowers of all species 
are wind pollinated. 


The fertilized flowers give rise to fruits, referred to 
as follicles—dry fruits that split along a suture on one 
side to release seeds. The follicles of arrowgrass plants 
have one or two seeds, each of which has one cotyle- 
don (seed leaf). 


The arrowgrass plants are not of great economic 
significance to humans. However, the leaves or rhi- 
zomes of some species have been food sources for 
some aboriginal peoples of North America and 
Australia. 


| Arrowroot 


Arrowroot is an edible starch obtained from 
the underground stems, or rhizomes, of several spe- 
cies of the genus Maranta, family Marantaceae. The 
most common species of arrowroot is Maranta arun- 
dinacea, native to the tropical areas of Florida and 
the West Indies, and called true, Bermuda, or West 
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Arteries 


Indian arrowroot. Several relatives of true arrowroot 
are also known locally as arrowroot and have roots 
containing edible starch. For example, Brazilian 
arrowroot from the cassava plant (Manihot escu- 
lenta) is the source of tapioca. Other starches also 
called arrowroot are obtained from the genera 
Curcuma and Tacca. True arrowroot and its relatives 
are currently cultivated in Australia, southeast Asia, 
Brazil, and the West Indies. 


Arrowroot plant roots grow underground to 
about 1.5 feet (46 cm) long and 0.75 inch (2 cm) in 
diameter. Above ground, branched stems grow up to 6 
feet (1.82 m) tall, having big, ovate leaves and a few 
white flowers. The jointed light yellow rhizomes are 
harvested after one year of growth, when they are full 
of starch. After harvesting, the roots are soaked in 
water, making their tough, fibrous covering easier to 
peel off, and the remaining starchy tissue is then 
beaten into a pulp. The pulp is rinsed with water 
many times to separate the starch from the residual 
fiber. The liquid pulp is allowed to dry; the powder 
that remains is starch. One acre (0.4 ha) of arrowroot 
can yield 13,200 pounds (6 mt) of roots. From this 
amount, 2,200 pounds (1 mt) of starch can be 
obtained. 


Arrowroot starch is very pure; it has no taste or 
odor, and has minimal nutritional value, other than as 
a source of energy. It is used as a thickening agent for 
soups, sauces, and puddings. When boiled with a 
liquid such as water or broth, the gel-like mixture 
remains transparent and does not become cloudy or 
opaque, as is the case with other starches. Arrowroot 
starch digests easily and is frequently used in food 
products for babies (for example, arrowroot cookies) 
or for people who need to eat bland, low-protein diets. 
Native Americans used this root to absorb poison 
from arrow wounds, giving the plant its common 
name. 


Arsenic see Element, chemical 


I Arteries 


Arteries are blood vessels that transport oxygen- 
ated blood from the heart to other organs and systems 
throughout the body. In humans, healthy arteries 
are smooth, elastic structures. Diseased arteries may 
contain bulges due to high blood pressure; hard, 
inelastic areas; or internal blockages that result from 
accumulated fatty plaque circulating in the blood. 
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Cross-section of coronary artery, showing plaque build up. 
(Custom Medical Stock.) 


Atherosclerosis is the hardening or narrowing of an 
artery when plaque formation has partially restricted 
blood flow; it is the major contributor to coronary 
artery disease (CAD), the number-one cause of deaths 
in the United States. 


In humans, a typical artery contains an elastic 
arterial wall that can be divided into three principal 
layers, although the absolute and relative thickness of 
each layer varies with the type or diameter of artery. 
The outer layer is termed the tunica adventia, the 
middle layer is the tunica media, and an inner layer is 
the tunica intima. These layers surround a lumen, or 
opening, that varies in size with the particular artery 
and through which blood passes. 


Arteries of varying size comprise a greater arterial 
blood system that includes, in descending diameter, 
the aorta, major arteries, smaller arteries, arterioles, 
meta-arterioles, and capillaries. Only at the capillary 
level do arteries become thin enough to permit gas and 
nutrient exchange. As the arterial system progresses 
toward smaller-diameter capillaries, there is a general 
and corresponding increase in the number of branches 
and total lumen area available for blood flow. As a 
result, flow rate slows as blood approaches the capil- 
lary beds. This is an important feature that allows 
efficient exchange of gases—especially oxygen. 


In larger arteries, the outer, middle, and inner 
endothelial and muscle layers are supported by elastic 
fibers and serve to channel high-pressure, high-rate 
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blood flow. A difference in the orientation of cells 
within the layers (e.g., the outer endothelial cells are 
oriented longitudinally, while the middle layer smooth 
muscle cells run in a circumference around the lumen) 
contributes both strength and elasticity to arterial 
structure. 


The aorta and major arties are highly elastic and 
contain walls with high amounts of elastin. During 
heart systole (contraction of the ventricles), arterial 
walls expand to accommodate increased blood flow. 
Correspondingly, the vessels contract during diastole, 
which drives blood through the arterial system. 


In the systemic arterial network that supplies 
oxygenated blood to the body, the aorta is the 
large-lumened singular artery arising from the left 
ventricle. Starting with the ascending aorta that arises 
from the left ventricle, the aorta forms the main trunk 
of the systemic arterial system. Before curving into 
the aortic arch, right and left coronary arteries 
branch off to supply the heart with oxygenated 
blood. Before the aortic arch turns to continue down- 
ward (inferiorly) as the descending aorta, it gives rise 
to a number of important arteries. Branching either 
directly off of or from a trunk communicating with 
the aortic arch is a brachiocephalic trunk that 
branches into the right subclavian and right common 
carotid artery that supply oxygenated blood to the 
right sight of the head and neck, as well as portions of 
the right arm. 


The aortic arch also gives rise to the left common 
carotid artery that, along with the right common car- 
otid artery, branches into the external and internal 
carotid arteries to supply oxygenated blood to the 
head, neck, brain. 


The left subclavian artery branches from the 
aortic arch and—with the right subclavian arising 
from the brachiocephalic trunk—supplies blood 
to neck, chest (thoracic wall), central nervous system, 
and arms via axillary, brachial, and vertebral arteries. 


In the chest (thoracic region), the descending, or 
thoracic, aorta is the trunk of arterial blood supply to 
the chest. As it passes through an opening in the 
diaphragm (aortic hiatus) to become the abdominal 
aorta, parietal and visceral branches supply oxygen- 
ated blood to abdominal organs and structures. The 
abdominal aorta ultimately branches into left and 
right common iliac arteries, which then branch into 
internal and external iliac arteries, supplying oxygen- 
ated blood to the organs and tissues of the lower 
abdomen, pelvis, and legs. 


See also Anatomy; Blood gas analysis; Blood sup- 
ply; Circulatory system; Heart diseases; Stroke; Veins. 
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| Arteriosclerosis 


Arteriosclerosis is a common arterial disease that 
involves areas of plaques forming on the inside of 
arteries, which restrict, or stop, normal blood flow. 
The word arteriosclerosis literally means hardening of 
the arteries. As people age, their blood vessel walls 
naturally grow a bit stiffer and harder, with less flex- 
ibility. A common complication of arteriosclerosis is 
called atherosclerosis. In this condition, plaques 
(hardened masses composed of lipids, dead cells, 
fibrous tissue, and platelets) collect in the arteries. If 
a plaque grows large enough, it can block the flow of 
blood through the artery. If this blockage is severe, it 
can lead to stroke. A stroke occurs when an artery in 
the brain becomes blocked, depriving an area of the 
brain of oxygen. Similarly, a heart attack occurs when 
a blocked coronary artery deprives the heart muscle of 
oxygen. Damage to either the brain or heart occurs 
when areas of oxygen-deprived tissue die. A severe 
complication of atherosclerosis occurs when a piece 
of the plaque breaks off and migrates through the 
artery to other sites. This bit of circulating plaque is 
called an embolism. An embolism causes damage by 
blocking blood flow at its destination, resulting in 
oxygen-deprived tissue and tissue death. 


Since atherosclerosis causes strokes and heart 
attacks, it is considered one of the leading causes of 
illness and death in the United States. Arteriosclerosis 
has been linked to high blood cholesterol levels, lack 
of exercise, and smoking. Cholesterol is a substance 
that is similar to fat and is found in fatty foods. 
Although a diet low in cholesterol and fat can reduce 
the risk of atherosclerosis, some people have a genetic 
predisposition to high cholesterol levels. Even on nor- 
mal or low fat diets, these individuals still have high 
cholesterol (hypercholesterolemia), and therefore a 
high risk of developing atherosclerosis. Researchers 
are currently working on ways to help people with 
hypercholesteremia lower their cholesterol levels. For 
now, lowering cholesterol is achieved through diet 
and some drug therapies. In the future, it is hoped 
that a bioengineered gene that makes a cholesterol- 
neutralizing protein can be implanted into hypercho- 
lesteremia patients. 


The cause of atherosclerosis 


Atherosclerosis means hardening of a paste-like, 
fatty material. This pasty, fatty material develops 
within arteries over a period of many years. If the 
condition is not treated, this material will eventually 
harden into atherosclerotic plaques. 
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Arteriosclerosis 


Lining of 
artery 


High cholesterol levels, 
high blood pressure, 
diabetes, obesity, viruses, 
cigarette smoking, etc., 
cause injuries to the 
lining of the artery, 
creating areas where 
higher levels of lipids 

are trapped. 


Monocytes (the largest of the 
white blood cells) and T cells 


Monocyte 


Muscle 


Monocytes, which become 
macrophages when they leave 
the bloodstream, and T cells 
penetrate the lining of the artery. 
The macrophages soak up lipids, 
becoming large foam cells and 
distorting the inner surface of the 
artery. Blood flow becomes 
restricted. 


are attracted to the injury. 


Platelets 


The result is a fibrous 
lesion, made up in part 
of muscle cells, proteins, 
and collagen, that has at 
its center a pool of lipids 
and dead cells. Blood 
flow can be very nearly 
cut off by the blockage. 


Foam cell 


Further injury is inflicted by foam cells 
attempting to remove lipids back to the 
lungs, liver, spleen and lymph nodes 
by again passing through the lining of 
the artery. 


When the arterial lining becomes 
separated over the growing mass of 

foam cells, platelets are attracted to the 
site and begin the process of clot formation. 


The progression of arteriosclerosis. (Hans & Cassidy. Courtesy of Gale Group.) 


Although researchers continue to speculate about 
how and why this fatty material gets into arteries, a con- 
sensus has emerged in the last 25 years that points to injury 
of the artery walls as the underlying cause of atheroscle- 
rosis. This injury can be mechanical, such as an artery that 
has been nicked or cut in some way. Injury can also be in 
the form of exposure to various agents, such as toxins 
(including cigarette smoke), viruses, or cholesterol. When 
the artery wall is injured, it tries to heal itself. The response 
of the artery cells and the immune system to the injury 
leads, paradoxically, to the formation of plaques. 


How plaques form 
Interestingly, all middle-aged and older people have 


some form of arteriosclerosis. In fact, some experts 
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consider arteriosclerosis part of the normal wear and 
tear of aging arteries. Most people will not progress 
beyond arteriosclerosis to atherosclerosis. In some peo- 
ple, however, such as those with hypercholesteremia or 
people with high-cholesterol diets, hardened plaques 
form that block the arteries. 


Researchers have formed the injury model of athero- 
sclerosis by studying the arteries of people of all ages. In 
infants, for instance, a ‘fatty streak’ consisting of lipids 
and immune cells is present in the innermost layer of 
arteries. Lipids are molecules found in cholesterol. Even 
at this young age, the arteries are already responding to 
injury, most likely the presence of cholesterol. 


In teenagers and young adults at high risk for 
atherosclerosis, layers of macrophages (special white 
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cells that ingest foreign material) and smooth muscle 
cells overlie the interior wall of arteries. In an attempt 
to reduce the amount of lipid within the artery, macro- 
phages ingest the lipid. Because under a microscope 
the lipid within the macrophage appears to be bubbly, 
or foamy, a macrophage that has ingested lipid is 
called a foam cell. 


As time passes, more and more macrophages 
ingest more and more lipid, and more foam cells are 
present within the artery. To rid the artery of the ever 
increasing load of lipid, foam cells migrate through the 
artery wall to return the lipid to the liver, spleen, and 
lymph nodes. As the foam cells penetrate the artery 
walls, they further injure the artery. This injury 
attracts platelets, special components of the blood 
that lead to the formation of blood clots. When one 
cuts a finger, platelets rush to the site of injury and 
begin forming a clot to stop the flow of blood. In an 
artery, platelets also rush to the site of injury and begin 
the process of clot formation. But instead of helping 
the situation, the clot further complicates the growing 
plaque in the artery, which at this point consists of 
lipid-laden macrophages, lipids, muscle cells, and 
platelets. 


The platelets, in turn, release chemicals called 
growth factors. Several different growth factors are 
released by the platelets. One causes the cells in the 
artery to release proteins and other substances that 
eventually lead to the formation of a matrix, a collec- 
tion of tough protein fibers, which further hardens the 
artery. Another growth factor prompts the develop- 
ment of blood vessels in the plaque. At this stage, the 
plaque is fully formed. It is large enough to block the 
flow of blood through the artery. At its center is a pool 
of lipid and dead artery cells, and it is covered by a cap 
of connective tissue. 


Diagnosis and treatment 


Most people are unaware of the atherosclerotic 
process going on in their arteries. The condition usu- 
ally goes undiagnosed until a person develops symp- 
toms of blood vessel obstruction, such as the heart 
pain called angina. Angina is a warning sign that the 
atherosclerosis may become life-threatening. People 
with angina take medication and are usually moni- 
tored by physicians to make sure the arteries do not 
become completely blocked. Some angina patients are 
able to slow or halt the progression of atherosclerosis 
with proper diet and lifestyle changes, such as quitting 
smoking. 


The atherosclerotic plaques can be visualized by 
a special x-ray technique. A slim tube called a catheter 
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is inserted through an artery in the leg or other loca- 
tion until it reaches the plaque site. Dye that can be 
seen on x-rays is shot through the catheter. When an 
x-ray of the site is taken, the plaque can be clearly 
seen. 


Currently, atherosclerosis in the arteries of the 
heart is treated with drugs, surgery, or a technique 
called angioplasty. Like the x-ray technique, angio- 
plasty involves inserting a catheter through an artery. 
Instead of shooting dye through the catheter, the cath- 
eter is used like a plumber’s snake (a ‘roto-rooter’) to 
open up the narrowed arteries. Some researchers have 
used anti-clotting drugs delivered through the catheter 
to dissolve clots. 


Surgery is also used to treat atherosclerotic 
obstruction of the heart’s arteries. Bypass surgery in 
which a section of an artery in the leg is used to bypass 
a section of a blocked coronary artery, can allow 
the heart muscle to again receive adequate oxygen. 
Because this surgery carries a risk of stroke and other 
serious complications, angioplasty and drug therapy, 
in conjunction with diet management, are tried first. If 
no positive results are found, surgery is performed as a 
last resort. 


One problem with angioplasty is that the solution 
is often only temporary. The plaques return because 
angioplasty addresses only the plaques, not the proc- 
ess that leads to their formation. In the future, mole- 
cules that target the growth factors released by the 
platelets may be delivered directly to the plaques 
through special catheters. This treatment is some 
years away. 


Prevention 


Because atherosclerosis may be the result of the 
artery’s response to cholesterol, it makes sense to 
reduce the intake of cholesterol. Two types of choles- 
terol are found in foods: cholesterol that contains high 
density lipoprotein (the HDLs, or ‘good cholesterol’) 
and cholesterol that contains low density lipoprotein 
(the LDLs, or ‘bad cholesterol’). Researchers have 
found that LDL cholesterol is the culprit in 
atherosclerosis. 


To keep the arteries healthy, individuals should 
eat no more than 300 milligrams (mg) of cholesterol a 
day. Cholesterol is found only in animal products; 
plant foods contain no cholesterol. Since many foods 
that are high in fat are also high in cholesterol, limiting 
fat intake can help reduce cholesterol levels. Knowing 
which foods are high in cholesterol and avoiding these 
foods (or limiting these foods) can also lower choles- 
terol. People should have their blood cholesterol 
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Arthritis 


KEY TERMS 


Angina—Warning pain that signals the progressive 
worsening of atherosclerosis in heart arteries. 


Angioplasty—A technique in which a catheter is 
introduced into an artery narrowed by atherosclero- 
sis in order to widen the artery. 


Arteriosclerosis—Hardening and thickening of artery 
walls. 


Atherosclerosis—Abnormal narrowing of the arteries 
of the body that generally originates from the buildup 
of fatty plaque on the artery wall. 


Cholesterol—A fat-like substance that contains lip- 
ids; found in animal products. 


Embolism—A piece of an arteriosclerotic plaque 
that breaks off and lodges in a distant artery. 


levels checked periodically, particularly if there is a 
family history of arteriosclerosis. Those with hyper- 
cholesteremia or a history of heart disease may want to 
try a stricter diet that eliminates all fats and choles- 
terol. Before embarking on any major dietary change, 
however, consult a physician. 


Arteriosclerosis can be successfully treated but 
not cured. Recent clinical studies have shown that 
atherosclerosis can be delayed, stopped, and even 
reversed by aggressively lowering cholesterol. New 
diagnostic techniques enable physicians to identify 
and treat atherosclerosis in its earliest stages. New 
technologies and surgical procedures have extended 
the lives of many patients who would otherwise have 
died. 


See also Circulatory system. 
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Fatty streak—tThe first stage in atherosclerosis; con- 
sists of lipid, macrophages, and immune cells. 


Foam cell—A macrophage that has ingested lipid. 


Hypercholesteremia—A genetic condition in which 
the body accumulates high levels of cholesterol. 


Lipid—A molecule that is a component of fats and 
cholesterol. 


Macrophages—Special white blood cells that ingest 
foreign substances or materials such as lipids. 
Plaque—A mass of lipid, fibrous tissue, dead cells, 
and platelets that collects within the artery; plaques 
can harden and become so large that they block the 
flow of blood through the artery. 


Platelets—Special component of blood that contrib- 
utes to clot formation. 


PERIODICALS 
“Warding Off Atherosclerosis.” The Lancet v361, 19365 
(April 12, 2003). 


Kathleen Scogna 


| Arthritis 


Arthritis is a term that refers to the inflammation 
of joints (the point where the ends of two bones meet 
each other). Approximately 45 million American 
adults and children have some form of the more than 
100 different types of arthritis. 


Inflammation is a reaction of the body to injury. 
Excess fluid is directed to the affected area, which 
produces swelling. The fluid is meant to aid the healing 
process and is temporary for many injuries. However, 
in arthritis, the constant or recurring inflammation 
causes tenderness and stiffness that is debilitating 
over long periods of time. 


In a typical joint, the ends of the bones are 
covered with a smooth material called cartilage. The 
cartilage allows the bones to move smoothly against 
each other. A joint is also wrapped in a network called 
the synovium. Fluid within the synovium (synovial 
fluid) helps ease the friction of bones rubbing against 
each other. Finally, the joint is supported and movement 
is possible because of ligaments, muscles, and tendons 
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A close-up of a hand deformed by rheumatoid arthritis; the 
knuckles are swollen and reddened and the fingers curve 
away from the thumb. The ends of the middle fingers are 
swollen with cartilage accretion (called Heberden’s nodes) 
that are an indication of osteoarthritis. (Science Photo Library, 
National Audubon Society Collection/Photo Researchers, Inc.) 


that attach to various regions of the joint. All of these 
components can be subject to arthritic inflammation. 


The two most common types of arthritis are osteo- 
arthritis and rheumatoid arthritis. Osteoarthritis is the 
gradual wearing away of the cartilage. This commonly 
occurs due to overuse of the joint or because of an injury 
such as a fracture. As such, osteoarthritis is associated 
more with adults than with children or youth. 


In rheumatoid arthritis, the synovium surround- 
ing a joint becomes inflamed. Also, the body’s own 
immune system begins to attack and destroy the sur- 
face of the joint. This “self against self” immune reac- 
tion is typical of autoimmune diseases or conditions 
like rheumatoid arthritis. Both adults and children are 
susceptible to rheumatoid arthritis. 


Nonsteroidal anti-inflammatory agents (NSAIDs) 
are the first line of drug treatment for osteoarthritis, as 
well as other types of arthritis. NSAIDs include aspirin 
and medicines that are closely related to aspirin. Some 
NSAIDs are sold over-the-counter, but those having 
more potent dosages are sold only by prescription and 
have to be monitored carefully to avoid adverse side 
effects. 


Though aspirin and the other NSAIDs all work 
the same way to suppress prostaglandin production in 
the body, there are major differences in the way indi- 
viduals will respond to particular NSAIDs. Stomach 
bleeding and irritation of the gastrointestinal tract are 
the two major drawbacks of long-term aspirin and 
other NSAID therapy. The COX-2 inhibitors, a 
newer type of NSAIDs, reduce the production of an 
enzyme that stimulates the immune response, thereby 
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KEY TERMS 


Anti-inflammatories—Drugs that counteract inflam- 
mation. Corticosteroids and non-steroidal anti- 
inflammatory agents (NSAIDs) that reduce inflam- 
mation are used in the treatment of arthritis. 


Cartilage—tThe tissue that surrounds a joint and 
degenerates in osteoarthritis. 


Synovial fluid—Thick, clear, and viscous fluid that 
is found in bone joints, and is used to identify 
different types of arthritic conditions. 


relieving arthritic inflammation, without blocking the 
enzyme that protects the stomach lining, thereby 
reducing stomach irritation. Acetaminophen relieves 
pain without stomach irritation, but it is not an anti- 
inflammatory, nor does it reduce the swelling that 
accompanies arthritis. 


A second line of drug treatment, involving corti- 
costeroids, is often needed for treatment of rheuma- 
toid arthritis and other forms of the disease. 
Corticosteroids are used to reduce inflammation. 
These drugs, such as cortisone, simulate hydrocorti- 
sone, a natural chemical produced in the adrenal 
cortex. The function of compounds like corticoste- 
roids is to try to slow the disease down or make it go 
into remission. This is done by suppressing the 
immune response that is key to the damage caused 
by rheumatoid arthritis. 


The length of treatment can range from several 
days to years. Taken either as a pill or through injec- 
tion, dosages vary according to the type of arthritis and 
the needs of the individual. Corticosteroids are used for 
both osteoarthritis and rheumatoid arthritis. These 
medicines are injected into a specific site, such as a 
finger joint or the knee, for quick relief from pain and 
inflammation. In addition to blocking prostaglandin 
production, they also reduce the number of white 
blood cells that enter into the damaged area of the joint. 


Because suppression of the immune system can 
leave someone vulnerable to other infections, and 
because steroid compounds can have unwanted side 
effects that are more severe than those produced by the 
NSAIDs, the use of corticosteroids and other simi- 
larly-acting compounds to treat arthritis must be 
monitored under a physician’s care. 


As of 2006, research was underway to try to under- 
stand the basis of the autoimmune responses that are 
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The progression of osteoarthritis. (Hans & Cassidy. Courtesy of Gale Group.) 


important in the establishment and progression of 
rheumatoid arthritis. Preliminary evidence indicates 
that a bacterial or viral infection may be one trigger 
of the autoimmunity. Whether the affected individuals 
have some genetic predisposition that makes them 
more susceptible has not been determined. 


See also Autoimmune disorders; Carpal tunnel 
syndrome; Physiology. 
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l Arthropods 


Arthropods are invertebrates such as insects, spi- 
ders and other arachnids, and crustaceans that com- 
prise the phylum Arthropoda. The phylum Arthropoda 
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includes three major classes—the Insecta, Arachnida, 
and Crustacea. 


Arthropods are characterized by their external 
skeleton (exoskeleton), which is made mostly of chitin. 
Chitin is a complex, rigid carbohydrate usually cov- 
ered by a waxy, waterproof cuticle. This integument 
is important in reducing water loss in terrestrial hab- 
itats, in providing protection, and in providing a rigid 
skeleton against which muscles can work. The exoskel- 
eton is segmented, which allows for easy movement of 
the body, and there are numerous paired, segmented 
appendages, such as legs, antennae, and external 
mouth parts. Periodically, the entire rigid exoskeleton 
is shed; the temporarily soft animal swells in size; and 
its new, larger exoskeleton hardens. 


Most arthropods have compound eyes, each with 
numerous lenses capable of forming complex, compo- 
site images. Arthropods have various mechanisms for 
the exchange of respiratory gases which, depending on 
the group, include gills, chambered structures known 
as book lungs, tracheal tubes, and various moist areas 
of the body surface. 


Most arthropods exhibit sexual dimorphism; 
males look distinctly different from the females, at 
least in the appearance of their external genitalia. 
Arthropods have internal fertilization, and they lay 
eggs. Arthropods have a complex life cycle, generally 
involving eggs, a juvenile larval stage, and the adult 
form, with complex metamorphoses occurring during 
the transitions between these stages. In some insects, 
there is an additional stage between the larva and the 
adult, known as a pupa. 


Arthropods are extremely diverse in species rich- 
ness. Almost 875,000 living species of arthropods have 
been recognized and named, comprising more than 
80% of all identified animal species. Many more spe- 
cies likely remain to be discovered. The scientific con- 
sensus is that these yet-to-be-discovered species are 
small beetles and other inconspicuous arthropods, 
and most of these occur in old-growth tropical rain- 
forests, a biome that has not yet been well explored 
and studied by taxonomists and ecologists. 


Species of arthropods utilize an enormous variety 
of Earth’s habitats. Most species of crustaceans are 
aquatic, although a few, such as woodlice and land 
crabs, occur in moist habitats on land. The spiders, 
mites, scorpions, and other arachnids are almost entirely 
terrestrial animals, as are the extremely diverse insects. 


Some species of arthropods are very important to 
humans. A few species are important as vectors in the 
transmission of microbial diseases, such as malaria, 
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yellow fever, encephalitis, plague, Chagas disease, and 
Lyme disease. Some arthropods are venomous, for 
example, scorpions, some spiders, and bees and wasps, 
and can hurt or kill people by single, or multiple, sting- 
ing. Some arthropods are a highly nutritious source of 
food for people, as is the case with lobsters, crayfish, 
shrimp, many species of crabs, and some insects. 


However, the most critical importance of arthro- 
pods relates to the extremely diverse and beneficial 
ecological functions that they carry out. Arthropods 
play an important role in nutrient cycling and other 
aspects of ecological food webs. Earth’s ecosystems 
would be in a great deal of trouble if there was any 
substantial decline in the myriad species of arthropods 
in the biosphere. 


l Arthroscopic surgery 


Arthroscopic surgery refers to a type of surgery 
performed on joints. It is a type of orthopedic surgery 
that utilizes an instrument called an arthroscope, 
which allows the surgeon to view the inside of a joint 
without a large incision. In contrast to joint surgery 
that used to involve an extensive incision, arthroscopic 
surgery requires only three small incisions (portals), 
each about 0.25 inches (6 millimeters [mm]) long. This 
considerably lessens the chance of post-operative 
infection and speeds the recovery time. In a famous 
example, the marathon runner Joan Benoit Samuelson 
won the 1984 Olympic Trials marathon only 17 days 
after undergoing arthroscopic knee surgery. 


The word arthroscope is from the Greek words 
meaning “to look at joints.” The arthroscope is made 
up of a lens and a light source, and is connected to a 
video camera. The surgeon can view the inside of 
the joint directly through the arthroscope, or an 
image may be displayed on a video screen. This 
image gives the surgeon a clear view of the tissue inside 
the joint. The surgeon can then use other tiny instru- 
ments (on the order of only one-eighth of an inch, or 
3-4 mm, in diameter) to perform necessary proce- 
dures. Arthroscopic surgery can be used as a diagnos- 
tic tool or for corrective procedures ranging from 
easing the pain of arthritic patients to mending torn 
ligaments. Indeed, both procedures can sometimes be 
performed during the same surgical procedure. 


A typical arthroscopic procedure takes less than 
one hour, and the patient can return home the same 
day. A surgeon may perform an arthroscopic procedure 
in an office, a hospital, or an outpatient surgery center. 
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Arthroscopic surgery 


The technique for arthroscopic surgery was first 
described in the early 1930s, although it was not 
refined until the 1960s. The arthroscope was first 
used only to view the inside of the knee. In the 1970s, 
fiber-optic technology became readily available, and 
more surgeons began to use the procedure on the hip 
and shoulder in addition to the knee. In the 1980s, 
arthroscopic surgery could be performed on smaller 
joints such as the ankle. As of 2006, more than one 
million arthroscopic surgeries are performed each year 
in the United States, with the majority being associ- 
ated with the sports-related injuries. 


Arthroscopic procedures are relatively simple. 
Before knee, ankle, or hip surgery, a patient may 
want to practice walking on crutches to make the 
post-operative recovery more comfortable. Fasting is 
usually required before the procedure because of the 
use of anesthetics. Anesthesia is usually local, 
although in more complicated surgeries general anes- 
thesia can be given. A spinal anesthesia or epidural is 
given to numb the patient from the waist down if 
necessary. A patient may also be given a sedative to 
help with relaxation during the procedure. Hair will 
typically need to be shaved around the incision sites to 
lessen the risk of infection. Monitoring devices such as 
a pulse reader or an electrocardiogram may be 
attached to the patient in some cases. As with all 
surgical techniques, instruments and the incision sites 
are completely sterilized to reduce the risk of infection. 


The surgery itself begins when a tourniquet is 
wrapped around the joint. The limb is then elevated 
to drain blood away from the joint. Saline solution is 
injected into the joint through a cannula, or drainage 
tube, first to distend the joint, or cause it to swell, and 
then to irrigate it, or flush it during the procedure. 
Swelling of the joint gives the surgeon more room to 
operate. The continuous flushing washes away any 
cartilage or other fragments that might break off 
into the joint during the procedure. The arthroscope 
is then inserted, and the surgeon examines the joint 
using high-resolution imagery. After an initial diag- 
nosis, a surgical procedure may be performed, such as 
using a cutter to remove tissue. After the procedure is 
finished, the instruments are removed from the joint 
and the saline is squeezed out. Sometimes steroids are 
injected into the joint to reduce inflammation. The 
incisions are closed with sutures and covered with 
bandages, thus completing the surgery. 


Post-operative procedures include icing the joint and 
elevating the limb to minimize swelling. Patients are often 
advised not to drive for 24 hours. Painkillers may be 
prescribed to alleviate soreness or discomfort. Incisions 
should be kept clean and dry until they are completely 
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EKG—Abbreviation for electrocardiograph, a device 
used to record electrical changes during a heartbeat. 


Fasting—Abstaining from food. 


Fiber optics—A thin plastic or glass tube that trans- 
mits light through internal reflection. 


General anesthesia—Loss of sensation in the entire 
body. 

Incision—A surgical cut. 

Local anesthesia—Loss of sensation in a specific 
portion of the body. 

Orthopedics—A branch of medicine dealing with 
the prevention or treatment of skeletal deformities. 


Saline solution—A saltwater solution. 


Sedative—Medicine that has a calming effect and 
may be used to treat nervousness or restlessness. 

Steroids—A group of organic compounds that 
belong to the lipid family and that include many 
important biochemical compounds including the 
sex hormones, certain vitamins, and cholesterol. 

Suture—Substance used to close a surgical wound. 


Tourniquet—A device used to stop blood flow. 


healed. The patient may need to return to the surgeon for 
removal of sutures. Use of the joint is usually limited 
for a time after surgery, and physical therapy is often 
recommended to help restore mobility and strength. 
Complications are uncommon but may include infection 
or bleeding in the area of the incision. 


Arthroscopy can be used for many different proce- 
dures. It can be used in the knee, hip, shoulder, ankle, 
wrist, or elbow. Diagnoses made with arthroscopes are 
significantly more accurate than those made based on 
symptoms alone. One common type of arthroscopic 
surgery is a meniscectomy; removal of torn cartilage in 
the knee. Other common procedures in the knee include 
the repair of torn cartilage or ligaments and removal of 
scar tissue on the patella, or kneecap. Hip arthroscopies 
are used to remove loose bodies, pieces of cartilage, or 
scar tissue that has broken away from surrounding 
tissue. Other procedures used in the hip joint include 
removing bone fragments or cartilage build-up. In the 
shoulder, arthroscopic surgery is used to repair the rota- 
tor cuff as well as to remove loose bodies. Arthroscopic 
procedures can be employed to alleviate the pain of 
certain types of arthritis. Arthroscopic surgery may 
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also be used with an open surgical procedure, such as an 
anterior cruciate ligament reconstruction. 


Resources 


BOOKS 

Beach, William R., et al. An Atlas of Arthroscopic 
Techniques. Abingdon, UK: Taylor & Francis, 2003. 

Brunicardi, F. Charles, et al. Schwartz’s Manual of Surgery. 
New York: McGraw-Hill Professional, 2006. 

Kaye, Andrew H., et al. Textbook of Surgery. Boston: 
Blackwell Publishing, 2006. 


Jennifer McGrath 


Artichoke see Composite family 


l Artifacts and artifact 


classification 


Artifacts are often the most intriguing part of 
archaeological research. Whether priceless or com- 
mon, they are key to deciphering the archaeological 
record and information about how people lived in the 
past. Most of the information from archaeological 
excavation is gathered from an artifact’s context, or 
where it is found, and with what other items it is 
recovered. Artifacts, and their context, help archaeol- 
ogists describe and compare aspects of past cultures, 
as well as form a chronology of those cultures, 
although there are limitations on how much scientific 
information artifacts alone can provide. 


An artifact is any object that was intentionally 
designed and shaped through human effort. Some 
artifacts are discovered by accident, for example, by 
a farmer plowing his field or by a construction worker 
digging a foundation. However, archeological excava- 
tion and artifact retrieval always proceed by well- 
established methods designed to record as much 
information as possible about a site and its artifact 
assemblage, or group, of recovered objects. 


When collecting artifacts from an archeological site, 
archeologists endeavor to establish and document the 
context in which an artifact was found. To understand 
context, they must take care to document the artifact’s 
exact horizontal and vertical positions, its relationship 
to the stratum in which it was found (its stratigraphic 
position), and any cultural factors that contributed to its 
location. Each step of the excavation is recorded with 
detailed maps and photographs. Some archeologists use 
specially prepared data sheets to record information 
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about recovered artifacts that they later enter into a 
computer. Recovered artifacts are placed in bags (and 
sometimes assigned field numbers) before being sent to 
a laboratory for analysis. 


Besides artifacts, archeologists may take sediment 
samples from a site back to the laboratory for 
fine-screening. This allows artifacts that typical field- 
screening techniques would otherwise miss to be recov- 
ered. For example, sediments may provide microscopic 
pollen grains that aid paleoclimatic reconstructions. 
Material from ancient hearths may contain seeds, 
hulls, and small animal bones that help archeologists 
decipher the diet of that site’s occupants. Charcoal sam- 
ples can be retrieved for carbon-14 (radiocarbon) dating. 


In wet or submerged sites, artifact recovery is more 
difficult, because artifacts can disintegrate when dried 
too rapidly. Even in dry caves, some recovered materi- 
als may require special treatment to be preserved. It is 
important in these cases for an archeological conserva- 
tor to be present at the excavation site to assist in the 
recovery of artifacts. Delicate pieces may be protected 
in plaster, polyurethane foam, resin, or latex. 


After an artifact’s position has been mapped and 
recorded in field notes, it is taken to the site laboratory 
to be cleaned and labeled. Artifacts are then sorted 
according to type of material—e.g., stone, ceramic, 
metal, glass, or bone—then into subgroups based on 
similarities in shape, manner of decoration, or method 
of manufacture. By comparing these object groupings 
with the stratigraphic positions in which the objects 
were found, the archeologist has a basis for assigning 
relative ages to the objects. 


The objects are finally wrapped for transfer to an 
off-site laboratory. This processing should be performed 
quickly so that documentation of all artifacts found at 
the site may proceed without delay. Each specialist 
involved in an excavation will usually write a report of 
his or her findings at the site. These reports will later be 
collectively published in a scientific journal or book as 
the site report. Often archaeologists also detail how the 
site should be managed, further excavated, or preserved. 


Artifact classification 


Typological analysis classifies artifacts into types 
based on observable traits such as form, method of 
manufacture, and materials. Classification should not 
be based on an artifact’s function, because this often 
cannot be determined unambiguously. According to 
this concept, within any given region, artifacts that 
are similar in form or style were produced at about 
the same time, and stylistic changes are likely to have 
been gradual or evolutionary. Typologic categories 
are, however, only arbitrary constructions used by 
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Artificial fibers 


archeologists to come to terms with the archeological 
record. There is consequently no single, best way to 
classify artifacts into types. 


A typologist first classifies artifacts in terms of 
attributes, for example, raw material, color and size, 
then classifies them using mutually exclusive charac- 
teristics, called attribute states. Thus, ceramic pots 
could be sorted on the basis of shape, for example, 
into groups of bowls, jars, and plates. 


While the typologist is generally satisfied using 
attribute types to describe artifacts, the goal of archeo- 
logical classification is to so completely describe 
artifacts that they can be easily compared with objects 
from other sites. Unfortunately, this is much easier said 
than done. Because typology is largely based on an 
almost intuitive ability to recognize types, or requires 
several typological guides or other comparative resour- 
ces, it has been refuted by practitioners of more rigor- 
ous analysis. By employing mathematical and statistical 
analyses, typologists have tried to demonstrate that 
attribute types are not arbitrary, and that their use 
provides significant, reproducible results. 


When statistical methods were introduced into this 
field in the early 1950s, typologists claimed that artifact 
types in each culture were inherent, and that they could 
be determined by statistical analysis. Since that time, 
however, this assumption has been repeatedly ques- 
tioned by those who doubt that the existence of abso- 
lute types can or will ever be verified. The advent of 
absolute dating techniques has also given archeologists 
a much less arbitrary basis for classifying artifacts. 
While typology is no longer the standard means of 
dating the components of most artifact assemblages, 
typological analysis is still one of the most useful means 
of describing and comparing various artifacts. 


In recent decades, archaeological excavation and 
analysis of more recent historical sites has increased. 
Urban, or industrial, archaeology focuses on artifacts 
produced during and after the Industrial Revolution, 
especially those sites associated with manufacturing 
or related urban neighborhoods. Many artifacts recov- 
ered from these sites have decorations, maker’s marks, 
or shapes that are easily identifiable because they are 
documented in the historical record or resemble some- 
thing still used today. For example, historic archaeol- 
ogists of the modern period sometimes rely on antique 
guides, old photographs, or factory archives to identify 
and date an object. While more definite because of the 
wealth of collaborative material, this type of analysis is 
still a form of typology. 


See also Archaeology; Archaeometallurgy; Archaeo- 
metry; Stratigraphy (archaeology). 
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KEY TERMS 


Artifact—A man-made object that has been shaped 
and fashioned for human use. 


Radiocarbon dating—A technique that provides 
numerical ages for the remains of plants and ani- 
mals (for example, charcoal, wood, or bone) based 
on the radioactive decay of carbon-14 in a sample. 


Stratigraphy—the study of layers of rock or soil, 
based on the assumption that the oldest material 
will usually be found at the bottom of a sequence. 


Stratum—A geological or man-made deposit, usually 
a layer of rock, soil, ash, or sediment. Plural: strata. 


Typology—the study of artifacts based on observ- 
able traits such as form, methods of manufacture, 
and materials. Classification should not be based 
on an artifact’s function, because this can not be 
determined unambiguously. 


Resources 
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Archeology. New York: Oxford University Press, 1996. 

Maloney, Norah. The Young Oxford Book of Archeology. 
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Lyman, R. Lee., and Michael J. O’Brien. Seriation, 
Stratigraphy, and Index Fossils—The Backbone of 
Archaeological Dating. New York: Kluwer Academic 
Publishers, 1999. 

Nash, Stephen Edward, editor. It’s about Time: A History of 
Archaeological Dating in North America. Salt Lake City, 
UT: University of Utah Press, 2000. 
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l Artificial fibers 


Artificial fibers are threads produced from man- 
made materials, unlike natural fibers like cotton, silk, 
and hemp. 
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Artificial polymeric fibers 


Acrylic 


At least 85% acrylonitrile units. Anidex is a cross-linked polyacrylate consisting of at least 50 wt% esters of a monohydric 


Composition 
Processing 
Properties 
Uses 


Trade names 


Modacrylic 


alcohol and acrylic acid. 


Orion® is made by dissolving acrylonitrile in an organic solvent. The solvent is filtered and dry-spun. Fibers are drawn at high 
temperature to 3 to 8 times their original length and the molecules are oriented into long parallel chains. 


Resistant to dilute acids and alkalies, solvents, insects, mildew, weather. Damaged by alkalies and acids, heat above 356° F 
(180° C), acetone, ketones. 


Sweaters, women's coats, men's winter suiting, carpets, blankets, out- door fabrics, knits, fur-like fabrics, blankets. Orion® 
and Acrilan® have been used as wool substitutes. 


Orion® (E.|. duPont de Nemours & Co., Inc.), Acrilan® (Monsanto Co.), Cantrece® (E.|. duPont de Nemours & Co., Inc.). 


Composition 
Processing 


Uses 
Trade names 


Polyester 


85% ester of a dihydnc alcohol and terephthalic acid. 


Compostition 
Processing 
Properties 
Uses 

Trade Names 


Rayon 


35 to 85% acrylonitrile units. 


Union Carbide makes Dynel®, a staple copolymer modacrylic fiber made from resin of 40% acrylonitrile and 60% vinyl chloride. 
It is converted into staple in a continuous wet-spinning process. The resin powder dissolved in acetone, filtered and spun. 
Fiber is dried, cut and crimped. 


Dynel® resembles wool. Used for work clothing, water-softener bags, dye nets, filter cloth, blankets, draperies, sweaters, pile fabric. 
Verel®-copolymer (Tennessee Eastman Co.), Dynel®-copolymer (E.I. duPont de Nemours & Co., Inc.) 


Melt spinning. 
Resistant to weak acids and alkalies, solvents, oils, mildew, moths. Damaged by phenol, heat above 338° F (170° C). 
Apparel, curtains, rope, twine, sailcloth, belting, fiberfill, tire cord, belts, blankets, blends with cotton. 


Decron® (E. |. duPont de Nemours & Co., Inc.), Kodel® (Tennessee Eastman Co.), Fortrel® 
(Fiber Industries, Inc.) 


Composition 


Processing 


Properties 


Uses 


Acetate (Cellulose Acetate) 


The pioneer artificial fibers viscose, cuprammonium cellulose, and cellulose acetate were orginally referred to as rayon. This 
name now is reserved for viscose. Rayon is now a generic name for a semisythetic fiber composed of regenerated cellulose 
and manufatured fibers consisting of regenerated cellulose in which substituents have replaced not more than 15% of the 
hydroxyl group hydrogens. 

Rayon was first made by denitration of cellulose nitrate fibers, but now most is made from wood pulp by the viscose process. 


This viscose process produces filaments of regenerated cellulose. First, a solution of cellulose undergoes chemical reaction, 
ageing, or solution ripening; followed by filtration and removal of air; spinning of fiber; combining of the filaments into yarn; 
and finishing (bleaching, washing, oiling, and drying). 


Rayon can be selectively dyed in combination with cotton. Hydroxyl groups in the cellulose molecules cause the fiber to 
absorb water—this causes low wet strength. In the dry state, the hydroxyl groups are hydrogen bonded, and the molecules 
are held together. Thus the dry fibers maintain their strength even at high temperatures. 


High tenacity viscose yarn is used in cords for tires, hose, and belting. Strength is achieved by orienting the fiber molecules 
when they are made. Textile rayon is used primarily in women's apparel, draperies, upholstery, and in blends with wool in 
carpets and rugs. Surgical dressings. 


Composition 


Processing 


Uses 
Trade Names 
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Cellulose acetate and its homologs are esters of cellulose and are not regenerated cellulose. Where not less than 92% of the 
hydroxyl groups are acetylated, the product is called a triacetate. 

Cellulose is converted to cellulose acetate by treatment with a mix containing acetic anhydride. No process exists whereby the 
desired number of acetyl groups can be achieved directly. The process involves first producing the triacetate, then hydrolyzing 
a portion of the acetate groups. The desired material is usually about half way between triacetate and diacetate. Arnel® 
(cellulose triacetate) is produced by Celanese Corp. It is a machine-washable fiber, that shows low shrinkage when stretched, 
and has good crease and pleat resistance. 

Blankets, carpets, modacrylic fibers, cigarette filters. 


Arnel® (Celanese Corp.). 


Table 1. Artificial Polymeric Fibers. (Thomson Gale.) 
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Artificial fibers 


Artificial polymeric fibers (contiuen 


Vinyls and Vinylidenes 


Composition Saran is a copolymer of vinyl chloride and vinylidene chloride (at least 80% by weight vinylidene chloride units). Vinyon is the 
trade name given to copolymers of 90% vinyl chloride and 10% vinyl acetate (at least 85% vinyl chloride units). 


Processing Saran is prepared by mixing the two monomers and heating. The copolymer is heated, extruded at 356° F (180° C), air-cooled, 
and stretched. The vinyon copolymer is dissolved in acetone to 22% solids and filtered. The fibers are extruded 
by dry spinning, left to stand, then wet-twisted and stretched. The fibers are resistant to acids and alkalies, sunlight, and aging. 
Vinyon is useful in heat-sealing fabrics, work clothing. Bayer chemists first spun polyvinyl chloride into this chemically resistant 
and rot-proof fiber in 1931. 


Properties These fibers are resistant to mildew, bacterial, and insect attack. Polyvinyl chloride is resistant to acids and alkalies, insects, 
mildew, alcohol, oils. Polyvinylidene chloride is resistant to acids, most alkalies, alcohol, bleaches, insects, mildew, and weather. 
Polyvinyl chloride is damaged by ethers, esters, aromatic hydrocarbons, ketones, hot acids, and heat above 158° F (70° C). 
Polyvinylidene chloride is damaged by heat above 194° F (90° C) and by many solvents. 
Saran can be used for insect screens. Widest use is for automobile seat covers and home upholstery. Typical polyvinyl chloride 
uses include nonwoven materials, felts, fibers, and blends with other fibers. Typical polyvinylidene chloride uses include outdoor 
fabrics, insect screens, curtains, upholstery, carpets, work clothes. 

Trade Names Proprietary polyvinylidene chloride names include Dynel® —copolymer (Uniroyal, Inc.). Saran is a generic name for 
polyvinylidene chloride. 


Nylon 


Composition Nylon is a generic name for a family of polyamide polymers characterized by the presence of an amide group. Common types are 
nylon 66, nylon 6, nylon 4, nylon 9, nylon 11, and nylon 12. 


Processing Nylon 66 was developed by Carothers by reacting adipic acid and hexamethylenediamine in 1935. Nylon 6 is based on 
caprolactam. It was developed by |. G. Farbenindustrie in 1940. 


Properties Resistant to alkalies, molds, solvents, moths. Damaged by strong acids, phenol, bleaches, and heat above 338° F (170° C). 


Uses Typical uses include tire cord, carpets, upholstery, apparel, belting, hose, tents, toothbrush bristles, hairbrushes, fish nets and 
lines, tennis rackets, parachutes, and surgical sutures. 


Trade Names Chemstrand nylon® (Monsanto Co.). 


Spandex 


Composition At least 85% by weight segmented polyurethane. 

Processing Segmented polyurethanes are produced by reacting diisocyanates with long&amp;ndash;chain glycols. The product is 
chain-extended or coupled, then converted to fibers by dry spinning. 

Properties Resistant to solvents, oils, alkalies, insects, oxidation. Damaged by heat above 284° F (140° C), strong acids. 

Uses Fibers are used in foundation garments, hose, swimwear, surgical hose, and other elastic products. 

Trade Names Proprietary names include Lycra® (E. |. duPont de Nemours & Co., Inc.), Spandelle® (Firestone Synthetic Fibers Co.). 


Olefin 


Composition At least 85 wt% ethylene, propylene, or other olefin units other than amorphous rubber polyolefins. 

Processing Polymer is spun from a melt at about 212° F (100° C) above the melting point because the polymer is very viscous 
near its melting point. 

Properties Difficult to dye. Low melting points. Polypropylene has a very low specific gravity, making it very light and suitable for blankets. 
It has 3 to 4 times the resistance of nylon to snags and runs, and is softer, smoother, and lighter. Polypropylene is resistant to 
alkalies, acids, solvents, insects, mildew. Polyethylene is resistant to alkalies, acids (except nitric), insects, mildew. Polypropylene 
is damaged by heat above 230° F (110° C). Polyethylene is damaged by oil and grease, heat above 212° F (100° C), oxidizers. 
Olefins make excellent ropes, laundry nets, carpets, blankets, and carpet backing. Polypropylene is typically used for rope, twine, 
outdoor fabrics, carpets, upholstery. High density polyethylene is typically used for rope, twine, and fishnets. Low density 
polyethylene is typically used for outdoor fabrics, filter fabrics, decorative coverings. 

Trade Names Proprietary names for polypropylene include Herculon® (Hercules Powder Co.), Polycrest® (Uniroyal, Inc.); proprietary 
polyethylene names include DLP® (W. R. Grace & Co.). 


Artificial Polymeric Fibers (cont'd). (Thomson Gale.) 


fibers are oriented by stretching or drawing out, 
which increases the polymeric chain orientation and 

Most synthetic fibers are polymer-based and are _ degree of crystallinity, and improves the fibers’ mod- 
produced by a process known as spinning, in which ulus and tensile strength. Fiber manufacture is classi- 
a polymeric liquid is extruded through fine holes fied by the type of spinning that the liquid polymer 
known as spinnerets. After spinning, the resulting undergoes: melt, dry, or wet spinning. 


Polymeric fibers 
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Artificial polymeric fibers continue) 


Fluorocarbon 


Composition 
Processing 


Properties 


Uses 
Trade Name 


Vinal 


Long chain carbon molecules with bonds saturated by fluorine. Teflon is polytetrafluorethylene. 


Fluorocarbon sheets are made by combining polytetrafluoroethylene with another microgranular material to form thin, flexible 
sheets. The filler is then dissolved out, leaving a pure, porous polytetrafluorethylene sheet. The pores must be small enough to 

be vapor permeable but large enough to extend through the fabric. The sheet has to be very thin, and is therefore fragile. 
GoreTex® has to protected by being sandwiched between robust fabrics such as polyester or nylon weave. 

As a fiber, Teflon is highly resistant to oxidation and the action of chemicals, including strong acids, alkalies, and oxidizing agents. 
It is nonflammable. It retains these properties at high temperatures 446°-554° F (230°-290° C). It is strong and tough. It exhibits 
low friction, which coupled with its chemical inertness, makes it suitable in pump packings and shift bearings. Polytetraflurothylene 
is resistant to almost all chemicals, solvents, insects, mildew. Polytetrafluoroethylene is damaged by heat above 482° F (250° C), 
and by fluorine at high temperatures. 

Typical uses include corrosion—resistant packings, etc., tapes, filters, bearings, weatherproof outdoorwear. 


Teflon® (E.I. duPont de Nemours & Co., Inc.) and GoreTex® (W.L. Gore & Associates) are proprietary names. 


Composition 
Processing 


Properties 


Uses 


Azlon 


Vinal is the U.S. term for vinyl alcohol fibers. At least 50 wt% of the long synthetic polymer chain is composed of vinyl alcohol 
units. The total of the vinyl alcohol units and any one or more of the various acetal units is at least 85 wt% of the fiber. 


Vinyl acetate is first polymerized, then saponified to polyvinyl alcohol. The fiber is spun, then treated with formalin and heat to 
make it insoluble in water. Production has remained largely confined to 


The fiber has reasonable tensile strength, a moderately low melting point (432&amp;deg;F [222&amp;deg;C)), limited elastic 
recovery, good chemical resistance, low affinity for water, good resistance to mildew and fungi. Combustible. Used for fishing 
nets, stockings, gloves, hats, rainwear, swimsuits. Polyvinyl alcohol is resistant to acids, alkalies, insects, mildew, oils; it is 
damaged by heat above 320° F (160° C), phenol, cresol, and formic acid. 


Used in bristles, filter cloths, sewing thread, fishnets, and apparel. Polyvinyl alcohol is typically used for a wide range of industrial 
and apparel uses, rope, work clothes, fish nets. 


Composition 


Any regenerated naturally occurring protein. Azlon is the generic name for manufactured fiber in which the fiber—forming substance 
is composed of any regenerated naturally occurring protein. Proteins from corn, soybeans, peanuts, fish, and milk have been used. 


Azlon consists of polymeric amino acids. 
Processing 


Vegetable matter is first crushed and the oil is extracted. Then the remaining protein matter is dissolved in a caustic solution and 


aged. The resulting viscous solution is extruded through a spinneret into an acid bath to coagulate the filaments. The fiber is 
curedand stretched to give it strength. Then the fiber is washed, dried, and used in a filament or staple form. Casein fibers are 
extracted from skim milk, then dissolved inwater, and extruded under heat and pressure. The filaments are hardened and aged in 
an acid bath. Then they are washed, dried, and used in either filament or staple form. Seaweed fibers are made by extracting 
sodium alginate form brown seaweed using an alkali. The resulting solution is purified, filtered, and wet spun into a coagulating 


bath to form the fibers. 


Properties Azlon fibers have a soft hand, and blend well with other fibers. Combustible. 


Uses Used in blends to add a wool&amp;ndash:like hand to other fibers, and to add loft, softness, and resiliency. Protein fibers resist 
moths and mildew, do not shrink, and impart a cashmere&amp;ndash;like hand to blended fabrics. 


Artificial Polymeric Fibers (cont’d). (Thomson Gale.) 


Melt spinning is the simplest of these methods, 
The polymer is melted and forced through the 
spinnerets that contain from 50 to 500 holes. The 
fiber diameter immediately following extrusion 
exceeds the hole diameter. During cooling, the fiber 
is drawn to induce orientation. Further orientation 
may be achieved later by stretching the fiber to a 
higher draw ratio. Because melt spinning requires 
that the polymer be stable above its melting temper- 
ature, it is used with materials such as nylon, poly- 
ethylene, polyvinyl chloride, cellulose triacetate, and 
polyethylene terephthalate, as well as in the multifila- 
ment extrusion of polypropylene. 
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In dry spinning, the polymer is first dissolved in a 
solvent, and the solution is extruded through the spin- 
nerets. The solvent is then evaporated with hot air and 
collected for reuse. The fiber then passes over rollers 
and is stretched to orient the molecules and increase 
fiber strength. Cellulose acetate, cellulose triacetate, 
acrylic, modacrylic, aromatic nylon, and polyvinyl 
chloride are made by dry spinning. 


In wet spinning, the polymer solution is spun into 
a coagulating solution to precipitate the polymer. This 
process has been used with acrylic, modacrylic, aro- 
matic nylon, and polyvinyl chloride fibers. Viscose 
rayon is produced from regenerated cellulose by a 
wet spinning technique. 
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Glass 


Artificial, nonpolymeric fibers 


Artificial fibers 


Composition 
Processing 


Properties 


Uses 


Metal 


Comprised primarily of silica. 

Continous filament process— molten glass drawn into fibers, which are wound mechanically. Winding stretches the fibers. 
Subsequently formed into glass fiber yarns and cords. Staple fiber process&amp;mdash;uses jets of compressed air to attenuate 
or draw out molten glass into fine fibers. Used for yarns of various sizes. Wool process&amp;mdash;molten glass attenuated into 
long, resilient fibers. Forms glass wool, used for thermal insulation or fabricated into other items. 


Nonflammable. Can be subjected to temperatures as high as 1200° F (650° C) before they deteriorate. Non—absorbent. 
Impervious. They resist most chemicals, and do not break when washed in water. Mothproof, mildew&amp;ndash;proof, do not 
degrade in sunlight or with age. Strong. Among the strongest man&amp;ndash;made fibers. Derived from limestone, silica sand, 
boric acid, clay, coal, and fluospar. Different amounts of these ingredients result in different properties. 

Decorative fabrics, fireproof clothing, soundproofing, plastics reinforcement, tires, upholstery, electrical and thermal insulation, air 
filters, insect screens, roofing, ceiling panels. 


Composition 


Processing 


Properties 
Uses 


Trade Names 


Ceramic 


Whiskers are single—crystal fibers up to 2 in (5 cm) long. They are made from tungsten, cobalt, tantalum, and other metals, and 
are used largely in composite structures for specialized functions. Metallic yarns consist of metallized polyester film. 


Filaments are alloys drawn through diamond dies to diameters as small as 0.002 cm. In ancient times, gold and silver threads 
were widely used in royal and ecclesiastical garments. Today, metallic yarns usually consist of a core of single-ply polyester film 
that is metallized on one side by vacuum—depositing aluminum. The film is then lacquered on both sides with clear or tinted colors. 


Metallic whiskers may have extremely high tensile strength. Modern metallic yarns are soft, lightweight, and do not tarnish. 


Whiskers are used in biconstituent structures composed of a metal and a polymeric material. Examples include aluminum 
filaments covered with cellulose acetate butyrate. Steels for tire cord and antistatic devices have also been developed. Metallic 
yarns are used for draperies, fabrics, suits, dresses, coats, ribbons, tapes, and shoelaces. 


Producers of metallic yarns include Metlon Corp.; Metal Film Co.; and Multi-tex Products Co. Dobeckman Co. produced the first 
widely used metallic yarn under the tradename Lurex®. 


Composition 
Processing 
Properties 


Uses 


Trade Names 


Carbon 


Alumina and silica. 
Insertion of aluminum ions into silica. 


Retains properties to 2300&amp;deg;F (1260&amp;deg;C), and under some conditions to 3000° F (1648° C), lightweight, inert to 
most acids and unaffected by hydrogen atmosphere, resilient. 


Used for high temperature insulation of kilns and furnaces, packing expansion joints, heating elements, burner blocks, rolls for 
roller hearth furnaces and piping, fine filtration, insulating electrical wire and motors, insulating jet motors, sound deadening. 


Fiberfrax® (Carborundum). 


Composition 
Processing 


Properties 
Uses 


Carbonized rayon, polyacrylonitrile, pitch or coal tar. 

High modulus carbon fibers are made from rayon, polyacrylonitrile, or pitch. Rayon fibers are charred at 413°— 662° F 

(200°— 350°C), then carbonized at 1832°— 3632°F (1000°— 2000° C). The resulting carbon fibers are then heat treated at 5432° F 
(3000° C) and stretched during the heat treatment. Carbon fibers are also obtained by heat treating polyacrylonitrile, coal tar, or 
petroleum pitch. 


Capable of withstanding high temperatures. 


Carbon fibers come in three forms. Low modulus fibers used for electrically conducting surfaces. Medium modulus fibers used 
for fabrics. High modulus fibers used for stiff yarn. Used in the manufacture of heat shields for aerospace vehicles and for aircraft 
brakes. Carbon fibers are also used to reinforce plastics. These plastics may be used for sporting goods and engineering plastics. 


Table 2. Artificial Nonpolymeric Fibers. (Thomson Gale.) 


Table 1 (Artificial Polymeric Fibers) provides 
detailed information about each of the important classes 
of spun fibers. 


Other synthetic fibers 


Besides the polymer-based synthetic fibers 
described above, there are other types of synthetic 
fibers that have special commercial applications. 
These include the fibers made of glass, metal, 
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ceramics, and carbon described in Table 2 (Artificial, 
Nonpolymeric Fibers). 
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A scanning electron micrograph (SEM) of fibers of a dacron 
polyester material used in sleeping bags. The core of each 
fiber has up to seven air cavities that increase its insulating 
ability. (Photograph. Science Photo Library/National Audubon 
Society Collection/Photo Researchers, Inc.) 


KEY TERMS 


Fiber—A complex morphological unit with an 
extremely high ratio of length to diameter (typically 
several hundred to one) and a relatively high 
tenacity. 


Polymer—A substance, usually organic, composed 
of very large molecular chains that consist of recur- 
ring structural units. From the Greek “poly” mean- 
ing many, and “meros’” meaning parts. 
Synthetic—Referring to a substance that either 
reproduces a natural product or that is a unique 
material not found in nature and is produced by 
means of chemical reactions. 
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| Artificial heart and heart valve 


An artificial heart is an synthetically made device 
that is intended to replace the heart muscle that pumps 
approximately 2,000 gal (7,571 1) of blood through the 
body each day. In 2004, around 100,000 people in the 
United States were candidates for heart transplants, 
with about 4,000 in critical need of them. However, 
fewer than 2,500 transplants are performed annually, 
primarily due to a lack of available donor organs. The 
heart muscle is composed of several chambers and the 
blood flow into and out of the chambers is controlled 
by a system of valves. Heart valves are flaps of tissue 
within the heart that open to allow blood to flow from 
one of the heart’s four chambers to the next and then 
close to prevent any blood from leaking back. Valve 
failure can lead to congestive heart failure, pulmonary 
edema, and other serious cardiovascular illnesses. 
Replacement of diseased or defective heart valves 
with artificial valves can be a solution to restore 
heart function. 


Valves: Control and construction 


Four one-way valves control the movement of 
blood into, through, and out of the human heart. All 
are designed to permit the flow of blood in one direc- 
tion only and to prevent its backflow. Blood returning 
from the body to the heart enters the right atrium and 
from there passes through a valve called the tricuspid 
(or right atrioventricular) valve into the right ventricle. 
The right ventricle pumps the blood through another 
valve (the semilunar valve) to the lungs where carbon 
dioxide is removed and the blood is infused with fresh 
oxygen. Blood returns to the left atrium and is pumped 
into the left ventricle through the bicuspid or mitral 
(or left atrioventricular) valve. When the left ventricle 
contracts, it forces blood through the aortic semilunar 
valve into the aorta and on through the body. 


Heart valves are constructed of a pair of flaps. The 
flaps are made of strong, thin, and fibrous material 
that is connected by strong fibers to muscles within the 
main heart muscle. This construction allows the flaps 
to remain shut against back pressure, thus allowing 
blood to flow only one way through them. 
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Artificial heart and heart valve 


Surgical implantation of a Jarvik artificial heart. (N/H, National Audubon Society Collection/Photo Researchers, Inc.) 


When the valves malfunction because of birth 
defects, deposits of cholesterol or calcium on the leaf- 
lets of the valves, or because of a rheumatic disease, 
they do not close completely. Backflow of blood can 
result (a physician hears this as a heart murmur). 
Though a small volume of backflow is not harmful, a 
deteriorating valve that permits greater and greater 
amounts of blood to pass back through it can have 
serious consequences on the heart itself. 


It is often necessary to replace the natural valve 
with a synthetically made device. A one-way valve is a 
rather simple device to construct to function outside of 
the body. Inside the body, however, the valve must 
perform flawlessly and unceasingly for many years. 
The early mechanical valves, though adequate for 
controlling blood flow, tended to fracture after some 
years of use. The metal cage enclosing the valve broke 
under repeated and constant taps from the movable 
part of the valve. A fractured valve means a malfunc- 
tioning valve, possibly the formation of a blood clot 
and potential heart attack or stroke. 


One modern design of an artificial valve consists 
of a ring by means of which the valve is sewn into place 
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in the heart and some means of controlling the flow of 
blood. One artificial valve known as the ball-and-cage 
model has a three-pronged cage within which is a ball. 
The ball lifts to allow blood to pass through and is 
pressed down into the valvular opening to seal it and 
prevent backflow. Another design, called a disk-and- 
cage valve, has a similar action, except the ball is 
replaced by a flat disk that swivels back and forth to 
open and close the passage. 


A more modern replacement valve uses the valve 
from a pig heart, treated to prevent rejection by the 
human immune system, mounted into a ring. The ring 
is sewn into the heart. The leaflets in the pig valve 
behave more like those in the human heart with less 
danger of breakage than occurs in the cage-type valves. 


History 


Medical researchers have long attempted to develop 
a mechanical pump to take over its job in the event of 
damage or disease. In 1935, French-born surgeon Alexis 
Carrel (1873-1944) and famed American aviator 
Charles Lindbergh (1902-1974), designed a perfusion 
pump that kept excised organs, including the heart, 
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alive by circulating blood through them. News reports 
called this device an artificial or robot heart. The use of 
artificial hearts as a replacement for an ailing human 
heart began in 1953. Then, the use of a heart-lung 
machine designed by physician John Gibbon in open- 
heart surgery demonstrated that an artificial device 
could, at least for a time, replace the real heart. 


The first total artificial heart (TAH) was 
implanted in 1957 in a dog at the Cleveland Clinic by 
Willem Kolff (1911—), a Dutch-born surgeon, and 
Tetsuzo Akutsu. Kolff later led a medical team at the 
University of Utah at Salt Lake City in developing the 
artificial heart. At the urging of another TAH pioneer, 
American cardiovascular surgeon Michael DeBakey 
(1908-), the United States government, through the 
National Institutes of Health, established an Artificial 
Heart Program in 1964 to develop both partial and 
total artificial heart devices. By 1966, DeBakey had 
designed and implanted a pneumatically driven com- 
ponent called a Left Ventricular Assist Device 
(LVAD) to serve the chamber of the heart that 
pumps blood out into the arteries. This was an impor- 
tant development, for the great majority of severe 
heart disease is caused by left ventricle failure. 


In 1966, DeBakey implanted a partial artificial 
heart. The first human artificial heart implant was 
carried out by Denton Cooley (1920-) and his surgical 
team at the Texas Heart Institute in 1969. The pneu- 
matically driven Dacron-lined plastic heart, designed 
by Argentine-born Domingo Liotta (1924-), was a 
temporary measure to keep a patient alive until a 
heart transplant could be performed. 


From 1982 to 1985, American cardiothoracic sur- 
geon William DeVries (1943-) carried out a series of 
implants of a device called the Jarvik-7 artificial heart. 
The first heart was implanted in Barney Clark, who 
lived for 112 days before dying of complications 
caused by the device. Mechanical and other problems 
ultimately stopped the use of the Jarvik-7. In 2000, the 
modified version of the Jarvik heart (the Jarvik 2000) 
was implanted. This was the first completely artificial 
heart to be installed. 


In July of 2001, surgeons at Jewish Hospital in 
Louisville, Kentucky, implanted an artificial heart 
(the AbioCor® heart) in Robert Tools, a 59-year-old 
man whose own heart was damaged and failing. The 
AbioCor® heart was the first self-contained artificial 
heart to be implanted in a human. It is also the small- 
est artificial heart yet devised, being about the size of 
a softball. Tools suffered a serious stroke and died in 
November 2001. Nonetheless, his progress since the 
installation of the artificial heart was encouraging. 
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KEY TERMS 


Aorta—The major blood vessel leaving the heart 
and carrying blood to numerous other smaller ves- 
sels that branch off and deliver blood to the entire 
body. 

Atrium (plural: atria)—One of two upper cham- 
bers of the heart. They are receiving units that 
hold blood to be pumped into the lower chambers, 
the ventricles. 


Congestive heart failure—A heart condition in 
which the heart has enlarged because of back pres- 
sure against its pumping action. The heart will 
finally become so large and inefficient that it is 
unable to pump enough blood to maintain life. 


Leaflets—Fibrous tissue flaps that open and close in 
the heart valves to allow the passage of blood. 


Ventricles—The two lower chambers of the heart; 
also the main pumping chambers. 


As of May 2003, at least eight patients had received 
AbioCor® hearts. In 2004, the Syncardia CardioWest 
(CW-TAH) was developed by researchers from the 
University of Arizona. The CW-TAH is the first 
implantable artificial heart to be approved by 
the U.S. Food and Drug Administration (FDA). 
This device marked the first time a mechanical 
device became available on a broad basis to replace 
temporarily a weakened, dying heart. The new device 
replaces the lower half of the heart for desperately 
sick patients as they wait in hospitals for heart 
transplants. 


As of November 2006, the person to have 
survived the longest with a CW-TAH artificial 
heart has lived for 602 days. So far, about 79% 
of patients who received the CardioWest Total 
Artificial Heart were able to sustain their life func- 
tions long enough to receive a heart transplant. In 
September 2006, another artificial heart was devel- 
oped, the AbioCor artificial heart, by the AbioMed 
company. 


During the early years of the 2000s, heart value 
replacement has become a common _ procedure. 
According to the U.S. National Institutes of Health, 
as of 2004, the success rate for heart valve surgery is 
very good. Only 2-5% of patients undergoing the 
procedure die because of it. For the majority of 
patients surviving the procedure, about 67% are still 
alive nine years after the surgery. 
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Artificial intelligence 


As of 2006, cardiovascular surgeons are hopeful 
that practical artificial hearts, ones that will keep 
patients alive for long periods of time so that people 
can resume normal lifestyles, will become available 
within the next fifty years. 


See also Anatomy, comparative; Birth defects; 
Cholesterol; Electrocardiogram (ECG); Pacemaker. 


Resources 


BOOKS 

Kaiser, Larry R., Irving L. Kron, and Thomas L. Spray, eds. 
Mastery of Cardiothoracic Surgery. Philadelphia, PA: 
Lippincott, Williams & Wilkins, 2007. 

Del Nido, Pedro J., and Scott J. Swanson, eds. Sabiston & 
Spencer surgery of the Chest. Philadelphia, PA: Elsevier 
Saunders, 2005. 


PERIODICALS 

Guy, T.S. “Evolution and Current Status of the Total 
Artificial Heart.” American Society for Artificial 
Internal Organs Journal 44 (1998): 28-32. 


OTHER 

American Society for Artificial Internal Organs. “From 
Discovery to Clinical Use.” <http://www.asaio.com/> 
(accessed November 28, 2006). 

“How Artificial Hearts Work.” How Stuff Works. <http:// 
health-howstuffworks.com/artificial-heart.htm> 
(accessed November 28, 2006). 


Brian Hoyle 


Artificial intelligence 


Certain tasks can be performed faster and more 
accurately by traditionally programmed computers 
than by human beings, particularly numerical compu- 
tation and the storage, retrieval, and sorting of large 
quantities of information. However, the ability of 
computers to interact flexibly with the real world— 
their “intelligence”—remains slight. Artificial intelli- 
gence (AI) is a subfield of computer science that seeks 
to remedy this situation by creating software and 
hardware that possesses some of the behavioral flexi- 
bility shown by natural intelligences, both human and 
animal. 


In the 1940s and 1950s, the first large, electronic, 
digital computers were designed to perform numerical 
calculations set up by a human programmer. The 
computers did so by completing a series of clearly 
defined steps, or algorithms. Programmers wrote 
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algorithmic software that precisely specified both the 
problem and how to solve it. AI programmers, in 
contrast, have sought to program computers with 
flexible rules for seeking solutions to problems. An 
AI program may be designed to modify the rules it is 
given or to develop entirely new rules. 


What types of problem are appropriate for tradi- 
tional, algorithmic computing and what types call out 
for AI? Some of the tasks that are hardest for people 
are, fortunately, algorithmic in nature. Teachers can 
describe in detail the process for multiplying numbers, 
and accountants can state accurately the rules for 
completing tax forms, yet many people have difficulty 
performing these tasks. Straightforward, algorithmic 
programs can perform them easily because they can be 
broken down into a series of precise procedures or 
steps that do not vary from case to case. On the 
other hand, tasks that require little thought for 
human beings can be hard to translate into algorithms 
and therefore difficult or (so far) impossible for com- 
puters to perform. For example, most people know 
that a pot of boiling water requires careful handling. 
We identify hot pots by flexible recognition of many 
possible signs: steam rising, radiant heat felt on the 
skin, a glimpse of blue flame or red coils under the pot, 
a rattling lid, and so forth. Once we know that the pot 
is boiling, we plan our actions accordingly. This proc- 
ess seems simple, yet describing exactly to a computer 
how to reliably conclude “this pot is hot” and to take 
appropriate action turns out to be extremely difficult. 
The goal of AI is to create computers that can handle 
such complex, flexible situations with intelligence. One 
obstacle to this goal is our uncertainty or confusion 
about what is “intelligence.” 


What is intelligence? 


One possible definition of intelligence is the acquis- 
ition and application of knowledge. An intelligent 
entity, in this view, is one that learns—acquires knowl- 
edge—and is able to apply this knowledge to changing 
real-world situations. In this sense, a rat is intelligent, 
but most computers, despite their impressive number- 
crunching capabilities, are not. Generally, to qualify 
as intelligent, an AI system must use some form of 
information or knowledge (whether acquired from 
databases, sensory devices, trial and error, or all of 
the above) to make effective choices when confronted 
with data that are to some extent unpredictable. 
Insofar as a computer can do this, it may be said, for 
the purposes of AJ, to display intelligence. Note that 
this definition is purely functional, and that in AI the 
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question of consciousness, though intriguing, need not 
be considered. 


This limited characterization of intelligence 
would, perhaps, have been considered overcautious 
by some AI researchers in the early days, when opti- 
mism ran high. For example, U.S. economist, AI pio- 
neer, and Nobel Prize winner Herbert Simon (1916— 
2001) predicted in 1965 that by 1985 “machines will be 
capable of doing any work man can do.” Yet decades 
later, despite exponential growth in memory size and 
processing speed, no computer even comes close to 
commonplace human skills like conversing, driving a 
car, or diapering a baby, much less “doing any work” a 
person can do. Why has progress in AI been so slow? 


One answer is that while intelligence, as defined 
above, requires knowledge, computers are only good 
at handling information, which is not the same thing. 
Knowledge is meaningful information, and “mean- 
ing” is a nonmeasurable, multivalued variable arising 
in the real world of things and values. Bits—“binary 
digits,” 1s and 0s—have no meaning, as such; they are 
meaningful only when people assign meanings to 
them. Consider a single bit, a “1”: its information 
content is one bit regardless of what it means, yet it 
may mean nothing or anything, including “The circuit 
is connected,” “We surrender,” “It is more likely to 
rain than snow,” and “I like apples.” The question for 
AI is, how can information be made meaningful to a 
computer? Simply adding more bits does not work, for 
meaning arises not from information as such, but from 
relationships involving the real world. In one form or 
another, this basic problem has stymied AI research 
for decades. Nor is it the only such problem. Another 
problem is that computers, even those employing 
“fuzzy logic” and autonomous learning, function by 
processing symbols (e.g., 1s and Os) according to rules 
(e.g., those of Boolean algebra)—yet human beings do 
not usually think by processing symbols according to 
rules. Humans are able think this way, as when we do 
arithmetic, but more commonly we interpret situa- 
tions, leap to conclusions, utter sentences, and plan 
actions using thought processes that do not involve 
symbolic computation at all. What our thought proc- 
esses really are—that is, what our intelligence is, pre- 
cisely—and how to translate it into (or mimic it by 
means of) a system of computable symbols and rules 
is a problem that remains unsolved, in general, by AI 
researchers. 


In 1950, British mathematician Alan Turing 
(1912-1954) proposed a hypothetical game to help 
decide the issue of whether a given machine is truly 
intelligent. The “imitation game,” as Turing originally 
called it, consisted of a human questioner in a room 
typing questions on a keyboard. In another room, an 
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unseen respondent—either a human or a computer— 
would type back answers. The questioner could pose 
queries to the respondent in an attempt to determine if 
he or she was corresponding with a human or a com- 
puter. In Turing’s opinion, if the computer could fool 
the questioner into believing that he or she was having 
a dialog with a human being, then the computer could 
be said to be truly intelligent. 


The Turing test is obviously biased toward human 
language prowess, which most AI programs today do 
not even seek to emulate due to the extreme difficulty 
of the problem. It is significant that even the most 
advanced AI programs devoted to natural language 
are as far as ever from passing the Turing test. 
“Intelligence” has proved a far tougher nut to crack 
than the pioneers of AI believed half a century ago. 
Computers remain, by human standards, profoundly 
unintelligent. 


Even so, AI has made many gains since the 1950s. 
Al software is now present in many devices, such as 
automatic teller machines (ATMs), that are part of 
daily life, and is finding increasing commercial appli- 
cation in many industries. 


Overview of Al 


All AI computer programs are built on two basic 
elements: a knowledge base and an inferencing capa- 
bility. (Inferencing means drawing conclusions based 
on logic and prior knowledge.) A knowledge base is 
made up of many discrete units of information—rep- 
resenting facts, concepts, theories, procedures, and 
relationships—all relevant to a particular task or 
aspect of the world. Programs are written to give the 
computer the ability to manipulate this information 
and to reason, make judgments, reach conclusions, 
and choose solutions to the problem at hand, such as 
guessing whether a series of credit-card transactions 
involves fraud or driving an automated rover across a 
rocky Martian landscape. Whereas conventional, 
deterministic software must follow a strictly logical 
series of steps to reach a conclusion, AI software uses 
the techniques of search and pattern matching; it may 
also, in some cases, modify its knowledge base or its 
own structure (“learn”). Pattern matching may still be 
algorithmic; that is, the computer must be told exactly 
where to look in its knowledge base and what consti- 
tutes a match. The computer searches its knowledge 
base for specific conditions or patterns that fit the 
criteria of the problem to be solved. Microchips have 
increased computational speed, allowing AI programs 
to quickly scan huge arrays of data. For example, 
computers can scan enough possible chess moves to 
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Artificial intelligence 


provide a challenging opponent for even the best 
human players. Artificial intelligence has many other 
applications, including problem solving in mathe- 
matics and other fields, expert systems in medicine, 
simple natural language processing, robotics, and 
education. 


The ability of some AI programs to solve prob- 
lems based on facts rather than on a predetermined 
series of steps is what most closely resembles “think- 
ing” and causes some in the AI field to argue that such 
devices are indeed intelligent. 


General problem solving 


Problem solving is thus something AI does very 
well as long as the problem is narrow in focus and 
clearly defined. For example, mathematicians, scien- 
tists, and engineers are often called upon to prove 
theorems. (A theorem is a mathematical statement 
that is part of a larger theory or structure of ideas.) 
Because the formulas involved in such tasks may be 
large and complex, this can take an enormous amount 
of time, thought, and trial and error. A specially 
designed AI program can reduce and simplify such 
formulas in a fraction of the time needed by human 
workers. 


Artificial intelligence can also assist with prob- 
lems in planning. An effective step-by-step sequence 
of actions that has the lowest cost and fewest steps is 
very important in business and manufacturing opera- 
tions. An AI program can be designed that includes all 
possible steps and outcomes. The programmer must 
also set some criteria with which to judge the outcome, 
such as whether speed is more important than cost in 
accomplishing the task, or if lowest cost is the desired 
result, regardless of how long it takes. The plan gen- 
erated by this type of AI program will take less time to 
generate than by traditional methods. 


Expert systems 


The expert system is a major application of AI 
today. Also known as knowledge-based systems, 
expert systems act as intelligent assistants to human 
experts or serve as a resource to people who may not 
have access to an expert. The major difference between 
an expert system and a simple database containing 
information on a particular subject is that the data- 
base can only give the user discrete facts about the 
subject, whereas an expert system uses reasoning to 
draw conclusions from stored information. The pur- 
pose of this AI application is not to replace human 
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experts, but to make their knowledge and experience 
more widely available. 


An expert system has three parts: knowledge base, 
inference engine, and user interface. The knowledge 
base contains both declarative (factual) and proce- 
dural (rules-of-usage) knowledge in a very narrow 
field. The inference engine runs the system by deter- 
mining which procedural knowledge to access in order 
to obtain the appropriate declarative knowledge, then 
draws conclusions and decides when an applicable 
solution is found. 


An interface is usually defined as the point where 
the machine and the human “touch.” An interface is 
usually a keyboard, mouse, or similar device. In an 
expert system, there are actually two different user 
interfaces: One is for the designer of the system (who 
is generally experienced with computers) the other is 
for the user (generally a computer novice). Because 
most users of an expert system will not be computer 
experts, it is important that the system be easy for 
them to use. All user interfaces are bi-directional; 
that is, are able to receive information from the user 
and respond to the user with recommendations. The 
designer’s user interface must also be capable of add- 
ing new information to the knowledge base. 


Natural language processing 


Natural language is human language. Natural- 
language-processing programs use artificial intelli- 
gence to allow a user to communicate with a computer 
in the user’s natural language. The computer can both 
understand and respond to commands given in a nat- 
ural language. 


Computer languages are artificial languages, 
invented for the sake of communicating instructions 
to computers and enabling them to communicate with 
each other. Most computer languages consist of a 
combination of symbols, numbers, and some words. 
These languages are complex and may take years to 
master. By programming computers (via computer 
languages) to respond to our natural languages, we 
make them easier to use. 


However, there are many problems in trying 
to make a computer understand people. Four problems 
arise that can cause misunderstanding: (1) Ambiguity— 
confusion over what is meant due to multiple meanings 
of words and phrases. (2) Imprecision—thoughts are 
sometimes expressed in vague and inexact terms. 
(3) Incompleteness—the entire idea is not presented, 
and the listener is expected to “read between the lines.” 
(4) Inaccuracy—spelling, punctuation, and grammar 
problems can obscure meaning. When we speak to one 
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another, furthermore, we generally expect to be under- 
stood because our common language assumes all the 
meanings that we share as members of a specific cultural 
group. To a nonnative speaker, who shares less of our 
cultural background, our meaning may not always be 
clear. Itis even more difficult for computers, which have 
no share at all in the real-world relationships that confer 
meaning upon information, to correctly interpret natu- 
ral language. 


To alleviate these problems, natural language 
processing programs seek to analyze syntax—the 
way words are put together in a sentence or phrase; 
semantics—the derived meaning of the phrase or sen- 
tence; and context—the meaning of distinct words 
within a sentence. But even this is not enough. The 
computer must also have access to a dictionary that 
contains definitions of every word and phrase it is 
likely to encounter and may also use keyword analy- 
sis—a pattern-matching technique in which the pro- 
gram scans the text, looking for words that it has been 
programmed to recognize. If a keyword is found, the 
program responds by manipulating the text to form a 
reasonable response. 


In its simplest form, a natural language processing 
program works like this: a sentence is typed in on the 
keyboard; if the program can derive meaning—that is, 
if it has a reference in its knowledge base for every 
word and phrase—it will respond, more or less appro- 
priately. An example of a computer with a natural 
language processor is the computerized card catalog 
available in many public libraries. The main menu 
usually offers four choices for looking up information: 
search by author, search by title, search by subject, or 
search by keyword. If you want a list of books on a 
specific topic or subject you type in the appropriate 
phrase. You are asking the computer—in English—to 
tell you what is available on the topic. The computer 
usually responds in a very short time—in English— 
with a list of books along with call numbers so you can 
find what you need. 


Computer vision 


Computer vision is the use of a computer to ana- 
lyze and evaluate visual information. A camera is used 
to collect visual data. The camera translates the image 
into a series of electrical signals. This data is analog in 
nature—that is, it is directly measurable and quantifi- 
able. A digital computer, however, operates using 
numbers expressed directly as digits. It cannot read 
analog signals, so the image must be digitized using an 
analog-to-digital converter. The image becomes a very 
long series of binary numbers that can be stored and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


interpreted by the computer. Just how long the series is 
depends on how densely packed the pixels are in the 
visual image. To get an idea of pixels and digitized 
images, take a close look at a newspaper photograph. 
If you move the paper very close to your eyes, you will 
notice that the image is a sequence of black and white 
dots—called pixels, for picture elements—arranged in 
a certain pattern. When you move the picture away 
from your eyes, the picture becomes clearly defined 
and your brain is able to recognize the image. 


Artificial intelligence works much the same way. 
Clues provided by the arrangement of pixels in the 
image give information as to the relative color and 
texture of an object, as well as the distance between 
objects. In this way, the computer can interpret and 
analyze visual images. In the field of robotics, visual 
analysis is very important. 


Robotics 


Robotics is the study of robots, which are 
machines that can be programmed to perform manual 
tasks. Most robots in use today perform various func- 
tions in an industrial setting. These robots typically 
are used in factory assembly lines, by the military and 
law enforcement agencies, or in hazardous waste 
facilities handling substances far too dangerous for 
humans to handle safely. 


No useful, real-world robots resemble the human- 
oid creations of popular science fiction. Instead, they 
usually consist of a manipulator (arm), an end effector 
(hand), and some kind of control device. Industrial 
robots generally are programmed to perform repeti- 
tive tasks in a highly controlled environment. 
However, more research is being done in the field of 
intelligent robots that can learn from their environ- 
ment and move about it autonomously. These robots 
use AI programming techniques to understand their 
environment and make appropriate decisions based 
on the information obtained. In order to learn about 
one’s environment, one must have a means of sensing 
the environment. Artificial intelligence programs 
allow the robot to gather information about its sur- 
roundings by using one of the following techniques: 
contact sensing, in which a robot sensor physically 
touches another object; noncontact sensing, such as 
computer vision, in which the robot sensor does not 
physically touch the object but uses a camera to obtain 
and record information; and environmental sensing, 
in which the robot can sense external changes in the 
environment, such as temperature or radiation. 


Much recent robotics research centers around 
mobile robots that can cope with environments that 
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are hostile to humans, such as damaged nuclear-reac- 
tor cores, active volcanic craters, or the surfaces of 
other planets. The twin Mars Exploration Rovers 
that have been exploring opposite sides of Mars since 
2004 can navigate autonomously for short intervals 
thanks to AI software. 


Computer-assisted instruction 


Intelligent computer-assisted instruction (ICAI) 
has three basic components: problem-solving exper- 
tise, student model, and tutoring module. The student 
using this type of program is presented with some 
information from the problem-solving expertise com- 
ponent. This is the knowledge base of this type of AI 
program. The student responds in some way to the 
material that was presented, either by answering ques- 
tions or otherwise demonstrating his or her under- 
standing. The student model analyzes the student’s 
responses and decides on a course of action. 
Typically this involves either presenting some review 
material or allowing the student to advance to the next 
level of knowledge presentation. The tutoring module 
may or may not be employed at this point, depending 
on the student’s level of mastery of the material. The 
system does not allow the student to advance further 
than his or her own level of mastery. 


Most ICAI programs in use today operate in a set 
sequence: presentation of new material, evaluation of 
student response, and employment of tutorial material 
(if necessary). However, researchers at Yale University 
have created software that uses a more Socratic way of 
teaching. These programs encourage discovery and 
often will not respond directly to a student’s questions 
about a specific topic. The basic premise of this type of 
computer-assisted learning is to present new material 
only when a student needs it. This is when the brain is 
most ready to accept and retain the information. This is 
exactly the scenario most teachers hope for: students 
who become adroit self-educators, enthusiastically 
seeking the wisdom and truth that is meaningful to 
them. The cost of these programs, however, can be 
far beyond the means of many school districts. For 
this reason, these types of ICAI are used mostly in 
corporate training settings. 


See also Automation; Computer, analog; Com- 
puter, digital; Computer software; Cybernetics. 
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Artificial limbs and joints see Prosthetics 


Artificial selection see Selection 


Artificial vision 


Artificial vision refers to the technology (usually, 
visual implants) that allows blind people to see. The 
main aim of visual implants is to relay pictures to the 
brain using either cameras or photoreceptor arrays. 
There are different types of implants used to stimulate 
vision: retinal, cortical, optic nerve, and biohybrid. 
None of the currently available technologies restores 
full vision, but they are often able to improve one’s 
ability to recognize shapes and movements. 


Cortical implants 


A number of scientific groups are working on 
cortical implants, which directly stimulate the visual 
cortex and can be used by a majority of blind patients. 
The main differences between the implants are the way 
in which they interact with the brain. Surface-type 
implants, such as the Dobelle implant, are placed 
directly on the brain surface. Others, such as penetrat- 
ing implants, are designed to be introduced into brain 
tissue for direct contact with the neurons responsible 
for relaying visual information. As of 2006, penetrat- 
ing implants were under study at several universities 
and laboratories affiliated with the National Institutes 
of Health. 


The first surface visual implant, an electrode 
array, was surgically inserted by a team led by 
American ophthalmologist William H. Dobelle in 
1978. With the Dobelle implant, surface electrodes 
are connected to a camera installed on one side of 
special eyeglasses. During the treatment, the patient’s 
cortex is systematically and slowly stimulated to re- 
learn how to see. Camera and distance sensors in the 
sunglasses send the signals to a computer, and it in 
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Japan’s Mitsubishi Electric presents the first color artificial 
retina in 1999. (© AFP/Corbis.) 


turn sends pulses to an electrode array. Vision is black 
and white with light appearing as phosphenes, which 
are visual sensations resulting from mechanical stim- 
ulation of the eye (similar to the visual sensations 
created when pressing upon the eyeball with closed 
eyes). Quality of vision is dependent not only on the 
technology, but also on the patient, as different people 
see varying numbers of phosphenes. The necessity to 
carry a battery and a computer on the belt can be 
considered a disadvantage, but the Dobelle implant 
allows easy upgrades to newer technology. The main 
drawback of this implant is the price tag (around 
$100,000) for the treatment. Research and scientific 
scrutiny of the Dobelle implant continues into the 
twenty-first century, with limited clinical trials show- 
ing positive results. 


Retinal implants 


Retinal implants were designed for people with 
retinal diseases such as retinitis pigmentosa or age- 
related macular degeneration. These implants rely on 
intact retinal neurons to transmit the stimuli to the 
brain. A number of varying designs are being used in 
clinical trails; the main difference between them is the 
localization of the implant in the retina. Epiretinal 
implants are placed on the retinal surface and subreti- 
nal implants are placed under the retina. 


The first retinal implant to move into clinical trials 
(in 2000) was a subretinal artificial silicon retina 
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KEY TERMS 


Phosphenes—Visual sensations or impressions 
resulting from a mechanical pressure on an eyeball 
or excitation of the retina by stimulus other than 
light. 

Retina—An extremely light-sensitive layer of cells 
at the back part of the eyeball. The image formed by 
the lens on the retina is carried to the brain by the 
optic nerve. 


Visual acuity—Keenness of sight and the ability to 
focus sharply on small objects. 


Visual cortex—Area of the brain (occipital lobe) 
concerned with vision. 


(ARS). The ARS is a very small silicon microchip 
that is 0.08 in (2 mm) in diameter and 0.001 in (25 
um) thick, composed of miniature solar cells. The 
arrays of these cells respond to light similar to natural 
photoreceptors. 


The artificial retina component chip (ARCC) is an 
example of an epiretinal implant. The ARCC is com- 
posed of light sensors and electrode arrays that send 
signals to the retinal neurons. However, the system 
requires additional power and is dependent upon an 
external camera to detect a picture and induce a laser 
pulse. Incoming laser light is detected by the photo 
sensors in the implant to create a picture. The camera 
and the laser are built into special sunglasses. 


The vOICe system was developed as an alternative 
to surgical implants. Users claim that they are receiv- 
ing visual sensations from using the system, which 
involves changing images from a video camera into 
corresponding sound patterns that in turn, stimulate 
the visual cortex. The vOICe technology, therefore, 
can be classified as artificial vision, although only its 
effectiveness as a sensory substitution has been estab- 
lished. The main advantages are that there is no sur- 
gical intervention and the cost of the device is only 
$2,500.00. 


Quality of artificial vision 


Resolution of the artificial systems is an impor- 
tant consideration in their design and usefulness. A 
pixel resolution of 5x5, such as with the ARCC, allows 
reading of some individual letters; a 10x10 pixel vision 
(ASR) can allow further distinction of form, but a 
pixel resolution of 32x32 is usually necessary to allow 
a person freedom of movement. Better resolutions of 
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Arum family (Araceae) 


64x64 pixels and up to 250x250 pixels are considered 
to be a matter of time. Resolution of the cortical 
implants is measured mostly in vision acuity because 
their aim is not only freedom of movement, but also 
ability to read. 


As of 2006, significant restoration of vision through 
direct stimulation of the brain remained a topic of 
research rather than a practical option for the blind. 


See also Biotechnology; Blindness and visual 
impairments; Nanotechnology; Prosthetics. 
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I Arum family (Araceae) 


Arums, also called aroids, are flowering plants in 
the family Araceae. The 2,500 arum species are dis- 
tributed worldwide, primarily in tropical and subtrop- 
ical regions, where they grow in rainforests both on the 
ground and as epiphytes. Arums are generally absent 
from the arctic and deserts. Only eleven species occur 
in North America and other temperate northern 
regions. 


Most species are small to medium-sized perennial 
herbs, often climbing vines; a few are shrubs. Arum 
leaves are generally broad, frequently dissected, and 
occasionally have natural holes. The leaves com- 
monly contain abundant sharp-pointed crystals of 
calcium oxalate, which give the leaves an acrid 
smell. Calcium oxalate crystals are poisonous and 
irritating when chewed, thus protecting the leaves 
from herbivores. The tiny flowers are densely borne 
on a structure called a spadix, which is accompanied 
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A jack-in-the-pulpit near St. Mary’s, Ontario. (Alan and Linda 
Detrick. Photo Researchers, Inc.) 


by a large, often colorful leaf known as a spathe, 
which varies in size and shape. In the most advanced 
species it forms a hood that encloses the spadix, as in 
the familiar jack-in-the-pulpit (Arisaema triphyllum) 
of North America. The fruits of arums are almost 
always brightly colored berries that are eaten and 
dispersed by animals. 


Arums are famous for the variety of offensive 
odors they produce in association with a pollination 
strategy that involves deception. Arums are usually 
pollinated by flies or beetles that normally feed on 
rotting organic matter such as decaying plants, mush- 
rooms, dung, or animal carcasses. Arums mimic the 
odors of decay by emitting vapors of fatty compounds 
from their spadix and spathe, thereby luring insects 
who expect to find a tasty mass of rotting flesh or 
decaying plants. 


Many aroids also imprison the insects that they 
deceive. A fine example of this strategy is Helicodiceros 
muscivorus, a native of Corsica, Sardinia, and nearby 
Mediterranean islands. On the island of Calvioli, this 
plant grows in open areas between rocks, sometimes 
in gull colonies. Bird droppings, regurgitated sea- 
food, chick carcasses, and eggs broken by predators 
all contribute to breathtaking odors. Helicodiceros 
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Skunk cabbage. (Michael P. Gadomski. All rights reserved. Photo 
Researchers, Inc.) 


flowers when the gulls are breeding, and it produces 
an open spathe with the shape of a shortened, slightly 
compressed bullhorn. The spathe is a mottled grey 
and red color, and its appearance and odor resemble 
rotting meat. Excited blowflies will actually choose 
the stench of the arum over the gull mess, landing on 
the spathe in search for food. They are eventually 
drawn to the dark, smelly, narrow end of the spathe, 
where they enter through a small opening into a 
chamber, which then becomes their dungeon. The 
blowflies are unable to escape because of a dense 
barrier of stiff, sharp, downward-pointing hairs 
that guard the opening. The chamber encloses the 
basal portion of the spadix, on which are located 
the flowers. Some of the flies will have previously 
visited other plants and been dusted by pollen. Only 
the female flowers are receptive when the flies first 
become trapped; pollination occurs by the accidental 
stumbling of the blowflies into the dungeon. The 
flowers also exude a small amount of nectar, just 
enough to keep the flies alive. After a few days, the 
male flowers mature and release their pollen onto the 
blowflies. Simultaneously, the sharp hairs wither, 
thus releasing the flies. Some of the flies will be 
duped a second time and cross-pollinate the arums. 


Arums are unique among plants in possessing a 
remarkable ability to generate metabolic heat. Their 
spadix commonly respires fat rapidly to produce heat 
during pollination, apparently as a means of increas- 
ing the vaporization of their foul-smelling com- 
pounds. The philodendron (Philodendron scandens ) 
can raise its spadix temperature to as high as 116°F 
(47°C), even when the air is close to freezing. The 
skunk cabbage (Symplocarpus foetidus), a native of 
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KEY TERMS 


Cross-pollination—Transport of pollen from the 
flower of one plant to the flower of a different 
plant of the same species. 


Spadix—A fleshy spike that is densely covered in 
whole or in part by minute flowers. 


Spathe—A large, often showy bract (a modified 
leaf) that attaches below a spadix, sometimes form- 
ing a surrounding hood. 


swamps and other wet places in eastern North 
America, flowers early in the spring, often when the 
ground is still covered by snow. Its spadix can generate 
enough heat to attain temperatures up to 77°F (25°C) 
above air temperatures, melt the surrounding snow, 
and get a head start on attracting flies. 


The arum known as jack-in-the-pulpit is a peren- 
nial plant, native to moist or wet forests throughout 
eastern North America, and it is sometimes cultivated 
as an interesting garden ornamental. The sex of indi- 
vidual plants depends on their size. When small, they 
only produce male flowers, but in later years, when 
they are larger, they switch sex and produce only 
female flowers. The explanation for this phenomenon 
appears to be that when the plant is small, it has 
relatively few resources available to it, insufficient to 
develop the large berries that the larger jack-in-the- 
pulpit produces. Therefore, plants are male first 
because pollen grains are small and take relatively 
little energy to produce. When the plant becomes 
larger, it can afford to invest in the higher costs of 
producing fruits. Thus, it switches its sex to female. 


Several arums are important economically. The 
Monstera deliciosa produces an edible fruit and is a 
popular indoor plant because of its unusual leaves, 
which have large holes due to arrested development 
of parts of its growing surface. Colocasia esculentum, 
commonly called taro or poi, is a native of Asia, with 
many varieties that are widely cultivated in the tropics 
for their large, starch-rich tubers. Many arums are 
cultivated as ornamentals for their interesting foliage, 
which is often intricately dissected, such as the 
Philodendron and Monstera described previously. 
Other species are prized as indoor plants because of 
their large, brightly colored spathes, which may range 
in color from pure white to bright red and even irides- 
cent. Species of the genus Cryptocoryne are commonly 
used as aquarium plants. 
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| Asbestos 


Asbestos is the general name for a wide variety of 
silicate minerals, mostly silicates of calcium, magne- 
sium, and iron. Their common characteristics are a 
fibrous structure and resistance to fire. The two most 
common families of asbestos minerals are called 
amphibole and serpentine. The mineral has been 
known and used by humans for centuries. The ancient 
Romans, for example, wove asbestos wicks for the 
lamps used by vestal virgins. A story is also told 
about Charlemagne’s effort to impress barbarian vis- 
itors by throwing a tablecloth woven of asbestos into 
the fire. 


One of the first complete scientific descriptions of 
asbestos was provided by J. P. Tournefort in the early 
1700s. He explained that the substance “softens in oil 
and thereby acquires suppleness enough to be spun 
into Threads; it makes Purses and Handkerchiefs, 
which not only resist the Fire, but are whiten’d and 
cleansed by it.” Travelers to North America in the 
1750s also told of widespread use of asbestos among 
both colonists and Native Americans. 


Classification and properties 


The minerals that make up the asbestos group are 
very diverse. The form known for the longest time and 
most widely used is chrysotile, or white asbestos, a 
member of the serpentine asbestos family. Its fibers 
are long, hollow cylinders with a diameter of about 25 
nanometers (10-” m). The fibers are strong and rela- 
tively inflexible. The chemical formula assigned to 
chrysotile is Mg3Si205(OH). Like other forms of 
asbestos, chrysotile is noncombustible. The whole 
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class of minerals was, in fact, named after the Greek 
word asbeston, for noncombustible. The amphibole 
asbestos minerals are: 


- riebeckite (Na»Fe?*3Fe**2Sig0>.(OH)>) 
- anthophyllite (Mg7Sig02.(OH)) 

- actinolite (Ca,(Mg,Fe7*);Sig02.(OH)>) 
- tremolite (Ca2Mg5SigO(OH),). 


Riebeckite is also called crocidolite, or blue asbes- 
tos. The asbestos amosite is sometimes included among 
the amphibole asbestos minerals and sometimes placed 
in its own group. Amosite (Fe 7Sig02.(OH)) is also 
called grenerite. It is typically ash-gray in color. 


In general, amphibole minerals and amosite tend 
to have longer, more rigid fibers with a lower melting 
point than that of chrysotile. This fact makes them 
less desirable as fireproofing materials. 


Occurrence and mining 


The primary sources of the asbestos minerals are 
Quebec and the Yukon in Canada, the Ural Mountain 
region of Russia (chrysotile), and southern Africa 
(the amphiboles and amosite). Some asbestos is also 
found in Mexico, Italy, and in the United States 
mainly in Arizona, California, North Carolina, and 
Vermont. 


By far the greatest amount (95%) of asbestos 
produced today is chrysotile. An additional 3.5% con- 
sists of crocidolite, and the final 1.5% is amosite. 


The largest supplier of asbestos minerals has 
traditionally been Russia, which accounts for about 
half of all the asbestos mined in the world. The second 
largest source has been Canada (about 30% of the 
world’s output), followed by the European nations, 
Zimbabwe, China, South Africa, and the United 
States. 


Asbestos occurs either in seams that run at or just 
beneath Earth’s surface or in veins that may go as deep 
as 327 yards (300 m). One method of quarrying the 
seams is known as block caving. In this process, 
trenches are dug underneath an asbestos seam and 
the whole section is then allowed to fall and break 
apart. In another technique, open seams of the mineral 
are plowed up and allowed to dry in air. 


Underground veins are mined in much the same 
way as coal. The distinctive fibrous character of asbes- 
tos makes it relatively easy to separate from other 
rocky material with which it is found. 
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Processing 


After asbestos is removed from the earth, it is 
sorted by fiber length. Longer fibers are woven into a 
cloth-like material. Shorter fibers, known as shingles, 
are combined with each other and often with other 
materials to make composite products. Perhaps the 
best known of these composites is asbestos cement, 
which was invented in the late 1800s. Asbestos cement 
contains about 12.5% asbestos with the remainder 
consisting of portland cement; this mixture is used 
for a variety of construction purposes. 


The first step in making asbestos cement is to form 
a thick, pasty mixture of cement and asbestos in water. 
That mixture is then passed along a conveyor belt, 
where water is removed. At the end of the belt, 
the damp mixture of cement and asbestos is laid 
down on some type of base. Layers are allowed to 
build up until a material of the desired thickness if 
obtained, then dried. 


Uses 


About two-thirds of the world’s production of 
chrysotile is used to make asbestos cement, which 
can be fabricated into corrugated or flat sheets for 
use as a building material in industrial and agricultural 
structures. Altering the process by which the asbestos 
cement is made changes its thermal, acoustical, and 
other properties to make it more suitable for interior 
structures. Asbestos cement can also be fabricated as 
cylinders, making a material that is suitable for ducts 
and pressure pipes. 


Long-fiber asbestos is used in other kinds of appli- 
cations. It can be woven alone or with other fibers 
(such as glass fibers) to make protective clothing for 
fire fighters, brake and clutch linings, electrical insu- 
lation, moldings for automobile components, and lin- 
ings for chemical containers. 


Health considerations 


The deleterious health effects of asbestos have 
become apparent only since the end of World War 
II. Prior to that time, very few measurements had 
been made of the concentration of asbestos in the air 
around workplaces and other settings in which it was 
used. In addition, the connection between the mineral 
and its health effects was difficult to recognize, since 
they typically do not manifest themselves for 20 years 
or more after exposure. 


Today scientists know that a rather narrow range 
of asbestos fiber lengths (less than 2 microns and 5-100 
microns in length) can cause a range of respiratory 
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KEY TERMS 


Asbestos cement—A composite material made by 
mixing together cement and asbestos. 


Asbestosis—A disorder that affects the respiratory 
tract as a result of inhaling asbestos fibers, leading 
eventually to a variety of serious and generally fatal 
respiratory illnesses. 


Fabricate—To shape a material into a form that has 
some commercial value, as in shaping asbestos 
fibers into a flat or corrugated board. 


Fiber—A complex morphological unit with an 
extremely high ratio of length to diameter (typically 
several hundred to one) and a relatively high 
tenacity. 


Mesothelioma—Tumors that occur in structures 
found in the lining of the lungs. 


Quarrying—A method by which some commer- 
cially valuable substance is extracted, usually 
from Earth’s surface. 


Shingles—A name given to shorter fibers of 
asbestos. 


problems, especially asbestosis, lung cancer, and mes- 
othelioma. These problems begin when asbestos fibers 
enter the respiratory system and become lodged 
between the alveoli in the lungs. As the fibers continue 
to accumulate, they can cause fibrous scar tissue to 
develop, reducing air flow through the respiratory 
system. 


Symptoms that gradually develop include cough- 
ing and shortness of breath, weight loss, and anorexia. 
Other respiratory conditions, such as pneumonia and 
bronchitis, become more common and more difficult 
to cure. Eventually the fibers may initiate other ana- 
tomical and physiological changes, such as the devel- 
opment of tumors and carcinomas. Individuals most 
at risk for asbestos-related problems are those contin- 
ually exposed to the mineral fibers. This includes those 
who work in asbestos mining and processing as well as 
those who use the product in some other manufactur- 
ing line, as in the production of brake linings. 


Over the past two decades, intense efforts have 
been made to remove asbestos-based materials from 
buildings where they are especially likely to pose 
health risks—particularly schools and public audito- 
riums. Recent critics of asbestos removal maintain 
that if not done properly, asbestos removal actually 
spreads more fibers into the air than it removes. 
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Further, no satisfactory asbestos substitute materials 
has been found. 


See also Poisons and toxins; Respiratory diseases. 
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l Asexual reproduction 


Sexual reproduction involves the production of 
new cells by the fusion of sex cells (sperm and ova) to 
produce a genetically different cell. Asexual reproduc- 
tion is the production of new cells by simple division 
of the parent cell into two daughter cells (called 
binary fission). Since there is no fusion of two different 
cells, the daughter cells produced by asexual reproduc- 
tion are genetically identical to the parent cell. 


The adaptive advantage of asexual reproduction 
is that organisms can reproduce rapidly and so colo- 
nize favorable environments rapidly. 


Bacteria, cyanobacteria, algae, most protozoa, 
yeast, dandelions, and flatworms all reproduce asex- 
ually. When asexual reproduction occurs, the new 
individuals are called clones, because they are exact 
duplicates of their parent cells. Mosses reproduce by 
forming runners that grow horizontally and produce 
new stalks; the runner then decomposes, leaving a new 
plant, which is a clone of the original. 


A starfish can regenerate and eventually produce 
a whole new organism from one of its severed 
appendages. 


Duplication of organisms, whether occurring sex- 
ually or asexually, involves the partitioning of the 
genetic material (chromosomes) in the cell nucleus. 
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Binary fission—The process in which cell division 
occurs and two cells are produced where only one 
existed before. 


Blastomere separation—Cloning by splitting multi- 
celled embryos. 

Gamete—A male or female sex cell capable of 
reproduction. 

Regeneration—The ability of an organism to repro- 
duce wholly from a part of another one. 


Replication—The production of new cells like the 
original one. 

Vegetative propagation—A type of asexual repro- 
duction in plants involving production of a new 
plant from the vegetative structures—stem, leaf, or 
root—of the parent plant. 


During asexual reproduction, the chromosomes 
divide by mitosis, which results in the exact duplica- 
tion of the genetic material into the nuclei of the two 
daughter cells. Sexual reproduction involves the 
fusion of two gamete cells (the sperm and ova) which 
each have half the normal number of chromosomes, a 
result of reduction division known as meiosis. 


Bacteria reproducing asexually can double their 
numbers rapidly; for example, under ideal conditions 
of nutrients and temperature, Escherichia coli are 
capable of growth and division in approximately 20 
minutes. This reproduction rate is offset by a high 
death rate, possibly as a result of the accumulation of 
alcohol or acids that concentrate from the bacterial 
colonies. Bacteria in other niches, such as infections 
and in oxygen-poor environments, also reproduce 
asexually, but at a much slower pace. The time for 
one bacterium to divide to form two bacteria can be 
on the order of weeks or even months. 


Yeasts reproduce asexually by budding, as well as 
reproducing sexually. In the budding process, a bulge 
forms on the outer edge of the yeast cell as nuclear division 
takes place. One of these nuclei moves into the bud, which 
eventually breaks off completely from the parent cell. 
Budding also occurs in flatworms, which divide into two 
and then regenerate to form two new flatworms. 


Bees, ants, wasps, and some other insects can 
reproduce sexually or asexually. In asexual reproduc- 
tion, eggs develop without fertilization, a process 
called parthenogenesis. In some species the eggs may 
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A colored transmission electron micrograph (TEM) of the Sa/monella typhimurium bacterium reproducing by binary fission. 
(Dr. Kari Lounatmaa/Photo Researchers, Inc.) 


or may not be fertilized; fertilized eggs produce 
females, while unfertilized eggs produce males. 


There are a number of crop plants that are propa- 
gated asexually. The advantage of asexual propagation 
to farmers is that the crops will be more uniform than 
those produced from seed. Some plants are difficult to 
cultivate from seed, and asexual reproduction in these 
plants makes it possible to produce crops that would 
otherwise not be available for commercial marketing. 


The process of producing plants asexually is called 
vegetative propagation and is used for such crops as 
potatoes, bananas, raspberries, pineapples, and some 
flowering plants used as ornamentals. Farmers plant 
the “eyes” of potatoes to produce duplicates of the 
parent. With banana plants, the suckers that grow 
from the root of the plant are separated and then 
planted as new ones. With raspberry bushes, branches 
are bent and covered with soil. They then grow into 
separate plants with their own root systems and can 
eventually be detached from the parent plants. 


See also Buds and budding; Clone and cloning; 
Genetics. 
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Ash see Olive family (Oleaceae) 


Asia is the world’s largest continent, encompassing 
an area of 17,177,000 square miles (44,500,000 sq km), 
29.8% of the world’s land area. The continent has a wide 
range of climatic zones, from the tropical jungles of the 
south to the Arctic wastelands of the north in Siberia. The 


Asia 


Arabian 


~~ Peninsula 
= 
SAUDI 


“<> ARABIA 
5 


Asia. (Hans & Cassidy. Courtesy of Gale Group.) 


Himalayan Mountain Range, the highest and youngest 
in the world, stretches across the continent from 
Afghanistan to Burma. Its highest peak, Mount Everest, 
reaches 29,028 feet (8,848 m). Asia also has many famous 
deserts, including the Gobi, Thar, and Rub‘ al-Khali 
(Great Sandy Desert or “the empty quarter”). 


Asia encompasses such an enormous area and 
contains so many countries and islands that its exact 
borders remain unclear. In the broadest sense, it 
includes central and eastern Russia, the countries of 
the Arabian Peninsula, the Far East, the Indian sub- 
continent, and numerous island chains. It is conven- 
ient to divide this huge region into five categories: the 
Middle East, South Asia, Central Asia, the Far East, 
and Southeast Asia. 


The Middle East 


Middle Eastern countries lie on the Arabian 
Peninsula, southwest of Russia and northeast of 
Africa, separated from the African continent by the 
Red Sea and from Europe by the Mediterranean. This 
area stretches from Turkey in the northwest to Yemen 
in the south, bordered by the Arabian Sea. In general, 
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the climate is extremely dry, and much of the area is 
desert wilderness. Precipitation is low, so the fertile 
regions are around the rivers or in valleys that drain 
mountains. Most of the coastal areas are very arid, 
and the vegetation is mostly desert scrub. 


Iran 


Iran is separated somewhat from the rest of the 
Arabian Peninsula by a great gulf that known as the 
Gulf of Oman; there it meets the Arabian Sea and the 
Persian Gulf as it extends past the Strait of Hormuz. 
Most of Iran is a plateau lying about 4,000 feet (1,200 m) 
above sea level. This plateau is crossed by the Zagros 
and Elburz mountain ranges. The two meet at an 
angle, forming an inverted V; between them the land 
is mostly salt marshes and desert. The highest eleva- 
tion is Mount Damavand, which reaches 18,606 feet 
(5,671 m). Valleys between the peaks are the country’s 
main fertile regions. 


Iraq and Kuwait 


Iraq borders Iran on the east, with Syria and 
Saudi Arabia to the west and southwest, respectively; 
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to the northeast is a mountain range that reaches 
altitudes of over 10,000 feet (3,000 m). Between these 
two regions are fertile river plains that are watered by 
the Tigris and Euphrates Rivers. In the southeast the 
two join, forming the broad Shatt al-Arab, which 
flows between Iraq and Iran. 


In the southeast corner of Iraq, along the tip of the 
Persian Gulf, is the tiny country of Kuwait. Its terrain 
is almost entirely made up of desert and mud flats, but 
there are a few low hills along the southwestern part of 
the coast. 


Saudi Arabia and Yemen 


Saudi Arabia is the largest of the Middle Eastern 
countries. In the west it is bordered by the Red Sea, 
which lies between it and Africa. The Hijaz Mountains 
run parallel to this coast in the northwest, rising 
sharply from the sea to elevations ranging from 
3,000-9,000 feet (910-2,740 m). In the south, another 
mountainous region called the Asir stretches along the 
coast for about 230 miles (370 km) and inland about 
180-200 miles (290-320 km). Between the two ranges 
lies a narrow coastal plain called the Tihamat ash- 
Sham. East of the Hijaz Mountains are two great 
plateaus called the Najd, which slope gradually down- 
ward over a range of about 3,000 feet (910 m) from 
west to east, and the Hasa, which is only about 800 feet 
(240 m) above sea level. Between these two plateaus is 
a desert region called the Dahna. 


About one-third of Saudi Arabia is estimated to 
be desert. The largest of these is the Rub‘ al-Khali, 
which lies in the south and covers an area of about 
250,000 square miles (647,500 sq km). In the north is 
another desert, the An-Nafud. The climate in Saudi 
Arabia is generally very dry; there are no lakes and 
only seasonally flowing rivers. Saudi Arabia, like most 
Middle Eastern countries, has large oil reserves; also 
found here are rich gold and silver mines that are 
thought to date from the time of King Solomon. 


Yemen, which lies along Saudi Arabia’s southern 
border, is divided into the People’s Democratic 
Republic of Yemen (PDRY) in the south, and the 
Yemen Arab Republic (YAR) in the north. YAR, 
which lies below the Asir region of Saudi Arabia, is 
very mountainous. It consists mostly of plateaus and 
tablelands that are also the main fertile regions; along 
the coast of the Red Sea is an arid stretch of flat coastal 
plains called the Tihama that continues into PDRY 
along the Gulf of Aden. Near the YAR border to the 
west is a mountain range; in the north PDRY borders 
the great Rub‘ al-Khali desert. The southern plateau 
region is the most fertile part of the country. 
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Oman, UAE, and Qatar 


Oman, which is bordered by the Arabian Sea and 
the Gulf of Oman, has three main geographical regions. 
These are: a coastal plain, a mountain range that bor- 
ders on them, and a plateau region beyond the moun- 
tains that extends inland to the Rub‘ al-Khali desert. 


The strip of territory called United Arab Emirates 
(UAE) is a country divided into different emirates or 
provinces. It is bordered by the Persian Gulf—and a 
small part of the Gulf of Oman in the southwestern tip 
of the country—and it consists mainly of sand and 
gravel desert regions but also includes some fertile 
coastal strips and many islands. In some parts of the 
country, coastal sand dunes are over 300 feet (90 m) 
high. 


North of UAE and bordered on three sides by the 
Persian Gulf is Qatar, which is believed to have been 
an island before it joined with the Arabian Peninsula. 
It is mostly flat and sandy, with some low cliffs rising 
on the northeastern shore and a low chain of hills on 
the west coast. 


Israel and Jordan 


Israel contains three main regions. Along the 
Mediterranean Sea lies a coastal plain; inland is a 
hilly area that includes the hills of Galilee in the 
north and Samaria and Judea in the center; in the 
south lies the Negev desert, which covers about half 
of the country’s land area. The two major bodies of 
water in Israel are the Sea of Galilee and the Dead Sea. 
The latter, which takes its name from its heavy salin- 
ity, lies 1,290 feet (393 m) below sea level, the lowest 
point on Earth’s surface. It is also a great resource for 
potassium chloride, magnesium bromide, and many 
other salts. 


Jordan borders Israel to the east, at the Jordan 
River, which feeds the Dead Sea. In this plateau region, 
low hills gradually slope downward to a large desert, 
which occupies most of the eastern part of the country. 


Lebanon and Syria 


Lebanon, which borders Israel to the north, is 
divided by its steep mountain ranges, which have 
been carved by erosion into intricate clefts and valleys, 
lending the landscape a rugged, unusual beauty. On 
the western border along the Mediterranean Sea is 
the Mount Lebanon area, where peaks rise from sea 
level to a height of 6,600-9,800 feet (2,000-3,000 m) in 
less than 25 miles (40 km). On the eastern border is 
the Anti-Lebanon mountain range, which separates 
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Lebanon from Syria. Between the mountains lies 
Bekaa Valley, Lebanon’s main fertile region. 


Syria has three major mountain ranges, with the 
Anti-Lebanon range to the southwest, the Jabal ad 
Durtz range to the southeast, and the Ansariyah 
Mountains in the northwest, running parallel to the 
Mediterranean coast. Between these and the sea is a 
thin stretch of coastal plains. The most fertile area is in 
the central part of the country east of the Anti- 
Lebanon and Ansariyah mountains; the east and 
northeastern parts of Syria are made up of steppe 
and desert regions. 


Turkey 


Turkey, at the extreme north of the Arabian 
Peninsula, borders on the Aegean, the Mediterranean, 
and the Black Seas. Much of the country is divided by 
mountain ranges, and the highest peak, Mount Ararat, 
reaches an altitude of 16,854 feet (5,137 m). In the 
northwest is the Sea of Marmara, which connects the 
Black Sea to the Aegean. Most of this area, called 
Turkish Thrace, is fertile and has a temperate climate. 
In the south, along the Mediterranean, there are two 
fertile plains called the Adana and the Antalya, sepa- 
rated by the Taurus mountains. 


The two largest lakes in Turkey are Lake Van, 
which is close to the Iraq border, and Lake Tuz, in 
the center of the country. The latter has such a high 
level of salinity that it is actually used as a source of 
salt. Turkey is a country of seismic activity, and earth- 
quakes are frequent. 


The Far East 


Most Far Eastern countries are rugged and moun- 
tainous, but rainfall is more plentiful than in the 
Middle East, so there are many forested regions. 
Volcanic activity and plate tectonics have formed 
many island chains in this region of the world, and 
nearly all the countries on the coast include some 
among their territories. 


China and Taiwan 


China, with an area of 3,646,448 square miles 
(9,444,292 sq km), is an enormous territory. The 
northeastern part of the country is an area of moun- 
tains and rich forest, with mineral resources that 
include iron, coal, gold, oil, lead, copper, and magne- 
sium. In the north, most of the land is made up of 
fertile plains. It is here that the Yellow (Huang) River 
is found, sometimes called “China’s Sorrow” because 
of its great flooding. 
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The northwest of China is a region of mountains 
and highlands, including the cold and arid steppes of 
Inner Mongolia. Here the Gobi Desert, the fifth larg- 
est in the world, is found. (Gobi means “waterless 
place” in Mongolian.) The desert encompasses 
500,000 square miles (1,295,000 sq km), and averages 
2-4 inches (5-10 cm) of rainfall a year. 


In contrast, central China is a region of fertile land 
and temperate climate. Many rivers, including the 
great Chang (Yangtze), flow through this region, and 
there are several freshwater lakes. The largest of these, 
and the largest in China, is the Poyang Hu. In the 
south of China the climate becomes tropical, and the 
land is very fertile; the Pearl (Zhu or Chu) River delta, 
which lies in this region, has some of the richest agri- 
cultural land in China. In the southwest, the land 
becomes mountainous in parts, and coal, iron, phos- 
phorous, manganese, aluminum, tin, natural gas, cop- 
per, and gold are all found here. 


In the west, before the Himalayas divide China 
from India, lies Tibet, a country about twice as large as 
Texas, which makes up nearly a quarter of China’s 
land area. This is a high plateau region, and the cli- 
mate is cold and arid. A little to the north and east lies 
a region of mountains and grasslands where the 
Yangtze and Yellow Rivers arise. 


One of the largest of the islands off the China 
coast is Taiwan, which consists of Taiwan proper 
and about 85 additional tiny islands. Because Taiwan 
lies on the edge of the continental shelf, the western 
seas are shallow (about 300 feet; 90 m), while the 
eastern seas reach a depth of 13,000 feet (4,000 m) 
only 31 mi (50 km) from the shore. The area is prone 
to mild earthquakes. 


Japan and Korea 


Japan consists of a group of four large islands, 
called Honshu, Hokkaido, Kyushu, and Shikoku, and 
more than 3,000 smaller islands. It is a country of 
intense volcanic activity, with more than 60 active 
volcanoes and frequent earthquakes. The terrain is 
rugged and mountainous, with lowlands making up 
only about 29% of the country. The highest of the 
mountain peaks is an extinct volcano found on 
Honshu called Mount Fuji. It reaches an altitude of 
12,388 feet (3,776 m). Although the climate is gener- 
ally mild, tropical cyclones usually strike in the fall and 
can cause severe damage. 


North and South Korea lie between China and 
Japan, and are bordered by the Yellow Sea (Huang 
Hai) on one side and the Sea of Japan on the other. 
North Korea is a very mountainous region, with only 
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20% of its area consisting of lowlands and plains. Mount 
Paektu, an extinct volcano with a lake in the crater, is the 
highest point in the country, at 9,003 feet (2,744 m). 
South Korea is also quite mountainous, but with lower 
elevations; the highest point on the mainland is Mount 
Chiri, at an altitude of 6,283 feet (1,915 m). The plains 
region is only slightly larger than in the north, taking up 
about 30% of the country’s land area. 


Central Asia 


Cold and inhospitable Central Asia includes 
Mongolia and central and eastern Russia. Although 
most of Mongolia consists of plateaus, it has an aver- 
age elevation of 5,184 feet (1,580 m). The temperature 
variation is extreme, ranging from —40°F to 104°F 
(—40 to 40°C). The Gobi Desert takes up about 17% 
of Mongolia’s land mass, and an additional 28% is 
desert steppe. The remainder of the country is forest 
steppe and rolling plains. 


North of China and Mongolia lies Siberia. This 
region is almost half as large as the African continent, 
and is usually divided into the eastern and western 
regions. Most of the top third of Siberia lies within 
the Arctic Circle, making the climate very harsh. The 
most extreme temperatures occur in eastern Siberia, 
where it falls as low as —94°F (—70°C), and there are 
only 100 days a year when it climbs above 50°F (10°C). 
Most of the region along the east coast is mountain- 
ous, but in the west lies the vast West Siberian Plain. 


The most important lake in this area, and one of 
the most important lakes in the world, is Lake Baikal. 
Its surface area is about the size of Belgium, but it is a 
mile deep and contains about a fifth of the world’s 
freshwater supply. The diversity of aquatic life found 
here is unparalleled; it is the habitat of 600 kinds of 
plants and 1,200 kinds of animals, making it the home 
of two-thirds of the freshwater species on Earth. 


Southeast Asia 


Southeast Asia includes a number of island chains 
as well as the countries east of India and south of 
China on the mainland. The area is quite tropical 
and tends to be very humid. Most of the mountainous 
regions are extremely rugged and inaccessible; they are 
taken up by forest and jungle and have been left largely 
untouched; as a result, they provide habitat for much 
unusual wildlife. 


Thailand 


Thailand, a country almost twice the size of 
Colorado, has a hot and humid tropical climate. In 
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the north, northeast, west, and southeast are high- 
lands that surround a rich and fertile central lowland 
plain drained by the river Chao Phraya. The highlands 
are mostly covered with forests, including tropical 
rainforests, deciduous forests, and coniferous pine 
forests. Thailand also has two coastal regions; the 
largest borders are on the Gulf of Thailand in the 
east and southeast and the shore of the Andaman 
Son in the west. 


Vietnam 


Vietnam, which borders on the South China Sea 
at the Gulf of Tonkin, consists mainly of two fertile 
river delta regions separated by rugged, mountainous 
terrain. In the south, the Mekong delta is the largest 
and most fertile of the lowland areas, making up about 
a quarter of the total area. The northern delta region, 
of the Red (Hong) River, is much smaller. It is divided 
from the south by the Annamese Highlands, which 
take up the greatest part of the north. Vietnam has a 
moist, tropical climate, and its highlands are densely 
forested. 


Cambodia and Laos 


Between Thailand and Vietnam lies Cambodia, a 
country of low plains. In the center of the country is 
the Tonle Sap (Great Lake), and many of the rivers 
that water Cambodia flow into it. During the winter, 
when the Mekong floods, it forces the flow back from 
the Tonle Sap into the tributaries, flooding the sur- 
rounding area with rich silt. In the north and south- 
west are some mountain ranges, and the Cardamom 
range lies along the southern coast. 


North of Cambodia, between Thailand in the west 
and Vietnam in the east, is the country of Laos. The 
Mekong flows along most of its western boundary 
with Thailand, and most of the country’s rivers drain 
into the Mekong. On the eastern border lie the 
Annamese Highlands. The northern part of Laos is 
also very mountainous and covered with thick jungle 
and some coniferous forests. 


Myanmar 


Myanmar, formerly called Burma, lies largely 
between China and India, but also borders on 
Thailand in a strip of coast along the Andaman Sea. 
The country is geographically isolated by mountain 
ranges lying along its western and eastern borders; 
these run from north to south, meeting in the extreme 
north. Like most of the mountains in southeast Asia, 
these are covered with dense forest and jungle. 
Between the ranges is a large fertile expanse of plains 
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watered by the Irrawaddy River; a little north of this 
valley below the northern mountains is a small region 
of dry desert. 


Malaysia, Indonesia, and the Philippines 


South of the mainland countries lie the island 
chains of Malaysia, Indonesia, and the Philippines. 
The latter are both sites of much volcanic activity; 
Indonesia is estimated to have 100 active volcanoes. 
These islands, in particular Malaysia, are extremely 
fertile and have large regions of tropical rain forests 
with an enormous diversity in the native plant and 
wildlife. 


South Asia 


South Asia includes three main regions: the 
Himalayan Mountains, the Ganges plains, and the 
Indian peninsula. 


The Himalayas: Afghanistan, Pakistan, Nepal, 
and Bhutan 


The Himalayas stretch about 1,860 miles (3,000 
km) across Asia, from Afghanistan to Burma, and 
range from 150-210 mi (250-350 km) wide. This 
great mountain range originated when the Indian sub- 
continent collided with Asia, subducting the Indian 
plate beneath it. The Himalayas are the youngest and 
highest mountains in the world, which accounts in 
part for their great height. At present they are still 
growing, as India continues to push into the Asian 
continent at the rate of about 2.3 inches (6 cm) annu- 
ally. The Indian subcontinent is believed to have pene- 
trated at least 1,240 miles (2,000 km) into Asia thus 
far. The range begins in Afghanistan, which is a land 
of harsh climate and rugged environment. 


Bordered by China, Russia, Pakistan, and Iran, 
Afghanistan is completely landlocked. High barren 
mountains separate the northern plains of Turan 
from the southwestern desert region, which covers 
most of Afghanistan’s land area. This desert is subject 
to violent sandstorms during the winter. The moun- 
tains of Afghanistan, which include a spur of the 
Himalayas called the Hindu Kush, reach an elevation 
of more than 20,000 feet (6,100 m); some are snow 
covered year-round and contain glaciers. The coun- 
try’s rivers flow outward from the central mountain 
range; the largest of these are the Kabul, the 
Helmand, the Hari Rud, and the Kunduz. Except 
for the Kabul, all dry up soon after flowing onto the 
dry plains. 
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To the east of Afghanistan, and separated from 
it by the Hindu Kush, lies Pakistan. In the north are 
the Himalaya and the Karakoram Ranges, the high- 
est mountains in the world. Most of the peaks are 
over 15,000 feet (4,580 m) and 60 are higher than 
22,000 feet (6,700 m). By comparison, the highest 
mountain in the United States, Alaska’s Mount 
McKinley, is only 20,321 feet (6,194 m). Not surpris- 
ingly, many of the mountains in this range are cov- 
ered with glaciers. 


In the west, bordering on Afghanistan, is the 
Baluchistan plateau, which reaches an altitude of 
about 3,000-4,000 feet (900-1,200 m). Further south, 
the mountains are replaced by a stony and sandy 
desert. The major rivers of Pakistan are the Kabul, 
Jhelum, Chenab, Ravi, and Sutlej; all drain into the 
Indus, which flows into the Arabian Sea in the south. 


Also found in the Himalayas are Nepal and the 
kingdom of Bhutan. Both border on the fertile Ganges 
plains, so that in the south they are densely forested 
with tropical jungles, but most of both territories con- 
sist of high mountains. Nepal boasts the highest peak 
in the world, Mount Everest: 29,028 feet (8,848 m) 
high. 


The Ganges Plains: India and Bangladesh 


South of the Himalayas, India is divided into two 
major regions. In the north are the Ganges plains, 
which stretch from the Indus to the Ganges River 
delta. This part of India is almost completely flat and 
immensely fertile; its alluvium is thought to reach a 
depth of 9,842 feet (3,000 m). It is fed by the snow and 
ice from the high peaks, and streams and rivers from 
the mountains have carved the northern edge of the 
plains into rough gullies and crevices. 


Bangladesh, a country to the north and east of 
India, lies within the Ganges Plains. The Ganges and 
the Brahmaputra Rivers flow into it from India, fed 
by many tributaries, making this one of the best- 
watered and most fertile regions in Asia. However, it 
is also close to sea level and plagued by frequent 
flooding. 


The Peninsula: India, Sri Lanka, and the 
Maldives 


South of the plains is the Indian Peninsula, a 
region of low plateaus and river valleys. It is bounded 
on the west, parallel to the Arabian Sea, by the Ghat 
mountain range; further north near the Pakistan bor- 
der is the Thar Desert, which encompasses an area of 
100,387 square miles (260,000 sq km). In its southern 
extent, the Thar borders on salt marshes and the great 
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KEY TERMS 


Alluvium—Particles of soil and rock that are moved 
as sediments by the downslope flow of water. 


Continental shelf—A relatively shallow, gently 
sloping submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 

Delta—The geographical region traversed by a 
river and its tributaries. 

Gulf—A part of the ocean that is partially enclosed 
by the coast. 

Mud flats—A stretch of land that is alternately 
dampened and uncovered by the sea, so that little 
can grow there, but the land remains moist. 
Plateau—An elevated area that is flat on top; also 
called “tableland.” 

Precipitation—Dew, rain, snow, or any other 
moisture that comes from the atmosphere. 


Salt marshes—Marshland that is saline. 
Seismic—Related to earthquakes. 


Steppe—Wide expanses of relatively level plains, 
found in cool climates. 


Strait—Part of a waterway where the channel 
narrows. 


lava expanse called the Deccan plateau. The island of 
Sri Lanka, which lies south of India, is the only other 
country that is part of the peninsula, although it is 
separated from it by the ocean. 


Off the southwestern tip of the peninsula are the 
Maldives, a group of about 1,200 islands. At their 
highest point, they reach only an altitude of about 6 
feet (1.8 m) above sea level. 
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Sarah A. de Forest 


Asparagus see Lily family (Liliaceae) 
Aspirin see Acetylsalicylic acid 


l Assembly line 


An assembly line is a manufacturing system of 
mass production in which a finished product is manu- 
factured in a step-by-step process involving inter- 
changeable parts added in a sequential manner as it 
moves continuously past an arrangement of workers 
and machines. In the early years of the assembly line, 
each worker usually controlled one specific part of the 
job. Today, assembly lines may consist of workers, 
computers and robots, or a combination of the two. 
Introduced in the nineteenth century, it provided 
the basis for the modern methods of mass production 
of quantities of standardized, relatively low-cost 
goods available to great numbers of consumers. As 
one of the most powerful productivity concepts in 
history, it was largely responsible for the emergence 
and expansion of the industrialized, consumer-based 
system in existence today. 


History 


The principle of continuous movement is perhaps 
the simplest and most obvious fact of an assembly line, 
dating back to Assyrian times, where there is evidence 
of a system of bucket elevators called the chain of pots. 
Miners in medieval Europe also used these bucket 
elevators, and, by the time of the Renaissance, engi- 
neers were becoming familiar with some form of the 
assembly line. In the fourteenth century, for example, 
the shipbuilding arsenal of Venice, Italy, used moving 
lines of prefabricated parts to equip their war galleys. 
What may have been the first powered-roller conveyer 
system was introduced in 1804 with the British Navy’s 
automatic production of biscuits, or hardtack. It used 
a steam engine to power its rollers. By the 1830s, the 
principle of continuous processing was starting to 
enter the consciousness of manufacturers, although 
it was by no means fully embraced until the 1870s in 
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The assembly of robots at Renault in France. (Cecilia Posada. Phototake NYC.) 


the United States. By then, the principles of division 
of labor and interchangeable parts had been success- 
fully demonstrated by American inventors Eli Whitney 
(1765-1825) and Samuel Colt (1814-1862). 


The assembly line was first used on a large scale by 
the meat-packing industries of Chicago, Illinois, and 
Cincinnati, Ohio, during the 1870s. These slaughter- 
houses used monorail trolleys to move suspended car- 
casses past a line of stationary workers, each of whom 
did one specific task. Contrary to most factories’ lines, 
in which products are gradually put together step-by- 
step, this first assembly line was in fact more of a dis- 
assembly line, since each worker butchered a piece of a 
diminishing animal. The apparent breakthroughs in 
efficiency and productivity that were achieved by these 
meat packers were not immediately realized by any 
other industry until American industrialist Henry 
Ford (1863-1947) designed an assembly line in 1913 
to manufacture his Model T automobiles. Ford openly 
admitted using the meat-packing lines as a model. 
When the total time of assembly for a single car fell 
from 12.5 labor hours to 93 labor minutes, Ford was 
able to drastically reduce the price of his cars. His 
success not only brought automobile ownership 
within the grasp of the average person, but it served 
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notice to all types of manufacturers that the assembly 
line was here to stay. The assembly line transformed 
ina revolutionary way the manner and organization of 
work, and, by the end of World War I (1914-1918), 
the principle of continuous movement was sweeping 
mass-production industries of the world and was soon 
to become an integral part of modern industry. 


The basic elements of traditional assembly line 
methods are nearly all the same. First, the sequence 
in which a product’s component parts are put together 
must be planned and actually designed into the proc- 
ess. Then, the first manufactured component passes 
from station to station, often by conveyor belt, and 
something is done or added to it. By the last station, 
the product is fully assembled and is identical to each 
one before and after it. This system ensures that a large 
quantity of uniform-quality goods are produced at a 
relatively low cost. 


When manufacturers first implemented the idea of 
the assembly line, they enjoyed dramatic gains in pro- 
ductivity, and the consumer realized lower costs. 
However, the nature of work in a factory changed 
radically. Skilled workers were replaced by semi- 
skilled, or even unskilled, workers, since tasks had 
been minutely compartmentalized or broken down 
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and each person was responsible only for assembling 
or adding one particular part. Manufacturers soon 
realized however, that not only were a great number 
of managers and supervisors required to oversee these 
laborers, but a high degree of preplanning on their 
part was absolutely essential. Overall operations had 
become much more complex and correct sequencing 
was essential. Thus, before actual assembly line pro- 
duction could begin, proper design of both the product 
and the assembly line itself had to be accomplished. 
Even the simplest tasks were critical to its overall 
success, and the apparently straightforward assembly 
line became a highly complex process when broken 
down and considered step-by-step. 


Role of workers 


Early twentieth-century assembly line systems car- 
ried the concept of division of labor to an extreme, and 
they usually restricted each worker to the repetitive 
performance of one simple task. These individuals had 
few real skills, and they were not required to know any 
more than their basic job demanded. This human 
element proved to be the weakest link in the entire 
system. For most people, assembly line work eventu- 
ally entailed a physical and mental drudgery that 
became seriously counterproductive. Often the work 
itself was detrimental to an individual’s physical and 
mental well-being, and from a manufacturer’s stand- 
point, this usually resulted in diminished productivity. 


Henry Ford and his fellow industrialists soon dis- 
covered this phenomenon when they tried to speed up 
their assembly lines. Since the pace of the assembly line 
was dictated by machines, supervisors often acceler- 
ated them, forcing workers to try to keep up. When 
this constant pressure to increase production was com- 
bined with the essentially dull and repetitive nature of 
the job, the result was often a drop in quality as well as 
output, not to mention worker unrest and dissatisfac- 
tion. By the 1920s, industry leaders realized that they 
could not ignore the dehumanizing aspects of the 
assembly line. However, it was not until after World 
War II (1939-1945) that the major industries made 
serious attempts to make the mechanical aspects of 
the assembly line accommodate itself to the human 
physiology and nervous system. 


The logical evolution of the assembly line would 
seem to lead to one that is fully automated. Such an 
automated system would ideally imply the elimination 
of the human element and its replacement with auto- 
matic controls that guarantee a level of accuracy and 
quality that is beyond human skills. In fact, this is the 
case today in some industries where automation has 
completely changed the nature of the traditional 
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KEY TERMS 


Automation—The application of self-governing 
machines to tasks once performed by human 
beings. 

Division of labor—The separation of a job or task 
into a number of parts, with each part performed by 
a separate individual or machine. 


Industrial robots—Programmable, multi-purpose, 
electromechanical machines that can perform 
manufacturing-related tasks that were traditionally 
done by human beings. 


Interchangeable parts—The production of high 
precision parts that are identical, as opposed to 
unique, hand-made parts; this standardization of 
size and shape assures its quality and quantity and 
permits low-cost mass-production. 


Mass production—A method of organizing manu- 
facturing processes to produce more things at a 
lower cost that is based on specialized human 
labor and the use of tools and machines. 


assembly line. Computer advances have resulted in 
assembly lines that are run entirely by computers con- 
trolling industrial robots of all kinds. Increasingly, 
such robots not only perform the repetitive, elemen- 
tary tasks, but also are sufficiently intelligent (via 
feedback systems) to regulate or adjust their own per- 
formance to suit a changing situation. Especially in 
the automobile industry, assembly lines consist of 
machines that are run by machines. People are still 
needed of course, for quality control, repair, and rou- 
tine inspection, as well as for highly specialized tasks. 
In fact, rather than minimizing the human skills 
needed to oversee these systems, today’s automated 
assembly lines require more highly skilled workers to 
operate and maintain the sophisticated, computer- 
controlled equipment. 


In the 1980s, Japanese and Italian automobile 
manufacturers so successfully automated their assem- 
bly lines that certain of their factories consisted almost 
entirely of robots regularly doing their jobs. On one 
particular Italian Fiat, human hands did only 30 of 
the 2,700 welds. In principle, they are Henry Ford’s 
assembly lines carried to their ultimate conclusion. 
Starting again with the bare chassis, major compo- 
nents (which themselves have been automatically 
assembled elsewhere) are attached by robots, and the 
computer keeps track of exactly what is to be added to 
each. Each vehicle is considered unique and the central 
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computer assures its total assembly. On the other 
hand, General Motors found that robots could not 
replace human workers and had to retrench from 
technology and focus on retraining workers. Final 
product assembly and delivery to the dealer offers 
the consumer, if not always the most affordable prod- 
uct, an extremely wide array of special options. 


See also Robotics. 


Resources 


BOOKS 

Crowson, Richard. The Handbook of Manufacturing 
Engineering. Boca Raton, FL: CRC/Taylor & Francis, 
2006. 

McNeil, Ian. An Encyclopaedia of the History of Technology. 
New York: Routledge, 2002. 

Tilton, Rafael. Henry Ford. San Diego, CA: Lucent Books/ 
Thomson Gale, 2003. 


OTHER 

“Ford Installs First Moving Assembly Line, 1913.” Public 
Broadcasting Service. <http://www.pbs.org/wgbh/ 
aso/databank/entries/dt13as.html> (accessed 
November 9, 2006). 


Leonard C. Bruno 


| Asses 


Asses include three of the seven species that make 
up the family Equidae, which also includes horses and 
zebras. Wild asses are completely wary and apt to run 
away swiftly, so they have been difficult to study. 
Asses can survive in poor habitats, such as scrub and 
near desert regions. Asses have loud voices, most nota- 
ble in the raucous bray of the domestic burro, and a 
keen sense of hearing. Male asses (stallions) tend to 
leave the herd and live solitary lives, except during the 
mating season in late summer. Female asses tend to 
stay in the herd, especially when caring for their 
young. 

The largest species is the kiang (Equus kiang), 
which lives in the high steppes of Tibet and China. 
This species is about 4.5 ft (1.4 m) tall at the shoulder. 
It weighs up to 880 1b (400 kg) and has a red-brown 
to black back with white sides and belly. The coat 
becomes thicker during the cold Tibetan winters. The 
total kiang population is estimated to be 60,000- 
70,000. 


The Asiatic wild ass (E. hemionus) was formerly 
distributed in Asia from China to the Middle East. 
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The subspecies of Asiatic wild asses are smaller than 
the kiang, with narrower heads and longer ears. The 
onager of Iran was perhaps the first member of 
the horse family to be domesticated. These wild asses 
once lived in large herds in the deserts and grasslands 
of Asia, but now are limited to a few very small areas and 
may even be extinct in the wild, though their exact 
status is uncertain. The kulan is a small wild ass that 
can run at speeds of up to 40 mph (64 km/h) and is 
found in the Mongolian Desert. The khur, or Indian 
onager, and the dziggetai of Mongolia are both endan- 
gered and probably exist today only in wildlife 
reserves. The small Syrian onager—the wild ass of 
the Bible—stands only slightly more than 3 ft (1 m) 
high at the shoulder, has not been seen since 1927, and 
is probably extinct in the wild. 


The African wild ass (E. africanus), is the ancestor 
of the domesticated donkey, and is represented by a 
few thousand individuals in Ethiopia, Somalia, and 
the Sudan. The domesticated donkey is sometimes 
given a separate name, E. asinus. The African wild 
ass has hooves that are higher and narrower than 
those of other equids, allowing sure footing in its 
dry, hilly home. Like many desert-living animals, 
these wild asses need little water, can withstand dehy- 
dration—even in temperatures of 125°F (52°C)—and 
can survive two or three days without drinking. 


There are two varieties of African wild ass. The 
Somali wild ass of Somalia and Ethiopia has a dark 
stripe along its back, light stripes on its legs, dark tips 
on its ears, and a dark, short mane. The animal’s base 
coat color may turn yellowish or tan during the 
summer. The Somali wild ass is an endangered species, 
while the slightly smaller Nubian wild ass, which lacks 
stripes on its legs, is probably already extinct in the 
wild. 


Domesticated asses are known as donkeys, jack- 
asses, or burros. Their size varies from the tiny 2-ft 
(less than a meter) burro of Sicily to the Spanish 
donkey that stands more than 5 ft (2 m) at the 
shoulder. Numerous feral (wild, formerly domestic) 
burros that live in the western United States are regu- 
larly rounded up and sold as pets. These sure-footed 
animals carry tourists on the steep narrow paths lead- 
ing down into the Grand Canyon. 


The hybrid offspring produced when a horse mare 
mates with a donkey stallion are called mules. They 
are as sure-footed as burros and are even stronger than 
horses. However, mules, being hybrids, are almost 
always sterile. The offspring hybrid produced by the 
mating of a horse stallion with a donkey mare is called 
a hinny. Hinnies tend to resemble a horse more than a 
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KEY TERMS 


Equid—Any member of family Equidae, including 
horses, zebras, and asses. 


Feral—This refers to a non-native, often domesti- 
cated species that is able to maintain a viable, 
breeding population in a place that is not part of 
its natural range, but to which it has been intro- 
duced by humans. 


mule but are relatively rare because female donkeys do 
not easily become pregnant. 
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l Associative property 


In algebra, a binary operation is a rule for com- 
bining two elements of a set. Usually, the result of the 
operation is also a member of that set. Addition, sub- 
traction, multiplication, and division are familiar 
binary operations of this type. The associative prop- 
erty is a property that binary operations may possess. 


A familiar example of a binary operation that is 
associative (obeys the associative principle) is the addi- 
tion (+) of real numbers. For example, the sum of 10, 
2, and 35 is determined equally as well as (10 + 2) + 
35 = 12 + 35 = 47, or 10 + (2 + 35) = 10 + 37 = 
47. In these equations, the parentheses on either side of 
the defining equation indicate which two elements are 
to be combined first. Thus, the associative property 
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states that combining a with b first, and then combin- 
ing the result with c, is equivalent to combining b with 
c first, and then combining a with that result. The 
technical definition of the associative property is as 
follows: A binary operation (*) defined on a set S obeys 
the associative property if (a * b) *c = a * (b * oc), 
for any three elements a, b, and c in S. When the 
associative property holds for all the members of S, 
every combination of elements must result in another 
element of S. 


Multiplication of real numbers is another associa- 
tive operation, for example, (5 x 2) x 3 = 10x 3 = 
30, and 5 x (2 x 3) = 5 x 6 = 30. However, not all 
binary operations are associative. Subtraction of real 
numbers is not associative, since in general (a — b) —c 
does not equal a — (b — c); for example (35 — 2) — 6 = 
33 — 6 = 27, while 35 — (2 — 6) = 35 — (-4) = 39. 
Division of real numbers is not associative either. 


Astatine see Halogens 
Aster see Composite family 


Asteroid see Minor planets 


ll Asteroid 2002 AA29 


Late in 2002, astronomers and the International 
Astronomical Union (I[AU) confirmed the discovery 
the discovery of an asteroid, designated Asteroid 2002 
AA29, in a companion orbit to Earth. It was the first 
object ever identified to be in a companion orbit 
around the sun (i.e., it shares at least some of the 
same orbital path and space). In another 600 years, 
the asteroid will technically and temporarily become 
an Earth moon. 


Although in a companion orbit, computer driven 
mathematical estimates establish that Asteroid 2002 
AA29 never comes closer than approximately 3.5 
million mi (5.6 million km from Earth at its closest 
approach. 


Asteroid 2002 AA29 was first detected by the 
linear automated sky survey project in January 2002. 
Optical and gravitational evidence indicate that 
Asteroid 2002 AA29 is approximately 109 yd (100 m) 
wide. 


Although co-orbital for some of its travel around 
the Sun, Asteroid 2002 AA29 does not follow the exact 
same path as Earth. Asteroid 2002 AA29 travels a 
horseshoe-like path that allows it vary in relative 
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position to the sun and Earth (i.e., it oscillates between 
appearing on both sides of the Sun from Earth’s per- 
spective. Asteroid 2002 AA29 made its closest recent 
approach to Earth—approximately 10 to 12 times the 
normal Earth-moon distance—at 1900 GMT on 
January 8, 2003. 


Orbital dynamics projections establish that in 550 
AD Asteroid 2002 AA29 technically became an Earth 
orbital satellite—technically a second moon. Because 
of Asteroid 2002 AA29’s odd orbit this event is due to 
occur again in 2600 and will last approximately 50 
years. 
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t Asthenosphere 


The asthenosphere is the ductile layer situated 
beneath Earth’s rigid lithosphere. It was first named 
in 1914 by the British geologist Joseph Barrell, who 
divided Earth’s overall structure into three major sec- 
tions: the lithosphere, or outer layer of rock-like mate- 
rial; the asthenosphere; and the centrosphere, or 
central part of the planet. 


The asthenosphere derives its name from the Greek 
word asthenis, meaning weak, because its strength is 
much lower than that of the overlying lithosphere. The 
lithosphere and asthenosphere are defined on the basis of 
their mechanical properties, whereas the crust and man- 
tle are defined on the basis of their chemical composi- 
tion. As such, the lithosphere includes both the crust and 
the upper portion of the mantle, in which temperatures 
are less than 2,372°F (1,300°C). The asthenosphere 
includes the portion of the mantle with temperatures 
above 2,372°F. The depth of the top of the astheno- 
sphere ranges from a few miles near mid-ocean ridges 
to 62-93 miles (100-150 km) beneath old oceanic crust 
(far removed from mid-ocean ridges) and 155-186 miles 
(250-300 km) beneath continental cores or cratons. 


The top of the asthenosphere is marked by a 
change in the velocity with which certain kinds of 
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seismic waves, known as S-waves, move through 
Earth. The velocity of the S-waves is inversely propor- 
tional to the temperature of the rock through which 
they are moving, and the top of the asthenosphere 
corresponds to a low velocity zone near the top of the 
mantle. 


Properties of the asthenosphere 


The asthenosphere is ductile and deforms easily 
compared to the overlying lithosphere because of its 
temperature and pressure. Any rock will melt if its 
temperature is raised high enough. However, the melt- 
ing point of any rock or mineral is also a function of 
the pressure exerted on the rock or mineral. In general, 
as the pressure is increased on a material, the melting 
point increases. The temperature of the rocks that 
constitute the asthenosphere is below their melting 
point. As temperature or pressure on increases, the 
material tends to deform and flow. If the pressure 
reduced, so will be its melting point and the material 
may begin to melt. The melting point and pressure 
balance in the asthenosphere have led geologists to 
infer that as much as 10% of the asthenospheric mate- 
rial may be molten. The rest is so close to being molten 
that relatively modest changes in pressure or temper- 
ature may cause further melting. 


The asthenosphere is heated by contact with hot 
materials that make up the mesosphere beneath it, 
but the temperature of the mesosphere is not con- 
stant. It is hotter in some places than others. In 
those regions where the mesosphere is warmer than 
average, the extra heat may increase the extent to 
which the asthenosphere is heated and local melting 
may occur. 


The asthenosphere in plate tectonic theory 


The asthenosphere is thought to play a critical role 
in the movement of Earth’s tectonic plates. According 
to plate tectonic theory, the lithosphere consists of a 
small number of rigid and relatively cool slabs known 
as plates. Although the plates are comparatively rigid, 
they can move along the top of the plastic astheno- 
sphere. The collision, lateral sliding, and separation of 
plates is responsible for geologic features and events 
such as volcanoes and lava flows, episodes of moun- 
tain building, and deep crustal faults and rifts. 


Geologists have developed theories to explain the 
changes that take place in the asthenosphere when 
plates begin to diverge or converge. If a region of 
weakness has developed in the lithosphere, the 
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KEY TERMS 


Lithosphere—The rigid outer layer of Earth that 
extends to a depth of about 62 mi (100 km). 


Magma—Molten rock beneath Earth’s surface. 


Seismic wave—A disturbance produced by com- 
pression or distortion on or within Earth, which 
propagates through Earth materials. A seismic 
wave may be produced by natural (e.g. earth- 
quakes) or artificial (e.g. explosions) means. 


pressure exerted on the asthenosphere beneath it is 
reduced, melting begins to occur, and the astheno- 
sphere begins to flow upward. If the lithosphere has 
not separated, the asthenosphere cools as it rises and 
becomes part of the lithosphere. If there is a break in 
the lithosphere, magma may escape and flow outward. 
Depending on the temperature and pressure in the 
region, that outflow of material (magma) may occur 
in a violent volcanic eruption or a quiescent lava flow. 
In either case, the plates spread apart in a process 
known as rifting. 


In zones of convergence, where two plates are 
moving toward each other, the asthenosphere may be 
exposed to increased pressure and begin to flow down- 
ward. In this case, the lighter of the two colliding 
plates slides up and over the heavier plate, which is 
subucted into the asthenosphere. Because the cooler 
and denser lithosphere is more rigid than the astheno- 
sphere, the asthenosphere is pushed outward and 
upward. During subduction, the downward moving 
plate is heated, melting occurs, and molten rock 
flows upward to Earth’s surface. Such mountain 
ranges as the Urals, Appalachian, and Himalayas 
were formed as products of plate collisions. Island 
arcs such as the Japanese or Aleutians Islands and 
deep sea trenches are also common products of plate 
convergence. 


See also Continental drift; Continental margin; 
Continental shelf; Planetary geology; Plate tectonics. 
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| Asthma 


Asthma, which is derived from the Greek word 
aazein, meaning sharp breath, is a lung disease that 
affects approximately four million people in the 
United States. In the U.S., close to 10% of those 18 
years of age and younger have asthma. In urban areas, 
surveys have indicated that the rate among this age 
group can be upwards of 40%. 


In people with asthma, the airways of the lungs 
are hypersensitive to irritants such as cigarette smoke 
or allergens (compounds that trigger a reaction by the 
immune system). When these irritants are inhaled, the 
airways react by constricting, or narrowing. Some 
people with asthma have only mild, intermittent symp- 
toms that can be controlled without drugs. In others, 
the symptoms are chronic, severe, and sometimes life 
threatening. 


Asthma is sometimes referred to as a disease of 
“twitchy lungs,” which means that the airways are 
extremely sensitive to irritants. The airways are the 
tubes (bronchi) that bring air from the windpipe (tra- 
chea) to the lungs. An individual bronchus, in turn, 
branches into smaller tubes called bronchioles. At the 
end of the bronchioles are small, balloon-like struc- 
tures called alveoli. The alveoli are tiny sacs that allow 
oxygen to diffuse into the blood and carbon dioxide to 
diffuse from body tissues into the lungs to be exhaled. 


During an asthma attack, the bronchi and bron- 
chioles constrict and obstruct the passage of air into 
the alveoli. Besides constricting, the airways may 
secrete a great deal of mucus in an effort to clear the 
irritation from the lungs. The airway walls also swell, 
causing inflammation and further obstruction. As the 
airways become increasingly obstructed, oxygen can- 
not reach the small airsacs; blood oxygen levels drop; 
and the body’s tissues and organs become oxygen- 
deprived. At the same time, carbon dioxide cannot 
escape the small airsacs for exhalation; blood levels 
of carbon dioxide increase and exert a toxic effect on 
the tissues and organs of the body. 


Underlying the bronchial inflammation is an 
immune response in which white blood cells known 
as type 2 helper T (Th2) cells are prominent. Th2 cells 
secrete chemicals known as interleukins that promote 
allergic inflammation and stimulate another set of 
cells known as B cells to produce IgE and other anti- 
bodies. In contrast, type 1 helper T (Th1) cells produce 
specific types of interferon and interleukin, which ini- 
tiate the killing of viruses and other intracellular 
organisms by activating macrophages and cytotoxic 
T cells. These two subgroups of helper T cells arise in 
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Asthma 


In normal bronchioles the airway 
is open and unobstructed. 


During an attack, the bronchioles of an 
asthma sufferer are constricted by bands 
of muscle around them. They may be 
further obstructed by increased mucus 
production and tissue inflammation. 


A comparison of normal bronchioles and those of an asthma sufferer. (Hans & Cassidy. Courtesy of Gale Group.) 


response to different immunogenic stimuli and cyto- 
kines, and they constitute an immunoregulatory loop: 
cytokines from Th1 cells inhibit Th2 cells, and vice 
versa. An imbalance in this reciprocal arrangement 
may be the key to asthma; when freed from the 
restraining influence of interferon, the Th2 cells can 
provoke airway inflammation. 


One of the hallmarks of asthma is that the airway 
obstruction is reversible. This reversibility of the air- 
way swelling is used to definitively diagnose asthma. If 
the swelling and inflammation can be brought under 
control with asthma drugs, the person has asthma and 
not some other upper respiratory tract disease. 


In addition to cigarette smoke and various allergens, 
other triggers can cause asthma attacks. A cold or other 
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upper respiratory infection may bring on an asthma 
attack. Strong emotions, such as excitement, tension, or 
anxiety, may trigger asthma symptoms. Exercise can 
cause symptoms of asthma. Weather conditions, such 
as extreme cold, heat, or humidity can cause an asthma 
attack. Pollution and increasing ozone levels are also 
associated with episodes of asthma. Other environmental 
factors include occupational exposure to certain substan- 
ces like animal dander, wood particles, dusts, various 
industrial chemicals, and metal salts. 


The characteristic sign of asthma is wheezing, the 
noisy, whistling breathing that a person makes as he or 
she tries to push air in and out of narrowed airways. 
Other symptoms of asthma include a tight chest, 
shortness of breath, and a cough. 
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Currently, several drugs are used to treat asthma. 
Some patients with mild asthma only need to use 
medication intermittently to control wheezing, while 
patients with more serious asthma need to take med- 
ication at regular intervals to avoid life-threatening 
attacks. It is important for asthma patients to see 
their doctors if the frequency or severity of their symp- 
toms change. It has been suggested that many of the 
life-threatening asthma attacks are in people who once 
had mild asthma—with symptoms that could be 
treated as they occurred—which then progressed to a 
more severe case of the disease. 


Bronchodilators open up (dilate) constricted lung 
airways by relaxing the muscles that line the bronchial 
tubes. Oral bronchodilators include theophylline. A 
related compound, called aminophylline, is given via 
injection for severe episodes of asthma. During severe, 
rapidly-appearing asthma attacks, injections of epi- 
nephrine are given just under the patient’s skin. 
Epinephrine has a quick, but short-lasting, effect of 
bronchodilatation. 


Most asthma patients are given bronchodilators 
such as albuterol that are used in a mist form that is 
inhaled from either a special inhaler device or an aero- 
sol machine. Some patients are instructed to use their 
bronchodilator at regular intervals, while others may 
just be told to use the inhaler if they notice the begin- 
ning of an asthma attack. The inhaled medications are 
quick-acting because they are directly applied to the 
constricted airways. 


Salmeterol combines the direct effects of inhaled 
bronchodilators with the long-lasting protection 
afforded by oral bonchodilators and is popular for 
the control of mild and severe asthma. 


Asthma also responds favorably to anti-inflamma- 
tory drugs, which reduce the swelling and inflammation 
of the airways. These drugs can be inhaled or taken in 
pill form. Two types of anti-inflammatory drugs are 
prescribed for asthma patients: chromolyn sodium 
and corticosteroids. Chromolyn sodium is also pre- 
scribed for people with allergies, and it has few side 
effects. Oral corticosteroids are very effective in treating 
asthma, but should be reserved for severe cases due to 
their serious side effects. Short-term side effects include 
increased appetite, weight gain, hypertension, and fluid 
retention. Over the long-term, corticosteroids may 
cause osteoporosis, cataracts, and impaired immune 
response. These side effects usually preclude the use of 
corticosteroids for long periods of time. In fact, short- 
courses of steroids are preferred. These “steroid bursts” 
are given as a treatment for a sudden severe asthma 
attack, perhaps brought on by exposure to an allergen 
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KEY TERMS 


Bronchiole—The smallest diameter air tubes, 
branching off of the bronchi, and ending in the 
alveoli (air sacs). 


Bronchodilator—A drug, either inhaled or taken 
orally, that dilates the lung airways by relaxing the 
chest muscles. 


Bronchus (plural, bronchi)—One of the two main 
airway tubes that branch off from the windpipe and 
lead to each lung. 


Wheezing—tThe characteristic sound of asthma; it 
results when a person tries to push air in and out of 
narrowed airways. 


or a viral infection, over about a week’s time and then 
discontinued. 


Inhaled corticosteroids have few side effects. 
These medications are also prescribed for allergy 
patients. Unlike their oral counterparts, these drugs 
can be taken for much longer periods of time. They are 
especially useful in controlling moderate asthma. 


Another newer class of asthma medications are 
called leukotriene receptor antagonists. These drugs, 
including an oral medication called zafirlukast, inter- 
fere with the actions of a class of chemicals called 
leukotrienes. Leukotrienes help produce the symp- 
toms of asthma. Interference with their actions 
decreases asthma symptomatology. The receptor 
antagonists greatly reduce asthma severity when 
taken daily and work especially well in conjunction 
with inhaled steroids and salmeterol inhalers. This 
regimen (zafirlukast + inhaled steroids + inhaled 
salmeterol) seems to improve daily living for many 
asthmatics. Other inhaled bronchodilators are then 
reserved for exacerbations, such as may occur during 
a viral infection. 


A key to lessening episodes of asthma is eliminat- 
ing the irritant. If asthma is brought on by cigarette 
smoke, the patient must avoid this irritant. If asthma is 
brought on by exercise, the person should try to find a 
level of exertion that is comfortable. Using an inhaled 
bronchodilator before exercising may also control 
asthma symptoms. 
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l Astrobiology 


Astrobiology is the area of life science that inves- 
tigates the origin of life, how the biological compo- 
nents interact to create environment, and what makes 
planets habitable. It also searches for life on other 
planets. Astrobiologists are scientists from many 
areas of science, including biologists (molecular biol- 
ogists, microbiologists, ecologists, geneticists), chem- 
ists, oceanographers, climatologists, archeologists, 
paleontologists, geologists, and astronomers. The 
foundations of astrobiology were laid in 1920s by 
Russian scientist A. I. Oparin, with his theory of 
development of organic matter from inorganic com- 
ponents under the conditions resembling early Earth’s 
atmosphere. It took, however, over half a century 
before studies into evolution of life on Earth and 
extraterrestrial life became an independent branch of 
life science. Astrobiology was created thanks to 
NASA’s administrator Dan Goldin in the mid-1990s. 
Coordination of the global effort in astrobiology rests 
now with the NASA Astrobiology Institute (NAJ), 
created in 1998 and based at Ames in California, and 
includes over 700 scientists from numerous research 
institutes in the U.S. affiliate organizations were also 
created in Europe and Australia. 


Aims of astrobiology 


The NAI identified three main goals of astrobiol- 
ogy. Primary among these goals is the investigation of 
the evolution of life principally on Earth. This is 
achieved by understanding how organic matter 
became organized into living organisms and how life 
and environment co-evolved with Earth. NAI’s sec- 
ond aim is to find extraterrestrial life by identifying 
habitable planets. This will require identifying condi- 
tions essential for life to develop and searching for life 
signatures on planets of the solar system and beyond. 
The third goal is to determine the future of life on 
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In addition to geophysical exploration, NASA’s Mars 
Pathfinder, Sojourner, conducts tests of Martian soil and 
atmosphere—possibly detecting evidence of past biological 
activity. (AP/Wide World Photos.) 


Earth and in outer space. This area is addressed by 
studying the response of terrestrial organisms to 
reduced gravity conditions and investigating how 
environmental changes affect life on Earth. 


Current research in astrobiology 


Studying the Earth’s history revealed that life 
appeared on our planet after its surface had adequately 
cooled down, around 3.8 billion years ago. Fossil evi- 
dence indicated that the first organisms were unicellu- 
lar (one-celled) and anaerobic (non-oxygen requiring). 
By studying extreme environments such as thermal 
vents, the freezing waters of the Antarctic, and anoxic 
marine sediments, scientists are able to determine 
mechanisms of microbial evolution and reconstruct 
the early history of life on Earth. 


The evolution of life on Earth is closely linked to 
extraterrestrial intervention in form of asteroids, comets, 
and meteors. These objects falling onto Earth were likely 
to bring inorganic and organic compounds used later to 
create proteins and DNA, the basis of life, as it is known 
today. Analysis of space dust from our galaxy and 
beyond revealed the presence of ammonia and organic 
compounds such as glycine, vinyl alcohol, benzene, pol- 
ycyclic aromatic hydrocarbons, and formaldehyde. 


The crushing of large objects onto the Earth’s 
surface not only brought new molecules to Earth, 
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NASA’s Mars Viking lander (full-scale operational model), its arm extended as it would be to collect a soil sample to be examined 
for chemical indicators of biogenic activity. (© Lowell Georgia/Corbis.) 


but also often had catastrophic consequences leading 
to sudden climate changes and mass extinctions (for 
example, possibly the disappearance of the dinosaurs). 
Events from Earth’s past were described by scientists 
studying fossils, rocks, and more recently, Greenland’s 
and the Antarctic’s ice sheets. 


Meteors that land on Earth are analyzed for signs 
of life. For example, a 2002 study of meteors originat- 
ing on Mars (blown off that planet by meteor impacts 
and then coming to Earth by chance over millions of 
years) claimed that tiny crystals in the rocks were best 
explained as products of life. However, most scientists 
have not agreed that the Martian meteorites show 
unambiguous evidence of life activity. 


Clues to the possible existence of extraterrestrial life 
are also provided by studies of the chemistry and geol- 
ogy of the surface of planets and moons. The presence 
of hydrated salts and formations similar to ice fields of 
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the Antarctic have been identified on Jupiter’s moons 
Callisto, Europa, and Ganymede. Thanks to the 
Galileo space probe that orbited the planet from 1995 
to 2003, we now there are subsurface oceans of liquid 
on Callisto and Europa. These oceans are considered 
prime locations for possible extraterrestrial life, but it 
has not yet been possible to examine them directly. 


Beside searching for life in and beyond our solar 
system, astrobiology is involved in studying the 
response of Earth life-forms to weightlessness in 
orbit and possible space travel. Space shuttle missions 
have investigated the effects of lack of gravity on the 
physiology of human and animal bodies and their 
immune systems, plant growth in space, and fertiliza- 
tion. Early twenty-first century planned research 
includes flying worms into space and studying gene 
expression in their multiple generations to see if 
weightlessness affects them similarly to vertebrates. 
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KEY TERMS 


Anoxic—Deprived of oxygen 


Astrobiology—tThe study of living organisms on 
planets beyond Earth and in space. 


Evolution—in biology, inheritable changes occur- 
ring over a time span greater than one generation. 


Extraterrestrial—Beyond Earth 


So far, the main problems encountered with prolonged 
stay in space are muscle atrophy (shrinkage), loss of 
bone mass, and radiation exposure, especially during 
walks outside the shuttle. 


Future of astrobiology 


New challenges for astrobiology include develop- 
ing methods to test newly discovered extrasolar plan- 
ets for life signs. Strong evidence of life would be the 
existence of large quantities of molecular oxygen, 
which exists in the Earth’s atmosphere only because 
plants put it there. As of 2006, it was not yet possible to 
detect small, Earthlike planets in suitable orbits 
around distant stars, or to examine their spectra for 
the presence of oxygen, but such observations may 
become feasible in the near future. 


See also Astronomy; Biosphere; Chemical evolu- 
tion; Extrasolar planets; Life history. 
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Agnieszka Lichanska 


ll Astroblemes 


Astroblemes are the scars left on Earth’s surface 
by the high velocity impacts of large objects from 
outer space. Such colliding bodies are usually meteor- 
ites, but some may have been comet heads or aste- 
roids. Few of these circular or oval impact craters 
(also called impact basins) are obvious today because 
the active Earth (with erosion by wind and water, lava 
flows, sand, and other means) tends to erode mete- 
orite craters over short periods of geologic time. 
Astroblemes can also refer to impact craters on other 
planets, moons (such as Earth’s moon), and other 
celestial bodies that are larger than the colliding body. 


Daniel Moreau Barringer (1860-1929) is consid- 
ered the first scientist to have identified an astrobleme. 
He identified a meteor crater in northern Arizona, 
measuring 0.7 mi (1.2 km) across and 590 ft (180 m) 
deep around 1906. It was eventually named The 
Barringer Meteorite Crater after him. Based on the 
1920s studies from German-American geologist 
Walter H. Bucher (1889-1965), American geologists 
John D. Boon and Claude C. Albritton, Jr. stated that 
the perceived results of volcanic eruptions were in 
actuality the result of astroblemes. American geophys- 
icist and oceanographer Robert Sinclair Dietz (1914— 
1995) coined the term astrobleme in 1961 from two 
Greek roots meaning star wound. Barringer Crater 
was the most studied astrobleme during that time, 
and most geologists were not convinced that meteor- 
ites caused a mysterious handful of huge circular 
depressions on Earth. In the 1960s, several research- 
ers, including Eugene M. Shoemaker Carlyle S. Beals, 
and Wolf von Engelhardt, performed more detailed 
studies of astroblemes. However, their studies, along 
with other scientists’ studies, remained unverified and 
questioned by the scientific community until the late 
1960s and early 1970s when the Apollo moon landings 
proved the accuracy of their work. Barringer Crater is 
now thought to have been blown out about 25,000 
years ago by a nickel-iron meteorite about the size of 
a large house traveling at 9 mi (15 km) per second. 


Over the years, aerial photography and satellite 
imagery have revealed many other astroblemes. Over 
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An astrobleme in Arizona. (ULM Visuals.) 


150 astroblemes around the world have been con- 
firmed by various geological methods. A number 
have diameters 10 to 60 times larger than that of 
the Barringer Crater and are hundreds of millions 
of years old. The largest astrobleme is South 
Africa’s Vredefort Ring, whose diameter spans 
24 mi (40 km). 


Exploding or collapsing volcanoes can make 
roughly circular craters, so it is not easy to interpret 
such features unless there are many meteorite frag- 
ments present. However, because only meteorites 
collide with Earth at terrific speeds, geologists also 
have the option of searching for the effects of tremen- 
dous pressure applied in an instant of time at poten- 
tial astrobleme sites. Important clues along this line 
are: a large body of shattered rock (impact breccia) 
radiating downward from a central focus; similar 
small-scale shatter cones; very high pressure forms 
of the mineral silica not found anywhere else in 
Earth’s crust (coesite and stishovite); finely cracked, 
shocked quartz particles; and bits of impact-melted 
silicate rock that cool into tiny balls of glass called 
tektites. 
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Astroblemes have also been discovered on other 
planets in the solar system. Some of them include 
Petrarch crater on Mercury, Hellas Basin on Mars, 
and South Pole-Aitken basin on the Moon. 


See also Comets. 


| Astrolabe 


An astrolabe is an astronomical instrument once 
widely used to measure stars or planets to determine 
latitude and time, primarily for navigational purposes. 
The original meaning of the word in Greek is “star- 
taker.” The astrolabe was probably invented by 
astronomers in the second century BC. 


At least two forms of the astrolabe are known to 
have existed. The older form, known as the plani- 
spheric astrolabe, consists of two circular metal 
disks, one representing Earth and the other the celes- 
tial sphere at some particular location (latitude) on the 
Earth’s surface. The first of these disks, called the plate 
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Galileo’s astrolabe. (Photo Researchers, Inc.) 


or tympan, is fixed in position on a supporting disk 
known as the mater. It shows the great circles of 
altitude at the given latitude. Any given plate can be 
removed and replaced by another plate for some other 
altitude with the appropriate markings for that 
latitude. 


The second of the disks, called the ree or spider, is 
attached to the plate and the mater by a metal pin 
through its center. The metal disk that makes up the 
rete is primarily cut out so that it consists of a complex 
series of curved lines ending in points. The points 
indicate the location of particular stars in the celestial 
sphere. The rete can be rotated around the central pin 
to show the position of stars at various times of the day 
or night, as indicated by markings along the circum- 
ference of the mater. 


To use the astrolabe, an observer hangs the instru- 
ment from a metal ring attached at the top of the 
mater. A sighting device on the back, the alidade, is 
then lined up with some specific star in the sky. As the 
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alidade is moved to locate the star, the rete on the front 
of the astrolabe is also pivoted to provide the correct 
setting of the celestial sphere for the given time of day. 
That time of day can then be read directly off the 
mater. 


A much simpler form of the astrolabe was 
invented in about the fifteenth century by Portuguese 
navigators. It consisted only of the mater and the 
alidade, suspended from a ring attached to the mater. 
The alidade was used to determine the elevation of a 
star above the horizon and, thus, the latitude of the 
ship’s position. This form of the astrolabe, known as 
the mariner’s astrolabe, later evolved into the instru- 
ment known as the sextant. 


More elaborate forms of the mariner’s astrolabe 
were later developed and are still used for some speci- 
alized purposes. One of these, known as the imperso- 
nal astrolabe, was invented by the French astronomer 
André Danjon (1890-1967). The modern prismatic 
astrolabe is based on Danjon’s concept. In this form 
of the astrolabe, two light rays from the same star are 
passed through a prism, one directly and one after 
reflection from the surface of a pool of mercury. The 
star is observed as it rises (or sets) in the sky. During 
most of this period, the two light rays passing through 
the prism are out of phase with each other. At some 
point, the specific latitude for which the astrolabe is 
designed is attained and the two star images coincide 
with each other, giving the star’s precise location at 
that moment. 


See also Celestial coordinates. 


[ Astrometry 


Astrometry literally means measuring the stars. 
Within astronomy, astrometry is defined as the meas- 
urement of real and apparent motions, distances, and 
positions of stars and other astronomical bodies. 
This type of measurement determines a specific star’s 
location in the sky with great precision. German 
astronomer Friedrich Wilhelm Bessel (1784-1846)) 
established modern astrometry when he published 
his book Fundamenta astronomiae, which was a collec- 
tion of star positions observed by English astronomer 
James Bradley (1693-1762) between 1750 and 1762 
that Bessel corrected with respect to the motions of 
the Earth. 


In order to establish a star’s location, it is neces- 
sary to first establish a coordinate system in which the 
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location can be specified. Traditionally, very distant 
stars, which show very little motion as viewed from 
Earth, have been used to establish that coordinate 
system. However, since the accuracy of the coordinate 
system is dependent on the accuracy of the positions of 
the defining stars, effort has been made to use the 
extremely distant point-like objects known as quasars 
to establish an improved standard coordinate system. 
Because quasars give off radio waves, their posi- 
tions can be determined with extreme accuracy, but 
the implementation of this system has yet to be 
accomplished. 


Astrometry is of fundamental importance to the 
study of the stars. Astronomers can use the distance of 
the star to help determine its other properties. The 
annual motion of the Earth around the Sun causes 
nearby stars to appear to move about in the sky with 
respect to distant background stars. The amplitude of 
this apparent motion determines the distance of the 
star from the sun, which is known as its trigonometric 
parallax. The angular rate of change of the star’s 
position is called its proper motion. If the distance to 
the star is also known, the proper motion can be con- 
verted into a transverse velocity relative to the sun, 
which is the apparent speed of the star across the line 
of sight. For most stars, this motion is extremely small 
and may require positional determinations 50 years 
or longer for accurate measurement. The transverse 
velocity may be combined with the radial velocity 
determined from the star’s spectra to yield the true 
space velocity with respect to the sun. 


Occasionally the proper motion will be found to 
vary in a periodic manner, suggesting that the target 
star is orbiting another object in addition to its steady 
motion across the sky. Such stars are called astrometric 
binary stars. Stars that are orbited by planets, which are 
too faint to be directly observed, show this motion. 
However, the motion is liable to be extremely small 
unless the star is quite small and the planet rather large. 


Often, astronomers cannot determine the distance 
of the star directly from the coordinate system. In this 
case, a method called statistical parallax is used. For 
example, if one independently knew the transverse 
velocity of a star, one could use the proper motion to 
obtain a distance. While it is impossible to determine 
the transverse velocity of a specific star without 
knowledge of its distance and proper motion, an esti- 
mation can be obtained by using the transverse veloc- 
ity for a collection of similar stars. In addition, the 
radial velocity of the star can be obtained directly from 
its spectra without knowledge of its distance or proper 
motion. This information can then be combined with 
the observed proper motions to yield distances to the 
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similar stars of a particular type and average values for 
their intrinsic properties. 


A similar technique can be used on a group of 
stars that move together through space on more-or- 
less parallel tracks. Such groups of stars are called 
galactic, or open, clusters. Just as the parallel tracks 
of a railroad appear to converge to a point in the 
distance, so the stellar motions will appear to point 
to a distant convergent point in the sky. The location 
of this point with respect to each star specifies the 
angle between the radial velocity and the space veloc- 
ity for that star. Knowledge of that angle allows the 
tangential velocity of the star to be obtained from the 
directly measured radial velocity. Again, knowledge of 
the individual proper motion and tangential velocity 
allows for a determination of the distance to each star 
of the cluster. This scheme is known as the moving 
cluster method. 


Adaptive optics have greatly improved the accu- 
racy of stellar positions made from the ground. Since 
the mid-twentieth century, astronomers have known 
that it was possible in principle to undo the distortions 
of astronomical images generated by the atmosphere. 
First, one had to measure those distortions, then con- 
struct a lens with characteristics that could be changed 
as fast as the atmosphere itself changed. Theoretically 
such a lens could then undo the distortions of the 
atmosphere, leaving the astronomer with the steady 
image of the star beyond the atmosphere. This techni- 
que seemed impossible to accomplish until very 
recently. Powerful lasers have now been used to pro- 
duce artificial stars high in the atmosphere, enabling 
astronomers to measure the atmospheric distortions. 
Remarkable increases in computer speed have allowed 
the analysis of those distortions to be completed in 
milliseconds so that a thin mirror can be adjusted to 
correct for atmospheric distortions. Such systems are 
generally referred to as adaptive optics and, in princi- 
ple, they allow observations of stellar positions to be 
made from the ground. 


However, while adaptive optics systems were 
being developed, several satellites and satellite pro- 
grams addressed the fundamental problems of astrom- 
etry. The pointing accuracy of the Hubble Space 
Telescope required a greatly increased catalogue of 
stars and their positions so that guide stars could be 
found for all potential targets of the telescope. A 
number of ground surveys that provided positions of 
several million stars were undertaken expressly to pro- 
vide those guide stars. Partly in response to these 
surveys, machines were developed that could auto- 
matically measure star positions on the thousands of 
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KEY TERMS 


Moving cluster method—A method of determining 
the distances to stars in a cluster, which are assumed 
to share a similar direction of motion in space. The 
accuracy of the method depends largely on the 
extent to which the cluster is spread across the sky 
and, therefore, has only been applied successfully to 
the nearest clusters. 


Parallax—A generic term used to denote the dis- 
tance to an astronomical object. 


Proper motion—Measures the angular motion of an 
object across the line of sight. 


Quasar—Originally stood for Quasi-Stellar Radio 
Source. However, the term is now commonly used 
to refer to any quasi-stellar source exhibiting large 
recessional velocities associated with the expansion 
of the universe. 


Radial velocity—Motion of an object along the line 
of sight generally determined from the spectrum of 


photographic glass plates that were taken for the proj- 
ects. Now, the determination of stellar positions can 
be accomplished directly by an electronic detector 
much like those found in a video camera, thereby 
replacing the photographic plate. This development 
also allowed the design of satellites dedicated to the 
determination of stellar positions. The most notable of 
these is the Hipparcos Space Astrometry Mission, 
developed by the European Space Agency (ESA). 
Hipparcos was designed to measure the positions of 
more than 100,000 stars with an accuracy of between 
two and four milliarc-seconds. This is easily more than 
ten times the accuracy readily achievable from the 
ground. After nearly a decade of development, 
Hipparcos was launched aboard the Ariane spacecraft 
in 1989. Unfortunately, due to a failure of the final 
stage of the rocket, the satellite never achieved the geo- 
stationary orbit approximately 25,000 mi (40,250 km) 
above the Earth. Instead, its orbit is highly elliptical, 
with its furthest point near the desired distance, but 
dipping down close to the Earth’s atmosphere at its 
low point. This problem greatly reduced the efficiency 
of the satellite. 


Eventually satellites like Hipparcos, along with 
improved ground observations, will significantly 
enhance the number of stars for which good positions, 
and other astrometrical data will be obtained. Not 
only will this clarify the view of the local stellar 
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the object. By convention, a positive radial velocity 
denotes motion away from the observer while a 
negative radial velocity indicates motion toward 
the observer. 


Space velocity—The vector combination of the 
radial velocity (vr) and transverse velocity (vt) of an 
object. The magnitude of the space velocity, vs, is 
given by vs? = vr? + vt?. 

Statistical parallax—A method for determining the 
distance to a class of similar objects assumed to have 
the same random motion with respect to the Sun. 


Transverse velocity—That component of the space 
velocity representing motion across the line of 
sight. 

Trigonometric parallax—tThe parallax of a stellar 
object determined from the angular shift of the 
object with respect to the distant stars resulting 
from the orbital motion of the Earth about the sun. 


neighborhood within the Milky Way galaxy, it will 
also increase the fundamental knowledge of stars 
themselves. As of October 2006, several astrometry 
missions are in various stages of planning and devel- 
opment. Some of them include Full-sky Astrometric 
Mapping Explorer (FAME, currently cancelled by 
NASA in 2002; future development pending budget- 
ary considerations), Space Interferometry Mission 
(SIM, currently scheduled to launch by NASA no 
earlier than 2014), and Gaia probe (to be launched as 
a successor to Hipparcos by the ESA in 2011). 


See also Celestial coordinates. 


l Astronomical unit 


An astronomical unit (AU) is a unit of length that 
astronomers use for measuring distances such as orbits 
and trajectories within the solar system. One astro- 
nomical unit is the mean (average) distance between 
the Earth and the sun, called the semimajor axis, or 
92,956,000 mi (149,600,000 km). The value of the 
astronomical unit has been measured by various 
radar-ranging studies of celestial bodies near the 
Earth. 
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The relative distances between the sun and the 
planets, in astronomical units, were known long before 
the actual distances were established. German astron- 
omer and mathematician Johannes Kepler 
(1571-1630), in developing his third law, showed that 
the ratio of the square of a planet’s period (the time to 
make one complete revolution) to the cube of the 
semimajor axis of its orbit is a constant. In other 
words, the ratio is the same for all the 
planets. Kepler’s law can be summarized by the for- 
mula a*/p> = K where a is the semimajor axis of the 
planet’s orbit, p is its period, and K is the proportion- 
ality constant, a constant that holds for all bodies orbit- 
ing the Sun. By choosing the period of the Earth as one 
year and its orbital radius as one AU, the constant K 
has a numerical value of one. 


Kepler’s third law (in a more accurate form 
derived by English physicist and mathematician Sir 
Isaac Newton [1642—1727]) can be used to calculate a 
precise value of the AU, if the exact distance between 
the Earth and another planet can be measured. An 
early attempt took place in 1671, when Jean Cassini 
in Paris, France, and Jean Richer, about 5,000 mi 
(8,000 km) away in Cayenne, Guiana, simultaneously 
determined the parallax of the planet Mars. Their 
measurements, which allowed them to calculate the 
distance from Earth to Mars by triangulation, showed 
Mars to be about 50 million mi (80 million km) from 
Earth. Since the relative distance between Earth and 
Mars was known, it was a simple matter to determine 
the actual value of an AU in miles or kilometers. 
Today, the value of the AU is known very accurately. 
The value of AU most commonly used today is 
149,597,870,691 meters (+ 30 meters). 


By measuring the time for a radar pulse to reach 
Venus, for example, and return, the distance can be 
calculated because radar waves travel at the speed of 
light. Using the astronomical unit, the distance between 
the Sun and Mars is 1.52 + 0.14 AU, while Jupiter’s 
distance from the Sun is 5.20 + 0.05 AU. 


See also Solar system. 


l Astronomy 


Astronomy, the oldest of all the sciences, is the 
scientific study of the universe and all the celestial 
bodies, gases, dust, and other materials within it. It 
seeks to describe the structure, movements, and proc- 
esses of celestial bodies and materials. Included within 
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astronomy are the theories and observations that have 
been set forth by astronomers over the many thou- 
sands of years of its existence. Cosmology, a branch of 
astronomy, deals with the study of the universe, 
including theories of how the universe began, such as 
the big bang theory. Astronomers use physics, mathe- 
matics, chemistry, geology, biology, and many other 
scientific areas when dealing with astronomy. When 
astronomers deal primarily with physics, for instance, 
they are often called astrophysicists. 


History and impact of astronomy 


Ancient ruins provide evidence that the most 
remote human ancestors observed and attempted to 
understand the workings of the cosmos, or the entire 
universe. Although not always fully understood, ancient 
ruins demonstrate that early humans attempted to 
mark the progression of the seasons as related to the 
apparent changing positions of the sun, stars, planets, 
and Moon on the celestial sphere. Archaeologists 
speculate that such observations made the determina- 
tion of times for planting and harvesting more reliable 
in developing agrarian communities and cultures. 


The regularity of the heavens (what is commonly 
referred to as the sky above the Earth’s surface) also 
profoundly affected the development of indigenous 
religious beliefs and cultural practices. For example, 
according to Aristotle (384-322 BC), Earth occupied 
the center of the cosmos, and the sun and planets 
orbited Earth in perfectly circular orbits at an unvary- 
ing rate of speed. The word astronomy is a Greek term 
for star arrangement. Although heliocentric (Sun- 
centered) theories were also advanced among ancient 
Greek and Roman scientists, the embodiment of the 
geocentric theory (Earth-centered theory) conformed 
to prevailing religious beliefs. In the form of the 
Ptolemaic model, it was subsequently embraced by 
the growing Christian church, which dominated 
Western thought until the rise of empirical science 
and the use of the telescope during the Scientific 
Revolution of the sixteenth and seventeenth centuries. 


In the East, Chinese astronomers carefully 
charted the night sky, noting the appearance of celes- 
tial phenomena such as comets and novae. As early as 
240 BC, the records of Chinese astronomers record the 
passage of a guest star known now as Halley’s Comet, 
and in AD 1054, the records indicate that one star 
became bright enough to be seen in daylight. 
Archaeoastronomers (astronomers who deal primar- 
ily with archaeology) argue that this transient bright- 
ness was a supernova explosion, the remnants of 
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A view of the inner dome and CFHT (Canada-France-Hawaii) telescope at the Mauna Kea Observatory in Hawaii. (Stephen and 


Donna O’Meara/Photo Researchers, Inc.) 


which now constitute the Crab Nebula. The appear- 
ance of the supernova was also recorded by the 
Anasazi Indians of the American Southwest. 


Observations were not limited to spectacular cel- 
estial events. After decades of patient observation, the 
Mayan peoples of Central America were able to pre- 
dict accurately the movements of the sun, moon, and 
stars. This civilization also devised a calendar that 
predicted accurately the length of a year, to what 
would now be measured to be within six seconds. 


Early in the sixteenth century, Polish astronomer 
Nicolaus Copernicus (1473-1543) reasserted the helio- 
centric theory abandoned by the Greeks and Romans. 
Although sparking a revolution in astronomy, 
Copernicus’s system was flawed deeply by an insist- 
ence on circular orbits. Danish astronomer Tycho 
Brahe’s (1546-1601) precise observations of the celes- 
tial movements allowed German astronomer and 
mathematician Johannes Kepler (1571—1630) to for- 
mulate his laws of planetary motion, which correctly 
described the elliptical orbits of the planets. 


Italian astronomer and physicist Galileo Galilei 
(1564-1642) was the first scientist to utilize a newly 
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invented telescope to make recorded observations of 
celestial objects. In a prolific career, Galileo’s discov- 
eries, including phases of Venus and moons orbiting 
Jupiter, dealt a death blow to geocentric theory. 


In the seventeenth century, English physicist and 
mathematician Sir Isaac Newton’s (1642-1727) develop- 
ment of the laws of motion and gravitation marked the 
beginning of Newtonian physics and modern astro- 
physics. In addition to developing calculus, Newton 
made tremendous advances in the understanding of light 
and optics critical to the development of astronomy. 
Newton’s seminal 1687 work, Philosophiae Naturalis 
Principia Mathematica (Mathematical Principles of 
Natural Philosophy) dominated the Western intellec- 
tual landscape for more than two centuries and pro- 
vided an impetus for the advancement of celestial 
dynamics. 


During the eighteenth century, important theories 
of celestial mechanics by French mathematician 
Joseph-Louis Lagrange (1736-1813), French mathema- 
tician Pierre Simon de Laplace, (1749-1827) and Swiss 
mathematician Leonhard Euler (1707-1783) explained 
small discrepancies between Newton’s predicted and 
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the observed orbits of the planets. These explanations 
contributed to the concept of a clockwork-like mecha- 
nistic universe that operated according to knowable 
physical laws. 


Just as primitive astronomy influenced early reli- 
gious concepts during the eighteenth century, advance- 
ments in astronomy caused significant changes in 
Western scientific and theological concepts based 
upon an unchanging, immutable God who ruled a 
static universe. During the course of the eighteenth 
century, there developed a growing scientific disregard 
for understanding based upon divine revelation and a 
growing acceptance of an understanding of Nature that 
was increasingly based upon the development and 
application of scientific laws. Whether God intervened 
to operate the mechanisms of the universe through 
miracles or signs (such as comets) became a topic of 
lively philosophical and theological debate. Concepts 
of the divine became identified with the assumed eter- 
nity or infinity of the cosmos. Theologians argued that 
the assumed immutability of a static universe, a concept 
shaken by the discoveries of Copernicus, Kepler, 
Galileo, and Newton, offered proof of the existence of 
God. The clockwork universe was viewed as confirma- 
tion of the existence of a God with infinite power who 
was the prime mover, or creator, of the universe. For 
many scientists and astronomers, however, the revela- 
tions of a mechanistic universe left no place for the 
influence of the Divine, and they discarded their reli- 
gious views. These philosophical shifts sent sweeping 
changes across the political and social landscape. 


In contrast to the theological viewpoint, astrono- 
mers increasingly sought to explain miracles in terms 
of natural phenomena. Accordingly, by the nineteenth 
century, the appearance of comets was viewed no 
longer as a direct sign from God but rather a natural, 
explainable, and predictable result of a determinis- 
tic universe. Explanations for catastrophic events 
(e.g., comet impacts, extinctions, etc.) increasingly 
came to be viewed as the inevitable results of time 
and statistical probability. 


The need for greater accuracy and precision in 
astronomical measurements, particularly those used 
in navigation, spurred development of improved tele- 
scopes and pendulum driven clocks; this greatly 
increased the pace of astronomical discovery. In 
1781, improved mathematical techniques, combined 
with technological improvements and the proper 
application of Newtonian laws, allowed German- 
born English astronomer William Herschel (1738- 
1822) to discover the planet Uranus. 


Until the twentieth century, astronomy essentially 
remained concerned with the accurate description of 
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the movements of planets and stars. Developments in 
electromagnetic theories of light and the formulation of 
quantum and relativity theories, however, allowed 
astronomers to probe the inner workings of the celestial 
objects. German-American physicist Albert Einstein’s 
(1879-1955) theories of relativity and the emergence of 
quantum theory influenced Indian-born American 
astrophysicist Subrahmanyan Chandrasekhar (1910- 
1995). Chandrasekhar first articulated the evolution 
of stars into supernovas, white dwarfs, and neutron 
stars and accurately predicted the conditions required 
for the formation of black holes, which were subse- 
quently found in the later half of the twentieth century. 
The articulation of the stellar evolutionary cycle 
allowed rapid advancements in cosmological theories 
regarding the creation of the universe. In particular, 
American astronomer Edwin Hubble’s (1889-1953) 
discovery of red-shifted spectra from stars provided 
evidence of an expanding universe that, along with 
increased understanding of stellar evolution, ulti- 
mately led to the abandonment of static models of 
the universe and the formulation of the big bang 
theory, which was based on cosmological models. 


In 1932, American engineer Karl Janskey (1905— 
1945) discovered the existence of radio waves emanat- 
ing from beyond the Earth. Janskey’s discovery led to 
the birth of radio astronomy, which ultimately became 
one of the most productive means of astronomical 
observation and spurred continuing studies of the 
cosmos across all regions of the electromagnetic 
spectrum. 


Profound questions regarding the birth and death 
of stars led to the stunning realization that, in a real 
sense, because the heavier atoms of which humans 
were comprised were derived from nucleosynthesis in 
dying stars, humankind, too, was a product of stellar 
evolution. After millenniums of observing the cosmos, 
by the dawn of the twenty-first century, advances in 
astronomy allowed humans to gaze into the night sky 
and realize that they were looking at the light from 
stars distant in space and time, and that they, also, 
were made from the very dust of stars. 


The science of astronomy 


At its most fundamental, astronomy is based on 
the electromagnetic radiation emitted by the stars. 
The ability to gather light is the key to acquiring 
useful data. The bigger the primary mirror of a tele- 
scope, the greater its light-gathering capabilities and 
the greater the magnification of the instrument. These 
two attributes allow a large telescope to image fainter, 
smaller objects than a telescope of lesser size. Thus, 
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astronomers build ever-larger telescopes, such as the 
33-ft-diameter (10-m-diameter) Keck telescopes in 
Hawaii. They also attempt to escape the distorting 
effects of the atmosphere with orbital observatories 
like the Hubble Space Telescope and the James 
Webb Space Telescope, which is expected to be 
launched in orbit about the Earth on or after 2011 by 
NASA. 


Astronomy is not just about visible light, how- 
ever. Though the visible spectral region is most famil- 
iar to human sight because eyes are optimized for these 
wavelengths, observation in the visible region shows 
only a small portion of the activities and processes 
underway in the universe. When astronomers view 
the night sky in other regions of the electromagnetic 
spectrum, it presents an entirely different picture. 
Hot gases boil when viewed at infrared wavelengths, 
newly forming galaxies and stars glow with x rays, and 
mysterious objects generate explosive bursts of 
gamma rays. Radio wave and ultraviolet observations 
likewise bring astronomers new insights about stellar 
objects. 


Each spectral region requires different instrumen- 
tation and different approaches to data analysis. 
Radio astronomers, for instance, use 20- and 30-ft- 
diameter (6- and 9-m) antennas. In addition, they use 
telescopes like the one in Arecibo, Puerto Rico, in 
which a 1,000-ft (303-m) diameter natural bowl in 
the landscape has been lined to act as an enormous 
radio wave collector. In the Very Large Array in New 
Mexico, 27 antennas placed as much as one mile apart 
from one another are linked by computer to make 
simultaneous observations, effectively synthesizing a 
telescope with a 22-mi (35-km) aperture—a radio-fre- 
quency analog to the Keck telescope. Infrared, x-ray, 
and gamma-ray telescopes require special materials 
and designs for both the focusing optics and the detec- 
tors and cannot be performed below the Earth’s 
atmosphere. 


Quantifying light—luminosity and spectral 
classes 


Astronomy is based upon the information that 
scientists can derive by what is observed when gazing 
at the stars. One of the characteristics of a star that can 
be determined observationally is its luminosity—the 
amount of light that the star emits. When combined 
with other information about a star, such as its size or 
temperature, luminosity can indicate the intensity of 
fusion reactions taking place in the stellar core. 
Luminosity cannot always be determined by direct 
observation, however, as distance can decrease the 


362 


apparent luminosity of an object. The Sun, for example, 
is not excessively luminous as stars go; it only appears 
brighter than any other stellar object because it is so 
close to the Earth. 


Magnitude is another way of expressing the lumi- 
nosity of a star. Greek astronomer and mathematician 
Hipparchus (190-120 BC) developed the magnitude 
scale for stars, rating their brightness on a scale of 1 
to 6. According to the scale, a star of first magnitude is 
defined as appearing 100 times as bright as a star of 
sixth magnitude, so the larger the magnitude, the 
fainter the object. As telescopes have allowed astron- 
omers to peer deeper into the universe, the scale has 
expanded: the star Sirius, which appears to be the 
brightest star in the heavens, has an apparent magni- 
tude of —1.27, while the dwarf planet Pluto has a 
magnitude of 14. 


Apparent magnitude, like apparent luminosity, 
can be deceptive. To avoid invalid comparisons, 
astronomers have developed the concept of absolute 
magnitude, which is defined as the apparent magni- 
tude the object would have when viewed at a distance 
of 32.6 light years (a light year is defined as the dis- 
tance that light travels in one earth-year). Thus, meas- 
uring the distance to various objects is an important 
task in astronomy and astrophysics. 


The color of light emitted by a star indicates its 
temperature. At the beginning of the twentieth cen- 
tury, astronomers began classifying stars based on 
color, or spectral classes. The classes are O, B, A, F, 
G, K, and M. O-type stars are the hottest (63,000°F 
[34,632°C]) and tend to appear white or blue-white, 
while M-type stars are the coolest (5,400°F [2,952°C]) 
and tend to appear red; the Sun, a yellow star, type G, 
falls in the middle. Another rating—L-type, for dim, 
cool objects below M-type—has been proposed for 
addition to the listing. 


Astronomers can glean a tremendous amount of 
information from stellar magnitudes and _ glasses. 
Between 1911-13, Danish astronomer Ejnar 
Hertzsprung (1873-1967) and American astronomer 
Henry Norris Russell (1877-1957) independently devel- 
oped what is now known as the Hertzsprung-Russell 
diagram, which plots the magnitude and color of stars. 
According to the diagram, most stars fall on a slightly 
curving diagonal that runs from very bright, hot stars 
down to very cool, red stars. Most stars follow this so- 
called main sequence as they gradually burn out. Some 
stars fall off of the main sequence, for example red 
giants, which are relatively cool but appear bright 
because of their enormous size; or white dwarfs, 
which are bright but so small as to appear faint. 
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KEY TERMS 


Absolute magnitude—The apparent brightness of a 
star, measured in units of magnitudes, at a fixed 
distance of 10 parsecs. 


Absorption spectrum—the record of wavelengths 
(or frequencies) of electromagnetic radiation absor- 
bed by a substance; the absorption spectrum of 
each pure substance is unique. 


Apparent magnitude—The brightness of a star, 
measured in units of magnitudes, in the visual part 
of the electromagnetic spectrum, the region to 
which our eyes are most sensitive. 


Emission spectrum—A spectrum consisting of bright 
lines generated by specific atoms or atomic processes. 


Luminosity—The amount of light emitted from a 
source per unit area. 


Spectroscopy—A technique for studying light by 
breaking it down into its constituent wavelengths. 


Spectroscopy 


When we think of astronomy, spectacular, color- 
ful pictures of swirling galaxies, collapsing stars, and 
giant clouds of interstellar gas come to mind. In real- 
ity, however, some of the most useful observational 
data in astronomy does not involve images at all. 
Spectroscopic techniques are powerful tools that 
allow scientists to detect the presence of certain ele- 
ments or processes in faraway galaxies. 


In spectroscopy, incoming light—such as that from 
a star—is passed through a grating or a prism that splits 
the light up into its constituent wavelengths, or colors. 
Normally, a very bright, hot star will emit a continuous 
spectrum of light that spreads like a rainbow across the 
electromagnetic spectrum. In the case of lower-density 
gas masses such as nebulae, however, the light will be 
emitted only at certain specific wavelengths defined by 
the elements found in the nebula; hydrogen atoms, for 
example, generate vivid yellow lines at characteristic 
wavelengths. The spectra will, thus, consist of a collec- 
tion of bright lines in an otherwise dark background; 
this is called an emission spectrum. Similarly, if a cooler 
atmosphere surrounds a star, the atoms in the atmos- 
phere will absorb certain wavelengths, leaving dark 
lines in what would otherwise be a continuum. This is 
known as an absorption spectrum. 


Scientists study absorption and emission spectra 
to discover the elements present in stars, galaxies, gas 
clouds, or planet-forming nebulae. By monitoring the 
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amount by which spectroscopic lines shift toward red 
wavelengths or toward blue wavelengths, astronomers 
can determine whether objects are moving toward or 
away from the Earth. This technique, based on the 
Doppler shift, is used not only to help astronomers 
study the expansion of the universe but also to deter- 
mine the distance or age of the object under study. By 
studying the Doppler shift of stellar spectra, astrono- 
mers have been able to monitor faint wobbles in the 
motion of stars that indicate the presence of a com- 
panion star or even of extrasolar planets. 


Although the sophisticated instruments and anal- 
ysis techniques of astrophysics assist in the under- 
standing of universe, astronomy is essentially about 
the observation of light. Using the data produced by a 
multitude of telescopes around the world and in orbit, 
astronomers are making new discoveries on a daily 
basis and, just as often, exposing new puzzles to 
solve. The basic tools described above help scientists 
to extract information about stellar objects and thus 
about the processes at work in the universe. 


See also Astrobiology; Astroblemes; Astrolabe; 
Astrometry; Astronomical unit; Cosmic background 
radiation; Cosmic ray; Cosmology; Gravity and 
gravitation; Infrared astronomy; Relativity, gen- 
eral; Relativity, special; Space shuttle; Spacecraft, 
manned; Spectral classification of stars; Spectral lines; 
Spectroscope. 
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fl Astrophysics 


Astrophysics is a branch of astronomy that 
describes the processes (from birth, evolution, and 
ending stages of celestial bodies and larger celestial 
systems) that give rise to the observable features of 
the universe in terms of previously developed physical 
theories and laws. It ties together physics and astron- 
omy by describing astronomical phenomena in terms 
of the physics and chemistry familiar in everyday life. 
Astrophysicists deal primarily with radiations emitted 
over the entire length of the electromagnetic spectrum. 
For instance, they study radiation in order to estimate 
energy states of atoms, which help to evaluate temper- 
atures and pressures of celestial objects. 


Background 


Why do the stars shine? How did the Milky Way 
galaxy form? Will the universe expand forever? These 
questions are the types of questions asked by astro- 
physicists in an attempt to understand the processes 
that cause the universe, and everything in it, to behave 
in certain ways. From the low-energy gravitational 
interactions between planets and stars to the violent, 
high energy processes occurring in the centers of gal- 
axies, astrophysical theories are used to explain what 
is seen and to understand how phenomena are related. 


For thousands of years, astronomy was simply an 
observational science—humans could observe phe- 
nomena in the sky, but had no physical explanation 
for what they saw. Early humans could offer only 
supernatural explanations for what they observed, 
which seemed drastically different from what they 
experienced in everyday life. Only in the twentieth 
century have scientists been able to explain many 
astronomical phenomena in terms of detailed physical 
theories, relating them to the same chemistry and 
physics at work in everyday lives. 


Astrophysical experiments, unlike experiments in 
many other sciences, cannot be done under controlled 
conditions or repeated in laboratories; the energies, 
distances, and time scales involved are simply too 
great. As a result, astrophysicists are forced into 
roles as observers, watching events as they happen 
without being able to control the parameters of the 
experiment. 


For centuries, humans have made such observa- 
tions and attempted to understand the forces at work. 
However, how did scientists develop the picture of the 
universe if they could not reproduce what they saw in 
the laboratory? Instead of controlling the experiments, 


364 


they used what data they were able to obtain in order 
to develop theories based on extensions of the physical 
laws that govern day-to-day experiences on Earth. 


Astrophysics often involves the creation of math- 
ematical models as a means of interpreting observa- 
tions. This theoretical modeling is important not just 
for explaining what has already been seen, but also for 
predicting other observable effects. These models are 
often based on well-established physics, but often 
must be simplified, because real astronomical phe- 
nomena can be enormously complex. 


Processes in the universe 


Even looking close to the Earth, within the solar 
system astrophysics see widely varying conditions. 
The properties of the rocky planet Mercury, very 
close to the Sun, differ dramatically from those of 
the gas giant Saturn, with its complex ring structure, 
and from the cold, icy dwarf planet Pluto. However, 
the range of variations found in the solar system is 
minuscule when compared to that of the stars, gal- 
axies, and more exotic objects such as quasars. The 
properties of all of these objects, however, can be 
measured by observation, and an understanding of 
how they work can be reached by the extension and 
application of the same physical laws with which sci- 
entists are familiar. 


The first astrophysical concept or law to be rec- 
ognized was the law of gravity. Most people are famil- 
iar with the force of gravity. Although it is a very weak 
force compared to the other fundamental forces of 
nature, it is the dominant factor determining the struc- 
ture and the fate of the universe. Large structures, such 
as galaxies, and smaller ones, such as stars and planets, 
coalesced due to the force of gravity, which acts over 
vast distances of space. 


Much of the evolution of the universe is due to 
gravity’s effects. However, scientists generally hold the 
view that the understanding of atomic processes 
marks the true beginning of astrophysics. Indeed, 
even such enormous objects as stars are governed by 
the interaction and behavior of atoms. Thus, it is often 
said that astrophysics began in the early decades of the 
twentieth century, when quantum mechanics and 
atomic physics were born. 


Importance of instrumentation 


Scientists learn about distant objects by measur- 
ing the properties that they can observe directly—for 
example, by detecting emissions from the objects. The 
most common measurements are of electromagnetic 
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radiation, extending from radio waves through visible 
wavelengths to high-energy gamma rays. Each time a 
class of objects has been studied in a new wavelength 
region, astrophysicists gain insights into composition, 
structure, and properties. Emissions from each wave- 
length region are generated by and affected by differ- 
ent processes and so provide fresh understanding of 
the object. For this reason, the development of new 
instrumentation has been crucial to the development 
of astrophysics. 


The development of space instrumentation that 
can detect photons before they are obscured by the 
Earth’s atmosphere has been critical to the under- 
standing of the universe. Large space-based observa- 
tories, such as the Hubble Space Telescope, continually 
spawn major advances in astrophysics due to their 
ability to study the universe over specific regions of 
the electromagnetic spectrum with unprecedented sen- 
sitivity. In addition, probes such as the Voyagers, 
which visited most of the outer planets of the solar 
system, have provided detailed measurements of the 
physical environment throughout the solar system. 
The use of spectroscopy, which can determine the 
chemical composition of distant objects from their 
wavelength distribution, is a particularly important 
tool of the astrophysicist. 


In addition to the photons of electromagnetic 
radiation, emitted particles can be detected. These 
can be protons and electrons, the constituents of ordi- 
nary matter on Earth (though often with extremely 
high energies), or ghostly neutrinos, which only 
weakly interact with matter on Earth (and are thus 
extremely difficult to detect) but help scientists learn 
about the nuclear reactions that power stars. 


Astrophysics proceeds through hypothesis, pre- 
diction, and testing (via observation); its common 
belief is that laws of physics are consistent throughout 
the universe. These laws of physics have served us well, 
and scientists are most skeptical of proposed explan- 
ations that violate them. 


See also Cosmology; Gamma-ray astronomy; 
Infrared astronomy; Pulsar; Quasar; Relativity, gen- 
eral; Relativity, special; Spectral classification of stars; 
Spectral lines; Star; Telescope; Ultraviolet astronomy; 
X-ray astronomy. 


Resources 
BOOKS 


Bacon, Dennis Henry, and Percy Seymour. A Mechanical 
History of the Universe. London: Philip Wilson 
Publishing, Ltd., 2003. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Harland, David Michael. The Big Bang: A View from the 
21st Century. London and New York: Springer, 2003. 

Kaufmann, William J. II], and Neil F. Comins. Discovering 
the Universe. 7th ed. New York: W. H. Freeman, 2005. 

Kundt, Wolfgang. Astrophysics: A New Approach. Berlin 
and New York: Springer, 2005. 

Mallary, Michael. Our Improbable Universe: A Physicist 
Considers How We Got Here. New York: Thunder’s 
Mouth Press, 2004. 


David Sahnow 
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structure 


Earth’s atmosphere is composed of about 78% 
nitrogen, 21% oxygen, and 0.93% argon. The remain- 
der, less than 0.1%, contains such trace gases as water 
vapor, carbon dioxide, and ozone. All of these trace 
gases have important effects on Earth’s climate. The 
atmosphere can be divided into vertical layers deter- 
mined by the way temperature changes with altitude. 
The layer closest to the surface is the troposphere, 
which contains over 80% of the atmospheric mass 
and nearly all the water vapor. The next layer, the 
stratosphere, contains most of the atmosphere’s 
ozone, which absorbs high-energy radiation from the 
sun and makes life on the surface possible. Above the 
stratosphere are the mesosphere and thermosphere. 
These two layers include regions of charged atoms 
and molecules, or ions. The upper mesosphere and 
lower thermosphere are called the ionosphere, this 
region is important to radio communications, because 
radio waves can bounce off the layer and travel great 
distances. It is thought that the present atmosphere 
developed from gases ejected by volcanoes. Oxygen, 
upon which all animal life depends, probably accumu- 
lated as excess emissions from plants that produce it as 
a waste product during photosynthesis. Human activ- 
ities may be affecting the levels of some important 
atmospheric components, particularly carbon dioxide 
and ozone. 


Composition of the atmosphere 
Major gases 


The most common atmospheric gas, nitrogen 
(chemical symbol N>) is largely inert, meaning that it 
does not readily react with other substances to form 
new chemical compounds. The next most common gas, 
oxygen (O3), is required for the respiration (breathing) 


365 


ainjondj}s pue UoIIsodwios ‘aiaydsowny 


Atmosphere, composition and structure 


of all animal life on Earth, from humans to bacteria. In 
contrast to nitrogen, oxygen is extremely reactive. It 
participates in oxidation, examples of which include 
apples turning from white to brown after being sliced, 
the rusting of iron, and the very rapid oxidation reac- 
tion known as fire. Just under 1% of the atmosphere is 
made up of argon (Ar), which is an inert noble gas, 
meaning that it does not take part in any chemical 
reactions under normal circumstances. Together, 
these three gases account for 99.96% of the atmos- 
phere. The remaining 0.04% contains a wide variety of 
trace gases, several of which are crucial to life on 
Earth. 


Important trace gases 


Carbon dioxide (CO3) affects Earth’s climate and 
plays a large support role in the biosphere, the collec- 
tion of living things that populate Earth’s surface. 
Only about 0.0325% of the atmosphere is COp. 
Carbon dioxide is required by plant life for photosyn- 
thesis, the process of using sunlight to store energy as 
simple sugars, upon which all life on Earth depends. 
Carbon dioxide is also one of a class of compounds 
called greenhouse gases. These gases are made up of 
molecules that absorb and emit infrared radiation, 
which is felt as heat. The solar energy radiated from 
the sun is mostly in the visible range, within a narrow 
band of wavelengths. This radiation is absorbed by 
Earth’s surface, then re-radiated back out to space not 
as visible light, but as longer wavelength infrared radi- 
ation. Greenhouse gas molecules absorb some of this 
radiation before it escapes to space, and re-emit some 
of it back toward the surface. In this way, these gases 
trap some of the escaping heat and increase the overall 
temperature of the atmosphere. If the atmosphere had 
no greenhouse gases, it is estimated that Earth’s sur- 
face would be 90°F (32°C) cooler. 


Water vapor (H20) is found in the atmosphere in 
small and highly variable amounts. While it is nearly 
absent in most of the atmosphere, its concentration 
can range up to 4% in very warm, humid areas close to 
the surface. Despite its relative scarcity, atmospheric 
water probably has more of an impact on Earth than 
any of the major gases, aside from oxygen. Water 
vapor is an element of the hydrologic cycle, the process 
that moves water between the oceans, the land surface 
waters, the atmosphere, and the polar ice caps. Water 
cycling drives erosion and rock weathering, deter- 
mines Earth’s weather, and sets up climate conditions 
that make land areas dry or wet, habitable or inhos- 
pitable. When cooled sufficiently, water vapor forms 
clouds by condensing to liquid water droplets, or, at 
lower temperatures, solid ice crystals. Besides creating 
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rain or snow, clouds affect Earth’s climate by reflect- 
ing some of the energy coming from the sun, making 
the planet somewhat cooler. Water vapor is also an 
important greenhouse gas. It is concentrated near the 
surface and is much more prevalent near the tropics 
than in the polar regions. 


Ozone (O3) is found almost exclusively in a layer 
about 9-36 mi (15-60 km) in altitude. At lower alti- 
tudes, ozone gas is irritating to eyes and skin and 
chemically attacks rubber and _ plant tissue. 
Nevertheless, it is vital to life on Earth because it 
absorbs most of the high-energy radiation from the 
sun that is harmful to plants and animals. A portion of 
the energy radiated by the sun lies in the ultraviolet 
(UV) region. This shorter wavelength radiation is 
responsible for suntans and is sufficiently powerful 
to harm cells, cause skin cancer, and burn skin. The 
ozone molecules, along with molecules of O2, absorb 
nearly all the high-energy UV rays, protecting Earth’s 
surface from the most damaging radiation. The first 
step in this process occurs high in the atmosphere, 
where O, molecules absorb very high energy UV radi- 
ation. Upon doing so, each absorbing molecule breaks 
up into two oxygen atoms. The oxygen atoms even- 
tually collide with another O, molecule, forming a 
molecule of ozone, O; (a third molecule is required in 
the collision to carry away excess energy). Ozone in 
turn may absorb UV of slightly longer wavelength, 
which removes one of its oxygen atoms and leaves 
O,. The free oxygen atom, being very reactive, will 
almost immediately recombine with another O2, form- 
ing more ozone. The last two steps of this cycle repeat 
themselves but do not create any new chemical com- 
pounds; they only act to absorb ultraviolet radiation. 
The amount of ozone in the stratosphere is small. If it 
were all transported to the surface, the ozone gas 
would form a layer about 0.1—0.16 in (2.5-4.0 mm) 
thick. This layer, as thin as it is, is sufficient to shield 
Earth’s occupants from harmful solar radiation. 


Aerosols 


In addition to gases, the atmosphere has a wide 
variety of suspended particles known collectively as 
aerosols. These particles may be liquid or solid and are 
small enough that they may require very long times to 
settle out of the atmosphere by gravity. Examples of 
aerosols include suspended soil or desert sand par- 
ticles, smoke particles from wildfires, salt particles 
from evaporated ocean water, plant pollen, volcanic 
dust, and particles formed from the pollution created 
by coal burning power plants. Aerosols significantly 
affect atmospheric heat balance, cloud growth, and 
optical properties. 
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The particles in aerosols cover a wide range of 
sizes. Raindrops suspended in a cloud are about 
0.04—0.24 in (1-6 mm) in diameter. Fine desert sand 
and cloud droplets range in diameter down to about 
0.0004 in (0.01 mm). Sea salt particles and smoke 
particles are 1/100th of this, about 0.0001 mm, or 0.1 
micrometer, in diameter (1 micrometer = one thou- 
sandth of a millimeter). Smallest of all are the particles 
that form when certain gases condense—that is, when 
several gas molecules come together to form a stable 
cluster. These are the Aitkin nuclei, whose diameters 
can be measured down to a few nanometers (1 nano- 
meter = one millionth of a millimeter). 


The size of some aerosol particles allows them to 
efficiently scatter sunlight and create atmospheric haze. 
Under some conditions, aerosols act as collecting points 
for water vapor molecules, encouraging the growth of 
cloud droplets and speeding the formation of clouds. 
They may also play a role in Earth’s climate. Aerosols 
are known to reflect a portion of incoming solar radia- 
tion back to space, which lowers the temperature of 
Earth’s surface. Current research is focused on estimat- 
ing how much cooling is provided by aerosols, as well as 
how and when aerosols form in the atmosphere. 


Atmospheric structure 


The atmosphere can be divided into layers based 
on the atmospheric pressure and temperature profiles 
(the way these quantities change with height). Atmos- 
pheric temperature drops steadily from its value at the 
surface, about 290K (63°F; 17°C), until it reaches a 
minimum of around 220K (—64°F; —53°C) at 6 mi (10 
km) above the surface. This first layer is called the 
troposphere and ranges in pressure from over 1,000 
millibars at sea level to 100 millibars at the top of the 
layer, the tropopause. Above the tropopause, the tem- 
perature rises with increasing altitude up to about 27 
mi (45 km). This region of increasing temperatures is 
the stratosphere, spanning a pressure range from 100 
millibars at its base to about 10 millibars at the stra- 
topause, the top of the layer. Above 30 mi (50 km), the 
temperature resumes its drop with altitude, reaching a 
very cold minimum of 180K (—135°F; —93°C) at around 
48 mi (80 km). This layer is the mesosphere, which at 
its top (the mesopause) has an atmospheric pressure of 
only 0.01 millibars (that is, only 1/100,000th of the 
surface pressure). Above the mesosphere lies the ther- 
mosphere, extending hundreds of miles upward toward 
the vacuum of space. It is not possible to place an exact 
top of the atmosphere because air molecules become 
scarcer until the atmosphere blends with the material 
found in space. 
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The troposphere 


The troposphere contains over 80% of the mass of 
the atmosphere, along with nearly all of the water 
vapor. This layer contains the air we breathe, the 
winds we observe, and the clouds that bring our rain. 
All of what we know as weather occurs in the tropo- 
sphere, the name of which means “changing sphere.” 
All of the cold fronts, warm fronts, high and low 
pressure systems, storm systems, and other features 
seen on a weather map occur in this lowest layer. 
Severe thunderstorms may penetrate the tropopause. 


Within the troposphere, temperature decreases 
with increasing height at an average rate of about 
11.7°F per every 3,281 ft (6.5°C per every 1,000 meters). 
This quantity is known as the lapse rate. When air 
begins to rise, it will expand and cool at a faster rate 
determined by the laws of thermodynamics. This 
means that if a parcel of air begins to rise, it will 
soon find itself cooler and denser than its surround- 
ings, and will sink back downward. This is an example 
of a stable atmosphere in which vertical air movement 
is prevented. Because air masses move within the tro- 
posphere, a cold air mass may move into an area and 
have a higher lapse rate. That is, its temperature falls 
off more quickly with height. Under these weather 
conditions, air that begins rising and cooling will 
become warmer than its surroundings. It then is like 
a hot-air balloon: it is less dense than the surrounding 
air and buoyant, so it will continue to rise and coolina 
process called convection. If this is sustained, the 
atmosphere is said to be unstable, and the rising parcel 
of air will cool to the point where its water vapor 
condenses to form cloud droplets. The air parcel is 
now a convective cloud. If the buoyancy is vigorous 
enough, a storm cloud will develop as the cloud drop- 
lets grow to the size of raindrops and begin to fall out 
of the cloud as rain. Thus, under certain conditions the 
temperature profile of the troposphere makes possible 
storm clouds and precipitation. 


During a strong thunderstorm, cumulonimbus 
clouds (the type that produce heavy rain, high winds, 
and hail) may grow tall enough to reach or extend into 
the tropopause. Here they run into strong strato- 
spheric winds, which may shear off the top of the 
clouds and stop their growth. One can see this effect 
in the anvil clouds associated with strong summer 
thunderstorms. 


The stratosphere 


The beginning of the stratosphere is defined as 
that point where the temperature reaches a minimum 
and the lapse rate abruptly drops to zero. This 
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temperature structure has one important conse- 
quence: it inhibits rising air. Any air that begins to 
rise will become cooler and denser than the surround- 
ing air. The stratosphere is therefore very stable. 


The stratosphere contains most of the ozone found 
in Earth’s atmosphere, and the presence of ozone is the 
reason for the temperature profile found in the strato- 
sphere. Ozone and oxygen gas both absorb short wave 
solar radiation. In the series of reactions that follow, heat 
is released. This heat warms the atmosphere in the layer 
at about 12-27 mi (20-45 km) and gives the stratosphere 
its characteristic temperature increase with height. 


The ozone layer has been the subject of concern. 
In 1985, scientists from the British Antarctic Survey 
noticed that the amount of stratospheric ozone over 
the South Pole fell sharply during the spring months, 
recovering somewhat as spring turned to summer. An 
examination of the historical records revealed that the 
springtime ozone losses had begun around the late 
1960s and had grown much more severe by the late 
1970s. By the mid-1980s virtually all the ozone was 
disappearing from parts of the polar stratosphere dur- 
ing the late winter and early spring. These ozone 
losses, dubbed the ozone hole, were the subject of 
intense research both in the field and in the laboratory. 


Although the stratosphere has very little water, 
clouds of ice crystals may form at times in the lower 
stratosphere over the polar regions. Early Arctic 
explorers named these clouds nacreous or mother-of- 
pearl clouds because of their iridescent appearance. 
More recently, very thin and widespread clouds have 
been found to form in the polar stratosphere under 
extremely cold conditions. These clouds, called polar 
stratospheric clouds, or PSCs, appear to be small crys- 
tals of ice or frozen mixtures of ice and nitric acid. PSCs 
play a key role in the development of the ozone hole. 


The understanding that has emerged implicates 
chlorine as the chemical responsible for ozone des- 
truction in the ozone hole. Chlorine apparently gets 
into the stratosphere from chlorofluorocarbons, or 
CFCs—industrial chemicals widely used as refriger- 
ants, aerosol propellants, and solvents. Laboratory 
experiments show that after destroying an ozone mol- 
ecule, chlorine is tied up in a form unable to react with 
any more ozone. However, it can chemically react with 
other chlorine compounds on the surfaces of polar 
stratospheric cloud particles, which frees the chlorine 
to attack more ozone. In other words, each chlorine 
molecule is recycled many times so that it can destroy 
thousands of ozone molecules. The realization of 
chlorine’s role in ozone depletion brought about 
an international agreement in 1987, the Montreal 
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Protocol, which committed the participating industri- 
alized countries to begin phasing out CFCs. 


The mesosphere and thermosphere 


The upper mesosphere and the lower thermosphere 
contain charged atoms and molecules (ions) in a region 
known as the ionosphere. The atmospheric constituents 
at this level include nitrogen gas, atomic oxygen, nitro- 
gen (O and N), and nitric oxide (NO). All of these are 
exposed to strong solar emission of ultraviolet and x-ray 
radiation, which can result in ionization, knocking off an 
electron to form an atom or molecule with a positive 
charge. The ionosphere is a region enriched in free elec- 
trons and positive ions. This charged particle region 
affects the propagation of radio waves, reflecting them 
as a mirror reflects light. The ionosphere makes it possi- 
ble to tune in radio stations very far from the transmitter. 
Even if the radio waves coming directly from the trans- 
mitter are blocked by mountains or the curvature of 
Earth, one can still receive the waves bounced off the 
ionosphere. After the sun sets, the numbers of electrons 
and ions in the lower layers drop drastically, because the 
sun’s radiation is no longer available to keep them ion- 
ized. Even at night, however, the higher layers retain 
some ions. The result is that the ionosphere is higher at 
night, which allows radio waves to bounce for longer 
distances. This is the reason that one can frequently tune 
in to more distant radio stations at night than during the 
day. 


The upper thermosphere is also where the bright 
nighttime displays of colors and flashes known as the 
aurora occur. The aurora are caused by energetic par- 
ticles emitted by the sun. These particles become 
trapped by Earth’s magnetic field and collide with 
the relatively few gas atoms present above about 60 
mi (100 km), mostly atomic oxygen (O) and nitrogen 
gas (N>). These collisions cause the atoms and mole- 
cules to emit light, resulting in spectacular displays. 


The past and future of the atmosphere 


If any atmosphere was present after Earth was 
formed about 4.5 billion years ago, it was probably 
much different than that of today. Most likely it 
resembled those of the outer planets—Jupiter, Saturn, 
Uranus, and Neptune—with an abundance of hydro- 
gen, methane, and ammonia gases. The present atmos- 
phere did not form until after this primary atmos- 
phere was lost. One theory holds that the primary 
atmosphere was blasted from Earth by the Sun. If the 
Sun is like other stars of its type, it may have gone 
through a phase where it violently ejected material out- 
ward toward the planets. All of the inner planets, 
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KEY TERMS 


Infrared radiation—Radiation similar to visible light 
but of slightly longer wavelength. We sense infrared 
radiation as heat. 


lonosphere—Region of the atmosphere above about 
48 mi (80 km), with elevated concentrations of 
charged atoms and molecules (ions). 


Lapse rate—The rate at which the atmosphere cools 
with increasing altitude. 


Mesosphere—The third layer of the atmosphere, 
lying about 30-48 mi (50-80 km) in height and 
characterized by small lapse rate. 


Ozone hole—The sharp decease in stratospheric 
ozone over Antarctica that occurs every spring. 


Stratosphere—A layer of the upper atmosphere 
above an altitude of 5—-10.6 mi (8-17 km), which 
extends to about 31 mi (50 km), depending on 


including Earth, would have lost their gaseous enve- 
lopes. A secondary atmosphere began to form when 
gases were released from the crust of the early Earth by 
volcanic activity. These gases included water vapor, car- 
bon dioxide, nitrogen, and sulfur or sulfur compounds. 
Oxygen was absent from this early secondary atmosphere. 


The large amount of water vapor released by the 
volcanoes formed clouds that continually rained on the 
early Earth, forming the oceans. Because carbon diox- 
ide dissolves easily in water, the new oceans gradually 
absorbed most of it. Nitrogen, being unreactive, was 
left behind to become the most common gas in the 
atmosphere. The carbon dioxide that remained began 
to be used by early plant life in the process of photo- 
synthesis. Geologic evidence indicates this may have 
begun about two to three billion years ago, probably in 
an ocean or aquatic environment. Around this time, 
there appeared aerobic (oxygen using) bacteria and 
other early animal life, which consumed the products 
of photosynthesis and emitted CO,. This completed the 
cycle for CO, and O,; the two gases stayed in balance 
as long as all plant material was consumed by an oxy- 
gen-breathing organism. However, some plant material 
was inevitably lost or buried before it could be decom- 
posed. This effectively removed carbon dioxide from 
the atmosphere and left a net increase in oxygen. Over 
the course of billions of years, a considerable excess 
built up this way, so that oxygen now makes up over 
20% of the atmosphere (and carbon dioxide makes up 
less than 0.033%). All animal life thus depends on the 
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season and latitude. Within the stratosphere, air tem- 
perature changes little with altitude, and there are 
few convective air currents. 

Thermosphere—The top layer of the atmosphere, 
starting at about 48 mi (80 km) and stretching up 
hundreds of miles into space. Due to bombardment 
by very energetic solar radiation, this layer can pos- 
sess very high gas temperatures. 

Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of the Earth, also known as the 
lower atmosphere. 

Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher 
energy. 

X-ray radiation—Light radiation with wavelengths 
shorter than the shortest ultraviolet; very energetic 
and harmful to living organisms. 


oxygen accumulated gradually by the biosphere over 
the past two billion years. 


Future changes to the atmosphere are difficult to 
predict. There is currently growing concern that 
human activity may be altering the atmosphere to 
the point that it may affect Earth’s climate. This is 
particularly the case with carbon dioxide. When fossil 
fuels such as coal and oil are dug up and burned, 
buried carbon dioxide is released back into the air. 
Because carbon dioxide is a greenhouse gas, it acts to 
trap infrared (heat) energy radiated by Earth, warm- 
ing up the atmosphere. 


See also Atmospheric circulation; Greenhouse 
effect. 
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I Atmosphere observation 


The term weather observation refers to all of the 
equipment and techniques used to study the properties 
of the atmosphere. These include such well-known 
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instruments as the thermometer and barometer, as 
well as less familiar devices such as the radiosonde 
and devices for detecting the presence of trace gases 
in the atmosphere. 


History 


The fundamental principles on which the most 
common atmospheric observational instruments are 
based were discovered during the seventeenth and 
eighteenth centuries. For example, the Italian physi- 
cist Evangelista Torricelli (1608-1647) invented the 
first barometer in 1643, while the air hygrometer, a 
device for measuring atmospheric humidity, was 
invented by the Swiss physicist Horace Bénédict de 
Saussure (1740-1799) in about 1780. 


These instruments were useful at first in studying 
atmospheric properties close to the ground, but not at 
very high altitudes. In 1648, the French physicist 
Florin Périer asked his brother-in-law to carry a pair 
of barometers to the top of Puy-de-Déme to make 
measurements of air pressure there, but that was 
about the limit to which humans themselves could go. 


Kites 


One of the first means developed for raising scien- 
tific instruments to higher altitudes was the kite. In one 
of the most famous kite experiments of this kind, 
Benjamin Franklin used a kite in 1752 to discover that 
lightning was a form of electricity. Within a short period 
of time, kites were being used by other scientists to carry 
recording thermometers into the atmosphere, where 
they could read temperatures at various altitudes. 


Weather balloons 


An important breakthrough in atmospheric obser- 
vation came in the late eighteenth century with the 
invention of the hot-air balloon. Balloon flights made 
it possible to carry instruments thousands of feet into 
the atmosphere to take measurements. The English 
physician John Jeffries is often given credit for the 
first balloon ascension for the purpose of making 
meteorological measurements. In 1785 Jeffries carried 
a thermometer, barometer, and hygrometer to a height 
of 9,000 ft (2,700 m) in his balloon. 


For the next 150 years, balloons were the primary 
means by which instruments were lifted into the 
atmosphere for purposes of observation. A number 
of devices were invented specifically for use in weather 
balloons. The most commonly used of these devices 
were the meteorograph and the radiosonde, both of 
which are combinations of instruments for measuring 
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temperature, pressure, humidity, and other atmos- 
pheric properties. 


The radiosonde differs from a meteorograph in 
that it also includes a radio that can transmit the data 
collected back to Earth. When the radiosonde is also 
used to collect data about atmospheric winds, it is then 
known as a rawinsonde. In most cases, data collected 
with the meteorograph is recovered only when the 
instrument is jettisoned from the balloon or airplane 
carrying it. At one time, scientists paid five dollars to 
anyone who found and returned one of these measur- 
ing devices. 


Balloons are still an important way of transport- 
ing weather instruments into the atmosphere. Today, 
they are often very large pieces of equipment, made of 
very thin plastic materials and filled with helium gas. 
When the balloons are first released from the ground, 
they look as if they are nearly empty. However, as they 
rise into the atmosphere and the pressure around them 
decreases, they fill to their full capacity. Balloons used 
to study the properties of the upper atmosphere are 
known as sounding balloons. 


Rockets and aircraft 


The invention of the airplane and the rocket cre- 
ated new opportunities for the study of the atmos- 
phere by making it possible to carry instruments far 
higher than they had ever gone before. At first, air- 
planes did similar work to that done by scientists 
traveling in balloons. Airplanes, however, performed 
that work much more efficiently, and at higher alti- 
tudes, with greater safety and comfort. As technology 
improved, aircraft began to take on new and more 
complex tasks. For example, they could fly through a 
cloud and collect cloud droplets on slides for future 
study. Today, airplanes are also used by so-called 
hurricane hunters, who fly into the middle of a hurri- 
cane to study its properties and movement. 


Airplanes now used for atmospheric observation 
often have bizarre appearances. They may carry large 
platforms on their tops, oversized needles on their 
noses, or other attachments in which an array of obser- 
vational instruments can be carried. One airplane used 
for atmospheric observation, a commercial DC8 air- 
craft, has been redesigned and outfitted to carry the 
equipment needed to measure levels of ozone and 
related chemicals over the Antarctic. Data collected 
from this airplane has been crucial in helping scientists 
understand how ozone levels have been decreasing over 
the South Pole over the past decade or more. 


Unmanned rockets can carry measuring devices 
to altitudes even greater than is possible with a piloted 
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aircraft. Again, rockets can perform the same stand- 
ard measurements as a radiosonde, except at greater 
atmospheric heights. They can also perform more 
complex measurements. For example, they can be 
designed to carry and release a variety of chemicals 
that can then be tracked by radar and other systems 
located on the ground. Some rockets have also 
released explosive devices high in the atmosphere so 
that scientists can study the way in which sound waves 
are transported there. 


Weather satellites 


The most sophisticated atmospheric observatio- 
nal systems of all are those that make use of artificial 
satellites. A weather satellite is a device that is lifted 
into Earth orbit by a rocket and that carries inside it 
a large number of instruments for measuring many 
properties of the atmosphere. The first weather 
satellite was put into orbit by the U.S. government 
on April 1, 1960. Its name was TIROS / (Television 
and Infrared Observation Satellite). Over the next five 
years, nine more satellites of the same name were 
launched. One of the primary functions of the TIROS 
satellites was to collect and transmit photographs of 
Earth’s cloud patterns. 


In addition to the TIROS program, the U.S. govern- 
ment has put into operation a number of other weather 
satellite systems, including Nimbus, ESSA (Environ- 
mental Sciences Service Administration), and GOES 
(geosynchronous environmental satellites). The former 
Soviet Union also had an active program of weather 
observation by satellite. The first Soviet satellite was 
known as Kosmos 122, followed by a series of satellites 
known by the code name of Meteor. Following the 
launches by the United States and the former Soviet 
Union, Japan, the European Space Agency, India, and 
China have all launched weather satellites. 


Satellites provide a variety of data about atmos- 
pheric properties that can contribute to improved 
weather forecasting. Satellites can track the develop- 
ment, growth, and movement of large storm systems, 
such as hurricanes and cyclones. This information can 
be used to warn of oncoming storms, save lives, and 
reduce property damage from severe storms. 


Satellites can also take measurements using vari- 
ous wavelengths of light, thereby collecting data that 
would not be accessible to some other kinds of instru- 
ments. As an example, a satellite can photograph a 
cloud cover using both visible and infrared light and, 
by comparing the two, predict which cloud system is 
more likely to produce precipitation. 
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KEY TERMS 


Meteorograph—An instrument designed to be sent 
into the atmosphere to record certain measure- 
ments, such as temperature and pressure. 


Radiosonde—An instrument for collecting data in 
the atmosphere and then transmitting that data 
back to Earth by means of radio waves. 


Rawinsonde—A type of radiosonde that is also 
capable of measuring wind patterns. 


Atmospheric composition 


The observational systems described so far can be 
used to measure more than just physical properties 
such as temperature, pressure, and air movements. 
They can also be used to determine the chemical com- 
position of the atmosphere. Such measurements can 
be valuable not only in the field of meteorology, but in 
other fields as well. 


One of the earliest examples of such research dates 
to 1804, when the French physicist Joseph Louis Gay- 
Lussac traveled in a balloon to a height of 23,000 ft 
(6,900 m). At this altitude, he collected an air sample 
that he analyzed upon his return to the ground. Gay- 
Lussac found that the composition of air at 23,000 ft 
(6,900 m) was the same as it was at sea level. 


An example of this kind of research today involves 
the issue of climate change. Over the past decade there 
has been a great deal of interest with respect to large 
scale changes in Earth’s climate. Many scientists 
believe that an accumulation of carbon dioxide and 
other gases in the atmosphere has been contributing to 
a gradual increase in Earth’s overall average annual 
temperature. This phenomenon is referred to as global 
warming. If such a change were, in fact, to occur, it 
would have significant effects on plant and animal 
(including human) life on Earth. 


Many of the questions about global climate 
change cannot adequately be answered, however, 
without a fairly good understanding of the gases 
present in the atmosphere, changes in their concentra- 
tion over time, and chemical reactions that occur 
among those gases. Until recently, most of those ques- 
tions could not have been answered. Today, however, 
manned aircraft, rockets, and satellites are able 
to collect some of the kinds of data that will allow 
scientists to develop a better understanding of the 
chemical processes that occur in the atmosphere and 
the effects they may have on both weather and climate. 
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Atmospheric circulation 


Atmospheric circulation is the movement of air at 
all levels of the atmosphere over all parts of the planet. 
The driving force behind atmospheric circulation is 
solar energy, which heats the atmosphere with differ- 
ent intensities at the equator, the middle latitudes, and 
the poles. Differential heating causes air to rise in the 
atmosphere at some locations on the planet and then 
to sink back to Earth’s surface at other locations. 
Earth’s rotation on its axis and the unequal distribu- 
tion of land and water masses on the planet also con- 
tribute to of atmospheric circulation. 


An idealized model of atmospheric 
circulation 


As early as the 1730s, the English lawyer and 
amateur scientist George Hadley described an ideal- 
ized model for the movement of air in Earth’s atmos- 
phere. Hadley recognized that air at the equator is 
heated more strongly than at any other place on 
earth. In comparison, air above the poles is cooler 
than at any other location. Therefore, surface air 
near the equator will rise into the upper atmosphere 
and sink from the upper atmosphere to ground level 
near the poles. In order to balance these vertical move- 
ments of air, it was also necessary to hypothesize that 
air flows across Earth’s surface from each pole back to 
the equator and, in the upper atmosphere, from above 
the equator to the poles. 


The circular movement of air described by Hadley 
represents a convection cell. The term convection 
refers to the transfer of heat as it is carried from 
place to place by a moving fluid, air in this case. 


Hadley knew that surface winds do not blow from 
north to south in the northern hemisphere and from 
south to north in the southern hemisphere, as his 
simple model would require. He explained that winds 
tend to blow from the east or west because of Earth’s 
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rotation. The spinning planet causes air flows that 
would otherwise be from the north or south to be 
diverted to the east or west. 


A century after Hadley’s initial theory was pro- 
posed, a mathematical description of this circular 
motion was published by the French physicist Gaspard 
Gustave de Coriolis. Coriolis was able to prove math- 
ematically that an object in motion on any rotating 
body always appears to follow a curved path in rela- 
tion to any other body on the same rotating body. This 
discovery, now known as the Coriolis effect, provided 
a more exact description of the way in which surface 
winds are deflected to the east or west than did 
Hadley’s original theory. 


The three-cell model 


At about the time that Coriolis published his 
studies on rotating bodies, scientists were beginning 
to realize that Hadley’s single convection cell model 
was too simple. Atmospheric pressure and wind meas- 
urements taken at many locations around the planet 
did not fit the predictions made by the Hadley model. 


Some important modifications in the Hadley 
model were suggested in the 1850s by the American 
meteorologist William Ferrell. Ferrell had much more 
data about wind patterns than had been available to 
Hadley. On the basis of the data, Ferrell proposed a 
three-cell model for atmospheric circulation. Ferrell’s 
model begins, like Hadley’s, with the upward move- 
ment of air over the equator and lateral flow toward 
the poles along the upper atmosphere. At approxi- 
mately 30° latitude, Ferrell suggested, the air becomes 
cool enough to descend to Earth’s surface. Once at the 
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surface, some of the air would flow back toward the 
equator, as in the Hadley model. Today this large 
convection current over the third of the globe above 
and below the equator is known as a Hadley cell. 


Ferrell’s new idea was that some of the air descend- 
ing to Earth near latitude 30° would flow away from the 
equator and toward the poles along Earth’s surface. It 
was this flow of air that made Ferrell’s model more 
elaborate and more accurate than Hadley’s, for at 
about 60° latitude, this surface flow of air collided 
with a flow of polar air to make two additional con- 
vection cells. 


Ferrell had agreed with Hadley about the move- 
ment of air above the poles. Cool air would descend 
from higher altitudes and flow toward the equator 
along Earth’s surface. At about 60° latitude, however, 
the flow of polar air would collide with air flowing 
toward it from the 30° latitude outflow. 


The accumulation of air resulting from this colli- 
sion along latitude 60° would produce a region of high 
pressure that could be relieved, according to Ferrell, 
by updrafts that would carry air high into the atmos- 
phere. There the air would split into two streams, one 
flowing toward the equator and descending to Earth’s 
surface once more at about 30° latitude. This down- 
ward flow would complete a second convection cell 
covering the mid-latitudes; it is now known as the 
Ferrell cell. The second stream above 30° latitude 
would flow toward the poles and complete the third, 
or polar, cell. 


Observed patterns of circulation 


One of the implications of the Ferrell hypothesis is 
that there should be relatively little surface wind near 
the equator. In this region, surface winds should flow 
toward the equator from the Hadley cells and, when 
they meet, rise into the upper atmosphere. Equatorial 
regions would be expected to be characterized, there- 
fore, by relatively low pressures with weak surface 
winds. Those conditions had been observed for cen- 
turies by mariners, who long ago gave the name of the 
doldrums to the equatorial seas. Sailing ship captains 
feared and avoided equatorial waters because winds 
are so weak and unreliable that they could easily 
become stranded for days or weeks at a time. 


A second region of calm on Earth’s surface, 
according to the three-cell model, would be around 
latitude 30°. In this region, air moving downward 
from both the Hadley and Ferrell cells collides as it 
reaches Earth’s surface, producing regions of high 
pressure. As in the doldrums, the regions around lat- 
itude 30° are characterized by weak and unpredictable 
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winds. Sailors named these regions the horse latitudes 
because ships carrying horses to the Americas often 
became becalmed in the waters around 30°N latitude; 
as supplies ran low, sailors sometimes threw the horses 
overboard. 


The regions between the horse latitudes and the 
doldrums (between 0° and 30° latitude) are those in 
which surface winds flow toward the equator. That 
flow is not directly from north to south or south to 
north because of the Coriolis effect. Instead, winds in 
these regions tend to blow from the northeast to the 
southwest in the northern hemisphere and from 
the southeast to the northwest in the southern hemi- 
sphere. Because the winds tend to be strong and 
dependable—the sorts of wind upon which sailing 
ships depend—these winds have long been known as 
the trade winds. 


The intersection of the Ferrell and polar cells 
around latitude 60° is another region at which surface 
flows of air meet. One, from the Ferrell cell, consists 
of relatively warm air flowing toward the poles. The 
other, from the polar cell, consists of much colder 
air flowing toward the equator. The point at which 
these two systems meet is called the polar front and is 
characterized by some of the world’s most dramatic 
storms. 


The prevailing direction of surface winds with the 
Ferrell and polar cells is determined by the Coriolis 
effect. In the Ferrell cell, winds tend to blow from the 
southwest to the northeast in the northern hemisphere 
and from the northwest to the southeast in the south- 
ern hemisphere. To residents of North America, these 
prevailing westerlies carry weather systems across the 
continent from west to east. 


In the polar cell, the predominant air movements 
are just the opposite of the prevailing westerlies: from 
northeast to southwest in the northern hemisphere 
and from southeast to northwest in the southern 
hemisphere. 


Patterns of surface pressure 


Conceptual models of meteorologic phenomena 
have only limited applicability in the real world because 
a number of factors depart from the ideal conditions 
used to develop models. These factors ensure that 
actual weather conditions will be far more complicated 
than the general conditions described above. 


For example, both the Hadley and Ferrell models 
assume that Earth has a homogeneous composition 
and that the sun always shines directly over the equa- 
tor. Neither condition is strictly true. Most parts of the 
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planet are covered with water, and land masses are 
distributed unevenly. The flow of air in any one cell, 
therefore, may be undisturbed for long stretches in one 
region (as across an ocean), but highly disrupted in 
another region (as across a mountain range). 


Charts showing air pressure at various locations 
on Earth’s surface are useful tools for meteorologists, 
because air flows from regions of higher pressure to 
those of lower pressure. Such charts indicate that cer- 
tain parts of the planet tend to be characterized by 
unusually high or low pressure centers at various times 
of the year. Eight semipermanent high- and low-pres- 
sure cells that reappear every year on a regular basis 
have been identified. 


A semipermanent high pressure zone persists in 
Bermuda throughout the year. A semipermanent low 
pressure zone—the Icelandic low—is usually found 
north of the Bermuda high and tends to shift from 
east to west and back again during the year. During 
the winter in the northern hemisphere, a semiperma- 
nent high that exists over Siberia disappears and is 
replaced by a semipermanent low over India each 
summer. The existence of these semipermanent highs 
and lows accounts for fairly predictable air move- 
ments over relatively large areas of Earth’s surface. 


The jet streams 


During World War II, an especially dramatic type 
of atmospheric air movement was discovered: the jet 
streams. On a bombing raid over Japan, a sortie of B- 
29 bombers found themselves being carried along with 
a tail wind of about 186 mph (300 km/h). After the 
war, meteorologists found that these winds were part 
of permanent air movements now known as the jet 
streams. Jet streams are currents of air located at 
altitudes of 30,000-45,000 ft (9,100—-13,700 m) that 
generally move with speeds ranging from about 30- 
75 mph (50-120 km/h). It is not uncommon, however, 
for the speed of jet streams to be much greater than 
these average figures, and velocities as high as 300 mph 
(500 km/h) have been measured. 


The jet streams discovered in 1944 are formed 
along the polar front between the Ferrell and polar 
cells. For this reason, they are usually known as polar 
jet streams. Polar jet streams usually travel on a west 
to east direction between 30°N and 50°N latitude. 
Commercial aircraft often take advantage of the extra 
push provided by the polar jet stream when they travel 
from west to east, although the same winds slow down 
planes going in the opposite direction. 


The path followed by jet streams is variable. They 
may break apart into two separate streams and then 
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KEY TERMS 


Convection—The transfer of heat by means of a 
moving fluid such as air in Earth’s atmosphere. 


Coriolis effect—An apparent force experienced by 
any object that is moving across the face of a rotat- 
ing body. 

Doldrums—A region of the equatorial ocean where 
winds are light and unpredictable. 


Horse latitudes—A region of the oceans around 30° 
latitude where winds are light and unpredictable. 


Jet stream—A rapidly moving band of air in the 
upper atmosphere. 


Polar front—A relatively permanent front formed at 
the junction of the Ferrell and polar cells. 


Trade winds—Relatively constant wind patterns 
that blow toward the equator at about 30° latitude. 


rejoin or remain as a single stream. They also tend to 
meander north and south from a central west-east 
axis. The movement of the jet streams has a major 
effect on weather in mid-latitude regions. 


Since the end of World War I, jet streams other 
than those along the polar front have been discovered. 
For example, a tropical easterly jet stream has been 
found to develop during the summer months over 
Africa, India, and southeast Asia. Some low-level jet 
streams have also been identified. One of these is 
located over the Central Plains in the United States, 
where topographic and climatic conditions favor the 
development of unusually severe wind systems. 


Other violent wind systems 


A number of air movements are not large enough 
to be described as forms of global circulation, although 
they do cover extensive regions of the planet. Monsoons, 
for example, are heavy rain systems that sweep across 
the Indian subcontinent for about six months of each 
year. They are caused by movement of air from Siberia 
to Africa by way of India and back again. 


During the winter, cold, dry air from central Asia 
sweeps over India, across the Indian Ocean, and into 
Africa. Relatively little moisture is transported out of 
Siberia during this time of the year. As summer 
approaches, however, the Asian land mass warms 
up, low pressures develop, and the winter air move- 
ment pattern is reversed. Winds blow out of Africa, 
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across the Indian Ocean and the Indian peninsula, and 
back into Siberia. These winds pick up moisture from 
the ocean and bring nearly constant rains—the mon- 
soons—to India for about six months. 


See also Air masses and fronts; Global climate; 
Monsoon. 
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Atmospheric optical 


phenomena 


Atmospheric optical phenomena are visual events 
that take place in Earth’s atmosphere as a conse- 
quence of light reflection, refraction, and diffraction 
by solid particles, liquids droplets, and other materials 
present in the atmosphere. Such phenomena include a 
wide variety of events ranging from the blue color of 
the sky itself to mirages and rainbows to sundogs and 
solar pillars. 


Reflection and refraction 


The fact that colors appear in the atmosphere is a 
consequence of the way that white light is broken up 
into its component parts—red, orange, yellow, green, 
blue, indigo, and violet (the spectrum)—during its 
interaction with materials in the atmosphere. That 
interaction takes one of three general forms: reflec- 
tion, refraction, and diffraction. 


Reflection occurs when light rays strike a smooth 
surface and return at an angle equal to that of the 
incoming rays. Reflection can explain the origin of 
color in some cases, because certain portions of white 
light are more easily absorbed or reflected than are 
others. For example, an object that appears to have 
a green color does so because that object absorbs all 
wavelengths of white light except that of green, which 
is reflected. 


One form of reflection—internal reflection—is 
often involved in the explanation of optical phenom- 
ena. During internal reflection, light enters one surface 
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An aurora borealis display. (Pekka Parviatnen. © Pekka 
Parviatnen. Photo Researchers, Inc.) 


of a transparent material (such as a water droplet), is 
reflected off the inside surface of the material, and is 
then reflected a second time out of the material. The 
color of a rainbow can partially be explained in terms 
of internal reflection. 


Refraction is the bending of light as it passes at an 
angle from one transparent material into a second trans- 
parent material. The process of refraction accounts for 
the fact that objects under water appear to have a differ- 
ent size and location than they have in air. Light waves 
passing through water and then through air are bent, 
causing the eye to create a visual image of the object. 


Displacement phenomena 


Perhaps the most common example of an atmos- 
pheric effect created by refraction is the displacement 
of astronomical bodies. When the sun is directly over- 
head, the light rays it emits pass straight through 
Earth’s atmosphere. No refraction occurs, and no 
change in the sun’s apparent position takes place. 


As the sun approaches the horizon, that situation 
changes. Light from the sun enters Earth’s atmosphere 
at an angle and is refracted. The eye sees the path of 
the light as it is bent and assumes that it has come from 
a position in the sky somewhat higher than it really is. 
That is, the sun’s apparent location is displaced by 
some angle from its true location. The same situation 
is true for any astronomical object. The closer a star is 
to the horizon, for example, the more its apparent 
position is displaced from its true position. 


Green flash 


One of the most dramatic examples of sunlight 
refraction is the green flash. That term refers to 
the fact that in the moment following sunset or sunrise, 
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Sundogs at sunset on the frozen sea at Cape Churchill, 
Hudson Bay. (© Dan Guravich 1987, National Audubon Society 
Collection/Photo Researchers, Inc.) 


a flash of green light lasting no more than a second can 
sometimes be seen on the horizon on the upper part of 
the sun. The green light is the very last remnant of 
sunlight refracted by Earth’s atmosphere, still observ- 
able after all red, orange, and yellow rays have disap- 
peared. The green light remains at this moment 
because the light rays of shorter wavelength—blue 
and violet—are scattered by the atmosphere. The 
green flash is rarely seen. 


Scattered light 


Light that bounces off small objects is not 
reflected uniformly, but is scattered in all directions. 
The process of scattering is responsible for the fact 
that humans observe the sky as blue. When white 
light from the sun collides with molecules of oxygen 
and nitrogen, it is scattered selectively. That is, light 
with shorter wavelengths—blue, green, indigo, and 
violet—is scattered more strongly than is light with 
longer wavelengths—red, orange, and yellow. No 
matter where a person stands on Earth’s surface, she 
or he is more likely to see the bluish light scattered by 
air molecules than the light of other hues. 


Twinkling 


Stars twinkle; planets do not. This general, though 
not inviolable, rule can be explained in terms of refrac- 
tion. Stars are so far away that their light reaches 
Earth’s atmosphere as a single point of light. As that 
very narrow beam of light passes through Earth’s 
atmosphere, it is refracted and scattered by molecules 
and larger particles of matter. Sometimes the light 
travels straight toward an observer and sometimes its 
path is deflected. To the observer, the star’s light 
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appears to alternate many times per second, which 
produces twinkling. 


Planets usually do not twinkle because they are 
closer to Earth. The light that reaches Earth from 
them consists of wider beams rather than narrow rays. 
The refraction or scattering of only one or two light rays 
out of the whole beam does not make the light seem to 
disappear. At any one moment, enough light rays 
reach Earth’s surface from a planet to give a sense of 
one continuous beam of light. 


Mirages 


One of the most familiar optical phenomena pro- 
duced by refraction is a mirage. One type of mirage— 
the inferior mirage—is caused when a layer of air close 
to the ground is heated more strongly than is the air 
immediately above it. When that happens, light rays 
pass through two transparent media—the hot, less 
dense air and the cooler, more dense air—and are 
refracted. As a result of the refraction, the blue sky 
appears to be present on Earth’s surface; it may look 
like a body of water and objects such as trees appear to 
be reflected in that water. 


A second type of mirage—the superior mirage— 
forms when a layer of air next to the ground is much 
cooler than the air above it. In this situation, light rays 
from an object are refracted in such a way that an object 
appears to be suspended in air above its true position. 
This phenomenon is sometimes referred to as looming. 


Rainbows 


The most remarkable phenomenon in the atmos- 
phere may be the rainbow. To understand how a rain- 
bow is created, imagine a single beam of white light 
entering a spherical droplet of water. As the light passes 
from air into water, it is refracted (bent). However, each 
color present in the white light is refracted by a different 
amount—the blues and violets more than the reds and 
yellows. The light is said to be dispersed, or separated, 
according to color. After the dispersed rays pass into 
the water droplet, they reflect off the rear inner surface 
of the droplet and exit into the air once more. As the 
light rays pass out of the water into the air, they are 
refracted a second time. As a result of this second 
refraction, the separation of blues and violets from 
reds and yellows is made more distinct. 


An observer on Earth’s surface can see the net 
result of this sequence of events repeated over and 
over again by billions of individual water droplets. 
The rainbow that is produced consists simply of the 
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white light of the sun separated into its component 
parts by each separate water droplet. 


Haloes, sundogs, and sun pillars 


The passage of sunlight through cirrus clouds can 
produce any one of the optical phenomena known as 
haloes, sundogs, or sun pillars. One explanation for 
phenomena of this kind is that cirrus clouds consist of 
tiny ice crystals that refract light through very specific 
angles, namely 22° and 46°. When sunlight shines 
through a cirrus cloud, each tiny ice crystal acts like 
a glass prism, refracting light at an angle of 22° (more 
commonly) or 46° (less commonly). 


A halo is one example of this phenomenon. 
Sunlight shining through a cirrus cloud is refracted in 
such a way that a circle of light—the halo—forms 
around the sun. The halo may occur at 22° or 46°. 


Sundogs are formed by a similar process and occur 
during sunrise or sunset. When relatively large (about 
30 microns) crystals of ice orient themselves horizon- 
tally ina cirrus cloud, the refraction pattern they form is 
not a circle (a halo), but a reflected image of the sun. 
This reflected image is located at a distance of 22° from 
the actual sun, often at or just above the horizon. 
Sundogs are also known as mock suns or parhelia. 


Sun pillars are, as their name suggests, narrow 
columns of light that seem to grow out of the top or 
(less commonly) from the bottom of the sun. This 
phenomena is a result not of refraction, but of reflec- 
tion. Sunlight reflects off the bottom of flat ice crystals 
as they settle slowly toward Earth’s surface. The exact 
shape and orientation of the sun pillar depends on the 
position of the sun above the horizon and the exact 
orientation of the ice crystals to the ground. 


Coronas and glories 


In addition to reflection and refraction, the path 
of a light ray can be altered by yet a third mechanism, 
diffraction. Diffraction occurs when a light ray passes 
close to some object. For comparison, you can think 
of the way in which water waves are bent as they travel 
around a rock. Diffraction may also result in the 
separation of white light into its colored components. 


When light rays from the Moon pass through a 
thin cloud, they may be diffracted. Interference of the 
various components of white light that generates the 
colors makes up the corona. The pattern formed by 
the diffraction rays is a ring around the Moon. The 
ring may be fairly sharp and crisp, or it can be diffuse 
and hazy. The ring is known as a corona. Coronas may 
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also form around the sun, although because the sun is 
much brighter, they are more difficult to observe. 


A glory is similar to a corona but is most com- 
monly observed during an airplane ride. As sunlight 
passes over the airplane, it may fall on water droplets 
ina cloud below. The light that is diffracted then forms 
a series of colored rings—the glory—around the air- 
plane’s shadow. 


See also Spectrum. 
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l Atmospheric pressure 


The Earth’s atmosphere exerts a force on every- 
thing within it. This force, divided by the area over 
which it acts, is the atmospheric pressure. The atmos- 
pheric pressure at sea level has an average value of 
1,013.25 millibars. Expressed with other units, this 
pressure is 14.7 lb per square inch, 29.92 inches of 
mercury, or 1.01 x 10° pascals. Atmospheric pressure 
decreases with increasing altitude: it is half of the sea 
level value at an altitude of about 3.1 mi (5 km) and 
falls to only 20% of the surface pressure at the cruising 
altitude of a jetliner. Atmospheric pressure also 
changes slightly from day to day as weather systems 
move through the atmosphere. 


The Earth’s atmosphere consists of gases that sur- 
round the surface. A gas is made up of molecules that 
are constantly in motion. If the gas is in a container, 
some gas molecules are always bouncing off the con- 
tainer walls. When they do so, they exert a tiny force 
on the walls. With a sufficient number of molecules, 
their impacts add up to make a force that can easily be 
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measured. Dividing the total force by the area over 
which it is measured gives the gas pressure. Anything 
else the gas touches will also have this pressure exerted 
on it. Thus, anywhere we go within Earth’s atmosphere 
we can detect atmospheric pressure. 


Atmospheric pressure decreases as one climbs 
higher in the atmosphere; it increases the closer one 
gets to Earth’s surface. The reason for this change with 
altitude is that atmospheric pressure at any point is really 
a measure of the weight, per unit area, of the atmosphere 
above that point. At sea level, for example, the pressure 
is 14.7 pounds per square inch. This means that a slice of 
the atmosphere in the shape of a long, thin column as tall 
as the top of the atmosphere (at least 120 mi or 200 km), 
with a one square inch base, would have air within the 
column weighing 14.7 lb (6.7 kg). At a higher elevation, 
such as the top of a 10,000 ft (3,048 m) mountain, one is 
above some of the atmosphere. Here the atmospheric 
pressure is lower than at sea level, because there is less air 
weighing down from above. As the distance from the 
surface of the Earth increases, atmospheric pressure pro- 
gressively lessens until, at the outer limit of the planets’ 
atmosphere, pressure becomes virtually zero. 


In contrast, a person feels this sort of pressure 
effect when diving to the bottom of a lake or deep 
swimming pool. As the diver descends deeper into 
the water, more and more water lies overhead. The 
extra water exerts an increasing pressure that the diver 
can feel on the skin (and especially on the eardrums). 


Atmospheric pressure is closely related to 
weather. Regions of pressure that are slightly higher 
or slightly lower than the mean atmospheric pressure 
develop as air circulates around Earth. The air rushes 
from regions of high pressure to low pressure, causing 
winds. The properties of the moving air (cool or warm, 
dry or humid) will determine the weather for the areas 
through which it passes. Knowing the location of high 
and low pressure areas is vital to weather forecasting, 
which is why they are shown on the weather maps 
printed in newspapers and shown on television. 


Atmospheric pressure is measured by a barometer, 
of which there are several designs. The first barometer 
was made by Evangelista Torricelli (1608-1647) in 1643; 
she used a column partially filled with mercury and 
closed at one end. The column was placed vertically in 
a small pool of mercury with the open end downward. 
In this arrangement, the mercury does not run out the 
open end. Rather, it stays at a height such that the 
pressure exerted by the suspended mercury upon 
the pool will equal the atmospheric pressure on the 
pool. The mercury barometer is still in common use 
today (this is the reason pressure is still given the units 
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“inches of mercury” on weather reports). Modern bar- 
ometers include the aneroid barometer, which substi- 
tutes a sealed container of air for the mercury column, 
and the electronic capacitance manometer, which senses 
pressure electronically. 


James Marti 


l Atmospheric temperature 


The temperature of Earth’s atmosphere varies 
with the distance from the equator (latitude) and 
height above the surface (altitude). It also changes 
with time, varying from season to season, and from 
day to night, as well as irregularly due to passing 
weather systems. If local variations are averaged out 
ona global basis, however, a pattern of global average 
temperatures emerges. Vertically, the atmosphere is 
divided into four layers: the troposphere, the strato- 
sphere, the mesosphere, and the thermosphere. 


The vertical temperature profile 


Averaging atmospheric temperatures over all lat- 
itudes and across an entire year gives us the average 
vertical temperature profile that is known as a standard 
atmosphere. The average vertical temperature profile 
suggests four distinct layers (Figure 1). In the first 
layer, known as the troposphere, average atmospheric 
temperature drops steadily from its value at the sur- 
face, about 290K (63°F; 17°C) and reaches of mini- 
mum of around 220K (—64°F; —53°C) at an altitude of 
about 6.2 mi (10 km). This level, known as the tropo- 
pause, is just above the cruising altitude of commercial 
jet aircraft. The decrease in temperature with height, 
called the lapse rate, is nearly steady throughout the 
troposphere at 43.7°F (6.5°C) per 0.6 mi (1 km). At the 
tropopause, the lapse rate abruptly decreases. Atmos- 
pheric temperature is nearly constant over the next 12 
mi (20 km), then begins to rise with increasing altitude 
up to about 31 mi (50 km). This region of increasing 
temperatures is the stratosphere. At the top of the 
layer, called the stratopause, temperatures are nearly 
as warm as the surface values. Between about 31-50 mi 
(50-80 km) lies the mesosphere, where atmospheric 
temperature resumes its decrease with altitude and 
reaches a minimum of 180K (—136°F; —93°C) at the 
top of the layer (the mesopause), around 50 mi (80 km). 
Above the mesopause is the thermosphere that, as its 
name implies, is a zone of high gas temperatures. In the 
very high thermosphere (about 311 mi (500 km) above 
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Figure 1. The temperature of Earth’s atmosphere is broadly determined by the deposition of solar energy and by the absorption 
of infrared (heat) radiation by greenhouse gases. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Earth’s surface) gas temperatures can reach from 500— 
2,000K (441—3,141°F; 227-1,727°C). Temp-erature is a 
measure of the energy of the gas molecules’ motion. 
Although they have high energy, the molecules in the 
thermosphere are present in very low numbers, less 
than one millionth of the amount present on average 
at Earth’s surface. 


Atmospheric temperature can also be plotted as a 
function of both latitude and altitude. Figures 2 and 3 
show such plots, with latitude as the x coordinate and 
altitude as the y. 


The sun’s role in atmospheric temperature 


Most solar radiation is emitted as visible light, with 
smaller portions at shorter wavelengths (ultraviolet 
radiation) and longer wavelengths (infrared radiation, 
or heat). Little of the visible light is absorbed by the 
atmosphere (although some is reflected back into space 
by clouds), so most of this energy is absorbed by Earth’s 
surface. The Earth is warmed in the process and 
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radiates heat (infrared radiation) back upward. This 
warms the atmosphere, and, just as one will be warmer 
when standing closer to a fire, the layers of air closest to 
the surface are the warmest. 


According to this explanation, the temperature 
should continually decrease with altitude. Figure 1, how- 
ever, shows that temperature increaseS with altitude in 
the stratosphere. The stratosphere contains nearly all the 
atmosphere’s ozone. Ozone (O3) and molecular oxygen 
(Oz) absorb most of the sun’s short wavelength ultra- 
violet radiation. In the process they are broken apart and 
reform continuously. The net result is that the ozone 
molecules transform the ultraviolet radiation to heat 
energy, heating up the layer and causing the increasing 
temperature profile observed in the stratosphere. 


The mesosphere resumes the temperature decrease 
with altitude. The thermosphere, however, is subject to 
very high energy, short wavelength ultraviolet and x-ray 
solar radiation. As the atoms or molecules present at 
this level absorb some of this energy, they are ionized 
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Figure 2. Lines are drawn on the plot connecting points of equal temperature (like contour lines on a map), given in degrees 
C. Figure 2 is for December though February, which is winter in the Northern Hemisphere and summer in the Southern 
Hemisphere. The warmest temperature is found at the surface near the equator and the coldest spot in the lower atmosphere 
is at the tropopause over the equator. (I//ustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 3. The temperature plot for June through August (Southern Hemisphere winter, Northern Hemisphere summer) 
shows that the equatorial temperature does not change significantly during the year. The middle and high latitudes 
experience much more change, because the temperature contours have shifted northward. The tropopause over the 
equator is still cold, surpassed only by the stratosphere over the Antarctic. (//iustration by Hans & Cassidy. Courtesy of 
Gale Group.) 


(have an electron removed) or dissociated (molecules The greenhouse effect 
are split into their component atoms). The gas layer is : . 
strongly heated by this energy bombardment, especially Solar energy is not the only determinant of atmos- 
during periods when the sun is emitting elevated | Pheric temperature. As noted above, Earth’s surface, 
amounts of short wavelength radiation. after absorbing solar radiation in the visible region, 
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KEY TERMS 


Greenhouse effect—The warming of Earth’s atmos- 
phere as a result of the capture of heat re-radiated 
from Earth by certain gases present in the atmosphere. 
Infrared radiation—Radiation similar to visible light 
but of slightly longer wavelength. 

Lapse rate—The rate at which the atmosphere cools 
with increasing altitude, given in units of degrees C 
per kilometer. 

Mesosphere—The third layer of the atmosphere, 
lying between about 50 and 80 kilometers in height 
and characterized by a small lapse rate. 
Stratosphere—A layer of the upper atmosphere 
above an altitude of 5-10.6 mi (8-17 km) and 
extending to about 31 mi (50 km), depending on 
season and latitude. Within the stratosphere, air 


emits infrared radiation back to space. Several 
atmospheric gases absorb this heat radiation and re- 
radiate it in all directions, including back toward the 
surface. These so-called greenhouse gases thus trap 
infrared radiation within the atmosphere, raising its 
temperature. Important greenhouse gases include 
water vapor (H,O), carbon dioxide (CO3), and meth- 
ane (CHy). It is estimated that Earth’s surface temper- 
ature would average about 32°C (90°F) cooler in the 
absence of greenhouse gases. Because this temperature 
is well below the freezing point of water, the planet 
would be much less hos-pitable to life in the absence of 
the greenhouse effect. 


While greenhouse gases are essential to life on 
the planet, more is not necessarily better. Since the 
beginning of the industrial revolution in the mid-nine- 
teenth century, humans have released increasing 
amounts of carbon dioxide to the atmosphere by burn- 
ing fossil fuels. The level of carbon dioxide measured 
in the remote atmosphere has shown a continuous 
increase since record keeping began in 1958. If this 
increase translates into a corresponding rise in atmos- 
pheric temperature, the results might include melting 
polar ice caps and swelling seas, resulting in coastal 
cities being covered by the ocean; shifts in climate 
perhaps leading to extinctions; and unpredictable 
changes in wind and weather patterns, posing signifi- 
cant challenges for agriculture. Predicting the changes 
that increased levels of greenhouse gases may bring is 
complicated. The interaction of the atmosphere, the 
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temperature changes little with altitude, and there 
are few convective air currents. 


Thermosphere—The top layer of the atmosphere, 
starting at about 50 mi (80 km) and stretching up 
hundreds of miles or kilometers in to space. Due to 
bombardment by very energetic solar radiation, this 
layer can possess very high gas temperatures. 
Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of Earth, also known as the lower 
atmosphere. 

Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher energy. 
X-ray radiation—Light radiation with wavelengths 
shorter than the shortest ultraviolet; very energetic 
and harmful to living organisms. 


oceans, the continents, and the ice caps is not com- 
pletely understood. While it is known that some of the 
emitted carbon dioxide is absorbed by the oceans and 
eventually deposited as carbonate rock (such as lime- 
stone), it is not known if this is a steady process or if it 
can keep pace with current levels of carbon dioxide 
production. 
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Atoll see Coral and coral reef 


| Atomic clock 


Atomic clocks do not resemble ordinary clocks or 
watches. The atoms serve the same purpose as did 
pendulums or quartz crystals in earlier clocks. They 
have no “hands” to turn or liquid crystal displays for 
number read-outs. They simply produce electrical 


381 


yOOo]d DIWO}V 


Atomic clock 


pulses that serve as a standard for calibrating other 
less accurate clocks. 


In 1945, Isidor Rabi, a physics professor at 
Columbia University, first suggested that a clock 
could be made from a technique he developed in the 
1930s called atomic beam magnetic resonance. Using 
Rabi’s technique, the Commerce Department’s National 
Institute of Standards and Technology (NIST), then 
the National Bureau of Standards), developed the 
world’s first atomic clock in 1949 using the ammonia- 
molecule as the source of vibrations. In 1952, NIST 
revised its design using cesium atoms as the vibration 
source. This clock was named NBS-1. 


Like all atoms, the cesium atoms used in an 
atomic clock are quantized; that is, they can absorb 
or give up only discrete quantities of energy. It is the 
quantum nature of the atom that is the underlying 
principle of atomic clocks. An atom of cesium can 
exist at a minimum energy level of, for example, E1, 
which is called its ground state. It may absorb a certain 
amount of energy and reach a somewhat greater 
energy level—E2, E3, E4, and so on. Thus, an atom 
in its ground state can accept a quantity of energy 
equal to E2 — El, E3 — El, E4 — El, and so on, but 
it cannot exist at an energy level that lies between these 
values. It cannot, for example, absorb a quantity of 
energy equal to 1/2(E2 — El). Once an atom is at an 
energy level greater than its ground state, it can only 
release energy quantities equal to the difference in 
energy levels: E2 — El, E3 — El, E4 — El, E4 — E3, 
E3 — E2, and so on. When energy is emitted by an 
atom, it is in the form of electromagnetic radiation, 
such as light. Only radiation with frequencies between 
4.3 x 10'* and 7.5 x 10!4 Hz can be seen, because those 
frequencies mark the ends of the range visible to the 
human eye. The greater the frequency of the radiation, 
the greater its energy. In fact, the energy, E, of the 
radiation is given by the equation E = hf, where fis the 
frequency and h is Planck’s constant (6.626 x 10 ** Jes). 


The energy of the radiation absorbed by the 
cesium atoms used in most atomic clocks is very 
small. It is absorbed (or released) when cesium atoms 
pass between two so-called hyperfine energy levels. 
These energy levels, which are very close together, 
are the result of magnetic forces that arise because of 
the spin of the atom’s nucleus and the electrons that 
surround it. The frequency of the radiation absorbed 
or released as atoms oscillates between two hyperfine 
energy states can be used as a standard for time. Such 
frequencies make ideal standards because they are 
very stable—they are not affected by temperature, air 
pressure, light, or other common factors that often 
affect ordinary chemical reactions. 
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On December 30, 1999, NIST started a new 
atomic clock, the NIST F-1, which is estimated to 
neither gain nor lose a second for 20 million years. 
Located at NIST’s Boulder, Colorado, laboratories, 
the NIST F-1, currently the United States’s primary 
frequency standard, shares the distinction of being the 
world’s most accurate clock, with a similar device in 
Paris. 


The NIST F-1 uses a fountain-like movement of 
atoms to keep time. First, a gas of cesium atoms is 
introduced into the clock’s vacuum chamber. Six 
infrared laser beams then are directed at right angles 
to each other at the center of the chamber. The lasers 
gently push the cesium atoms together into a ball, thus 
slowing the movement of the atoms and cooling them 
to near absolute zero. The fountain action is created 
when two vertical lasers gently toss the ball upward. 
This little push is just enough to propel the ball 
through a microwave-filled cavity for about one 
meter. Gravity pulls the ball downward again toward 
the lasers. 


While inside the cavity, the atoms interact with the 
microwave signal and their atomic states are altered in 
relation to the frequency of the signal. The entire 
round trip takes about a second. When finished, 
another laser, directed at the ball, causes the altered 
cesium atoms to emit light, or fluoresce. Photons emit- 
ted during fluorescence are measured by a detector. 
This procedure is repeated many times while the 
microwave energy in the cavity is tuned to different 
frequencies. Eventually, a microwave frequency is 
achieved that alters the states of most of the cesium 
atoms and maximizes their fluorescence. This fre- 
quency is the natural resonance frequency for the 
cesium atom; the characteristic that defines the second 
and, in turn, makes ultraprecise timekeeping possible. 


The NIST F-1’s predecessor, the NIST-7, as well 
as many versions before it, fired heated cesium atoms 
horizontally through a microwave cavity at a high 
speed. NIST F-1’s cooler and slower atoms allow 
more time for the microwaves to “interrogate” the 
atoms and determine their characteristic frequency, 
thus providing a more sharply defined signal. NIST 
F-1, along with an international pool of atomic clocks, 
defines the official world time called Coordinated 
Universal Time. 


Atomic clocks have been used on jet planes and 
satellites to verify Einstein’s theory of relativity, which 
states that time slows down as the velocity of one 
object relative to another increases. Until the advent 
of atomic clocks, there was no way of accurately 
measuring the time dilation predicted by Einstein, 
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KEY TERMS 


Frequency—Number of oscillations or waves emit- 
ted per second. 


lonized atoms—Atoms that have acquired a charge 
by gaining or losing an electron. 


Mean solar day—The average solar day; that is, the 
average time for Earth to make one complete rota- 
tion relative to the sun. 


Photons—The smallest units or bundles of light 
energy. The energy of a photon is equal to the 
frequency (f) of the light times Planck’s constant 
(h); thus, E = hf. 


even at the velocities of space probes. Although these 
space vehicles reach speeds of 25,000 mph (40,000 km/ 
h), such a speed is only 0.004% of the speed of light, 
and it is only at velocities close to the speed of light 
that time dilation becomes significant. Atomic clocks 
on satellites are used in navigation. The signals sent by 
the atomic clocks in satellites travel at the speed of 
light (186,000 mi/s or 300,000 km/s). Signals from 
different satellites reach a ship or a plane at slightly 
different times because their distances from the plane 
or vessel are not the same. For example, by the time 
simultaneous signals sent from two satellites at distan- 
ces of 3,100 mi (5,000 km) and 4,970 mi (8,000 km) 
from a ship reach the vessel, they will be separated by a 
time interval of 0.01 second. By knowing the position 
of several such satellites and the time delay between 
their signals, the longitude and latitude of a ship or 
plane can be established to within several feet. 


International Atomic Time, based on cesium 
clocks, is periodically compared with mean solar time. 
Because the Earth’s rate of rotation is slowly decreas- 
ing, the length of a solar day is increasing. Today’s day 
is about three milliseconds longer than it was in 1900. 
The change is too small for us to notice; however, it is 
readily detected by atomic clocks. Whenever the differ- 
ence between International Atomic Time and astro- 
nomical time is more than 0.9 seconds, a “leap second” 
is added to the mean solar time. To keep these two 
time systems synchronized, leap seconds have been 
added about every year and a half. 


In 2004, researchers reported the construction of 
an atomic clock on a chip. The improvement of such 
devices, which will eventually be mass produced and 
allow new applications in consumer, military, and 
scientific electronics, is at the cutting edge of atomic 
clock development today. 
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Atomic force microscope see Microscopy 


Atomic mass unit see Atomic weight 


| Atomic models 


The atom is defined as the smallest part of an 
element that retains the chemical properties of that 
element. The existence of atoms was first guessed as 
early as 400 BC, when Greek philosophers debated 
whether one could divide a substance into infinitely 
smaller pieces or if eventually a smallest, indivisible 
particle would be reached. Around 450 BC, the Greek 
philosopher Democritus proposed that all matter 
is made up of small, indivisible particles called 
atomos (meaning indivisible). His ideas were met 
with much criticism, and it was not until the early 
1800s that the atomic theory took complete hold in 
scientific thought. 


Early atomic theory 


Atomic models have their beginnings in the early 
atomic theory. The law of conservation of mass, the 
law of definite proportions, and the law of multiple 
proportions provided models for the behavior of 
chemical reactions, but the laws could not be 
explained. In 1808, John Dalton (1766-1844) pro- 
posed his atomic theory, which served as an explana- 
tion for these phenomena. His theory consists of five 
postulates. The first postulate states that all matter is 
composed of atoms. Second, the atoms of a given 
element are all exactly the same in structure and prop- 
erties. Third, atoms cannot be further divided, created, 
nor destroyed. Fourth, atoms of different elements 
combine to form compounds. Lastly, chemical reac- 
tions involve the combination, separation, and rear- 
rangement of atoms. These five postulates not only 
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explained the laws of conservation of mass, definite 
proportions, and multiple proportions, but also served 
as the basis for the study and development of various 
atomic models. 


Not all of Dalton’s atomic theory has stood the 
test of time. The evolution of the atomic model has led 
to the discovery that atoms are divisible into smaller 
particles, and that not all atoms of a given element are 
exactly the same. In the late 1800s, scientists discov- 
ered that atoms are composed of three subatomic 
particles, called protons, neutrons, and electrons. 
The protons and neutrons are located in a central 
region of the atom called the nucleus, and the electrons 
occupy the space surrounding the nucleus. The num- 
ber and arrangement of each of these particles within 
the atom determine the chemical properties of the 
element. Atoms of the same element can differ in 
the number of neutrons (called isotopes) and also in 
the number of electrons (called ions). The number of 
protons determines the chemical identity of the ele- 
ment. The discovery of these subatomic particles, 
along with Dalton’s atomic theory, set in motion the 
development of several atomic models. Advances in 
modern physics allowed scientists to find a large num- 
ber of subatomic particles, including the quarks that 
are the fundamental subatomic particles that form pro- 
tons and neutrons. 


Discovery of the electron 


The discovery of the first subatomic particle, the 
electron, resulted from experiments involving the 
effects of electricity on matter. In the late 1800s, the 
cathode ray tube was developed and used in several 
investigations. A cathode ray tube is a partially evac- 
uated glass tube containing a gas at low pressure. At 
one end of the tube is a cathode, at the other end, an 
anode. The cathode and anode are attached to a volt- 
age source. The voltage source creates a current that 
can be passed through the gas trapped inside. Early 
experiments showed that the current caused the sur- 
face of the tube directly opposite the cathode to glow. 
It was hypothesized that a stream of particles originat- 
ing at the cathode and moving toward the anode 
caused the glow. This stream of particles was called a 
cathode ray. When a paddle wheel was placed in the 
tube, it rolled from cathode to anode, which showed 
that the particles making up the cathode ray had mass. 
When exposed to a magnetic field, the cathode ray 
was deflected in the same manner as an electric cur- 
rent, which has a negative charge. Therefore, it was 
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concluded that the particles that compose a cathode 
ray not only had mass but also a negative charge. 


English physicist Joseph John Thomson (1856— 
1940) confirmed these findings in 1897. Thomson per- 
formed a series of experiments in which he was able to 
determine the ratio of the charge of the particles that 
make up the cathode ray to their mass by measuring 
the deflection of the rays with varying magnetic 
and electric fields. Thompson performed the same 
experiments using different metals for the cathode 
and anode as well as different gases inside the tube. 
His experiments demonstrated that the amount of 
deflection could be predicted mathematically. Thomson 
found that the charge-to-mass ratio was always the 
same, regardless of the materials used. He then con- 
cluded that all cathode rays are made up of the same 
particles, which were later named electrons by another 
English physicist, G. Johnstone Stoney (1826-1911). 


The American physicist Robert A. Millikan 
(1868-1953) of the University of Chicago performed 
experiments that further confirmed Thomson’s 
results. Through his “oil droplet” experiments, in 
1909 he discovered that the mass of one electron is 
approximately one two-thousandth that of a hydrogen 
atom. In the experiments, he used x rays to give oil 
droplets a negative charge. He then sprayed these 
droplets through an apparatus, allowing them to fall 
between two electrically charged plates. He varied the 
charge on the two plates and measured how this 
change affected the droplets’ rate of fall. Using these 
data, he calculated that the charge of every oil droplet 
was a multiple of the same number each time, and 
concluded that this must be the charge of a single elec- 
tron. Using this number, and Thompson’s charge-to- 
mass ratio, he was able to calculate the mass of one 
electron. He reasoned that since cathode rays show the 
same deflection for any gas used, electrons must be 
present in the atoms of all elements. Since electrons 
have a negative charge, and all atoms are electrically 
neutral, there must also be a positive charge present in 
the atom. Further, because the mass of an electron is 
so much smaller than that of an entire atom, there 
must be other particles present in the atom to account 
for the majority of its mass. These results were the first 
to show that atoms are indeed divisible and were the 
basis for the first atomic model. 


The first atomic models 
Thomson used these results to formulate his 


“plum pudding” model of the atom between the years 
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1903-1907. This model was an adaptation of a similar 
model first proposed by Lord Kelvin (1824-1907) in 
1902. According to this model, the negatively charged 
electrons of an atom are found within a positively 
charged material, much like plums embedded in 
plum pudding. If one of the electrons were displaced, 
it would move back to its original position. This pro- 
vided a stable model of a neutral atom. Around the 
same time period, the Japanese physicist Hantaro 
Nagoaka developed the “Saturnian” atomic model. 
In 1904, Nagaoka proposed that an atom resembled 
the planet Saturn. The planet itself was a region of 
positive charge around which rings of electrons circled. 
The atom, according to this model, was unstable 
because electrons moving in rings around a positive 
charge would gradually lose energy and eventually fall 
into the center region. 


Thomson’s “plum pudding” model won favor 
over Nagaoka’s “Saturnian” model, but was accepted 
for only a few years. In 1911, New Zealand scientist 
Ernest Rutherford (1871-1937) proposed his own 
atomic model based on his famous gold foil experi- 
ments. Together with his colleagues Hans Geiger 
(1882-1945) and Ernest Mardsen, Rutherford aimed 
a stream of alpha particles at a thin sheet of gold foil. 
Alpha particles have a positive charge (+2) and are 
about four times as massive as a hydrogen atom. Their 
hypothesis was that the alpha particles would pass 
through the gold foil with minimal deflection, since 
mass and charge are distributed uniformly throughout 
an atom, as proposed by Thomson. The data did not 
agree with this assumption. 


Some of the alpha particles were deflected at large 
angles as they passed through the gold foil. Even more 
surprising, about one in 8,000 particles was deflected 
straight back toward the source. As Rutherford 
described it, it was “as if you had fired a 15 in (38 cm) 
artillery shell at a piece of tissue paper and it came 
back and hit you.” He proposed that the deflected 
alpha particles must have come in contact with a 
densely packed positive charge. He called this region 
of positive charge the nucleus. The nucleus is sur- 
rounded by empty space, through which the electrons 
circled like the planets circle the sun. These experi- 
ments demonstrated that the atom has a tiny nucleus. 
Despite its minimal size, the nucleus contained most of 
the mass of the atom. 


This model was not widely accepted by physicists 
because it was difficult to explain how such a small 
portion of the atom could carry most of the mass. It 
also suggested that the charge of the nucleus deter- 
mined the properties of the atom, which disagreed 


GALE ENCYCLOPEDIA OF SCIENCE 4 


with Dmitri Mendeleev’s periodic table of the ele- 
ments. According to Mendeleev, the atomic mass of 
the element determined its properties, not the charge 
of the nucleus. Furthermore, it did not explain what 
kept the negatively charged electrons from falling into 
the positively charged nucleus. 


Discovery of the proton 


The English scientist Henry Gwyn Jeffreys 
Moseley (1887-1915) soon solved the mystery of 
nuclear charge determining the properties of the 
atom. Moseley discovered in 1913 that each element 
contains a unique positive charge in its nucleus. The 
nucleus of the atom must contain positively charged 
particles, called protons. Therefore, the amount of 
charge, or the number of protons, in its nucleus deter- 
mines an element’s identity. The number of protons in 
the nucleus is called the atomic number. Moseley 
asserted that the periodic table should be arranged in 
order of increasing atomic number instead of increas- 
ing atomic mass. This arrangement allowed for a com- 
plete periodic table, with correct predictions of where 
new elements were yet to be discovered. 


Discovery of the neutron 


The discovery of the proton resulted in another 
mystery. The mass of the hydrogen atom was known 
to be larger than the mass of a proton and an electron 
added together. Scientists searched for the source of 
the missing mass by assuming that another particle 
that also contributes to the mass of the atom must 
exist in the nucleus of the atom. This particle must be 
neutral in charge, since the positively charged protons 
cancel out the charge of the negatively charged elec- 
trons, and the atom as a whole is neutral. Because it 
is electrically neutral, the detection of this missing 
particle was problematic. Approximately 30 years 
after the electron was discovered, this third particle 
was found. 


Irene Joliot-Curie (1897-1956) performed experi- 
ments in which she bombarded a beryllium sample 
with alpha particles. These experiments resulted in a 
new beam with a higher penetrating power than the 
beam of alpha particles. In 1932, the British scientist 
James Chadwick (1891-1974) discovered that this new 
beam was composed of particles of approximately 
the same mass as protons. In addition, magnetic or 
electric fields could not deflect this beam. Chadwick 
concluded that the beam must be made up of neutral 
particles of approximately the same size as protons, 
which he called neutrons. Neutrons, together with pro- 
tons, make up the nucleus of the atom and contribute 
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to the majority of its mass. Electrons are located in the 
empty space surrounding the atom, which makes up 
most of its volume. The mass of the electron is insig- 
nificant when compared to the mass of the protons 
and neutrons. 


The dual nature of matter 


Even with the discovery of the proton, Rutherford’s 
atomic model still did not explain how electrons could 
have stable orbits around the nucleus. The develop- 
ment of a mathematical constant by the German phys- 
icist Max Planck (1858-1947) served as the basis for 
the next atomic model. Planck developed his constant 
in 1900 when explaining how light was emitted 
from hot objects. He hypothesized that electromag- 
netic radiation could only be associated with specific 
amounts of energy, which he called quanta. The energy 
lost or gained by an atom must occur in a quantum, 
which can be thought of as a “packet” containing 
a minimum amount of energy. He described the 
relationship between a quantum of energy and the 
frequency of the radiation emitted mathematically 
by the equation E=hA (where E is the energy, in 
joules, of one quantum of radiation, and A is the 
frequency of the radiation). The letter h symbolizes 
Planck’s constant. 


In 1905 Albert Einstein (1879-1955) developed a 
theory stating that light has a dual nature. Light acts 
not only as a wave, but also as a particle. Each 
particle of light has a quantum of energy associated 
with it and is called a photon. The energy of a photon 
can be expressed using Planck’s equation. Einstein’s 
hypothesis helped explain the light emitted when cur- 
rent is passed through a gas in a cathode ray tube. An 
atom that has the lowest potential energy possible is 
said to be in the ground state. When a current passes 
through a gas at low pressure, the potential energy of 
the atoms increases. An atom having a higher poten- 
tial energy than its ground state is said to be in an 
excited state. The excited state atom is unstable and 
will return to the ground state. When it does, it gives 
off the lost energy as electromagnetic radiation (a 
photon). When an electric current is passed through 
an elemental gas, a characteristic color of light is 
emitted. This light can be passed through a prism 
where it splits into various bands of light at specific 
wavelengths. These bands are known as the line- 
emission spectrum for that element. The line-emis- 
sion spectrum for hydrogen was the first to be 
described mathematically. Scientists now faced the 
task of developing a model of the atom that could 
account for this mathematical relationship. 
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The Bohr model of the atom 


In 1913, the Danish theorist Niels Bohr (1885-1962) 
developed his quantized shell model of the atom. Bohr 
modified Rutherford’s model by hypothesizing that 
the electrons orbit the nucleus in specific regions of 
fixed size and energy. The energy of the electron 
depends on the size of the orbit. Electrons in the small- 
est orbits have the least energy. An atom is stable when 
its electrons occupy orbits of the lowest possible 
energy. The energy of an electron increases as it occu- 
pies orbits farther and farther from the nucleus. 


These orbits can be thought of as the rungs of a 
ladder. As a person climbs up a ladder, they step on 
one rung or another, but not in between rungs, 
because a person cannot stand on air. Likewise, the 
electrons of an atom can occupy one orbit or another, 
but cannot exist in between orbits. While in an orbit, 
the electron has a fixed amount of energy. The electron 
gains or loses energy by moving to a new orbit, either 
further from or closer to the nucleus. 


When an electron falls from the excited state to the 
ground state, a photon is emitted with a specific 
energy. The energy of the photon is equal to the energy 
difference between the two orbits. The energy of each 
photon corresponds to a particular frequency of radi- 
ation given by Planck’s equation, E = ha. Bohr was 
able to calculate the energy of the electron in a hydro- 
gen atom by measuring the wavelengths of the light 
emitted in its line-emission spectrum. Bohr’s atomic 
model was very stable because the electron could not 
lose any more energy than it had in the smallest orbit. 
One major problem with Bohr’s model was that it 
could not explain the properties of atoms with more 
than one electron, and by the early 1920s, the search 
for a new atomic model had begun. 


The modern atomic model 


The development of quantum mechanics served as 
the foundation of the modern atomic theory. In 1922, 
the American physicist Arthur H. Compton (1892- 
1962) conduced x-ray scattering experiments that con- 
firmed and advanced Einstein’s theory on the dual 
nature of light. In 1923, the French physicist Louis- 
Victor de Broglie (1892-1987) expanded on this theory 
by proposing that all matter, as well as radiation, 
behaves both as a particle and a wave. Until this 
time, scientists had viewed matter and energy as dis- 
tinct phenomena that followed different laws. 


Broglie’s proposal was not supported by experi- 
mental or mathematical evidence until 1926 when the 
Austrian physicist Erwin Schrédinger (1887-1961) 
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developed his mathematical wave equation. Schrédinger 
proposed that electrons also behaved like waves. His 
wave equation could be used to find the frequency of 
the electrons and then Planck’s equation could be 
used to find the corresponding energy. Schrédinger’s 
equation gave a much more precise description of an 
electron’s location and energy than Bohr’s model 
could. It could also be used for atoms with more 
than one electron. Furthermore, only waves of specific 
frequencies could be solved using his equation. This 
demonstrated that only certain energies are possible 
for the electrons in an atom. Further experiments 
demonstrated that Broglie was correct in his assertion 
that matter could behave as waves, as electrons were 
diffracted and exhibited interference. 


In 1927, German physicist Werner Heisenberg 
(1901-1976) developed what is now known as the 
Heisenberg uncertainty principle. This hypothesis 
states that the position and velocity of an electron, or 
any moving particle, cannot both be known at the 
same time. This meant that the solutions to the 
Schrédinger wave equation, known as wave functions, 
could describe only the probability of finding an elec- 
tron in a given orbit. Therefore, the electrons are not 
located in discrete orbits, as hypothesized in the Bohr 
model, but instead occupy a hazier region, called an 
orbital. An orbital indicates a probable location of the 
electrons in an atom instead of a definite path that they 
follow. The probable location of the electrons in an 
orbital is described by a series of numbers called quan- 
tum numbers. 


The quantum model of the atom uses four quan- 
tum numbers to describe the arrangement of electrons 
in an atom, much like an address describes the loca- 
tions of houses on a street. This arrangement is known 
as the electron configuration. The atoms for each 
element have their own distinct electron configura- 
tion. The ground state electron configuration of an 
atom represents the lowest energy arrangement of 
the electrons in an atom. The placement of electrons 
in a particular configuration is based on three princi- 
ples. The first, the Aufbau principle, states that an 
electron will occupy the lowest possible energy orbital 
available. The Pauli exclusion principle states that 
each electron in an atom has its own distinct set of 
four quantum numbers. No two electrons in an atom 
will have the same set. 


Lastly, Hund’s rule states that even though each 
orbital can hold two electrons, the electrons will 
occupy the orbitals such that there are a maximum 
number of orbitals with only one electron. Developed 
by the German scientist Friedrich Hund (1896-1997), 
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Hund’s rule allows scientists to predict the order in 
which electrons fill an atom’s suborbital shells. 


Hund’s rule is based on the Aufbau principle, 
which states that electrons are added to the lowest 
available energy level of an atom. Around each atomic 
nucleus, electrons occupy energy levels termed shells. 
Each shell has a spherical s orbital, and, starting with 
the second shell, orbitals (p, d, f, etc.) and suborbitals 
(e.g., 2px, 2py, 2pz) with differing size, shapes and 
orientation (1.e., direction in space). 


Although each suborbital can hold two electrons, 
the electrons all carry negative charges, and, because 
like charges repel, electrons repel each other. In accord 
with Hund’s rule, electrons space themselves as far 
apart as possible by occupying all available vacant 
suborbitals before pairing up with another electron. 
The unpaired electrons all have the same spin quan- 
tum number (represented in electron configuration 
diagrams with arrows all pointing either upward or 
downward). 


In accord with the Pauli exclusion principle, which 
states that each electron must have its own unique set 
of quantum numbers that specify its energy, and 
because all electrons have a spin of 1/2, each suborbi- 
tal can hold up to two electrons only if their spins are 
paired +1/2 with—1/2. In electron configuration dia- 
grams, paired electrons with opposite spins are repre- 
sented by paired arrows pointing up and down. 


Although Hund’s rule accurately predicts the elec- 
tron configuration of most elements, exceptions exist, 
especially when atoms and ions have the opportunity 
to gain additional stability by having filled s shells or 
half-filled d or f orbitals. 


In 1928, the English physicist P. A. M. Dirac 
(1902-1984) formulated a new equation to describe 
the electron. Schrédinger’s equation did not allow 
for the principles of relativity and could only be used 
to describe the movement of particles that are slower 
than the speed of light. Because electrons move at a 
much greater velocity, Dirac introduced four new 
wave functions to describe the behavior of electrons. 
These functions described electrons in various states. 
Two of the states corresponded to their spin orienta- 
tions in the atom, but the other two could not be 
explained. In 1932, the American physicist Carl 
David Anderson (1905-1991) discovered the positron, 
which explained the two mystery states described by 
Dirac. 


See also Atomic spectroscopy; Atomic weight; 
Electromagnetic spectrum; Particle detectors; Quantum 
mechanics. 
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KEY TERMS 


Alpha particle—Two protons and two neutrons 
bound together and emitted from the nucleus during 
some kinds of radioactive decay. 


Anode—A positively charged electrode. 
Cathode—A negatively charged electrode. 


Electromagnetic radiation—The energy of photons, 
having properties of both particles and waves. The 
major wavelength bands are, from short to long: 
cosmic, ultraviolet, visible or “light,” infrared, and 
radio. 


Law of conservation of mass—Mass is neither cre- 
ated nor destroyed during ordinary chemical or 
physical reactions. 


Law of definite proportions—A chemical com- 
pound contains the same elements in exactly the 
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| Atomic number 


The atomic number of an element is equal to the 
number of protons in the nucleus of its atom. For 
example, the nucleus of an oxygen atom contains 
eight protons and eight neutrons. Oxygen’s atomic 
number is, therefore, eight. Since each proton carries 
a single positive charge, the atomic number is also 
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same proportions by mass regardless of the size of 
the sample or the source of the compound. 


Law of multiple proportions—lIf two or more differ- 
ent compounds are composed of the same two ele- 
ments, then the ratio of the masses of the second 
element combined with a certain mass of the first 
element is always a ratio of small whole numbers. 


Positron—A positively charged particle having the 
same mass and magnitude of charge as the electron. 


Potential energy—Stored energy. 


Quarks—Believed to be the most fundamental units 
of protons and neutrons. 


Subatomic particle—An elementary particle smaller 
than an atom. Protons, neutrons, and electrons are 
examples of subatomic particles. 


equal to the total positive charge of the atomic nucleus 
of an element. 


The atomic number of an element can be read 
directly from any periodic table. It is always the 
smaller whole number found in association with an 
element’s symbol in the table. In nuclear chemistry, an 
element’s atomic number is written to the left and 
below the element’s symbol; The number of protons 
for a particular element never varies, if one changes 
the number of protons one is changing the element. 
Accordingly the atomic number is often omitted from 
a nuclear symbol, as in '°O, where the superscript 
represents the atomic mass (a attribute than does 
vary with isotopes of an element). 


The concept of atomic number evolved from 
the historic research of Henry Gwyn-Jeffreys Moseley 
in the 1910s. Moseley bombarded a number of chemical 
elements with x rays and observed the pattern formed 
by the reflected rays. He discovered that the wavelength 
of the reflected x rays decreased in a regular predictable 
pattern with increasing atomic mass. Moseley hypothe- 
sized that the regular change in wavelength from ele- 
ment to element was caused by an increase in the 
positive charge on atomic nuclei in going from one 
element to the next-heavier element. 


Moseley’s discovery made possible a new under- 
standing of the periodic law first proposed by Dmitri 
Mendeleev in the late 1850s. Mendeleev had said 
that the properties of elements vary in a regular, 
predictable pattern when the elements are arranged 
according to their atomic masses. Although he was 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Electrons after 
receiving energy 
> excited state 


Electrons in lowest 
energy levels of atom 
> ground state 


As electrons return 
to ground state, they 
emit light energy. 


This light is passed through a 
prism, producing a line spectrum. 


Atomic spectroscopy. (Hans & Cassidy. Courtesy of Gale Group.) 


essentially correct, the periodic table constructed on 
this basis had a major flaw: Certain pairs of elements 
(tellurium and iodine constitute one example) appear 
to be misplaced when arranged according to their 
masses. 


When atomic number, rather than atomic mass, is 
used to construct a periodic table, these problems 
disappear, since an element’s chemical properties 
depend on the number and arrangement of electrons 
in its atoms. The number of electrons in an atom, in 
turn, is determined by the nuclear charge. Thus, the 
number of protons in a nucleus (or, the nuclear charge, 
or the atomic number) determines the chemical prop- 
erties of an element. 


See also Element, chemical. 


Atomic physics see Physics 
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! Atomic spectroscopy 


Atomic spectroscopy is the technique of analyzing 
the photons emitted by atoms in order to determine 
the elemental composition of a substance. 


Electrons can exist only at certain discrete ener- 
gies. These energies are characteristic of each element; 
that is, every isolated atom of an element has the same 
set of available energies. Normally, electrons in atoms 
are distributed in the lowest energy levels. This is 
called the “ground state” of the atom. If energy is 
added to the atom in the form of light, heat, or elec- 
tricity, the electrons can move to a higher energy level. 
The electrons are said to be in an “excited” state. 
When the electrons return to their ground state distri- 
bution, they emit the excess energy in the form of light. 
The light carries the energy that is the difference 
between one energy level and another. The distribution 
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of light energies is called a spectrum (plural spectra). 
The study of spectra is called spectroscopy. When light 
is emitted from an atom, the different colors of light 
can be seen when they are separated by a device such 
as a prism or a diffraction grating. If white light passes 
through a prism or grating, you see a full rainbow, but 
when the light emitted by an element passes through, 
not every color is there—only those specific colors 
corresponding to energy level differences. These cor- 
respond to lines in the spectrum. 


A line spectrum is very useful in identifying an 
element because no two elements have the same line 
spectrum. This is how elements can be identified even 
on far away stars. The spectrum of light from the star 
is analyzed for the lines of color in its spectrum. These 
lines can then be matched to known line spectra of 
elements on Earth. The element helium was discovered 
in this way. Its line spectrum was seen when sunlight 
was passed through a prism. 


See also Electron. 


I Atomic theory 


Atomic theory is the description of atoms, the 
smallest units of elements. 


History 


Beginning in about 600 BC, many Greek philoso- 
phers struggled to understand the nature of matter. 
Some said everything was made of water, which comes 
in three forms (solid ice, liquid water, and gaseous 
steam). Others believed that matter was made entirely 
of fire in ever-changing forms. Still others believed 
that whatever comprised matter, it must be something 
that could not be destroyed but only recombined into 
new forms. If they could see small enough things, they 
would find that the same “building blocks” they 
started with were still there. One of these philosophers 
was named Democritus. He imagined starting with a 
large piece of matter and gradually cutting it into 
smaller and smaller pieces, finally reaching a smallest 
possible piece. This tiniest building block that could 
no longer be cut he named atomos, Greek for “no-cut” 
(indivisible). The word atomos has been changed in 
modern times to “atom.” The atoms Democritus envi- 
sioned differed only in shape and size. In his theory, 
different objects looked different because of the way 
the atoms were arranged. Aristotle, one of the most 
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influential philosophers of that time, believed in some 
kind of “smallest part” of matter, but did not believe 
these parts followed Democritus’s description. Aristotle 
said there were only four elements (earth, air, fire, 
water) and that these had some smallest unit that 
made up all matter. Aristotle’s teachings against the 
idea of Democritus’s atom were so powerful that the 
idea of the atom fell out of philosophical fashion for 
the next 2,000 years. 


Although atomic theory was abandoned for this 
long period, scientific experimentation, especially in 
chemistry, flourished. From the Middle Ages (c. AD 
1100) onward, many chemical reactions were studied. 
By the seventeenth century, some of these chemists 
began thinking about the reactions they were seeing in 
terms of smallest parts. They even began using the word 
atom again. One of the most famous chemists of the end 
of the eighteenth century was Antoine Lavoisier (1743— 
1794). His chemical experiments involved very careful 
weighing of all the chemicals. He reacted various 
substances until they were in their simplest states. He 
found two important factors: (1) the simplest substan- 
ces, which he called elements, could not be broken 
down any further, and (2) these elements always reacted 
with each other in the same proportions. The same 
more complex substances he called compounds. For 
example, two volumes of hydrogen reacted exactly 
with one volume of oxygen to produce water. Water 
could be broken down to always give exactly two 
volumes of hydrogen and one volume of oxygen. 
Lavoisier had no explanation for these amazingly con- 
sistent results. However, his numerous and careful 
measurements provided a clue for another chemist 
named John Dalton (1766-1844). 


Dalton realized that if elements were made up of 
atoms, a different atom for each different element, 
atomic theory could explain Lavoisier’s results. If 
two atoms of hydrogen always combined with one 
atom of oxygen, the resulting combination of atoms, 
called a molecule, would be water. Dalton published 
his explanation in 1803. This year is considered the 
beginning of modern atomic theory. Scientific experi- 
ments that followed Dalton were attempts to charac- 
terize how many elements there were, what the atoms 
of each element were like, how the atoms of each 
element were the same and how they differed, and, 
ultimately, whether there was anything smaller than 
an atom. 


Describing characteristics of atoms 
One of the first attributes of atoms to be described 


was relative atomic weight. Although a single atom 
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The evolution of atomic theory. (Hans & Cassidy. Courtesy of Gale Group.) 


was too small to weigh, atoms could be compared to 
each other. The chemist Jons Berzelius (1799-1848) 
assumed that equal volumes of gases at the same tem- 
perature and pressure contained equal numbers of 
atoms. He used this idea to compare the weights of 
reacting gases. He was able to determine that, for exam- 
ple, oxygen atoms were 16 times heavier than hydrogen 
atoms. He made a list of these relative atomic weights 
for as many elements as he knew. He devised symbols 
for the elements by using the first letter or first two 
letters of their Latin names, a system still in use today. 
The symbol for hydrogen is H, for oxygen is O, for 
sodium (natrium, in Latin) is Na, and so on. The 
symbols also proved useful in describing how many 
atoms combine to form a molecule of a particular 
compound. For example, to show that water is made 
of two atoms of hydrogen and one atom of oxygen, the 
symbol for water is HO. One oxygen atom can even 
combine with one other oxygen atom to produce a 
molecule of oxygen with the symbol O;. 


As more and more elements continued to be dis- 
covered, it became convenient to begin listing them in 
symbol form in a chart. In 1869, Dmitri Mendeleev 
(1834-1907) listed the elements in order of increasing 
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atomic weight and grouped elements that seemed to 
have similar chemical reactions. For example, lithium 
(Li), sodium (Na), and potassium (K) are all metallic 
elements that burst into flame if they get wet. Similar 
elements were placed in the same column of his chart. 
Mendeleev began to see a pattern among the elements, 
where every eighth element on the atomic weight list- 
ing would belong to the same column. Because of this 
periodicity or repeating pattern, Mendeleev’s chart is 
called the periodic table of the elements. The table was 
so regular, in fact, that when there was a “hole” in the 
table, Mendeleev predicted that an element would 
eventually be discovered to fill it. For instance, there 
was a space in the table for an element with an atomic 
weight of about 72 (72 times heavier than hydrogen), 
but no known element of that weight. In 1886, 15 years 
after its prediction, the element germanium (Ge) was 
isolated and found to have an atomic weight of 72.3. 
Many more elements continued to be predicted and 
found in this way. However, as more elements 
were added to the periodic table, it was found that if 
some elements were placed in the correct column 
because of similar reactions, they did not follow the 
right order of increasing atomic weight. Some other 
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Isotopes 


Hydrogen—1 


Hydrogen-2 


Hydrogen-3 


Hydrogen’s isotopes: hydrogen, deuterium, and tritium. (Hans & Cassidy. Courtesy of Gale Group.) 


atomic characteristic was needed to order the elements 
properly. Many years passed before the correct prop- 
erty was found. 


As chemistry experiments were searching for and 
characterizing more elements, other branches of science 
were making discoveries about electricity and light that 
were to contribute to the development of atomic theory. 
Michael Faraday (1791-1867) had done much work to 
characterize electricity; James Clerk Maxwell (1831- 
1879) characterized light. In the 1870s, William 
Crookes built an apparatus, now called a Crookes 
tube, to examine “rays” being given off by metals. He 
wanted to determine whether the rays were light or 
electricity based on Faraday’s and Maxwell’s descrip- 
tions of both. Crookes’s tube consisted of a glass bulb, 
from which most of the air had been removed, encasing 
two metal plates called electrodes. One electrode was 
called the anode and the other was called the cathode. 
The plates each had a wire leading outside the bulb to a 
source of electricity. When electricity was applied to the 
electrodes, rays appeared to come from the cathode. 
Crookes determined that these cathode rays were par- 
ticles with a negative electrical charge that were being 
given off by the metal of the cathode plate. In 1897, 
J. J. Thomson (1856-1940) discovered that these neg- 
atively charged particles were coming out of the atoms 
and must have been present in the metal atoms to begin 
with. He called these negatively charged subatomic 
particles “electrons.” Since the electrons were nega- 
tively charged, the rest of the atom had to be positively 
charged. Thomson believed that the electrons were 
scattered in the atom like raisins in a positively-charged 
bread dough, or like plums in a pudding. Although 
Thomson’s “plum-pudding” model was not correct, it 
was the first attempt to show that atoms were more 
complex than just homogeneous spheres. 
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At the same time, scientists were examining other 
kinds of mysterious rays that were coming from the 
Crookes tube but did not originate at its cathode. In 
1895, Wilhelm Roentgen (1845-1923) noticed that 
photographic plates held near a Crookes tube would 
become fogged by some invisible, unknown rays. 
Roentgen called these rays “x rays,” using “x” for 
unknown as is common in algebra. Roentgen also estab- 
lished the use of photographic plates as a way to take 
pictures of mysterious rays. He found that by blocking 
the x rays with his hand, for instance, bones would block 
the x rays but skin and tissue would not. Doctors still 
use Roentgen’s x rays for imaging the human body. 


Photographic plates became standard equipment 
for scientists of Roentgen’s time. One of these scien- 
tists, Henri Becquerel (1852-1908), left some photo- 
graphic plates in a drawer with uranium, a new 
element he was studying. When he removed the plates, 
he found that they had become fogged. Since there was 
nothing else in the drawer, he concluded that the ura- 
nium must have been giving off some type of ray. 
Becquerel showed that this radiation was not as pen- 
etrating as x rays since it could be blocked by paper. 
The element itself was actively producing radiation, a 
property referred to as radioactivity. Largely through 
the work of Pierre and Marie Curie (1859-1906; 1867— 
1934), more radioactive elements were found. The 
attempts to characterize the different types of radio- 
activity led to the next great chapter in the develop- 
ment of atomic theory. 


In 1896, Ernest Rutherford (1871-1937), a student of 
J.J. Thomson, began studying radioactivity. By testing 
various elements and determining what kinds of 
materials could block the radiation from reaching a 
photographic plate, Rutherford concluded that there 
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were two types of radioactivity coming from elements. 
He named them using the first two letters of the Greek 
alphabet, alpha and beta. Alpha radiation was made 
of positively charged particles about four times as 
heavy as a hydrogen atom. Beta radiation was made 
of negatively charged particles that seemed to be just 
like electrons. Rutherford decided to try an experi- 
ment using the alpha particles. He set up a piece of 
thin gold foil with photographic plates encircling it. 
He then allowed alpha particles to hit the gold. Most 
of the alpha particles went right through the gold foil, 
but a few of them did not. A few alpha particles were 
deflected from their straight course. A few even came 
straight backward. Rutherford wrote that it was as 
surprising as if one had fired a bullet at a piece of tissue 
paper only to have it bounce back. Rutherford con- 
cluded that since most of the alpha particles went 
through, the atoms of the gold must be mostly empty 
space, not Thomson’s space-filling plum-pudding. 
Since a few of the alpha particles were deflected, 
there must be a densely packed positive region in 
each atom, which he called the nucleus. With all the 
positive charge in the nucleus, the next question was 
the arrangement of the electrons in the atom. 


In 1900, physicist Max Planck had been studying 
processes of light and heat, specifically trying to 
understand the light radiation given off by a “black- 
body,” an ideal cavity made by perfectly reflecting 
walls. This cavity was imagined as containing objects 
called oscillators, which absorbed and emitted light 
and heat. Given enough time, the radiation from 
such a black-body would produce a colored-light dis- 
tribution called a spectrum, which depended only on 
the temperature of the black-body and not on what it 
was made of. Many scientists attempted to find a 
mathematical relationship that would predict how 
the oscillators of a black-body could produce a partic- 
ular spectral distribution. Max Planck found the cor- 
rect mathematical relationship. He assumed that the 
energy absorbed or emitted by the oscillators was 
always a multiple of some fundamental “packet of 
energy” he called a quantum. Objects that emit or 
absorb energy do it in discrete amounts, called quanta. 


At the same time, there was a physicist working 
with Thomson and Rutherford named Niels Bohr. 
Bohr realized that the idea of a quantum of energy 
could explain how the electrons in the atom are 
arranged. He described the electrons as being “in 
orbit” around the nucleus like planets around the 
sun. Like oscillators in a black-body could not have 
just any energy, electrons in the atom could not have 
just any orbit. There were only certain distances that 
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were allowed by the energy an electron has. If an 
electron of a particular atom absorbed the precisely 
right quantum of energy, it could move farther away 
from the nucleus. If an electron farther from the 
nucleus emitted the precisely right quantum of energy, 
it could move closer to the nucleus. The precisely right 
values differed for every element. These values could 
be determined by a process called atomic spectro- 
scopy, an experimental technique that looked at the 
light spectrum produced by atoms. An atom was 
heated so that all of its electrons were moved far 
away from the nucleus. As they moved closer to the 
nucleus, the electrons would begin emitting their 
quanta of energy as light. The spectrum of light pro- 
duced could be examined using a prism. The spectrum 
produced in this way did not show every possible 
color, but only those few that matched the energies 
corresponding to the electron orbit differences. 
Although later refined, Bohr’s “planetary model” of 
the atom explained atomic spectroscopy data well 
enough that scientists turned their attention back to 
the nucleus of the atom. 


Rutherford, along with Frederick Soddy, contin- 
ued work with radioactive elements. Soddy, in partic- 
ular, noticed that as alpha and beta particles were 
emitted from atoms, the atoms changed in one of 
two ways: (1) the element became a totally different 
element with completely new chemical reactions, or (2) 
the element maintained the same chemical reactions 
and the same atomic spectrum, only changing in 
atomic weight. 


Soddy called atoms of the second group (atoms of 
the same element with different atomic weights) iso- 
topes. In any natural sample of an element, there may 
be several types of isotopes. As a result, the atomic 
weight of an element that was calculated by Berzelius 
was actually an average of all the isotope weights for 
that element. This was the reason that some elements 
did not fall into the correct order on Mendeleev’s peri- 
odic table—the average atomic weight depended on 
how much of each kind of isotope was present. Soddy 
suggested placing the elements in the periodic table by 
similarity of chemical reactions and then numbering 
them in order. The number assigned to each element 
in this way is called the atomic number. The atomic 
numbers were convenient ways to refer to elements. 


Meanwhile, Thomson had continued his work 
with the Crookes tube. He found that not only were 
cathode rays of electrons produced, so were positive 
particles. After much painstaking work, he was able to 
separate the many different kinds of positive particles 
by weight. Based on these measurements, he was able 
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to determine a fundamental particle, the smallest 
positive particle produced, called a proton. Since 
these were being produced by the atoms of the cath- 
ode, and since Rutherford showed that the nucleus of 
the atom was positive, Thomson realized that the 
nucleus of an atom must contain protons. A young 
scientist named Henry Moseley experimented with 
bombarding atoms of different elements with x rays. 
Just as in atomic spectroscopy, where heat gives elec- 
trons more energy, x rays give protons in the nucleus 
more energy. And just as electrons give out light of 
specific energies when they cool, the nucleus emits x 
rays of a specific energy when it “de-excites.” Moseley 
discovered that for every element the energy of the 
emitted x rays followed a simple mathematical rela- 
tionship. The energy depended on the atomic number 
for that element, and the atomic number corresponded 
to the number of positive charges in the nucleus. So the 
correct ordering of the periodic table is by increasing 
number of protons in the atomic nucleus. The number 
of protons equals the number of electrons in a neutral 
atom. The electrons are responsible for the chemical 
reactions. Elements in the same column of the periodic 
table have similar arrangements of electrons with the 
highest energies, and this is why their reactions are 
similar. 


Only one problem remained. Electrons had very 
little weight, 1/1,836 the weight of a proton. Yet the 
protons did not account for all of the atomic weight of 
an atom. It was not until 1932 that James Chadwick 
discovered the existence of a particle in the nucleus 
with no electrical charge but with a weight slightly 
greater than a proton. He named this particle the 
neutron. Neutrons are responsible for the existence 
of isotopes. Two atoms of the same element will have 
the same number of protons and electrons, but they 
might have different numbers of neutrons and there- 
fore different atomic weights. Isotopes are named by 
stating the name of the element and then the number 
of protons plus neutrons in the nucleus. The sum of the 
protons and neutrons is called the mass number. For 
example, uranium-235 has 235 protons and neutrons. 
We can look on a periodic table to find uranium’s 
atomic number (92) which tells us the number of pro- 
tons. Then by subtracting, we know that this isotope 
has 143 neutrons. There is another isotope of uranium, 
38, with 92 protons and 146 neutrons. Some combi- 
nations of protons and neutrons are less stable than 
others. Picture trying to hold 10 bowling balls in your 
arms. There will be some arrangement where you 
might be able to manage it. Now try holding 11 or 
only nine. There might not be a stable arrangement, 
and you would drop the bowling balls. The same thing 
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happens with protons and neutrons. Unstable arrange- 
ments spontaneously fall apart, emitting particles, 
until a stable structure is reached. This is how radio- 
activity like alpha particles is produced. Alpha par- 
ticles are made of two protons and two neutrons 
tumbling out of an unstable nucleus. 


Hydrogen has three kinds of isotopes: hydrogen, 
7H (deuterium), and 3H (tritium). 


The atomic weights of the other elements were 
originally compared to hydrogen without specifying 
which isotope. It is also difficult to get single atoms of 
hydrogen because a lone hydrogen atom usually reacts 
with other atoms to form molecules such as H> or 
H,0O. Therefore, a different element’s isotope was 
chosen for comparison. The atomic weights are now 
based on '7C (carbon 12). This isotope of carbon has 
six protons and six neutrons in its nucleus. Carbon-12 
was defined to be 12 atomic mass units. (Atomic mass 
units, abbreviated amu, are units used to compare the 
relative weights of atoms. One amu is less than 200 
sextillionths of a gram.) Every other isotope of every 
other element is compared to this. Then the weights of 
a given element’s isotopes are averaged to give the 
atomic weights found on the periodic table. 


Until this point in the story of the atom, all of the 
particles comprising the atom were thought of as hard, 
uniform spheres. Beginning in 1920, with the work of 
Louis de Broglie, this image changed. De Broglie 
showed that particles like electrons could sometimes 
have properties of waves. For instance, if water waves 
are produced by two sources, like dropping two peb- 
bles into a pond, the waves can interfere with each 
other. This means that high spots add to make even 
higher spots. Low spots add to make even lower 
regions. When electrons were made to travel through 
a double slit, with some electrons going through one slit 
and some through the other, they effectively created 
two sources. The electrons showed this same kind of 
interference, producing a pattern on a collection plate. 
The ability of electrons and other particles to some- 
times show properties of particles and sometimes of 
waves is called wave-particle duality. This complication 
to the nature of the electron meant that Bohr’s idea of a 
planetary atom was not quite right. The electrons do 
have different discrete energies, but they do not follow 
circular orbits. In 1925, Werner Heisenberg stated that 
the precise speed and location of a particle cannot, for 
fundamental physical reasons, both be known at the 
same time. The Heisenberg uncertainty principle 
inspired Erwin Schrédinger to devise an equation to 
calculate how an electron with a certain energy moves. 
Schrédinger’s equation describes regions in an atom 
where an electron with a certain energy is likely to be 
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Accelerator—A device that causes particles to move 
faster and faster. 

Alpha particle—Two protons and two neutrons bound 
together and emitted from the nucleus during some 
kinds of radioactive decay. 

Atomic mass—The mass of an atom relative to car- 
bon-12 ('7C, which has a mass of exactly 12 atomic 
mass units); also the mass, in grams, of an element 
that contains one mole of atoms. 


Atomic mass unit (u or amu)—A unit used to express 
the mass of atoms equal to exactly one-twelfth of the 
mass of carbon-12. 


Beta particle—One type of radioactive decay par- 
ticle emitted from radioactive atomic nuclei. A beta 
particle is the same thing as an electron. 


Electrode—A metal plate that carries electrical 
current. 

Electron cloud—The image of an electron moving so 
fast that it seems to fill a region of space. 
Interference—The combination of waves in which 
high spots combine to give even higher spots and 
low spots combine to give even lower spots. 


but not exactly where it is. This region of probability is 
called an orbital. Electrons move about so fast within 
these orbitals that we can think of them as blurring into 
an electron cloud. Electrons move from one orbital 
into another by absorbing or emitting a quantum of 
energy, just as Bohr explained. 


Applications of atomic theory 


Early studies of radioactivity revealed that certain 
atomic nuclei were naturally radioactive. Some scien- 
tists wondered that if particles could come out of the 
nucleus, would it also be possible to force particles into 
the nucleus? In 1932, John D. Cockcroft (1897-1967) 
and Ernest Walton (1903-1995) succeeded in building 
a particle accelerator, a device that could make 
streams of charged particles move faster and faster. 
These fast particles, protons for example, were then 
aimed at a thin plate of a lighter element like lithium 
(Li). If a lithium atom nucleus “captures” a proton, 
the nucleus becomes unstable and breaks apart into 
two alpha particles. This technique of inducing radio- 
activity by bombardment with accelerated particles is 
still the most used method of studying nuclear structure 
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Kinetic energy—The energy of a moving object. 
Mass number—The sum of protons and neutrons. 


Nucleus—The dense central part of an atom contain- 
ing the protons and neutrons; plural is nuclei. 


Orbital—The region of probability within an atom 
where an electron with a particular energy is likely 
to be. 


Oscillators—Objects that can absorb or emit energy 
and convert it into kinetic energy. 


Periodicity—Repeatability of a pattern. 


Quantum—The amount of radiant energy in the dif- 
ferent orbits of an electron around the nucleus of an 
atom. 


Quarks—Believed to be the most fundamental units 
of protons and neutrons. 


Uncertainty principle—Heisenberg’s statement that 
both the position and velocity of a particle cannot be 
known with equal precision at the same time. 


Wave-particle duality—The ability of objects to show 
characteristics of both waves and particles. 


and subatomic particles. Today, accelerators race the 
particles in straight lines or, to save land space, in 
ringed paths several miles in diameter. 


The spontaneous rearrangement of the atomic 
nucleus always results in a release of energy in the form 
of kinetic motion in fast-moving neutrons. When a 
large nucleus falls apart to form smaller atoms, the 
process is called fission. When lighter atoms are forced 
together to produce a heavier atom, the process is 
called fusion. In either case, fast neutrons are released. 
These can transfer their kinetic energy to the sur- 
roundings, heating it. This heat can be used to boil 
water, producing steam to run a turbine that turns an 
electric generator. Fusion, the coming-together of nuclei 
to make heavier nuclei, is the process of releasing 
energy at the center of the sun and other stars. So much 
energy can be released quickly by either fission or 
fusion that these processes have made possible the 
manufacture of atomic weapons. Fusion is not yet 
controlled enough for running a power plant. Research 
continues to find a controlled method of using fusion 
energy, but the problem appears extremely difficult 
and affordable fusion power may never be achieved. 
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Atomic weight 


The first atomic (fission) bomb was detonated 
as part of the test code-named Trinity in 1945. On 
September 6 and 9 of that same year, the atomic 
bomb was used by the United States to destroy the 
Japanese cities of Hiroshima and Nagasaki. 


While an atom is the smallest part of an element 
that still remains that element, atoms are not the 
smallest particles that exist. Even the protons and 
neutrons in the atomic nucleus are believed to be made 
of even smaller particles, called quarks. Current 
research in atomic physics focuses on describing the 
internal structure of atoms. By using particle acceler- 
ators, scientists are trying to characterize new particles 
and test the accuracy of their theories of atomic 
physics. 


In science, a theory is not an uncertain idea or 
guess, but a system of related, testable ideas that sat- 
isfactorily explains some body of information. A sci- 
entific theory makes sense of facts. That all life on 
Earth has been produced through evolution, for exam- 
ple, is a fact that is explained by the theory of evolu- 
tion; that all matter is made of atoms is a fact that is 
described by atomic theory. All scientific theories are 
subject to continual development and improvement, 
but that does not mean that there is anything funda- 
mentally uncertain about the realities they describe. 


See also Element, chemical; Nuclear fission; Nuclear 
fusion. 


Eileen Korenic 


l Atomic weight 


Atoms are exceedingly small, so small that actual 
weights of atoms were not able to be determined until 
early in the twentieth century. The weight of an atom 
of oxygen-16 (an oxygen atom with eight neutrons in 
the nucleus) was found to be 2.657 x 107° grams and 
an atom of carbon-12 (a carbon atom with six neu- 
trons in the nucleus) was found to weigh 1.99 x 10° 
grams. Because these units are so small, they are not 
practical and are seldom used in everyday laboratory 
work. Rather, the weight of an atom is usually calcu- 
lated in units other than grams, units that are closer to 
the size of the particle being weighed and therefore 
more practical. 


The table of atomic weights is based on a unit 
called an atomic mass unit, abbreviated u, or in older 
notation, amu. This unit is defined as 1/12 the mass of 
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carbon-12 ('*C) and is equal to 1.6606 x 10° grams. 
On this scale, carbon-12 weighs exactly 12 atomic mass 
units. Because even the smallest amount of matter con- 
tains enormous numbers of atoms, atomic weights are 
usually interpreted to mean grams of an element rather 
than atomic mass units. When interpreted in grams, the 
atomic weight of an element represents 6.02 x 107° 
atoms, which is defined as one mole. Thus, the atomic 
weight in grams is the mass of an element that contains 
one mole or 6.02 x 10°? atoms. 


Atomic weights are actually atomic masses, but 
historically they were called atomic weights because 
the method used to determine them was called weigh- 
ing. This terminology has persisted and is more famil- 
iar to most people even though the values obtained are 
actually atomic masses. 


History 


Although the atomic theory of matter, in its vari- 
ous forms, existed a good two thousand years before 
the time of John Dalton (1766-1844), he was the first to 
propose, in his 1808 book A New System of Chemical 
Philosophy, that atoms had weight. Atoms, as Dalton 
defined them, were hard, solid, indivisible particles with 
no inner spaces, rather than something that could not 
be seen, touched, or tasted. They were indestructible 
and preserved their identities in all chemical reactions. 
Furthermore, each kind of element had its own specific 
kind of atom different from the atoms of other ele- 
ments. These assumptions led him to propose that 
atoms were tangible matter and therefore had weight. 


Because atoms were much too small to be seen or 
measured by any common methods, absolute weights 
of atoms could not be determined. Rather, these first 
measurements were made by comparing weights of 
various atoms to hydrogen. Hydrogen was chosen as 
the unit of comparison because it was the lightest 
substance known, and the weights of the other ele- 
ments would be very close to whole numbers. 


The weight of oxygen could then be calculated 
because of earlier work by Alexander von Humboldt 
(1769-1859) and Joseph-Louis Gay-Lussac (1778- 
1850), who found that water consisted of only two 
elements, hydrogen and oxygen, and that there were 
eight parts of oxygen for every one part of hydrogen. 
Lacking any knowledge about how many atoms of 
hydrogen and oxygen combine in a molecule of 
water, Dalton again had to make some assumptions. 
He assumed that nature is basically very simple and, 
therefore, one atom of hydrogen combines with only 
one atom of oxygen. Using this hypothesis, and the 
fact that hydrogen was assigned a weight of one unit, it 
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follows that oxygen, which is eight times heavier than 
hydrogen, would have a weight of eight units. Of 
course, if the ratio between hydrogen and oxygen in 
water were not one to one, but some other ratio, the 
weight of oxygen would have to be adjusted accord- 
ingly. Dalton used experimental results and similar 
reasoning to prepare the very first table of atomic 
weights, but because of the lack of knowledge about 
the real formulas for substances, many of the weights 
were incorrect and had to be modified later. 


Knowledge about absolute formulas of substan- 
ces came mainly from the work of two chemists. In 
1809, Gay-Lussac observed that gases react with 
each other in very simple proportions. For example, 
at the same temperature and pressure, two volumes of 
hydrogen react with one volume of oxygen and 
form two volumes of water. Then in 1811, Amedeo 
Avogadro (1776-1856) proposed that equal volumes 
of gases have the same number of particles if measured 
at the same temperature and pressure. The difficulty of 
explaining how one volume of oxygen could form two 
volumes of water without violating the current theory 
that atoms were indivisible was not resolved until the 
1850s when Avogadro’s explanation that molecules of 
gases, such as hydrogen and oxygen, existed as dia- 
tomic molecules (molecules with two atoms joined 
together) was finally accepted. If each oxygen mole- 
cule was composed of two oxygen atoms, then it was 
the molecule and not the atom that split apart to form 
two volumes of water. 


Although other scientists contributed to knowl- 
edge about atomic weights, much of the experimental 
work that was used to improve the table of atomic 
weights was done by J. J. Berzelius (1778-1848), who 
published his list of the weights of 54 elements in 1828. 
Unlike Dalton’s atomic weights, the weights published 
by Berzelius match quite well the atomic weights used 
today. 


Until that time, all the knowledge about atomic 
weights was relative to the weight of hydrogen as one 
unit. The first of the experiments to uncover knowl- 
edge about the absolute weight of parts of the atom 
were done early in the twentieth century by J. J. 
Thomson (1856-1940) and Robert Millikan (1868— 
1953). Thomson studied rays of negative particles 
(later discovered to be electrons) in partially evacuated 
tubes. He measured how the beam deflected or bent 
when placed in a magnetic field and used this informa- 
tion to calculate mathematically the ratio of the charge 
on the electron to the mass of the electron. 


Millikan devised an experiment in which he pro- 
duced a very fine spray of charged oil droplets and 
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allowed them to fall between two charged plates. By 
adjusting the charge as he observed the droplets under 
a microscope, he was able to suspend the droplets 
midway between the two plates; with this information 
he could calculate the charge of the electron. Now, 
along with the charge/mass ratio calculated by 
Thomson, the mass of the electron could be calculated 
and was found to equal 9.11 x 10° grams (a decimal 
with 27 zeros before the 9). 


About five years later, the proton’s charge and 
mass were calculated. The proton was found to 
weigh 1.6726 x 1074 grams, or about 1,836 times as 
much as an electron. Because most atoms (hydrogen 
being the only exception) were heavier than would be 
expected from the number of protons they had, scien- 
tists knew that there had to be another neutral particle 
in the atom. Because of the difficulty in observing 
neutral particles, the neutron was not discovered 
until 1932 by James Chadwick (1891-1974). Its mass 
was found to be 1.6749 x 104 grams, about the same 
as the mass of the proton. 


Isotopes 


The atomic weight represents the sum of the 
masses of the particles that make up the atom—pro- 
tons, neutrons, and electrons—but since the mass of 
the electron is so small and essentially all the weight of 
the atom comes from the protons and neutrons, the 
atomic weight is considered to represent the sum of the 
masses of the protons and neutrons present in the 
atom. These weights were given in relative units called 
atomic mass units (abbreviated u or, in older notation, 
amu) in which the protons and neutrons have nearly 
equal masses. Consequently, the sum of the protons 
and neutrons in the nucleus would be the same as the 
atomic weight of the atom. 


Today, a very sophisticated instrument, called a 
mass spectrometer, is used to obtain accurate meas- 
urements of atomic masses. In this instrument, atoms 
are vaporized and then changed to positively charged 
particles by knocking off electrons. These charged 
particles are passed through a magnetic field, which 
causes them to be deflected in different amounts, 
depending on the size of the charge and mass. The 
particles are eventually deposited on a detector plate 
where the amount of deflection can be measured and 
compared with the charge. Very accurate relative 
masses are determined in this way. 


When atoms of various elements were analyzed 
with the mass spectrometer, scientists were surprised 
to find that not all atoms of the same element had 
exactly the same mass. Oxygen, for example, was 
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found to exist in three different forms, each differing 
by one atomic mass unit, or about the mass of one 
proton or one neutron. Since the number of protons in 
the nucleus was known because of the association with 
a +1 charge, the three different masses for oxygen had 
to be caused by different numbers of neutrons in the 
nucleus. Atoms of this type were called isotopes. Both 
the identity of the element (since the number of pro- 
tons remains the same) and the chemical properties 
(since the electrons remain unchanged) are identical in 
isotopes of the same element. However, the mass is 
different because of the different number of neutrons 
in the nucleus, and this sometimes makes the atom 
unstable and radioactive. Radioactive isotopes are 
frequently used in research because the radioactivity 
can be followed using a Geiger counter. They can be 
administered to living systems like plants or animals 
and the isotope is observed as it moves and reacts 
throughout the system. Oxygen has three isotopes 
with masses of 16, 17, and 18 (often written as oxy- 
gen-16, oxygen-17, and oxygen-18 ['°O, '’O, and 
'8Q]). Similarly, carbon exists as carbon-12, carbon- 
13, and carbon-14 ('*C, °C, and '*C) and hydrogen as 
hydrogen-1, hydrogen-2, and hydrogen-3 (H, 7H, and 
3H). Each of these successive isotopes has one more 
neutron in the nucleus than the preceding one. 


Interpretation of atomic weights 


Early work on atomic weights used naturally 
occurring oxygen, with an assigned atomic weight of 
exactly 16 as the basis for the scale of atomic weights. 
All other atomic weights were found in relation to it. 
Confusion arose in 1929, when the three isotopes of 
oxygen were discovered. In 1961 it was finally decided 
to adopt carbon-12 as the basis for all other atomic 
weights. Under this system, still in use today, the 
atomic weight of carbon-12 is taken to be exactly 12 
and the atomic mass unit is defined as exactly one- 
twelfth the mass of carbon-12. All other atomic 
weights are measured in relation to this unit. 


Surprisingly, however, the weight of carbon in the 
table of atomic weights is not given as exactly 12 as 
would be expected, but rather 12.01. The reason is that 
the weights used in the table represent the average 
weight of the isotopes of carbon that are found in a 
naturally occurring sample. For example, most carbon 
found in nature, 98.89% to be exact, is carbon-12 and 
has a weight of exactly 12. The rest (1.11%) is carbon- 
13 (with an atomic weight of 13.00) and carbon-14 
(which exists in quantities too minute to affect this 
calculation). The atomic weight of carbon is calculated 
by taking 98.89% of the weight of carbon-12 and 
1.11% of the weight of carbon-13 to give 12.0112. 
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All weights in the table of atomic weights are calcu- 
lated by using the percentage of each isotope in a 
naturally occurring sample. 


Because atoms are too impossibly small for chem- 
ists to observe or weigh, the weights of individual 
atoms are not very useful for experimentation. Very 
large numbers of atoms are involved in even the tiniest 
samples of matter. It is important to match the unit 
that is used to make a measurement to the size of the 
thing being measured. For example, it is useful to 
measure the length of a room in feet rather than 
miles because the unit, foot, corresponds to the length 
of a room. One would not measure the distance to 
London or Paris or to the sun in inches or feet, because 
the distance is so large in relation to the size of the unit. 
Miles are a much more appropriate unit. 


A new unit, called a mole, was created as a more 
useful unit for working with atoms. A mole is a count- 
ing number much like a dozen. A dozen involves 12 of 
anything, 12 books, 12 cookies, 12 pencils, etc. Similarly, 
a mole involves 6.02 x 107° (602 with 21 zeros after it) 
particles of anything. The mole is such a large number 
that it is not a useful measurement for anything except 
counting very, very small particles, too small to even 
imagine. For example, if a mole of dollars were divided 
evenly among all the people of the world (6.5 billion in 
2006), every single person alive would receive 1.09 x 
10'* dollars! That is enough money to last nearly 300 
years if a billion dollars were spent every single day of 
the year. Yet a mole of carbon atoms is contained in a 
chunk of coal about as big as a marble. 


Needless to say, atoms cannot be counted in the 
same way that cookies or books are, but they can be 
counted by weighing, and the mole is the unit that can 
express this quantity. If a ping-pong ball weighs one 
ounce, then 12 ounces of ping-pong balls would contain 
12 balls. Twenty ounces would contain 20 balls. If golf 
balls weigh four ounces each, then 48 ounces are needed 
in order to obtain 12 balls, and 80 ounces are needed in 
order to obtain 20 balls. Since the golf ball weighs four 
times as much as the ping-pong ball, it is easy to obtain 
equal numbers of these two balls by weighing four times 
as much for the golf balls as you weigh for the ping- 
pong balls. Actually, it is easier to count small numbers 
of ping-pong balls or golf balls than to weigh them. But 
if 10 or 20 or 30 thousand of them were needed, it would 
be much easier figure the weight of the balls and weigh 
them than it would be to count them. 


Likewise, the weighing method is more useful and, 
in fact, is the only method by which atoms can be 
counted. It was discovered in the early 1800s, mostly 
through the work of Avogadro, that when the atomic 
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weight of an atom is interpreted in grams rather than 
atomic mass units, the number of atoms in the sample 
is always 6.02 x 10°* atoms or a mole of atoms. Thus, 
12 grams of carbon contain one mole of carbon atoms 
and 16 grams of oxygen contain one mole of oxygen 
atoms. One mole of the lightest atom, hydrogen, weighs 
just one gram; one mole of the heaviest of the naturally 
occurring elements, uranium, weighs 238 grams. 


Molecules are particles made up of more than one 
atom. The weight of the molecule, called the molecular 
weight, can be found by adding the atomic weights of 
each of the atoms that make up the molecule. Water is a 
molecule with the chemical formula H,O. It is com- 
posed of two atoms of hydrogen, with an atomic weight 
of one, and one atom of oxygen with an atomic weight 
of 16. Water, therefore has a molecular weight of 18. 
When this molecular weight is interpreted as 18 atomic 
mass units, it represents the weight of one molecule in 
relation to one-twelfth of carbon-12. When the molec- 
ular weight is interpreted as 18 grams (fewer than 400 
drops of water), it represents the weight of one mole, or 
6.02 x 10° molecules of water. Similarly, the molecular 
weight of carbon dioxide (CO) is 44 atomic mass units 
or 44 grams. A chunk of solid carbon dioxide (known 
as dry ice) about the size of a baseball contains one mole 
of molecules. If this chunk were allowed to change to a 
gas at room conditions of temperature and pressure, 
this mole of carbon dioxide would take up slightly over 
a cubic foot. 


Uses 


When a new substance is found in nature or pro- 
duced in the laboratory, the first thing chemists try to 
determine is its chemical formula. This new com- 
pound, a substance made of two or more kinds of 
atoms, is analyzed to find what elements it is com- 
posed of, usually by chemically separating the com- 
pound into its elements and then determining how 
much of each element was present. Chemical formulas 
tell how many atoms are in a compound, not the 
amount of mass. So the mass of each element must 
be expressed as a part of a mole by comparing it to the 
atomic weight. When expressed in this manner, the 
quantity is a way to represent how many atoms are 
present in the compound. These numbers of moles are 
expressed as ratios, reduced to the lowest whole num- 
bers and then combined with the symbols for the 
elements to represent the simplest chemical formula. 


Companies that produce raw materials or manu- 
facture goods use atomic and molecular weights to 
determine the amounts of reactants needed to produce 
a given amount of product, or they can determine how 
much product they can produce from a given amount 
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KEY TERMS 


Atomic mass—The mass of an atom relative to 
carbon-12 (which has a mass of exactly 12 atomic 
mass units); also the mass, in grams, of an element 
that contains one mole of atoms. 


Atomic mass unit (u or amu)—A unit used to 
express the mass of atoms equal to exactly one- 
twelfth of the mass of carbon-1 2. 


Molecule—The smallest particle of a compound 
that can exist, formed when two or more atoms 
join together to form a substance. 


of reactant. Once again, the quantities involved in 
chemical reactions depend on how many atoms or 
molecules react, not on the amount of mass of each. 
So the known amount of reactant or product must be 
expressed as a part of a mole by comparing it to the 
molecular weight. Although other factors are involved 
in these determinations, this quantity, along with the 
balanced equation for the chemical reaction, allows 
chemists to figure out how much of any other reactant 
or product is involved in the reaction. Calculations of 
this type can save manufacturers many dollars because 
the amounts of chemicals needed to manufacture a 
product can be accurately determined. If a billion 
tires are produced in one year and a penny can be 
saved on each tire by not using more of a substance 
than can be reacted, it would be a substantial savings 
to the company of $10,000,000 per year. 


See also Avogadro’s number; Mass spectrometry; 
Periodic table. 
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Atoms 


| Atoms 


Atoms are the smallest particles of matter that 
have distinct physical and chemical properties. The 
different types of atoms are called elements; each ele- 
ment is denoted by an atomic weight and an atomic 
symbol. There are about a hundred stable elements, 
and out of these all the substances in the universe are 
built. Since the modern atomic theory was first pro- 
posed in the early nineteenth century, scientists have 
also discovered a large number of subatomic particles. 


The development of the atomic theory traces its 
history to early human civilization. To these people, 
change was a concept to ponder. Ancient Greek phi- 
losophers tried to explain the causes of chemical 
changes in their environment; they proposed a variety 
of ideas about the nature of matter. By 400 BC, it was 
believed that all matter was made up of four elements: 
earth, fire, air, and water. At around this time, 
Democritus proposed the idea of matter being made 
up of small, indivisible particles. He called these par- 
ticles atomos, or atoms. While Democritus may have 
suggested the theory of atoms, the Greeks had no 
experimental method for testing his theory. 


An experimental method was suggested by Robert 
Boyle in the seventeenth century. At this time, he 
advanced the idea that matter existed as elements 
that could not be broken down further. Scientists 
built on Boyle’s ideas, and, in the early nineteenth 
century, John Dalton proposed the atomic theory. 
Dalton’s theory had four primary postulates. First, 
he suggested that all elements are made up of tiny 
particles called atoms. Second, all atoms of the same 
element are identical. Atoms of different elements are 
different in some fundamental way. Third, chemical 
compounds are formed when atoms from different 
elements combine with each other. Finally, chemical 
reactions involve the reorganization of the way atoms 
are bound. Atoms themselves do not change. 


Using Dalton’s theory, scientists investigated the 
atoms more closely to determine their structures. The 
first subatomic particle was discovered by J. J. 
Thomson (1856-1940) in the late nineteenth century. 
Using a cathode ray tube, he discovered negatively 
charged particles called electrons. Around the same 
time, scientists began to find that certain atoms pro- 
duced radioactivity. In 1911, Ernest Rutherford 
(1871-1937) proposed the idea that atoms have a 
nucleus around which electrons orbit. This led to the 
discovery of positively charged protons and neutral 
particles called neutrons. 
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Over time, scientists developed a chart known as 
the periodic table of elements to list all known ele- 
ments. Atoms on this chart are symbolized by abbre- 
viations called the atomic symbol. For example, 
oxygen atoms are denoted by the letter O. Each atom 
also has a unique mass denoted by its atomic weight. 
The atomic number, denoting the number of protons 
in the nucleus, is also distinct to each type of atom. 


While atoms generally contain the same number 
of protons as neutrons, this is not always the case. 
Atoms with more or less neutrons than protons are 
known as isotopes. For example, carbon atoms can 
have 12, 13, or 14 neutrons. When a nucleus has too 
many neutrons, as in the case of carbon-14, it is unsta- 
ble and gives off radiation, which can be measured. 
Radioactive isotopes have found many useful applica- 
tions in biology. Scientists have used them in radio- 
active dating to determine the age of fossils. They have 
also used them as tracer atoms to follow a chemical as 
it goes through metabolic processes in an organism. 
This has made them an important tool in medicine. 


Scientists have produced a number of artificial 
elements in the laboratory. These elements are too 
unstable to exist for more than a fraction of a second. 
In 2006, a team of Russian and American scientists 
claimed to have briefly created atoms of element 118 
(118 protons plus a similar number of neutrons). An 
atom of element 118 lasts for only about one 1,000th 
of a second before breaking up spontaneously. 


ATP see Adenosine triphosphate 


Attention-deficit/hyperactivity 
disorder (ADHD) 


Attention deficit/hyperactivity disorder (ADHD), 
also known as hyperkinetic disorder (HKD) outside of 
the United States, is estimated to affect 3-9% of chil- 
dren, afflicting boys more often than girls. Although 
difficult to assess in infancy and toddlerhood, signs of 
ADHD may begin to appear as early as age two or 
three, but the symptoms change as adolescence 
approaches. Many symptoms, particularly hyperac- 
tivity, diminish in early adulthood, but impulsivity 
and inattention problems remain with up to 50% of 
ADHD individuals throughout their adult life. 


Children with ADHD have short attention spans, 
becoming easily bored or frustrated with tasks. 
Although they may be quite intelligent, their lack of 
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focus frequently results in poor grades and difficulties 
in school. ADHD children act impulsively, taking 
action first and thinking later. They are constantly 
moving, running, climbing, squirming, and fidgeting, 
but often have trouble with gross and fine motor skills 
and, as a result, may be physically clumsy and awk- 
ward. Their clumsiness may extend to the social arena, 
where they are sometimes shunned due to their impul- 
sive and intrusive behavior. 


Causes and symptoms 


Although the exact cause of ADHD is not known, 
an imbalance of certain neurotransmitters, the chem- 
icals in the brain that transmit messages between nerve 
cells, is believed to be the mechanism behind its symp- 
toms. In 1990 a brain imaging study by researchers at 
the National Institute for Mental Health documented 
the neurobiological effects of ADHD. The results 
showed that the rate at which the brain uses glucose, 
its main energy source, was lower in persons with 
ADHD, especially in the portion of the brain that is 
responsible for attention, handwriting, motor control, 
and inhibition responses. Heredity appears to play a 
major role in the disorder, with children of an ADHD 
parent or sibling more likely to develop the disorder 
themselves. Scientists also speculate that ADHD chil- 
dren may have been exposed to poor maternal nutri- 
tion, viral infections, or maternal substance abuse in 
the womb. In early childhood, exposure to lead or 
other toxins as well as traumatic brain injury or neuro- 
logical disorders may trigger ADHD-like symptoms. 


A widely publicized study conducted in the early 
1970s suggested that allergies to certain foods and 
food additives caused the characteristic hyperactivity 
of ADHD children. Although some children may have 
adverse reactions to certain foods that can affect their 
behavior (for example, a rash might temporarily cause 
a child to be distracted from other tasks), carefully 
controlled follow-up studies have uncovered no link 
between food allergies and ADHD. Another popu- 
larly held misconception about food and ADHD is 
that the consumption of sugar causes hyperactive 
behavior. Again, studies have shown no link between 
sugar intake and ADHD. It is important to note, 
however, that a nutritionally balanced diet is impor- 
tant for normal development in a// children. 


Diagnosis is based on a collaborative process that 
involves the child, psychiatrists or other physicians, 
the child’s family, and school. Deciding what treat- 
ment will best benefit the child requires a careful diag- 
nostic assessment after a comprehensive evaluation of 
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psychiatric, social, cognitive, educational, family, and 
medical/neurological factors. A thorough evaluation 
can take several hours and may require more than one 
visit to a physician. Treatment begins only after the 
evaluation is made. 


Psychologists and other mental health professio- 
nals typically use the criteria listed in the Diagnostic 
and Statistical Manual of Mental Disorders, Fourth 
Edition, Text Revision (DSM-IV-TR) as a guideline 
for diagnosing ADHD. DSM-IV-TR requires the 
presence of at least six of the following symptoms of 
inattention, or six or more symptoms of hyperactivity 
and impulsivity combined: 


Inattention: 


- Fails to pay close attention to detail or makes care- 
less mistakes in schoolwork or other activities. 


- Has difficulty sustaining attention in tasks or activities. 
- Does not appear to listen when spoken to. 


- Does not follow through on instructions and does 
not finish tasks. 


- Has difficulty organizing tasks and activities. 


- Avoids or dislikes tasks that require sustained mental 
effort (e.g., homework). 


- Is easily distracted. 

- Is forgetful in daily activities. 

Hyperactivity: 

- Fidgets with hands or feet or squirms in seat. 
- Does not remain seated when expected to. 


- Runs or climbs excessively when inappropriate (in 
adolescence and adults, feelings of restlessness). 


- Has difficulty playing quietly. 
- Is constantly on the move. 

- Talks excessively. 
Impulsivity: 


- Blurts out answers before the question has been 
completed. 


- Has difficulty waiting for his or her turn. 
- Interrupts and/or intrudes on others. 


DSM-IV-TR also requires that some symptoms 
develop before age seven and that they significantly 
impair functioning in two or more settings (e.g., home 
and school) for a period of at least six months. 
Children who meet the symptom criteria for inatten- 
tion, but not for hyperactivity/impulsivity, are diag- 
nosed with attention-deficit/hyperactivity disorder, 
predominantly inattentive type, commonly called 
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Attention-deficit/hyperactivity disorder (ADHD) 


ADD. (Young girls with ADHD may not be diag- 
nosed because they mainly have this subtype of the 
disorder.) 


Diagnosis 


The first step in determining if a child has ADHD 
is to consult a pediatrician, who can evaluate the 
child’s developmental maturity compared to other 
children in the same age group. The physician should 
also perform a comprehensive physical examination 
to rule out any organic causes of ADHD symptoms, 
such as an overactive thyroid or vision or hearing 
problems. 


If no organic problem can be found, a psycholo- 
gist, psychiatrist, neurologist, neuropsychologist, or 
learning specialist is typically consulted to perform a 
comprehensive ADHD assessment. A complete medi- 
cal, familial, social, psychiatric, and educational his- 
tory is compiled from existing medical and school 
records and from interviews with parents and teachers. 
The child may also be interviewed, depending on his or 
her age. Along with these interviews, several clinical 
inventories may also be used, such as the Conners’s 
Rating Scales (Teacher’s Questionnaire and Parent’s 
Questionnaire), Child Behavior Checklist (CBCL), 
and the Achenbach Child Behavior Rating Scales. 
These inventories provide valuable information on 
the child’s behavior in different settings and situations. 
In addition, the Wender Utah Rating Scale has been 
adapted for use in diagnosing ADHD in adults. 


It is important to note that mental disorders such 
as depression and anxiety disorder can cause symp- 
toms similar to ADHD. A complete and comprehen- 
sive psychiatric assessment is critical to differentiate 
ADHD from other possible mood and behavioral dis- 
orders. Bipolar disorder, for example, may be misdiag- 
nosed as ADHD. 


Public schools are required by federal law to offer 
free ADHD testing upon request. A pediatrician can 
also provide a referral to a psychologist or pediatric 
specialist for ADHD assessment. Parents should 
check with their insurance plans to see if these services 
are covered. 


Treatment 


Psychosocial therapy, usually combined with 
medications, is the treatment approach of choice to 
alleviate ADHD symptoms. Psychostimulants, such 
as dextroamphetamine (Dexedrine), pemoline (Cylert), 
and methylphenidate (Ritalin) are commonly prescribed 
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to control hyperactive and impulsive behavior and 
increase attention span. They work by stimulating 
the production of certain neurotransmitters in the 
brain. Possible side effects include nervous tics, irreg- 
ular heartbeat, loss of appetite, and insomnia. 
However, the medications are usually well-tolerated 
and safe in most cases. 


In children who don’t respond well to stimulant 
therapy, tricyclic antidepressants such as desipramine 
(Norpramin, Pertofane) and amitriptyline (Elavil) are 
frequently recommended. Reported side effects of 
these drugs include persistent dry mouth, sedation, 
disorientation, and cardiac arrhythmia (particularly 
with desipramine). Other medications prescribed for 
ADHD therapy include buproprion (Wellbutrin), an 
antidepressant; fluoxetine (Prozac), an SSRI antide- 
pressant; and carbamazepine (Tegretol, Atretol), an 
anticonvulsant. Clonidine (Catapres), an antihyper- 
tensive medication, has also been used to control 
aggression and hyperactivity in some ADHD children, 
although it should not be used with Ritalin. A child’s 
response to medication will change with age and matu- 
ration, so ADHD symptoms should be monitored 
closely and prescriptions adjusted accordingly. 


Behavior modification therapy uses a reward sys- 
tem to reinforce good behavior and task completion 
and can be implemented both in the classroom and at 
home. A variation on this is cognitive-behavioral ther- 
apy. This decreases impulsive behavior by getting the 
child to recognize the connection between thoughts 
and behavior, and to change behavior by changing 
negative thinking patterns. Individual psychotherapy 
can help a child with ADHD build self-esteem, give 
them a place to discuss their worries and anxieties, and 
help them gain insight into their behavior and feelings. 
Family therapy may also be beneficial in helping fam- 
ily members develop coping skills and in working 
through feelings of guilt or anger parents may be 
experiencing. 


ADHD children perform better within a familiar, 
consistent, and structured routine with positive rein- 
forcements for good behavior and real consequences 
for bad. Family, friends, and caretakers should know 
the child’s special needs and behaviors. Communication 
between parents and teachers is especially critical to 
ensuring that the child has an appropriate learning 
environment. 


Alternative treatment 


A number of alternative treatments exist. Although 
there is a lack of controlled studies to prove their 
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efficacy, proponents report that they are successful in 
controlling symptoms in some ADHD patients. Some 
of the more popular alternative treatments include: 


- EEG (electroencephalograph) biofeedback. By 
measuring brainwave activity and teaching the 
ADHD patient which type of brainwave is associated 
with attention, EEG biofeedback attempts to train 
patients to generate the desired brainwave activity. 


- Dietary therapy. Based in part on the Feingold food 
allergy diet, dietary therapy focuses on a nutritional 
plan that is high in protein and complex carbo- 
hydrates and free of white sugar and salicylate- 
containing foods such as strawberries, tomatoes, 
and grapes. 


- Herbal therapy. This treatment uses a variety of 
natural remedies to address ADHD symptoms, 
such as ginkgo (Gingko biloba) for memory and men- 
tal sharpness, and chamomile (Matricaria recutita) 
extract for calming. The safety of herbal remedies has 
not been demonstrated in controlled studies. For 
example, it is known that gingko may affect blood 
coagulation, but controlled studies have not yet eval- 
uated the risk of the effect. 


Homeopathic medicine. This is probably the most 
effective alternative therapy for ADD and ADHD 
because it treats the whole person at a core level. 
Constitutional homeopathic care is most appropri- 
ate and requires consulting with a well-trained home- 
opath who has experience working with ADD and 
ADHD individuals. 


Prognosis 


Untreated, ADHD can negatively affect a child’s 
social and educational performance and can seriously 
damage his or her sense of self-esteem. ADHD children 
have impaired relationships with their peers and may be 
social outcasts, slow learners, or troublemakers in the 
classroom. Siblings and even parents may develop 
resentful feelings towards the ADHD child. 


Some ADHD children also develop a conduct 
disorder problem. For those adolescents who have 
both ADHD and a conduct disorder, up to 25% go 
on to develop antisocial personality disorder and the 
criminal behavior, substance abuse, and high rate of 
suicide attempts that are symptomatic of it. Children 
diagnosed with ADHD are also more likely to have a 
learning disorder, a mood disorder such as depression, 
or an anxiety disorder. 


Approximately 70-80% of ADHD patients treated 
with stimulant medication experience significant relief 
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KEY TERMS 


Conduct disorder—A behavioral and emotional 
disorder of childhood and adolescence. Children 
with a conduct disorder act inappropriately, infringe 
on the rights of others, and violate societal norms. 
Nervous tic—A repetitive, involuntary action, such 
as the twitching of a muscle or repeated blinking. 


from symptoms, at least in the short-term. Approximately 
half of ADHD children seem to “outgrow” the disor- 
der in adolescence or early adulthood; the other half 
will retain some or all symptoms of ADHD as adults. 
With early identification and intervention, careful com- 
pliance with a treatment program, and a supportive 
and nurturing home and school environment, ADHD 
children can flourish socially and academically. 


See also Nervous system; Neuroscience; Psychiatry; 
Psychoanalysis; Psychology. 
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Razor-billed auks (Alca torda). (J.L. Lepore. Photo Researchers, Inc.) 


Auks are penguin-like seabirds found in the 
Northern Hemisphere. These birds spend most of 
their lives in the coastal waters north of 25°N latitude, 
coming ashore only to lay their eggs and raise their 
young. There are 23 species of auks, including the 
Atlantic puffin, the common murre, the dovekie or 
lesser auk, and the extinct great auk. 


Called alcids, the members of the auk family 
(Alcidae) fill an ecological niche similar to that filled 
by the penguins in the Southern Hemisphere. However 
similar their role, the penguins and alcids are not closely 
related; the alcids are more closely related to the gulls. 


Like penguins, alcids have waterproof feathers 
and swim and dive for their prey. Their wings are 


relatively small, but, unlike penguins, while auks are 
not especially graceful in flight they can fly. They are 
also able to “fly” gracefully underwater in pursuit of 
prey. Auks obtain all of their food from the sea. Some 
of the smaller species subsist on plankton alone, but 
most eat fish. Like penguins, auks have deceptive 
coloration; when in water, their white fronts make 
them nearly invisible to fish below. 


Auks’ legs are near the rear of their bodies, giving 
them an upright, penguin-like posture. In some spe- 
cies, the feet and bill are brightly colored—most nota- 
bly in the Atlantic puffin, whose blue-, yellow-, red-, 
and white-striped bill is important to the species dur- 
ing the mating season. The colorful plates that make 
up the harlequinesque bill are shed when the bird 
molts. Other species, such as the rhinoceros auklet, 
grow special tufts of feathers during mating season. 


Auks mate for life and are generally monogamous, 
although males will attempt to copulate with a female 
if she is not attended by her mate. 


Most auks lay their eggs on bare stone ledges, or 
scoop out a nest in a burrow. An exception is the 
marbled murrelet, which builds a simple nest in the 
branches of seaside pines. Depending on the species, 
one or two eggs are laid and incubated for 29-42 days. 


A few auk species breed in solitary pairs, but most 
congregate in large colonies. One of the most densely 
populated auk colonies on record included 70 pairs of 
common murres in a space of 7.5 sq ft (0.65 sq m). In 
species that congregate in such large rookeries, each 
bird’s egg is uniquely colored and/or patterned, allow- 
ing for easy identification. Chicks, too, are recognized 
individually by their voice; chicks and parents start 
getting to know each other’s voices even before 
hatching. Such recognition ensures that each auk 
feeds only its own offspring. 


Chick development varies greatly among the 
auks. The young of the tiny ancient murrelet take to 
sea with their parents just a day after they hatch. Other 
species brood their chicks for 20-50 days. In general, 
smaller auks lay proportionately larger eggs, from 
which hatch more precocious chicks. For example, 
the ancient murrelet weights just over 0.7 oz (200 g), 
but lays an egg that is approximately one-fourth of the 
adult’s body weight. The chicks reach sexual maturity 
in about three years. 


Auks are long-lived. Some birds banded as adults 
have been found in breeding colonies 20 years later. 
Their natural enemies include the great skua, the gyr- 
falcon, and the peregrine falcon. 


Although auks are protected by law in North 
America, humans remain their greatest threat. In the 
1500s, sailors slaughtered huge numbers of great auks 
for food on long sea voyages. Flightless and 2 ft (0.6 
m) tall, the great auk was helpless when caught on 
land. Tens of millions of these birds were killed until 
the species became extinct in 1844, when the last great 
auk was killed on Eldez Island, off the coast of 
Iceland. More recently, hunting of other auk species 
has become a popular sport in Greenland. 


Oil pollution—both from spills and from tanker 
maintenance—also kills countless birds each year. Oil 
destroys the waterproof quality of the auks’ feathers 
and is swallowed by the birds when they attempt to 
clean themselves. Auk drownings in fishermen’s gill 
nets have decreased in recent years. However, the 
decline in food-fish species such as cod and haddock 
has led fishermen to turn their attention to the fish 
species auks eat, such as sprats. Such competition does 
not bode well for the auks. 
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| Australia 


Of the seven continents, Australia is the flattest, 
smallest, and—except for Antarctica—the most arid. 
(Antarctica is mostly covered with frozen water but has 
very low precipitation.) Including the southeastern island 
of Tasmania, the island continent of Australia is roughly 
equal in area to the United States, excluding Alaska and 
Hawaii. Millions of years of geographic isolation from 
other land masses account for Australia’s unique animal 
and plant species, notably marsupial mammals like the 
kangaroo, egg-laying mammals like the platypus, and 
the flightless emu bird. Excluding folded structures 
(areas warped by geologic forces) along Australia’s east 
coast, patches of the northern coastline, and the rela- 
tively lush island of Tasmania, the continent is mostly 
dry and inhospitable. 


Topography and origin of Australia 


Australia has been less affected by seismic and 
orogenic (mountain building) forces than other conti- 
nents during the past 400 million years. Although seis- 
mic (earthquake) activity persists in the eastern and 
western highlands, Australia is the most stable of all 
continents. In the recent geological past, it has experi- 
enced none of the massive upheavals responsible for 
uplifting the Andes in South America, the Himalayas in 
south Asia or the European Alps. Instead Australia’s 
topography is the end result of gradual changes over 
millions of years. 


Australia is not the oldest continent, a common 
misconception arising from the continent’s flat, seem- 
ingly unchanged expanse. Geologically it is the same 
age as the other continents. But Australia’s crust has 
escaped strong reshaping in recent geological history, 
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Australia. (Hans & Cassidy. Courtesy of Gale Group.) 


accounting for its relatively uniform appearance. As a 
result, the continent serves as a window to early geo- 
logical ages. 


Splitting of Australia from Antarctica 


About 95 million years ago, tectonic forces (move- 
ments and pressures of Earth’s crust) split Australia 
from Antarctica and the southern supercontinent of 
Gondwanaland. Geologists estimate that the continent 
is drifting northward at a rate of approximately 18 inches 
(28 cm) per year. They theorize that south Australia was 
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joined to Antarctica at the Antarctic regions of Wilkes 
Land, including Commonwealth Bay. Over a period of 65 
million years, starting 160 million years ago, Australia’s 
crust was stretched hundreds of miles by tectonics 
before it finally cleaved from Antarctica. 


Evidence of this continental stretching and splitting 
includes Kangaroo Island off South Australia, made up 
of volcanic basalts, as well as thick layers of sediment 
along the coast of Victoria. Other signs are the similar 
geology of the Antarctic Commonwealth Bay and the 
Eyre Peninsula of South Australia, especially equivalent 
rocks, particularly gneisses (metamorphic rocks changed 
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Ayers Rock, central Australia, 1,143 ft (349 m) high. (ULM Visuals.) 


by heat and pressure) of identical age. The thin crust 
along Australia’s southern flank in the Great Australian 
Bight also points to continental stretch. 


nty and faulting 
jity and faulting 


Seismic act 


As it drifts north, the Australian plate is colliding 
with the Pacific and Eurasian plates, forming a subduc- 
tion zone (a narrow area where one continental plate 
descends beneath another). This zone, the convergence 
of the Australian continental plate with Papua New 
Guinea and the southern Indonesian islands, is studded 
with volcanoes and prone to earthquakes. Yet 
Australia is unique in that it does not include geologi- 
cally active zones like other continents. There are no 
upwelling sections of Earth’s mantle below Australia 
(the layer below the crust), nor are there intracontinen- 
tal rift zones like the East African Rift System, which 
threatens to eventually split Africa apart. Australia has 
only two active volcanoes and few earthquakes. 


| structure 


Overall geolc 


Furthermore, Australia and Antarctica are geo- 
metrically dissimilar to the Earth’s other major land 
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masses; their shapes are not rough triangles with apexes 
pointing southward like South America, Africa, and 
the Indian subcontinent, Gondwanaland’s other con- 
stituent parts. However, like its sister continents, 
Australia is composed of three structural units. These 
include in Western Australia a stable and ancient block 
of basement rock (or craton, as geologists call it), an 
ancient fold mountain belt (the Great Dividing Range 
along the east coast), and a flat platform-like area in 
between composed of crystalline or folded rocks over- 
laid by flat-lying or only gently deformed sediments. 


Millions of years of erosion have scoured 
Australia’s surface features. One notable exception 
to Australia’s flat topography is the Great Dividing 
Range, which stretches 1,200 mi (1,931 km) along 
Australia’s east coast. The Great Dividing Range was 
thrust up by geological folding like the Appalachian 
Mountains in the eastern United States. The moun- 
tains are superimposed on larger geological structures 
including the Tasman and Newcastle geosynclines, 
troughs of older rocks upon which thick layers of 
sediment have been deposited. Those sediments in 
turn have been transformed by folding as well as mag- 
matic and volcanic forces. 
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Twice, during a 125 million year period beginning 
400 million years ago, the geosynclines were com- 
pressed, forming mountains and initiating volcanoes. 
Volcanic activity recurred along the Great Dividing 
Range 20-25 million years ago during the Miocene 
epoch when early apes evolved as well as seals, dol- 
phins, sunflowers, and bears. However, over millions 
of years, the volcanic cones from this epoch have been 
stripped down by erosion. Still, volcanic activity per- 
sisted in South Australia until less than a million years 
ago. In Queensland, near Brisbane in the south and 
Cairns in the north of the state, the Great Dividing 
Range hugs the coast, creating beautiful Riviera-like 
vistas. 


East of the Great Dividing Range, along Australia’s 
narrow eastern coastal basin are its two largest cities, 
Sydney and Melbourne, as well as the capital, Canberra. 
The Dividing Range tends to trap moisture from east- 
erly weather fronts originating in the Pacific Ocean. The 
Range is also coursed by rivers and streams. West of the 
Range the landscape becomes increasingly forbidding 
and the weather hot and dry. 


The Great Barrier Reef and the Outback 


Although unrelated to geological forces, the world’s 
largest coral formation, the Great Barrier Reef, 
stretches for 1,245 mi (2,003 km) along Australia’s 
northeast coast. Most of Australia is referred to as 
“the outback”—monotonous desert and semi-desert 
flatness, broken only by scrub, salt lakes (which are 
actually dry lakebeds most of the year), and a few 
spectacular sandstone protuberances like Ayers Rock 
(known by Australian aborigines as Uluru) and the 
Olgas (Kata Tjuta). 


Geo-electrical current 


In 1991, geologists discovered a subterranean 
electrical current in Australia, the longest in the 
world, which passes through more than 3,700 mi 
(6,000 km) across the Australian outback. The current 
is conducted by sedimentary rocks in a long horseshoe 
arc that skirts a huge mass of older igneous and meta- 
morphic rock comprising most of the Northern 
Territory. It begins at Broome in Western Australia 
near the Timor Sea and then dips south across South 
Australia before curling northward through western 
Queensland where it terminates in the Gulf of 
Carpenteria. 


A side branch runs from Birdsville in South 
Australia near the Flinders Ranges into Spencer Gulf 
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near Adelaide. Geologists say the current is induced by 
the Earth’s ever-changing magnetic field, and that it 
runs along fracture zones in sedimentary basins which 
were formed as the Earth’s ancient plates collided. 
Although the fracture zones contain alkaline fluids 
that are good conductors of electricity, the current is 
weak and cannot even light a lamp. Geologists say the 
current might provide clues to deposits of oil and gas 
and help explain the geological origins of the 
Australian continent. 


Central Australia 


Australian topography is also punctuated by 
starkly beautiful mountain ranges in the middle of 
the continent like the McDonnell and Musgrave 
Ranges, north and south respectively of Ayers Rock. 
Ayers Rock, the most sacred site in the country for 
Australia’s aborigines, is a sandstone monolith of 
which two-thirds is believed to be below the surface. 
Ayers Rock is about 2.2 mi (3.5 km) long and 1,131 ft 
(339 m) high. Also in the center of the country, near 
Alice Springs, are the Henbury meteorite craters, one 
of the largest clusters of meteorite craters in the world. 
The largest of these depressions, formed by the impact 
of an extraterrestrial rock, is about 591 ft (177 m) long 
and 49 ft (15 m) deep. 


South Australian mountains 


Other major mountain ranges rise in the eastern 
section of South Australia near Adelaide: the Flinders 
and Mount Lofty Ranges. These mountains arose 
from the Adelaidian Geosyncline (another large 
trough upon which sediments have been deposited) 
and were first uplifted over 500 million years ago 
during the Cambrian and Ordovician eras. Further 
thrusting occurred more recently, about 200 million 
years ago during the Mesozoic era. 


Western Australian shield 


The continent’s oldest rocks are in the Western 
Australian shield in southwest Australia. The base- 
ment (underlying) rocks in this area have not been 
folded since the Archean eon over three billion years 
ago, when the planet was still very young. The nucleus 
of this shield (called the Yilgarn craton) comprising 
230,000 sq mi (59,570,000 ha), consists mostly of gran- 
ite with belts of metamorphic rock like greenstones, 
rich in economic mineral deposits as well as intrusions 
of formerly molten rock. 


The Yilgarn craton does not quite extend to the 
coast of Western Australia. It is bounded on the west 


GALE ENCYCLOPEDIA OF SCIENCE 4 


by the Darling Fault near Perth. To the south and east 
the craton is set off by the Frazer Fault from some- 
what younger rocks that were metamorphosed 
between 2.5 billion and two billion years ago. Both 
fault lines are 600 mi (960 km) long and are considered 
major structures on the continent. 


Along the north coast of Western Australia near 
Port Hedland is another nucleus of ancient rocks, the 
Pilbara Craton. The Pilbara craton is composed of 
granites over three billion years old, as well as volcanic, 
greenstone, and sedimentary rocks. The Hammersley 
Range just south of the Pilbara Craton is estimated to 
contain billions of tons of iron ore reserves. 


Basement rocks in central Australia 


Other ancient rock masses in Australia are the 
Arunta Complex in the center of Australia, north of 
Alice Springs, which dates to 2.25 billion years ago. The 
MacArthur Basin, southwest of the Gulf of Carpenteria 
in the Northern Territory, is a belt of sedimentary rocks 
that are between 1.8 billion and 1.5 billion years old. 


The Musgrave block near the continent’s center, a 
component of the Adelaidian geosyncline, was formed 
by the repeated intrusion of molten rocks between 1.4 
billion to one billion years ago, during the Proterozoic 
era when algae, jellyfish, and worms first arose. At the 
same time, the rocks that underlay the Adelaidian 
geosyncline were downwarped by geological pres- 
sures, with sediments building up through mid- 
Cambrian times (about 535 million years ago) when 
the area was inundated by the sea 400 mi (640 km) 
inland of the present coastline. 


Adelaidian geosyncline 


The rocks of the Adelaidian geosyncline are as 
thick as 10 mi (16 km), with sediments that have 
been extensively folded and subjected to faulting dur- 
ing late Precambrian and Early Paleozoic times (about 
600 million to 500 million years ago). Some of the 
rocks of the Adelaidian geosyncline, however, are 
unaltered. These strata show evidence of a major gla- 
cial period around 740 million years ago and contain 
some of the continent’s richest, most diverse fossil 
records of soft-bodied animals. 


This glaciation was one manifestation of global 
cooling that caused glacial episodes on other conti- 
nents. Geologists say this Precambrian glacial episode 
was probably one of coldest, most extensive cooling 
periods in Earth’s history. They also consider the 
Adelaide geosyncline to be the precursor of another 
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downwarp related to the most extensive folded belts 
on the continent, namely the Tasman geosyncline 
along Australia’s east flank. 


Geological time scale 


Geologists determine the age of rock strata by exam- 
ining the fossils they contain. Geologists and paleontol- 
ogists examine strata and establish the age of their 
surrounding sediments based on the types of fossilized 
specimens they find. For example, trilobites, small ani- 
mals with shells, flourished in the Cambrian period. 
When geologists find sediments full of trilobite fossils, 
they know they are dealing with Cambrian strata, which 
they have determined to be 570 million to 500 million 
years old. Fossils are therefore geological signposts. Each 
geological period is characterized by specific types of 
fossilized organisms (plant and animal), the record for 
which has been formalized into the geologic time scale. 


Such fossil testimony is spotty in eastern Australia, 
except for a few areas including Broken Hill in western 
New South Wales, central Victoria, and Tasmania. 
While it is difficult to reconstruct an authoritative 
overall history of Australia in Cambrian times, some 
general conclusions can be drawn. One is that western 
Australia has a more stable geological history rela- 
tively speaking than the eastern section of the conti- 
nent. There is much greater mobility and folding 
generally in the eastern half than in the west. 


Geography of Victoria 


Victoria is also characterized by a belt of old rocks 
called the Lachlan geosyncline upon which sediments 
have been deposited. Marine rocks were deposited in 
quiet water to great thicknesses in Victoria, forming 
black shales. Some of the sediment was built up by 
mud-laden currents from higher areas on the sea floor. 
These current-borne sediments have produced muddy 
sandstones called graywackes. 


At the end of the Ordovician and early Silurian 
periods (about 425 million years ago) there was wide- 
spread folding of the Lachlan geosyncline called the 
Benambran orogeny. The folding was accompanied by 
granite intrusions and is thought to be responsible for 
the composition and texture of the rocks of the Snowy 
Mountains in Victoria, including Mt. Kosciusko, 
Australia’s tallest peak at 7,310 ft (2,193 m). 


The Melbourne trough in Victoria is full of 
Silurian graywackes and mudstones featuring grapto- 
lite fossils, cup or tube-shaped organisms with durable 
exoskeletons (shells) that congregated in colonies. 
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Mid-Devonian strata (375 million years old) are abun- 
dant with armored fishes that are also found in central 
Australia, North America, Eurasia, and Antarctica. 
The sandstones of the Grampian Mountains in west- 
ern Victoria were formed from the erosion of uplifted 
areas that were deposited in lakes and by rivers during 
the late Devonian and early Carboniferous periods 
(about 350 million years ago). 


Mountain-building in eastern Australia 


In eastern Australia, Paleozoic volcanic activity 
built up much of the rock strata. Mountain glaciation 
during the late Carboniferous period—when insects, 
amphibians, and early reptiles first evolved—also 
transformed the landscape. Mountain building in east- 
ern Australia culminated during the middle and later 
Permian period (about 250 million years ago) when a 
huge mass of magma (underground molten rock) was 
emplaced in older rocks in the New England area of 
northeastern New South Wales. This huge mass or 
batholith, caused extensive folding to the west and 
ended the sedimentation phase of the Tasman geosyn- 
cline. It was also the last major episode of orogeny 
(mountain building) on the continent. 


Glaciers and ocean inundations 


In parts of Western Australia, particularly the 
Carnarvon Basin at the mouth of the Gascoyne 
River, glacial sediments are as thick as three miles. 
Western Australia, particularly along the coast, has 
been inundated repeatedly by the sea and has been 
described by geologists as a mobile shelf area. This is 
reflected in the alternating strata of deposited marine 
and non-marine layers. 


Sedimentary features of Australia 


In the center of Australia is a large sedimentary 
basin or depression spanning 450 mi (720 km) from 
east to west and 160 mi (256 km) north to south at its 
widest point. Sedimentary rocks of all varieties can be 
found in the basin rocks, which erosion shaped into 
spectacular scenery including Ayres Rock and Mt. 
Olga. These deposits are mostly of pre-Cambrian age 
(over 570 million years old), while sediment along the 
present-day coastline (including the coasts of the 
Eucla Basin off the Great Australian Bight) is less 
than 70 million years old. North of the Eucla Basin is 
the Nullarbor (meaning treeless) Plain which contains 
many unexplored limestone caves. 


Dominating interior southern Queensland is the 
Great Artesian Basin, which features non-marine 
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sands built up during the Jurassic period (190 million 
to 130 million years ago). These sands contain much of 
the basin’s Artesian water. Thousands of holes have 
been bored in the Great Artesian Basin to extract the 
water resources underneath, but the salt content of 
water from the basin is relatively high and the water 
supplies have been used for livestock only. 


The Sydney basin formed over the folded rocks of 
the Tasman geosyncline and is also considered to be an 
extension of the Great Artesian Basins. Composed of 
sediments from the Permian and Triassic periods (290 
million to 190 million years old) it extends south and 
eastward along the continental shelf. The sandstone 
cliffs around Sydney Harbor, often exploited for 
building stones, date from Triassic sediments. 


Geology of Tasmania 


During the early to mid-Jurassic period, there was 
an intrusion of 2,000 cubic miles of dark, layered 
volcanic rocks in Tasmania, similar to the magmatic 
formations of the Karroo region in South Africa and 
the Palisades in New York. Tasmania separated from 
mainland Australia only 10,000 years ago, when sea 
levels rose after the thawing of the last ice age. 


Mountain-building and glaciation in Victoria 


The Glass House Mountains in southeastern 
Queensland and the Warrumbungle Mountains in 
northern New South Wales were formed by volcanism 
in recent times, during the Miocene Epoch, around 20 
million years ago. Gold-bearing, deep leads can be 
found in basaltic lava flows along ancient valleys. 
The Flinders ranges in South Australia were uplifted 
in the modern geological era, the Cenozoic. About the 
same time, the sea retreated from the Murray Basin in 
South Australia. During the Pleistocene (less than two 
million years ago), a 400 sq mi (103,600 ha) area 
around Mount Kosciusko was covered with glaciers. 


Climate 


The climatological record of Australia shows a 
pronounced temperature drop on the continent in 
the late Miocene and early Pliocene epochs (between 
26 and five million years ago) when monkeys and early 
apes first evolved and saber-toothed cats prowled 
Earth. On the Eyre Peninsula in South Australia 
and in Gippsland in Victoria, eucalyptus and acacia 
trees supplanted the previously dominant beech 
trees that had thrived in the warmer climate of the 
Miocene era. 
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Natural resources 


Geology is inextricably intertwined with natural 
resources and mineral exploitation. Minerals in Australia 
have had a tremendous impact on the country’s human 
history and patterns of settlement. Alluvial gold (gold 
sediments deposited by rivers and streams) spurred 
several gold fevers and set the stage for Australia’s 
present demographic patterns. During the post-World 
War II period, there has been almost a continuous run 
of mineral discoveries, including gold, bauxite, iron, 
and manganese reserves, as well as opals, sapphires, 
and other precious stones. 


It is estimated that Australia has 24 billion tons 
(22 billion tonnes) of coal reserves, over one-quarter 
of which (7 billion tons/6 billion tonnes) is anthracite 
or black coal deposited in Permian sediments in the 
Sydney Basin of New South Wales and in Queensland. 
Brown coal suitable for electricity production is found 
in Victoria. Australia meets its domestic coal consump- 
tion needs with its own reserves and exports the surplus. 


Natural gas fields are liberally distributed through- 
out the country and now supply most of Australia’s 
domestic needs. There are commercial gas fields in 
every state, and pipelines connect those fields to 
major cities. Within three years, Australian natural 
gas production leapt almost 14-fold from 8.6 billion 
cu ft (258 million cu m) in 1969, the first year of 
production, to 110 billion cu ft (3.3 billion cu m) in 
1972. All in all, Australia has trillions of tons of esti- 
mated natural gas reserves trapped in sedimentary 
strata distributed around the continent. 


Australia supplies much of its oil needs domesti- 
cally. The first Australian oil discoveries were in south- 
ern Queensland near Moonie. Australian oil production 
now amounts to about 25 million barrels per year and 
includes pumping from oil fields off northwestern 
Australia near Barrow Island, Mereenie in the south- 
ern Northern Territory, and fields in the Bass Strait. 
The Barrow Islands, Mereenie, and Bass Strait fields 
are also sites of natural gas production. 


Australia has rich deposits of uranium ore, which 
is refined for use for fuel for the nuclear power indus- 
try. Western Queensland, near Mount Isa and 
Cloncurry, contains three billion tons (2.7 billion 
tonnes) of uranium ore reserves. There are also ura- 
nium deposits in Arnhem Land in far northern 
Australia, as well as in Queensland and Victoria. 


Most of Australia’s substantial iron ore reserves 
are in Western Australia, mainly in and around the 
Hammersley Range. Australia has billions of tons of 
iron ore reserves, exporting magnetite iron from mines 
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in Tasmania to Japan while still extracting ore from 
older mines on the Eyre Peninsula of South Australia 
and in the Koolyanobbing Range of southern Western 
Australia. 


The Western Australian shield is rich in nickel 
deposits that were first discovered at Kambalda near 
Kalgoorlie in south Western Australia in 1964. Other 
nickel deposits have been found in old goldmine areas 
in Western Australia. Small quantities of platinum 
and palladium have been extracted side-by-side with 
nickel reserves. 


Australia is also extremely rich in zinc reserves, 
the principal sources for which are Mt. Isa and Mt. 
Morgan in Queensland. The Northern Territory also 
has lead and zinc mines as well as vast reserves of 
bauxite (aluminum ore), namely at Weipa on the 
Gulf of Carpenteria and at Gove in Arnhem Land. 


Gold production in Australia, which was substan- 
tial earlier in the century, has declined from a peak 
production of four million fine ounces in 1904 to 
several hundred thousand fine ounces. Most gold is 
extracted from the Kalgoorlie-Norseman area of 
Western Australia. The continent is also well known 
for its precious stones, particularly white and black 
opals from South Australia and western New South 
Wales. There are sapphires and topaz in Queensland 
and in the New England District of northeastern New 
South Wales. 


Because of its aridity, Australia suffers from 
leached, sandy, and salty soils. The continent’s largely 
arid land and marginal water resources represent chal- 
lenges for conservation and prudent environmental 
management. The challenge is to maximize the use of 
these resources for human beings while preserving 
ecosystems for animal and plant life. 


The Aborigines 


The indigenous Australians or Aborigines were the 
original human inhabitants of Australia and Tasmania. 
Their ancestors first arrived in Australia about 40,000- 
50,000 years ago. The Aborigines are genetically dis- 
tinct from other Southeast Asian populations, although 
they must have arrived via a Southeast Asian route, and 
so their ancestral derivation is still something of a mys- 
tery, though one that may be solved by increasingly 
sophisticated genetic analysis. Although the Aborigines 
are dark-skinned, this characteristic seems to have 
evolved independently of the dark skin of indigenous 
Africans. 


Before the first contact with European explorers 
in 1770, there were somewhere between a quarter 
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million and a million Aborigines. Although some 
inhabited the arid interior, most dwelt in the coastal 
temperate regions that are now the most heavily popu- 
lated by descendants of Europeans. The Aborigines 
were primarily hunter-gatherers (not farmers) living in 
what was called a “Stone Age” fashion prior to the 
arrival of the Europeans: they did not smelt metal, but 
worked in stone, wood, and other readily available 
materials, developing several hundred distinct lan- 
guages, a unique religion, and a relatively un-warlike 
and sustainable way of life. 


The European settlement of Australia was disas- 
trous for the Aborigines. Tens of thousands were 
killed violently, but the importation of diseases to 
which the indigenous peoples had no resistance was, 
as in the Americas, the primary killer. Today, there are 
about 450,000 Aborigines in Australia. 


Resources 


BOOKS 

Clarke, Philip. Where the Ancestors Walked: Australia as an 
Aboriginal Landscape. Sand Diego, CA: Allen & Unwin 
Academic, 2004. 

Hamblin, W. K., and E. H. Christiansen, Earth’s Dynamic 
Systems. 10th ed. Upper Saddle River: Prentice Hall, 
2003. 

Hancock P. L., and B. J. Skinner, editors. The Oxford 
Companion to the Earth. Oxford: Oxford University 
Press, 2000. 

Johnson, David. The Geology of Australia. Cambridge, UK: 
Cambridge University Press, 2005. 


Robert Cohen 


| Autism 


Autism is a profound mental disorder marked 
by an inability to communicate and interact with 
others. The condition’s characteristics include lan- 
guage abnormalities, restricted and repetitive inter- 
ests, and the appearance of these characteristics in 
early childhood. The disorder begins in infancy, but 
typically is not diagnosed until the ages two to five 
years. Although individuals with autism are more 
likely to be mentally retarded than other individuals 
some people with the disorder have a high intelligence 
level. The cause of autism is unknown although it is 
probably biological in origin. 


According to the U.S. Centers for Disease Control 
and Prevention (CDC), a little over 15,500 cases of 
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autism were reported in the United States in 1992 for 
people six years to 22 years old. In just over ten years, 
the number of reported cases steadily climbed over the 
years, reaching over 141,000 in 2003. As of 2006, the 
National Institutes of Health, CDC, U.S. Department 
of Education, and the Autism Society of America 
reports that autism could afflict (unreported and 
reported) as many as 1.0 to 1.5 million people in the 
United States. These organizations consider autism to 
be the fastest growing developmental disability in the 
country. In addition, autism is found four times more 
often in boys (usually the first-born) and it occurs 
around the world in people of all races and social 
backgrounds. Autism usually is evident in the first 
three years of life, although sometimes the condition 
is not diagnosed until a child enters school. 


A singular world view 


Children with autism were described as early as 
1908 by Theodor Heller (1869-1938), a Viennese edu- 
cator. Autism was not named and identified as a dis- 
tinct condition until 1943. That year American 
psychiatrist Leo Kanner wrote about what he called 
infantile autism. Kanner derived the term autism from 
the Latin word aut, meaning self. Kanner described a 
group of children who looked normal but showed 
limited communication skills and were drawn to repet- 
itive behavior. Researchers have since discovered that 
the disorder is not common, occurring in two to five of 
every 10,000 births; although some researchers now 
contend that autism occurs much more frequently: one 
in 250 births in the United States. The disorder is more 
common in males than in females. 


As many as two-thirds of children with autistic 
symptoms are mentally deficient. But individuals with 
autism can be highly intelligent. Some achieve great 
levels of success at school and at work. The term 
autism is more a description of a range of behavioral 
traits than a term to describe a single type of person 
with a single level of potential. 


Autistic individuals generally share a defect in ‘the 
theory of mind.’ This term is used to describe the way 
normal individuals develop a sense of what others are 
thinking and feeling. This sense is usually developed 
by about age four years. Autistic individuals typically 
are limited in their ability to communicate nonverbally 
and verbally. About half of all autistic people never 
learn to speak. They are likely to fail in developing 
social relationships with peers, have limited ability to 
initiate conversation if they do learn how to talk, and 
show a need for routines and rituals. 
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The range of ability and intelligence among autis- 
tic individuals is great. Some individuals are pro- 
foundly withdrawn. These aloof individuals generally 
do not greet parents when they enter the house or seek 
comfort when in pain. Others can conduct a conversa- 
tion but may be obsessed with strange or unusual 
behaviors, such as a fascination with calendars or 
timetables. Still others use their ability to focus on 
particular bodies of fact to master a job or a profes- 
sion. For instance, Temple Grandin has attained an 
educational level of Ph.D. (doctor of philosophy) and 
is a successful animal behavior expert who is autistic 
and an international expert in her field. 


Certain autistic people have areas of expertise in 
which they are superior to normal individuals. These 
skills are called savant abilities and have been well 
documented in music, drawing, and areas where cal- 
culation is involved. The vibrant drawings of buildings 
by autistic British artist Stephen Wiltshire have been 
published to great acclaim. 


Abundance of theories 


The precise cause of autism is not known and many 
theories have emerged concerning its origin. Initially 
autism was believed to be caused by destructive parents. 
Kanner observed in 1943 that there are few “really 
warmhearted fathers and mothers” among parents of 
autistic children (Groden 1988). Other experts sug- 
gested that parents of autistic children are more likely 
to be cold and unsupportive of their children than 
parents of normal children. In the 1950s and 1960s it 
was still generally believed that this parental behavior 
caused autism. Children were therefore advised to have 
psychotherapy for autism. This therapy was generally 
unsuccessful. Some experts suggested that autistic chil- 
dren be removed from their parents. 


In the mid-1960s experts began to challenge the 
assumption that parents cause autism. Evidence 
emerged that while autistic children look normal they 
have particular physical abnormalities. These include 
a higher-than-normal likelihood of epilepsy—it occurs 
in as many as 30% of children with autism. Researchers 
also looked at the way parents interacted with autistic 
children. Their findings showed that parents of autistic 
children are equally as skilled as parents of normal 
children on average. 


The general belief today is that autism is a bio- 
logical disorder and has nothing to do with parenting 
skill. Clues to what causes autism include a wealth of 
abnormalities documented to occur in higher percen- 
tages among autistic people than normal people. 
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These include certain genetic conditions, epilepsy, 
mental disabilities, and some birth defects. 


Genetics appears to play a role in autism but its 
role is not completely understood. Brothers or sisters 
of individuals with autism are slightly more likely than 
others to be autistic. Approximately 2 to 3% of sib- 
lings of autistic people have the disorder. The twin of 
an autistic individual is also more likely to have 
autism. 


The occurrence of fragile X syndrome, a genetic 
disorder, in about 10% of autistic people has pre- 
sented researchers with a documented cause of the 
disorder. Fragile X victims have a gap on their X 
chromosome. The condition is generally linked to 
mental disabilities and a characteristic facial appear- 
ance (a high forehead and long ears) among other 
traits. Brothers or sisters of individuals with fragile X 
syndrome are nearly 50% more likely to be autistic 
than are brothers and sisters of normal children. It is 
not clear what causes the syndrome. 


Another genetic trait more common among autis- 
tic individuals than others is neurofibromatosis, a 
genetic condition which affects the skin and the nerves 
and sometimes causes brain damage. Researchers also 
have noted that mothers of autistic children are more 
likely to receive medication during pregnancy. They 
have also found that autistic children are more likely 
to have been born with meconium (the first stool of the 
infant) in the amniotic fluid during labor. However 
these events also commonly occur among normal chil- 
dren. Other possible causes of autism include rubella 
infection in early pregnancy, herpes encephalitis 
(which can cause inflammation of the brain), and 
cytomegalovirus infection. 


Whatever the cause of the damage, various abnor- 
malities in the autistic brain have been documented. 
These include variations in the frontal lobes of the 
brain which focus on control and planning, and in 
the limbic system. The limbic system is a group of 
structures in the brain which are linked to emotion, 
behavior, smell, and other functions. Autistic individ- 
uals may suffer from a limited development of the 
limbic system. This would explain some of the diffi- 
culties faced by autistic individuals in processing 
information. 


Studies using MRI (magnetic resonance imaging) 
scanners have found abnormalities in the cerebellum. 
Some researchers suggest that the section where 
abnormalities have been documented is the part 
of the brain concerned with attention. Other tests 
using electroencephalograms have found that autistic 
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KEY TERMS 


Limbic system—A group of structures in the brain 
including the hippocampus and dentate gyrus. 
These structures are associated with smell, emo- 
tion, behavior, and other brain activity. 


Psychotherapy—A broad term that usually refers to 
interpersonal verbal treatment of disease or disor- 
der that addresses psychological and social factors. 


children show abnormalities in the way the brain proc- 
esses sound. 


Teaching and learning 


As theories about the cause of autism have 
changed so have approaches to teaching autistic indi- 
viduals. Individuals with autism were once considered 
unteachable and were often institutionalized. Experts 
currently recommend early education for autistic indi- 
viduals using approaches geared specifically for them. 
Those who cannot speak may learn sign language. 
Often some form of behavioral modification is sug- 
gested including offering positive reinforcement for 
good behavior. 


Given the need for organization and repetitive 
behavior among autistic people, many experts suggest 
a structured environment with a clearly defined sched- 
ule. Some experts advocate special schools for autistic 
children while others recommend including them in a 
general school program with appropriate help. 


Controversy exists concerning the best way to 
teach and communicate with autistic children who do 
not speak. In the 1980s some parents and educators 
claimed great success using so-called facilitated com- 
munication. This technique involves the use of a key- 
board or letter board and a facilitator to help the 
autistic individual use the device. Some have said the 
device allows autistic individuals to break through the 
barriers of communication. Others have criticized 
facilitated communication as a contrived and false 
method of communication. The technique remains 
controversial. 


Earlier generations placed autistic children in insti- 
tutions. Today, even severely disabled children can be 
helped in a less restrictive environment to develop to 
their highest potential. Many become more responsive 
to others as they learn to understand the world around 
them, and some can lead nearly normal lives. 
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With no cure and no prenatal test for autism, there 
is no prospect of eliminating this condition in the near 
future. Continued educational research concerning the 
best way to teach autistic children and continued scien- 
tific research concerning possible treatments for autism 
are the greatest hope for dealing with the effects of this 
profound developmental problem. 
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| Autoimmune disorders 


Autoimmunity is a condition in which the immune 
system mistakenly recognizes host tissue or cells as 
foreign. (The word “auto” is the Greek word for 
self.) Because of this false recognition, the immune 
system reacts against the host components. There are 
a variety of autoimmune disorders (also called auto- 
immune diseases). 


An autoimmune disease can be very specific, 
involving a single organ. Three examples are Crohn’s 
disease (where the intestinal tract is the target), multi- 
ple sclerosis (where tissues of the brain are the target), 
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and diabetes mellitus Type I (where the insulin-pro- 
ducing cells of the pancreas are the target). 


Other autoimmune disorders are more general 
and involve multiple sites in the body. One example 
is rheumatoid arthritis. 


Each autoimmune disorder occurs rarely. However, 
when all the disorders are tallied together, autoim- 
munity is found to be a disorder that affects millions 
of people in the United States alone. For example, rheu- 
matoid arthritis alone afflicts approximately 300,000 
Americans (about 30 people per 10,000). 


The causes of autoimmune diseases are not clearly 
known. However, there are indications that some dis- 
orders, or at least the potential to develop the disorders, 
can be genetically passed on from one generation to the 
next. Psoriasis is one such example. The environment 
also has an influence. The way the immune system 
responds to environmental factors and to infections 
(e.g., those caused by some viruses) can trigger the 
development of a disorder. Other factors, which are 
less understood, include aging, hormones, physiologi- 
cal changes during pregnancy, and chronic stress. 


The basis of autoimmunity: The immune 
system 


The immune system defends the body against 
attack by infectious microorganisms and inanimate 
foreign objects. Immune recognition and attack of an 
invader is a highly specific process. A particular immune 
system cell will only recognize and target one type of 
invader. The immune system must develop this speci- 
alized knowledge of individual invaders and learn to 
recognize and not destroy cells that belong to the body 
itself. 


Immune recognition depends upon the chemistry 
of the surface of cells and tissues. Every cell carries 
protein markers on its surface. The markers—called 
major histocompatability complexes (MHCs)—iden- 
tify the cell as to its type (e.g. nerve cell, muscle cell, 
blood cell, etc.), and also to which organ or tissue the 
cell comprises. In a properly functioning immune sys- 
tem, the class of immune cells called T cells recognizes 
the host MHCs. Conversely, if the T cells encounter a 
MHC that is not recognized as that which belongs to 
the host, another class of immune cell called B cells will 
be stimulated to produce antibodies. There are a 
myriad of B cells, each of which produces a single 
characteristic antibody directed toward one specific 
antigen. The binding of an antibody to the antigen 
on the invading cell or particle initiates a process that 
destroys the invader. 
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In autoimmune disorders, the immune system can- 
not distinguish between “self” cells and invader cells. As 
a result, the same destructive operation is carried out on 
the body’s own cells that would normally be carried out 
on bacteria, viruses, and other invaders. The reasons 
why immune systems become dysfunctional are still not 
clearly understood. It is conceded by the majority of 
immunologists that a combination of genetic, environ- 
mental, and hormonal factors contribute to the devel- 
opment of autoimmunity. 


A number of other mechanisms may also trigger 
autoimmunity. A substance that is normally restricted 
to one part of the body—and so not usually exposed to 
the immune system—is released into other areas of the 
body. The substance is vulnerable to immune attack in 
these other areas. In a second mechanism, the anti- 
genic similarity between a host molecule and a mole- 
cule on an invader may fool the immune system into 
mistaking the host’s component as foreign. Additionally, 
drugs, infection, or some other environmental factor 
can alter host cells. The altered cells are no longer 
recognizable as “self” to the immune system. Finally, 
the immune system can become damaged and mal- 
function by, for example, a genetic mutation. 


Examples of general autoimmune disorders 
Systemic lupus erythematosus 


In systemic lupus erythematosus (often known as 
Lupus), antibodies attack a number of the body’s own 
different tissues. The disease recurs periodically and is 
seen mainly in young and middle-aged women. Symptoms 
include fever, chills, fatigue, weight loss, skin rashes 
(particularly the classic “butterfly” rash on the face), 
vasculitis, joint pain, patchy hair loss, sores in the mouth 
or nose, lymph-node enlargement, gastric problems, 
and, in women, irregular menstrual periods. About half 
of those who suffer from lupus develop cardiopulmo- 
nary problems, and some may also develop urinary 
problems. Lupus can also affect the central nervous 
system, causing seizures, depression, and psychosis. 


Rheumatoid arthritis 


Rheumatoid arthritis occurs when the immune 
system attacks and destroys the tissues that line bone 
joints and cartilage. The disorder occurs throughout 
the body, although some joints may be more affected 
than others. Initially, the disorder is characterized by a 
low-grade fever, loss of appetite, weight loss, and a 
generalized pain in the joints. The joint pain then 
becomes more specific, usually beginning in the fingers 
then spreading to other areas (i.e., wrists, elbows, 
knees, ankles). As the disease progresses, joint function 
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diminishes sharply and deformities occur. A particu- 
larly distinctive feature is the “swan’s neck” curling of 
the fingers. 


Generally, the prevalence rate of rheumatoid arthri- 
tis is one percent, although women tend to be afflicted 
3-5 times as frequently as men. Aboriginal Americans 
have an even higher prevalence rate of approximately 
seven percent. 


Scleroderma 


This disorder, which affects connective tissue, is 
also called Crest syndrome or progressive systemic 
sclerosis. Symptoms include pain, swelling, and stiff- 
ness of the joints. As well, the skin takes on a tight, 
shiny appearance. The digestive system becomes 
involved, resulting in weight loss, appetite loss, diar- 
rhea, constipation, and distention of the abdomen. As 
the disease progresses, the heart, lungs, and kidneys 
become involved, and malignant hypertension causes 
death in approximately 30% of cases. 


Goodpasture’s syndrome 


Goodpasture’s syndrome occurs when antibodies 
are deposited in the membranes of both the lung and 
kidneys, causing both inflammation of kidney glomer- 
ulus (glomerulonephritis) and lung bleeding. It is typ- 
ically a disease of young males. Symptoms are similar 
to that of iron deficiency anemia, including fatigue 
and pallor. Symptoms involving the lungs may range 
from a cough that produces bloody sputum to outright 
hemorrhaging. Symptoms involving the urinary sys- 
tem include blood in the urine and/or swelling. 


Polymyositis and dermatomyositis 


These immune disorders affect the neuromuscular 
system. In polymyositis, symptoms include muscle 
weakness, particularly in the shoulders or pelvis, that 
prevents the patient from performing everyday activ- 
ities. In dermatomyositis, this muscle weakness is 
accompanied by a rash that appears on the upper 
body, arms, fingertips, and sometimes on the eyelids. 


Ankylosing spondylitis 


Immune-system-induced degeneration of the 
joints and soft tissue of the spine is the hallmark of 
ankylosing spondylitis. The disease generally begins 
with lower back pain that progresses up the spine. The 
pain may eventually become crippling. 


Sjogren’s syndrome 


Exocrine glands are attacked, resulting in excessive 
dryness of the mouth and eyes. 
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Autoimmune disorders of the endocrine 
glands 


Type I (immune-mediated) diabetes mellitus 


This disorder is considered to be caused by an 
antibody that attacks and destroys the insulin-produc- 
ing islet cells of the pancreas. Type I diabetes mellitus 
is characterized by fatigue and an abnormally high 
level of glucose in the blood (a condition called 
hyperglycemia). 


Grave’s disease 


The disorder is caused by an antibody that binds to 
specific cells in the thyroid gland, causing them to make 
excessive amounts of thyroid hormone. This disease is 
characterized by an enlarged thyroid gland, weight loss 
without loss of appetite, sweating, heart palpitations, 
nervousness, and an inability to tolerate heat. 


Hashimoto’s thyroiditis 


An antibody that binds to cells in the thyroid 
gland causes the disorder known as Hashimoto’s thy- 
roiditis. This disorder generally displays no symp- 
toms, but patients can exhibit weight gain, fatigue, 
dry skin, and hair loss. Unlike Grave’s disease, how- 
ever, less thyroid hormone is made. 


Autoimmune disorders of the blood and 
blood vessels 


Pernicious anemia 


Pernicious anemia is a disorder in which the 
immune system attacks the lining of the stomach, 
destroying the ability to utilize vitamin Bj». Signs of 
pernicious anemia include weakness, sore tongue, bleed- 
ing gums, and tingling in the extremities. Because the 
disease causes a decrease in stomach acid, nausea, 
vomiting, loss of appetite, weight loss, diarrhea, and 
constipation are possible. Also, because Vitamin B ,5 
is essential for the nervous system function, the defi- 
ciency of it brought on by the disease can result in a 
host of neurological problems, including weakness, 
lack of coordination, blurred vision, loss of fine 
motor skills, loss of the sense of taste, ringing in the 
ears, and loss of bladder control. 


Autoimmune thrombocytopenic purpura 


In this disorder, the immune system targets and 
destroys blood platelets. It is characterized by pin- 
head-size red dots on the skin, unexplained bruises, 
bleeding from the nose and gums, and blood in the 
stool. 
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Autoimmune hemolytic anemia 


Antibodies coat and lead to the destruction of red 
blood cells in autoimmune hemolytic anemia. Symptoms 
include fatigue and abdominal tenderness due to an 
enlarged spleen. 


Vasculitis 


A group of autoimmune disorders in which the 
immune system attacks and destroys blood vessels can 
cause vasculitis. The symptoms vary, and depend 
upon the group of veins affected. 


Autoimmune disorders of the skin 
Pemphigus vulgaris 


Pemphigus vulgaris involves a group of autoim- 
mune disorders that affect the skin. This disease is 
characterized by blisters and deep lesions on the skin. 


Autoimmune disorders of the nervous 
system 


Myasthenia gravis 


In myasthenia gravis, the immune system attacks 
a receptor on the surface of muscle cells, preventing 
the muscle from receiving nerve impulses and resulting 
in severe muscle weakness. The disease is character- 
ized by fatigue and muscle weakness that at first may 
be confined to certain muscle groups, but then may 
progress to the point of paralysis. Patients often have 
expressionless faces, as well as difficulty chewing and 
swallowing. If the disease progresses to the respiratory 
system, artificial respiration may be required. 


Diagnosis of autoimmune disorders 


A number of different tests can help diagnose 
autoimmune diseases. A common feature of the tests 
is the detection of antibodies that react with host anti- 
gens. Such tests involve measuring the level of anti- 
bodies found in the blood. An elevated amount of 
antibodies indicates that a humoral immune reaction 
is occurring. Antibody production is, of course, a 
normal response of the immune system to an infection. 
The normal operation of the immune system must be 
ruled out as the cause for the increased antibody levels. 
A useful approach is to determine the class of antibody 
that is present. There are five classes of antibodies. 
IgG antibody is the class that is usually associated 
with autoimmune diseases. Unfortunately, IgG is 
also dominant in normal immune responses. The 
most useful antibody tests involve introducing the 
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KEY TERMS 


Autoantibody—An antibody that reacts with a per- 
son’s own tissues. 


Complement system—A series of 20 proteins that 
“complement” the immune system; complement 
proteins destroy virus-infected cells and enhance 
the phagocytic activity of macrophages. 


Macrophage—A white blood cell that engulfs 
invading cells or material and dissolves the invader. 


patient’s antibodies to samples of his or her own tis- 
sue. If the antibodies bind to the host tissue, it is 
diagnostic for an autoimmune disorder. Antibodies 
from a person without an autoimmune disorder 
would not react to “self” tissue. Tissues from the 
thyroid, stomach, liver, and kidney are used most 
frequently in this type of testing. 


Treatment of autoimmune disorders 


Treatment is specific to the disease and usually 
concentrates on lessening the discomfort of the symp- 
toms rather than correcting the underlying cause. 
Treatment also involves controlling the physiological 
aspects of the immune response, such as inflamma- 
tion. This is typically achieved using two types of 
drugs. Steroids are used to control inflammation. 
There are many different steroids, each having side 
effects. The use of steroids is determined by the bene- 
fits gained by their use versus the side effects pro- 
duced. Another form of treatment uses immuno- 
suppressive drugs, which inhibit the replication of 
cells. By stopping cell division, non-immune cells are 
also suppressed. This can lead to, for example, side 
effects such as anemia. 


See also Cell death; Immunology. 
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l Automatic pilot 


The automatic pilot, or autopilot, is a way to 
automatically steer aircraft, spacecraft, ships, and 
other vehicles based on a pre-determined course and 
without human intervention (such as with a pilot). It 
has it roots in the gyroscope, a weighted, balanced 
wheel mounted in bearings and spinning at high veloc- 
ity. As early as 1852, French physicist Jean-Bernard 
Léon Foucault (1819-1868) had experimented with 
the gyroscope and found that it tended to stay aligned 
with its original position and also tended to orient 
itself parallel to Earth’s axis in a north-south direc- 
tion. Thus, he reasoned, the gyroscope could be used 
as a compass because it designated true, or geo- 
graphic, north rather than magnetic north, as tradi- 
tional compasses did, which varied according to their 
location. 


By the early 1900s the gyrocompass was a crucial 
part of navigation. German manufacturer and scien- 
tist Hermann Anschutz-Kaempfe (1872-1931), and 
American inventor and entrepreneur Elmer Ambrose 
Sperry (1860-1930) had produced two gyrocompasses 
for use onboard ships. Sperry also invented the first 
automatic pilot for ships, named Metal Mike, which 
used the information from the ship’s gyrocompass to 
steer the vessel. 


Soon interest arose in applying this method to 
control aircraft. Sperry again led the way, when one 
of his devices was used aboard a Curtiss flying boat in 
1912. It used a single gyroscope that, like all spinning 
masses, tended to resist any change in the plane’s axis 
of rotation. Whenever the airplane departed from its 
original altitude, a small force was applied to a spring 
connected to one end of the gyro axis, and this, mag- 
nified mechanically, was used to restore movement of 
the aircraft controls. In 1914, Sperry’s son, Lawrence, 
competed in Paris with fifty-three other entrants to 


418 


win a prize of fifty thousand francs for the most stable 
airplane. He demonstrated his plane’s stability by fly- 
ing low over the judges while he took his hands off the 
controls and a mechanic walked out on the wing. 


All simple autopilots since that time have used 
similar principles. However, for airplane control in 
three directions (left/right, up/down, wing up/wing 
down) three gyros are needed. By 1930, the British 
Royal Aircraft Establishment and several private 
companies had developed refined autopilot systems 
that were gradually introduced to both military and 
civilian aircraft. During World War II (1939-1945), 
much more complicated autopilots were produced. By 
a simple movement of a control knob, the aircraft 
could be held on a steady heading at a constant alti- 
tude, made to turn at a steady rate in either direction, 
or even change altitude in a precise manner. 


German-American engineer Irmgard Flugge-Lotz 
(1903-1974) played a key role in developing these auto- 
matic controls. As a child in Germany she spent her 
time at the movies watching engineering documentaries 
rather than Charlie Chaplin comedies. During World 
War II, she developed methods of controlling aircraft 
during acceleration and in flying curves; with faster 
planes, pilots had no chance to correct for any miscal- 
culations. She worked on what she called “discontinu- 
ous automatic control,” which laid the foundation for 
automatic on-off aircraft control systems in jets. 


After World War II, the United States armed forces 
became interested in developing an inertial guidance 
system that used autopilots for rockets, submarines, 
and manned aircraft. Such a system would not rely on 
any information from the outside, such as radio waves 
or celestial bodies, for ‘fixes.’ Instead, it would plot its 
course from information via gyroscopes and from 
calculations accounting for the rotation of the Earth. 
The U.S. Air Force turned to Massachusetts Institute 
of Technology professor Charles Stark Draper to 
develop such a system. He worked on improving 
gyro units, specific force receivers, amplifiers, servo- 
drives, and other elements. On February 8, 1953, his 
equipment was aboard a B-29 bomber that left 
Bedford, Massachusetts, for Los Angeles, California, 
on a twelve-hour flight. It kept course without devia- 
tion, corrected for wind and currents, rose to clear the 
Rocky Mountains—all with no input from the ground 
or from the pilot and co-pilot. The inertial guidance 
system sensed every change in the forward velocity, 
every move right and left, and up and down. By con- 
tinually digesting these changes, and remembering the 
plane’s take-off point, the system was able to deter- 
mine in-flight position with great accuracy. 
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Today, much of the burden of flight has been 
transferred to autopilots that rely on computer soft- 
ware. They can control attitude and altitude, speed, 
heading, and flight path selection. One great advance 
has been in landings: signals from an instrument land- 
ing system control an aircraft automatically during 
approach, lead the plane down the glide slope beam, 
keep it on the runway, and even turn it onto the taxi- 
way, all in totally blind conditions. NASA’s (National 
Aeronautics and Space Administration’s) space shut- 
tle fleet uses a programmable automatic pilot called 
the Digital Auto Pilot, or DAP. There are different 
DAPs depending on the flight phase for which the 
shuttle is operating. For instance, during various 
times from launch to insertion into orbit about 
Earth, DAPs decide when to fire the reaction control 
system (RCS) jets and the orbital maneuvering system 
(OMS) engines. 


l Automation 


Automation is the use of scientific and technolog- 
ical principles and control systems (such as computers) 
to control the manufacture of machines and processes 
that take over work normally performed by humans. 
The term is derived from the longer term automatiza- 
tion (to make something involuntary or automated) or 
from the phrase automatic operation. Delmar S. 
Harder, a plant manager for the General Motors 
Corporation, is credited with first having used the 
term in 1935. Automation is also considered to be 
more technically advanced that mechanization 
(which is the use of machinery to assist humans). 


History 


Ideas for ways of automating tasks have been in 
existence since the time of the ancient Greeks. Greek 
engineer and mathematician Hero (Heron) of 
Alexandria (c. 10-70), for example, is credited with 
having developed an automated system that would 
open a temple door when a priest lit a fire on the temple 
altar. The real impetus for the development of automa- 
tion came, however, during the Industrial Revolution 
of the early eighteenth century. Many of the steam- 
powered devices built by James Watt, Richard Trevithick, 
Richard Arkwright, Thomas Savery, Thomas 
Newcomen, and their contemporaries were simple 
examples of machines capable of taking over the 
work of humans. One of the most elaborate examples 
of automated machinery developed during this period 
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was the drawloom designed by French inventor and 
textile worker Basile Bouchon in 1725. The instruc- 
tions for the operation of the Bouchon loom were 
recorded on sheets of paper in the form of holes. The 
needles that carried thread through the loom to make 
cloth were guided by the presence or absence of those 
holes. The manual process of weaving a pattern into a 
piece of cloth through the work of an individual was 
transformed by the Bouchon process into an opera- 
tion that could be performed mindlessly by merely 
stepping on a pedal. 


Types of automation 


Automated machines can be subdivided into two 
large categories—open-loop and closed-loop machines, 
which can then be subdivided into even smaller cate- 
gories. Open-loop machines are devices that, once 
started, go through a cycle and then stop. A common 
example is the automatic dishwashing machine. Once 
dishes are loaded into the machine and a button 
pushed, the machine goes through a predetermined 
cycle of operations: pre-rinse, wash, rinse, and dry, 
for example. A human operator may have choices as 
to which sequence the machine should follow—heavy 
wash, light wash, warm and cold, and so on—but each 
of these operations is alike in that the machine simply 
does the task and then stops. Many of the most famil- 
iar appliances in homes today operate on this basis. A 
microwave oven, a coffee maker, and a CD (compact 
disc) player are examples. 


Larger, more complex industrial operations also 
use open-cycle operations. For example, in the pro- 
duction of a car, a single machine may be programmed 
to place a side panel in place on the car and then weld it 
in a dozen or more locations. Each of the steps 
involved in this process—from placing the door prop- 
erly to each of the different welds—takes place accord- 
ing to instructions programmed into the machine. 


Closed-loop machines 


Closed-loop machines are devices capable of 
responding to new instructions at some point in their 
operation. The instructions may come from the oper- 
ation being performed or from a human operator. The 
ability of a machine to change its operation based on 
new information is known as feedback. One example 
of a closed-loop operation is the machine used in the 
manufacture of paper. Paper is formed when a suspen- 
sion of pulpy fibers in water is emptied onto a con- 
veyer belt whose surface is a sieve. Water drains out of 
the suspension, leaving the pulp on the belt. As the 
pulp dries, paper is formed. The rate at which the 
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pulpy suspension is added to the conveyer belt can be 
automatically controlled by a machine. A sensing 
device at the end of the conveyor belt is capable of 
measuring the thickness of the paper and reporting 
back to the pouring machine on the condition of the 
product. If the paper becomes too thick, the sensor can 
tell the pouring machine to slow the rate at which 
pulpy suspension is added to the belt. If the paper 
becomes too thin, the sensor can tell the machine to 
increase the rate at which the raw material is added to 
the conveyor belt. 


Many types of closed-loop machines exist. Some 
contain sensors, but are unable to make necessary 
adjustments on their own. Instead, sensor readings are 
sent to human operators who monitor the machine’s 
operation and input any changes it may need to make in 
its functioning. Other closed-loop machines contain 
feedback mechanisms, like the papermaking machine 
described above. The results of the operation determine 
what changes, if any, the machine has to make. 


Still other closed-loop machines have feedfor- 
ward mechanisms. That is, the first step they perform 
is to examine the raw materials that come to them and 
then decide what operations to perform. Letter-sort- 
ing machines are of this type. The first step such a 
machine takes in sorting letters is to read the zip code 
on the address and then send the letter to the appro- 
priate sub-system. 


The role of computers in automation 


Since the 1960s, the nature of automation has 
undergone dramatic changes as a result of the avail- 
ability of computers. For many years, automated 
machines were limited by the amount of feedback 
data they could collect and interpret. Thus, their oper- 
ation was limited to a relatively small number of alter- 
natives. When an automated machine is placed under 
the control of a computer, however, that disadvantage 
disappears. The computer can analyze a vast number 
of sensory inputs from a system and decide which of 
many responses it should make. 


Artificial intelligence 


The availability of computers has also made pos- 
sible a revolution in the most advanced of all forms of 
automation, operations that are designed to replicate 
human thought processes. An automated machine is 
said to be thinking if the term is used for only the 
simplest of mental processes: “Should I do A or B,” 
for example. The enormous capability of a computer, 
however, makes it possible for a machine to analyze 
many more options, compare options with each other, 
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consider possible outcomes for various options, and 
perform basic reasoning and problem-solving steps 
not contained within the machine’s programmed 
memory. At this point, the automated machine is 
approaching the types of mental functions normally 
associated with human beings; it is therefore said to 
have artificial intelligence. 


If not quite human-level intelligence, at least ani- 
mal-level. For example, researchers at Genobyte, a com- 
pany in Boulder, Colorado, developed Robokoneko, a 
robot kitten (ko =child, neko=cat, in Japanese). The 
cat’s brain, the Cellular Automata Machine (CAM) 
designed by Hugo de Garis of Advanced Telecom- 
munications Research (Kyoto, Japan), contains nearly 
40 million artificial neurons. The CAM-Brain’s neu- 
rons are real electronic devices, rather than the soft- 
ware simulations used in most artificial intelligence 
research. The neural net circuit modules, with a max- 
imum of 1,000 neurons each, are evolved at speeds of 
less than a second using a special computer chip, called 
a field programmable gate array (FPGA). Researchers 
hope the CAM-Brain will, for the first time, allow a 
robot to interact with stimuli in its environment to 
develop the sort of intelligence seen in animals, allow- 
ing the kitten to walk, turn, jump, arch its back, and sit 
up. In 2005, Japanese scientists from Osaka University 
created a human looking robot (an android) by the 
name of Replicee QIExpo. With the look of an Asian 
woman, the robot contains sensors, actuators, and 
motors that allow human-like movements such as the 
fluttering of eyelids, the shaking of hands, and the 
breathing of lungs. 


Applications 


Manufacturing companies in virtually every 
industry are achieving rapid increases in productivity 
by taking advantage of automation technologies. 
When one thinks of automation in manufacturing, 
robots usually come to mind. The automotive industry 
was the early adopter of robotics, using these auto- 
mated machines for material handling, processing 
operations, and assembly and inspection. Donald A. 
Vincent, executive vice president of Robotic Industries 
Association, predicts a greater use of robots for assem- 
bly, paint systems, final trim, and parts transfer will be 
seen in the near future. 


Vincent expects other industries, such as the elec- 
tronics industry, to heavily invest in robotics as well. 
Such industries have propelled the mass customization 
of electronic goods; the miniaturization of electronics 
goods and their internal components; and the re- 
standardization of the semiconductor industry, which, 
Vincent says, completely retooled itself in 2004. 
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Robotics will continue to expand into the food and 
beverage industry, where robots will perform such 
tasks as packaging, palletizing, and filling. The aero- 
space, appliance, and non-manufacturing markets are 
also potential markets for robotics. 


One can break down automation in production 
into basically three categories: fixed automation, pro- 
grammable automation, and flexible automation. The 
automotive industry primarily uses fixed automation. 
Also known as hard automation, this refers to an 
automated production facility in which the sequence 
of processing operations is fixed by the equipment 
layout. A good example of this would be an automated 
production line where a series of workstations are 
connected by a transfer system to move parts between 
the stations. What starts as a piece of sheet metal in the 
beginning of the process becomes a car at the end. 


Programmable automation is a form of automation 
for producing products in batches. The products are 
made in batch quantities ranging from several dozen to 
several thousand units at a time. For each new batch, the 
production equipment must be reprogrammed and 
changed to accommodate the new product style. 


Flexible automation is an extension of program- 
mable automation. Here, the variety of products is 
sufficiently limited so that the changeover of the 
equipment can be done very quickly and automati- 
cally. The reprogramming of the equipment in flexible 
automation is done off-line; that is, the programming 
is accomplished at a computer terminal without using 
the production equipment itself. 


Computer numerical control (CNC) is a form of 
programmable automation in which a machine is con- 
trolled by numbers (and other symbols) that have been 
coded into a computer. The program is actuated from the 
computer’s memory. The machine tool industry was the 
first to use numerical control to control the position of a 
cutting tool relative to the work part being machined. The 
CNC part program represents the set of machining 
instructions for the particular part, while the coded num- 
bers in the sequenced program specify x-y-z coordinates 
in a Cartesian axis system, defining the various positions 
of the cutting tool in relation to the work part. 


In the home 


There has been much talk about the automated 
home where everything in the house is networked and 
controlled through digital technology via the com- 
puter. Experts predict that eventually a homeowner 
will be able to set the thermostat, start the oven, and 
program a DVD (digital video disc) player from the 
office or the home thanks to computers. 
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KEY TERMS 


Closed-loop machine—A machine in which oper- 
ation is controlled (by the machine or by a human 
operator) by the input or output of the machine. 


Feedback mechanism—A process by which the 
behavior of a machine is affected by the functions 
performed by that machine. 


Feedforward mechanism—A process by which the 
behavior of a machine is affected by the nature of 
the materials or data being fed into the machine. 


Open-loop machine—A machine that performs 
some type of operation determined by a predeter- 
mined program and that cannot adjust its own 
operation as a result of changes in the output of 
that operation. 


The human impact of automation 


The impact of automation on individuals and 
societies has been profound. On one level, machines 
are now performing many otherwise unpleasant and/ 
or time-consuming tasks: dishwashing being one of the 
obvious examples. The transformation of the commu- 
nications industry is another example of how automa- 
tion has enhanced the lives of people worldwide. 
Today, millions of telephone calls that once would 
have passed through human operators are now 
handled by automatic switching machines. 


Other applications of automation in communica- 
tions systems include local area networks (LAN) and 
communications satellites. A LAN operates like an 
automated telephone company, however, in that it 
can transmit not only voice, but also digital data 
between terminals in the system. Satellites, necessary 
for transmitting telephone or video signals throughout 
the world, depend on automated guidance systems to 
place and retain the satellites in predetermined orbits. 


For banking, automatic tellers are ubiquitous. 
The medical industry employs robots to aid the doctor 
in analyzing and treating patients. Automatic reserva- 
tion, navigation, and instrument landing systems, not 
to mention automatic pilots, have revolutionized the 
travel industry. 


However, automation has also resulted in drastic 
dislocations in employment patterns. When one 
machine can do the work of ten workers, most or all 
of those people must be relocated or retrained to learn 
newer, higher, or completely different skills. Whether 
or not this is a wholly negative impact has been strongly 
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debated. As population and consumer demand for the 
products of automation increases, new jobs have been 
created. 


Positive impacts on employment patterns include 
computerized programs that help designers in many 
fields develop and test new concepts quickly, without 
ever building a physical prototype. Automated systems 
also make it much easier for people to carry out the 
work they do in non-traditional places. They may be 
able to stay home, for example, and do their jobs by 
communicating with other individuals and machines by 
means of highly automated communications systems. 
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David E. Newton 


I Automobile 


Few inventions in modern times have had as much 
impact on human life and on the global environment 
as the automobile. Automobiles and trucks have hada 
strong influence on the history, economy, and social 
life of much of the world. 


Entire societies, especially those of the industrial- 
ized countries, have been restructured around the 
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power of rapid, long-distance movement that the 
automobile confers on individuals and around the 
flexible distribution of goods made possible by trucks. 
Automobiles have given great freedom of movement 
to their owners, but encourage sprawl (i.e., straggling, 
low-density urban development). Sprawl degrades 
landscapes and produces traffic congestion, which 
tends to immobilize the automobiles that make sprawl 
itself possible. Furthermore, the dependence of cars 
and trucks (and thus of the economies based on these 
machines) on petroleum imposes strong forces on 
global politics, moving industrial societies such as the 
United States (which consumes approximately 25% of 
the world’s oil) to be deeply concerned with the power 
struggles of the Persian Gulf, where approximately 
70% of the world’s oil reserves are located. 


The automobile is also a significant health hazard, 
both directly and indirectly. According to the United 
Nations, over a million people (both vehicle occupants 
and pedestrians) die every year on the world’s roads; 
the United States alone loses over 40,000 lives annu- 
ally to car crashes. Meanwhile, automobile exhausts 
are the largest single source of air pollution in the 
United States. Air pollution from the manufacture 
and operation of automobiles contributes importantly 
to crop damage, acid rain, destruction of the ozone 
layer, lung disease, and early death by a variety of 
health problems. Sixteen percent of the world’s annual 
greenhouse-gas production comes from automobiles; 
greenhouse gasses contribute to global climate change, 
which may disrupt food production and flood coasts 
and low islands worldwide. 


The first automobiles, constructed in the late nine- 
teenth century, were essentially horse-drawn carriages 
with the horses removed and engines installed. After 
more than a century of development, the modern 
automobile is a sophisticated system. It offers the 
mobility and flexibility of use demanded by an enor- 
mous variety of lifestyles and industries. Automobiles 
affect every aspect of society, from the design of our 
cities to police, ambulance, fire, and utility services 
to such personal uses as vacation travel, dining, 
and shopping. Mass production techniques, first 
developed for the automobile in the early twentieth 
century, have been adapted for use in nearly every 
industry, providing for the efficient and inexpensive 
production of products. 


Trucks, especially 18-wheel tractor-trailer trucks, 
have become the major form of transporting goods 
across the country, allowing, for example, produce to 
be quickly transported to markets while still fresh. The 
use of automotive technology—tractors, combines, pick- 
ers, sprayers, and other self-propelled machines—in 
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Henry Ford and his first automobile. (© Bettmann/Corbis.) 


agriculture has enabled farmers to increase the quan- 
tity, quality, and variety of our foods, albeit at the 
price of increased soil erosion rates, agricultural 
dependence on petroleum-derived fuels and fertilizers, 
and increased runoff pollution. Meanwhile, dozens of 
industries depend, directly or indirectly, on the auto- 
mobile. These industries include producers of steel and 
other metals, plastics, rubber, glass, fabrics, petroleum 
products, and electronic components. 


Structure of the automobile 


Thousands of individual parts make up the mod- 
ern automobile. Much like the human body, these 
parts are arranged into several semi-independent sys- 
tems, each with a different function. For example, the 
human circulatory system comprises the heart, blood 
vessels, and blood. The automobile contains analo- 
gous circulatory systems for coolant fluid (mostly 
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water), for lubricating oil, and for fuel. The engine— 
the “heart” of the automobile—comprises pistons, 
cylinders, tubes to deliver fuel to the cylinders, and 
other components. Each system is necessary for mak- 
ing the automobile run and reducing noise and 
pollution. 


The major systems of an automobile are the 
engine, fuel system, transmission, electrical system, 
cooling and lubrication system, and the chassis, 
which includes the suspension system, braking system, 
wheels and tires, and the body. These systems will be 
found in every form of motor vehicle and are designed 
to interact with and support each other. 


Design factors 


When an automobile is designed, the arrange- 
ment, choice, and type of components depend on var- 
ious factors. The use of the automobile is one factor. 
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Some cars are required only for local driving; these 
cars may be capable of achieving good fuel economy 
on short trips, but they may be less comfortable to 
drive at high speeds. A sports car, built for speed, will 
have enhanced steering and handling abilities, but 
requires a stronger engine, more fuel, and a more 
sophisticated suspension system. Most automobiles 
must be flexible enough to perform in every situation 
and use. 


Other factors in the design of automobiles include 
the requirements for pollution-control components 
that have been placed on the modern automobile. 
Safety features are also a factor in the automobile’s 
design, affecting everything from the braking and 
steering systems to the materials used to construct 
the body. The design of the body must incorporate 
standards of safety, size and weight, aerodynamics or 
ways to reduce the friction of airflow, and appearance. 


The choice of front-wheel drive allows for a 
smaller, more fuel-efficient car. The arrangement of 
the engine and its relationship to other automobile 
systems will be different in a rear-wheel-driven car. 
Independent suspension for all four wheels improves 
the automobile’s handling, safety, and comfort, but 
requires a more complex arrangement. The use of 
computer technology, the most recently added system 
to the automobile, requires changes in many of the 
car’s other systems. Lastly, cost is an important factor 
in the design of a car. Many features useful for improv- 
ing the various systems and characteristics of an auto- 
mobile may make it too costly to produce and too 
expensive for many people to buy. 


The design of an automobile, therefore, is a bal- 
ance of many factors. Each must be taken into consid- 
eration, and compromises among features satisfy as 
many factors as possible. Yet, for all the variety 
among automobiles, the basic systems remain essen- 
tially the same. 


Interaction of systems 


Before examining the components of each system, 
it is useful to understand how the systems interact. The 
human body is again a good example of the interaction 
of systems. The heart pumps blood, which feeds the 
tissues of the body while at the same time helping to 
remove impurities. The tissues, fed by blood, are able 
to perform their tasks and often are required to sup- 
port the action of the heart. Muscle tissue, for exam- 
ple, depends on the availability of oxygen-rich blood 
from the heart in order to move the body. 


The internal combustion engine is the heart of the 
automobile. The engine produces heat energy from 
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burning fuel and converts that energy into the power 
to move the different components that will move the 
car. The engine converts the chemical energy produced 
by the burning of the fuel into mechanical energy. This 
energy is used to spin a shaft. The spinning shaft, 
through the interaction of the transmission and other 
components, causes the wheels to turn and the car to 
move. A similar transfer of energy to motion can 
be seen when bicycling. The up and down motion of 
the feet and legs is converted to the turning motion of 
the pedals, which in turn pulls the chain that causes the 
rear wheel to spin. 


The engine requires an electrical system to give it 
an initial push. The electric starter motor of an auto- 
mobile provides the force needed to give the engine its 
initial movement. The battery supplies energy for the 
engine to use when burning the fuel needed to make it 
run. The alternator is driven by a belt attached to the 
engine, recharging the battery so there will be a con- 
stant supply of energy. The sensors of the computer 
control system, which governs many of the processes 
in an automobile, also require electricity. 


The burning of fuel is a hot, noisy process that 
also produces pollutants in the form of exhaust. This 
exhaust must be carried away from the engine and 
away from the automobile. The exhaust system, with 
its muffler, also acts to reduce the noise produced by 
the vehicle. Burning fuel in the cylinders produces two 
other results: friction and extremely high tempera- 
tures. In order to protect the parts from being worn 
down from the friction and from melting with the heat, 
they must be properly lubricated and cooled. These 
systems depend on the engine and the electrical system 
for the power to perform their tasks. 


The engine’s power is used to turn the automobile’s 
wheels. Because the tires are the only parts of the auto- 
mobile that are actually in contact with the road, they 
must rest on a system of supports that will carry the 
weight of the car and respond to conditions of the road 
surface. At the same time, the driver must be capable of 
guiding the direction of the automobile. Once an auto- 
mobile is moving, it will continue to move until the 
friction of the brake is applied to stop it. 


The wheels, suspension, steering, and braking sys- 
tems are all attached to the car’s chassis, as is the rest 
of the automobile. The chassis and body, analogous to 
the skeletal structure in the human body, provide 
support for all the various systems and components, 
while also providing safety, comfort, and protection 
from the elements for the automobile’s passengers. 
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Engine 


The engine operates on internal combustion; that 
is, the fuel used for its power is burned inside the 
engine. This burning occurs inside cylinders. Within 
the cylinder is a piston. When the fuel is burned, it 
creates an explosive force that causes the piston to 
move up and down. The piston is attached, via a 
connecting rod, to a crankshaft, where the up and 
down movement of the piston converts to a circular 
motion. When bicycling, the upper part of a person’s 
leg is akin to the piston. Power from the leg is passed 
through the pedal in order to turn the crank. 


Gasoline is the most common automobile fuel. It is 
pulled into the cylinder by the vacuum created as the 
piston moves down through the cylinder. The gasoline 
is then compressed up into the cylinder by the next 
movement of the piston. A spark is introduced through 
a spark plug placed at the end of the cylinder. The spark 
causes the gasoline to explode, and the explosion drives 
the piston down again into the cylinder. This move- 
ment, called the power stroke, turns the crankshaft. A 
final movement of the piston upward again forces the 
exhaust gases, the byproducts of the fuel’s combustion, 
from the cylinder. These four movements—intake, 
compression, power, and exhaust—are called strokes. 
The four-stroke engine is the most common type of 
automobile engine. 


Most automobiles have from four to eight cylin- 
ders, although there are also two-cylinder and 12-cyl- 
inder automobiles. The cylinders work together in a 
sequence to turn the crankshaft, so that while one 
cylinder is in its intake stroke, another is in the com- 
pression stroke, and so forth. Generally, the more 
cylinders, the more smoothly the engine will run. The 
size of the automobile will affect the number of cylin- 
ders the engine uses. Smaller cars generally have the 
smaller four-cylinder engine. Mid-sized cars will gen- 
erally require a six-cylinder engine, while larger cars 
need the power of an eight-cylinder engine. 


The number of cylinders, however, is less impor- 
tant to the level of an engine’s power than is its dis- 
placement. Displacement is a measure of the total 
volume of fuel mixture moved by all the pistons work- 
ing together. The more fuel burned at one time, the 
more explosive the force, and thus the more powerful 
given to the engine. Displacement is often expressed as 
cubic centimeters (cc) or as liters. A smaller engine will 
displace 1,200 cc (1.2 L) for 60 horsepower, while a 
larger engine may displace as much as 4,000 cc (4 L), 
generating more than 100 horsepower. Horsepower is 
the measurement of the engine’s ability to perform 
work. The size and weight of the car also affect its 
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power. It takes less work to propel a lighter car than a 
heavier car, even if they have the same engine, just as a 
horse carrying a single rider can go faster with less 
effort than a horse drawing a cart. 


Fuel system 


Gasoline must be properly mixed with air before it 
can be introduced into the cylinder. The combination of 
gasoline and air creates a more volatile explosion. The 
fuel pump draws the gasoline from the gas tank 
mounted toward the rear of the car. The gasoline is 
drawn into a carburetor on some cars, while it is fuel- 
injected on others; both devices mix the gasoline with 
air (approximately 14 parts of air to one part of gaso- 
line) and spray this mixture as a fine mist into the 
cylinders. Other parts of the fuel system include the air 
cleaner, which is a filter to ensure that the air mixed into 
the fuel is free of impurities, and the intake manifold, 
which distributes the fuel mixture to the cylinders. 


Exhaust system 


After the fuel is burned in the pistons, the gases 
and heat created must be discharged from the cylinder 
to make room for the next infusion of fuel. The 
exhaust system is also responsible for reducing the 
noise caused by the explosion of the fuel. 


Exhaust gases are discharged from the cylinder 
through an exhaust valve. The exhaust gathers in an 
exhaust manifold before eventually being channeled 
through the exhaust pipe and muffler and finally out 
the tailpipe and away from the car. The muffler is 
constructed with a maze of what are called baffles, 
specially developed walls that absorb energy, in the 
form of heat, force, and sound, as the exhaust passes 
through the muffler. 


The burning of fuel creates additional byproducts 
of hazardous gases—hydrocarbons, carbon monox- 
ide, and nitrogen oxide—which are harmful both to 
the engine’s components and to the environment. The 
emission control system of a car is linked to the 
exhaust system, and functions in two primary ways. 
The first is to reduce the levels of unburned fuel. This is 
achieved by returning the exhaust to the fuel-air mix- 
ture injected into the cylinders to burn as much of the 
exhaust as possible. The second method is through a 
catalytic converter. Fitted before the muffler, the cat- 
alytic converter contains precious metals that act as 
catalysts. That is, they increase the rate of conversion 
of the harmful gases to less harmful forms. 
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Cooling system 


The automobile uses an additional system to 
reduce the level of heat created by the engine. The 
cooling system also maintains the engine at a temper- 
ature that will allow it to run most efficiently (or 
perhaps one should say least inefficiently, given that 
even the most efficient automobile engine converts 
only about a third of the energy in gasoline into 
mechanical work). A liquid-cooled system is most 
commonly used. 


The explosion of fuel in the cylinders can produce 
temperatures as high as 4,000°F (2,204°C); the tem- 
perature of exhaust gases, while cooler, still reaches as 
high as 1,500°F (816°C). Liquid-cooling systems use 
water (mixed with an antifreeze that lowers the freez- 
ing point and raises the boiling point of water) guided 
through a series of jackets attached around the engine. 
As the water solution circulates through the jackets, it 
absorbs the heat from the engine. It is then pumped to 
the radiator at the front of the car, which is con- 
structed of many small pipes and thin metal fins. 
These allow a large surface area to draw the heat 
from the water solution. A fan attached to the radiator 
uses the wind created by the movement of the car to 
cool the water solution further. Temperature sensors 
in the engine control the operation of the cooling 
system, so that the engine remains in its optimal tem- 
perature range. 


Lubrication 


Without proper lubrication, the heat and friction 
created by the rapid movements of the engine’s parts 
would quickly cause it to fail. The lubrication system 
of an automobile acts to reduce engine wear caused by 
the friction of its metal parts, as well as to carry off 
heat. At the bottom of the engine is the crankcase, 
which holds a supply of oil. A pump, powered by the 
engine, carries oil from the crankcase and through a 
series of passages and holes to all the various parts of 
the engine. As the oil flows through the engine, it 
forms a thin layer between the moving parts, so that 
they do not actually touch. The heated oil drains back 
into the crankcase, where it cools. The fumes given off 
by the crankcase are circulated by the PCV (positive 
crankcase ventilation) and valve back to the cylinders, 
where they are burned off, further reducing the level of 
pollution given off by the automobile. 


Electrical system 
Electricity is used for many parts of the car, from 


the headlights to the radio, but its chief function is to 
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provide the electrical spark needed to ignite the fuel in 
the cylinders. This is performed by an electrical sys- 
tem, which comprises a battery, starter motor, alter- 
nator, distributor, ignition coil, and ignition switch. 
As discussed above, the starter motor is necessary for 
generating the power to carry the engine through its 
initial movements. Initial voltage is supplied by the 
battery, which is kept charged by the alternator. The 
alternator creates electrical current from the move- 
ment of the engine, much as windmills and watermills 
generate current from the movement of air or water. 


Turning the key in the ignition switch draws cur- 
rent from the battery. This current, however, is not 
strong enough to provide spark to the spark plugs, so 
it is drawn through the ignition coil, which comprises 
the tight primary winding and the looser secondary 
winding. The introduction of current between these 
windings creates a powerful magnetic field. Interrupting 
the current flow, which happens many times a second, 
causes the magnetic field to collapse. The collapsing of 
the magnetic field produces a powerful electrical 
surge. In this way, the 12-volt current from the battery 
is converted to the 20,000 volts needed as spark to 
ignite the gasoline. 


Because there are two or more cylinders, and there- 
fore as many spark plugs, this powerful current must 
be distributed—by the distributor—to each spark plug 
in a carefully controlled sequence. This sequence must 
be timed so that the cylinders and the pistons powering 
the crankshaft work smoothly together. For this rea- 
son, most automobiles manufactured today utilize an 
electronic ignition, in which a computer precisely con- 
trols the timing and distribution of current to the 
spark plugs. 


Transmission 


Once the pistons are firing and the crankshaft is 
spinning, this energy must be converted, or transmit- 
ted, to drive the wheels, but the crankshaft spins only 
within a limited range, usually between 1,000 to 6,000 
revolutions per minute (rpm), and this is not enough 
power to cause the wheel to turn when applied 
directly. The transmission accomplishes the task of 
bringing the engine’s torque (the amount of twisting 
force the crankshaft has as it spins) to a range that will 
turn the wheels. One way to experience the effect of 
torque is by using two wrenches, one with a short 
handle and the other with a long handle. It may be 
difficult to turn a nut with the shorter wrench, but the 
nut turns much more easily with the longer wrench, 
because it allows a more powerful twisting force. The 
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transmission has two other functions: allowing reverse 
movement and braking the engine. 


There are two types of transmission: manual and 
automatic. With a manual transmission, the driver 
controls the shifting of the gears. In an automatic 
transmission, as its name implies, gears are engaged 
automatically. Both types of transmission make use of 
a clutch, which allows the gears to be engaged and 
disengaged. 


Automobiles generally have at least three forward 
gears plus a reverse gear, although many manual 
transmissions have four or even five gears. Each gear 
provides a different ratio of the number of revolutions 
per minute (rpms) of the crankshaft (the power input) 
to the number of revolutions per minute of the output 
of the transmission, directed to the wheels. For exam- 
ple, in first gear, which is needed to move the automo- 
bile from a standstill, the ratio of input to output is 3.5 
to one or even higher. The greater the ratio, the more 
torque will be achieved in the output. Each succes- 
sively higher gear has a lower input to output ratio. 
This is because once the automobile is rolling, pro- 
gressively less torque is needed to maintain its move- 
ment. The fourth and fifth gears found on most cars 
are used when the engine has achieved higher speeds; 
often called overdrive gears. These gears allow the 
input to output ratio to sink lower than one to one. 
In other words, the wheels are spinning faster than the 
crankshaft. This allows for higher speeds and greater 
fuel efficiency. 


Chassis 


The chassis is the framework to which the various 
parts of the automobile are mounted. The chassis must 
be strong enough to bear the weight of the car, yet 
somewhat flexible in order to sustain the shocks and 
tension caused by turning and road conditions. 
Attached to the chassis are the wheels and steering 
assembly, the suspension, the brakes, and the body. 


The suspension system enables the automobile to 
absorb the shocks and variations in the road surface, 
keeping the automobile stable. Most cars feature inde- 
pendent front suspension, that is, the two wheels in 
front are supported independently of each other. In 
this way, if one wheel hits a bump while the other 
wheel is in a dip, both wheels will maintain contact 
with the road. This is especially important because 
steering the automobile is performed with the front 
wheels. More and more cars also feature independent 
rear suspension, improving handling and the smooth- 
ness of the ride. 
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The main components of the suspension system 
are the springs and the shock absorbers. The springs 
suspend the automobile above the wheel, absorbing 
the shocks and bumps in the road surface. As the 
chassis bounces on the springs, the shock absorbers 
act to dampen, or quiet, the movement of the springs, 
using tubes and chambers filled with hydraulic fluid. 


The steering system is another part of the suspen- 
sion system. It allows the front wheels to guide the 
automobile. The steering wheel is attached to the steer- 
ing column, which in turn is fitted to a gear assembly 
that allows the circular movement of the steering 
wheel to be converted to the more linear, or straight, 
movement of the front wheels. The gear assembly is 
attached to the front axle by tie rods. The axle is 
connected to the hubs of the wheels. 


Wheels and the tires around them are the only 
contact the automobile has with the road. Tires are 
generally made of layers of rubber or synthetic rubber 
around steel fibers that greatly increase the rubber’s 
strength and ability to resist puncture. Tires are 
inflated with air at a level that balances the greatest 
contact with the road surface with the ability to 
offer puncture resistance. Proper inflation of the tires 
will decrease wear on the tires and improve fuel 
efficiency. 


Body 


The body of a car is usually composed of steel or 
aluminum, although fiberglass and plastic are also 
used. The body is actually a part of the chassis, the 
whole formed by welding stamped components into a 
single unit. While the body forms the passenger com- 
partment, offers storage space, and houses the auto- 
mobile’s systems, it has other important functions as 
well. Passenger safety is achieved by providing struc- 
tural support strong enough to withstand the force of 
an accident. Other parts of the car, such as the front 
and hood, are designed to crumple in a crash, thereby 
absorbing much of the impact. A firewall between the 
engine and the interior of the car protects the passen- 
gers in case of an engine fire. Lastly, the body’s shape 
contributes to reducing the level of wind resistance as 
the car moves, allowing the driver better handling and 
improving fuel efficiency. 


Hybrids 


In the last few decades, several makes of afford- 
able hybrid cars have appeared on the United States 
and other markets. Hybrid cars burn gasoline in an 
efficient engine to produce electricity. Power from the 
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KEY TERMS 


Catalyst—Any agent that accelerates a chemical 
reaction without entering the reaction or being 
changed by it. 


Combustion—A form of oxidation that occurs so 
rapidly that noticeable heat and light are produced. 


Friction—A force caused by the movement of an 
object through liquid, gas, or against a second object 
that works to oppose the first object’s movement. 
Gear—A wheel arrayed with teeth that mesh with 
the teeth of a second wheel to move it. 


Ratio—A measurement in quantity, size, or speed 
of the relationship between two or more things. 
Shaft—A rod that, when spun, can be used to move 
other parts of a machine. 


Torque—the ability or force needed to turn or twist 
a shaft or other object. 


Voltage—Measured in volts, the amount of elec- 
trons moved by an electric current or charge. 


batteries is combined with power from the gasoline 
motor to run an electric motor to move the car. 
Some energy is also recovered from braking instead 
of being dissipated entirely as heat. Today’s commer- 
cially-available hybrid cars produce about a tenth of 
the air pollution per mile traveled that is produced by 
conventional cars of comparable size; they get signifi- 
cantly better mileage as well. U.S. sales of hybrid cars 
jumped from about 80,000 in 2004 to over 200,000 in 
2005. Hybrid cars accounted for over 10% of midsize 
car sales in 2006, and over 20 hybrid models were due 
on the market as of 2007. 
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Autonomic nervous system see Nervous 
system 


tl Autopsy 


Autopsy means “see for yourself.” It is a special 
surgical operation, performed by specially trained 
physicians, on a dead body. Its purpose is to learn 
the truth about the person’s health during life, and 
how the person died. 


There are many advantages to getting an autopsy. 
Even when the law does not require it, there is always 
something interesting for the family to know. 
Something worth knowing that wasn’t known during 
life is often found. Even at major hospitals, in approx- 
imately one case in four, a major disease is found that 
was unknown in life. Giving families the explanations 
they want is often stated as one of the most satisfying 
things that a pathologist does. A pathologist is a 
physician with a specialty in the scientific study of 
body parts. This specialty always includes a year or 
more learning to do autopsies. 


Under the laws of most states, an autopsy can be 
ordered by the government. The job of coroner is a 
political position, while a medical examiner is a physi- 
cian, usually a pathologist. Exactly who makes the 
decisions, and who just gives advice, depends on the 
jurisdiction. Autopsies can be ordered in every state 
when there is suspicion of foul play. In most states, an 
autopsy can be ordered when there is some public 
health concern, for example a mysterious disease or a 
worry about the quality of health care. In most states, 
an autopsy may be ordered if someone dies unat- 
tended by a physician (or attended for less than 24 
hours), or if the attending physician is uncomfortable 
signing the death certificate. If autopsy is not required 
by law, the legal next-of-kin must sign an autopsy 
permit. 


When a loved one dies, a family can ask the hos- 
pital to perform an autopsy. If the family prefers, a 
private pathologist can do the autopsy in the funeral 
home. It does not matter much whether the body has 
been embalmed first. Whoever does the autopsy, there 
should not be a problem with an open-casket funeral 
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A chief medical examiner performs an autopsy, first searching for signs of external injury, providing a physical description of 
the body, and documenting any external substances collected for further testing. (© Shepard Sherbell/Corbis Saba.) 


afterwards. This is true even if the brain has been 
removed and the dead person is bald. The pillow will 
conceal the marks. 


Most religions allow autopsy. If the body is that of 
an Orthodox Jew, pathologists are happy to have a 
rabbi present to offer suggestions. Many Muslims 
prefer not to autopsy. 


Here’s how an autopsy is done. In this example, 
there are three pathologists working together. 


The body has already been identified and lawful 
consent obtained. 


The procedure is done with respect and serious- 
ness. The prevailing mood in the autopsy room is 
curiosity, scientific interest, and pleasure at being 
able to find the truth and share it. Most pathologists 
choose their specialty, at least in part, because they like 
finding the real answers. Many autopsy services have a 
sign, “This is the place where death rejoices to teach 
those who live.” Usually it is written in Latin: Hic 
locus est ubi mors gaudet succurrere vitae. Autopsy 
practice was largely developed in Germany, and an 
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autopsy assistant is traditionally called a “diener,” 
which is German for “servant.” 


The pathologist first examines the outside of the 
body. A great deal can be learned in this way. Many 
pathologists use scalpels with rulers marked on their 
blades. The body is opened using a Y-shaped incision 
from shoulders to mid-chest and down to the pubic 
region. There is almost no bleeding, since a dead body 
has no blood pressure except that produced by gravity. 
If the head is to be opened, the pathologist makes a 
second incision across the head, joining the bony 
prominences just below and behind the ears. When 
this is sewed back up, it will be concealed by the pillow 
on which the dead person’s head rests. 


The incisions are carried down to the skull, the rib 
cage and breastbone, and the cavity that contains the 
organs of the abdomen. The scalp and the soft tissues 
in front of the chest are then folded back. Again, the 
pathologist looks around for any abnormalities. 


One pathologist prepares to open the skull using a 
special vibrating saw that cuts bone but not soft tissue. 
This is an important safety feature. Another pathologist 
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cuts the cartilages that join the ribs to the breastbone, in 
order to be able to enter the chest cavity. This can be 
done using a scalpel, a saw, or a special knife, depending 
on the pathologist’s preferences and whether the carti- 
lages have begun to turn into bone, as they often do in 
older people. The third pathologist explores the abdomi- 
nal cavity. The first dissection in the abdomen usually 
frees up the large intestine. Some pathologists do this 
with a scalpel, while others use scissors. 


The skull vault is opened using two saw cuts, one 
in front, and one in back. These will not show through 
the scalp when it is sewed back together. The top of the 
skull is removed, and the brain is very carefully cut free 
of its attachments from inside the skull. 


When the breastbone and attached rib cartilages 
are removed, they are examined. Often they are frac- 
tured during cardiopulmonary resuscitation. Freeing 
up the intestine takes some time. The pathologist care- 
fully cuts along the attachment using a scalpel. 


The chest organs, including the heart and lungs, are 
inspected. Sometimes the pathologist takes blood from 
the heart to check for bacteria in the blood. For this, he 
or she uses a very large hypodermic needle and syringe. 
The team may also find something else that will need to 
be sent to the microbiology lab to search for infection. 
Sometimes the pathologist will send blood, urine, bile, 
or even the fluid of the eye for chemical study and 
to look for medicine, street drugs, alcohols, and/or 
poisons. 


Then the pathologist must decide in what order to 
perform the rest of the autopsy. The choice will be 
based on a variety of considerations. One method is 
the method of Virchow, which is removing organs 
individually. After the intestines are mobilized, they 
are opened using special scissors. Inspecting the brain 
often reveals surprises. A good pathologist takes some 
time to do this. The pathologist examines the heart, 
and generally the first step following its removal is 
sectioning the coronary arteries that supply the heart 
with blood. There is often disease here, even in people 
who assumed their hearts were normal. 


After any organ is removed, the pathologist will 
save a section in preservative solution. Of course, if 
something looks abnormal, the pathologist will prob- 
ably save more. The rest of the organ goes into a bio- 
hazard bag, which is supported by a large plastic 
container. 


The pathologist weighs the major solid organs 
(heart, lung, brain, kidney, liver, spleen, sometimes 
others) on a grocer’s scale. The smaller organs (thy- 
roid, adrenals) get weighed on a chemist’s triple-beam 
balance. The next step in this abdominal dissection 
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will be exploring the bile ducts and then freeing up 
the liver, usually using a scalpel. After weighing the 
heart, the pathologist completes the dissection. There 
are a variety of ways of doing this, and the choice will 
depend on the case. If the pathologist suspects a heart 
attack, a long knife may be the best choice. 


The liver has been removed. In our example of a 
fictitious autopsy, the pathologist finds something 
important. It appears that this man had a fatty liver. 
It is too light, too orange, and a bit too big. It is 
possible that this man had been drinking alcohol heav- 
ily for a while. The liver in this case weighs much more 
than the normal 49.4 ounces (1,400 gm). 


The pathologist decides to remove the neck 
organs, large airways, and lungs in one piece. This 
requires careful dissection. The pathologist always 
examines the neck very carefully. The lungs are almost 
never completely normal at autopsy. These lungs are 
pink, because the dead man was a non-smoker. The 
pathologist will inspect and feel them for areas of 
pneumonia and other abnormalities. The pathologist 
weighs both lungs together, then each one separately. 
Afterwards, the lungs may get inflated with fixative. 
Dissecting the lungs can be done in any of several 
ways. All methods reveal the surfaces of the large air- 
ways, and the great arteries of the lungs. Most pathol- 
ogists use the long knife again while studying the 
lungs. The air spaces of the lungs will be evaluated 
based on their texture and appearance. 


The liver is cut at intervals of about a centimeter, 
using a long knife. This enables the pathologist to 
examine its inner structure. 


The rest of the team continues with the removal of 
the other organs. They have decided to take the uri- 
nary system as one piece, and the digestive system 
down to the small intestine as another single piece. 
This will require careful dissection. One pathologist 
holds the esophagus, stomach, pancreas, duodenum, 
and spleen. He will open these, and may save a portion 
of the gastric contents to check for poison. Another 
pathologist holds the kidneys, ureters, and bladder. 
Sometimes these organs will be left attached to the 
abdominal aorta. The pathologist will open all these 
organs and examine them carefully. 


Before the autopsy is over, the brain is usually 
suspended in fixative for a week so that the later dis- 
section will be clean, neat, and accurate. If no disease of 
the brain is suspected, the pathologist may cut it fresh. 


The kidneys are weighed before they are dissected. 


When the internal organs have been examined, the 
pathologist may return all but the portions they have 
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saved to the body cavity. Or the organs may be cre- 
mated without being returned. The appropriate laws 
and the wishes of the family are obeyed. 


The breastbone and ribs are usually replaced in 
the body. A pathologist prepares a large needle and 
thread used to sew up the body. The skull and trunk 
incisions are sewed shut (“baseball stitch”). The body 
is washed and is then ready to go to the funeral 
director. 


The pathologists will submit the tissue they saved 
to the histology lab, to be made into microscopic 
slides. When the slides are ready, the pathologists 
will examine the sections, look at the results of any 
lab work, and draw their final conclusions. 


The only finding in this imaginary autopsy was 
fatty liver. There are several ways in which heavy 
drinking, without any other disease, can kill a person. 
The pathologists will rule each of these in or out, and 
will probably be able to give a single answer to the 
police or family. 


A final report is ready in a month or so. The glass 
slides and a few bits of tissue are kept forever, so that 
other pathologists can review the work. 


See also Crime scene investigation; Forensic science. 


Ed Friedlander, M.D. 


l Autotroph 


An autotroph is an organism able to make its own 
food. Autotrophic organisms convert inorganic mole- 
cules into organic compounds. Autotrophs are 
referred to as primary producers, and they occupy 
the ecological niche at the base of all food chains. 
There are two categories of autotrophs, distinguished 
by the type of energy each uses to synthesize organic 
products. Photoautotrophs use light energy and che- 
moautotrophs use chemical energy. 


Photoautotrophs 


Photoautotrophs are the most common auto- 
trophs. Plants and some photosynthetic bacteria 
comprise the majority of photoautotrophs. Photo- 
autotrophs contain organelles called chloroplasts, 
which have the ability to convert the energy from pho- 
tons into chemical energy stored in sugars and other 
energy-containing molecules. This process is known as 
photosynthesis. Photosynthesis also requires water, 
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which plants usually acquire through their roots and 
atmospheric carbon dioxide, which plants acquire 
through their leaves. In addition, photosynthesis results 
in the production of inorganic oxygen. 


Plants and other photoautotrophs play an impor- 
tant ecological role in nearly all terrestrial ecosystems. 
Because photoautotrophs convert light energy into 
energy that is stored in energy-rich molecules, animals 
depend on them as a source of both energy and 
nutrients. Photosynthesizers form the base of common 
ecological food webs. For example, the base of the 
forest food chain may be trees; the base of a savannah 
food chain may be grasses; and the base of a desert 
food chain may be cacti. 


Chemoautotrophs 


Chemoautotrophs are bacteria that use chemical 
energy in inorganic compounds as a source of energy. 
They synthesize sugars from the inorganic molecule 
carbon dioxide. 


Sulfur reducers are chemoautotrophs that use the 
energy in inorganic sulfur compounds as a source of 
energy. Sulfur reducers can be found living near vents 
and active volcanoes on the ocean floor, where inor- 
ganic sulfur from within the Earth’s core is released 
into the ocean water. These bacteria may live as sym- 
bionts with tube worms and clams found near the 
vents, providing them with a source of nutrition as 
well. These chemoautotrophic bacteria thrive at 
extremely high temperatures. Many of these bacteria, 
called extremophiles, are classified in the Domain 
Achaea. 


Avalanche see Mass wasting 

Avian flu see H5N1 

Aviation meteorology see Meteorology 
Avocado see Laurel family (Lauraceae) 


Avocets see Stilts and avocets 


l Avogadro’s number 


Avogadro’s number is the number of particles in 
one mole of any substance. Its numerical value is 
6.02225 x 107°. One mole of oxygen gas contains 
6.02 x 107° molecules of oxygen, while one mole of 
sodium chloride contains 6.02 x 10°? sodium ions and 
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6.02 x 10” chloride ions. Avogadro’s number is used 
extensively in calculating the volumes, masses, and 
numbers of particles involved in chemical changes. 


The concept that a mole of any substance contains 
the same number of particles arose out of research 
conducted in the early 1800s by the Italian physicist 
Amedeo Avogadro (1776-1856). Avogadro based his 
work on the earlier discovery by Joseph Gay-Lussac 
that gases combine with each other in simple, whole- 
number ratios of volumes. For example, one liter of 
oxygen combines with two liters of hydrogen to make 
two liters of water vapor. 


Avogadro argued that the only way Gay-Lussac’s 
discovery could be explained was to assume that one 
liter of any gas contains the same number of particles 
as one liter of any other gas. To explain the water 
example above, he further hypothesized that the par- 
ticles of at least some gases consist of two particles 
bound together, a structure to which he gave the name 
molecule. 


For all elements and compounds, not just gases, a 
given weight must contain a certain number of atoms 
or molecules. A weight (in grams) equal to the atomic 
or molecular weight of the substance—that is, one 
mole of any element or compound—must contain 
the same number of atoms or molecules, because 
there is always a constant relationship between atomic 
weights and grams. (One atomic mass unit = 1.66 x 
10°? g.) The number of atoms or molecules in one 
mole of an element or compound has been named 
Avogadro’s number, in honor of this realization. 


The question then became, “What is this number 
of particles in a liter of any gas?” Avogadro himself 
never attempted to calculate this. Other scientists did 
make that effort, however. In 1865 the German phys- 
icist J. Loschmidt estimated the number of molecules 
in a liter of gas to be 2.7 x 10°*. The accepted value 
today is 2.69 x 107°. 


See also Atomic weight. 


Axolotyl see Salamanders 


tl Aye-ayes 


The aye-aye (Daubentonia madagascariensis) is a 
rare tree-dwelling animal that is found only at a few 
localities along the eastern coast and in the northwestern 
forests of Madagascar, off eastern Africa. It is a member 
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A young aye-aye (Daubentonia madagascariensis). (Will 
Mcintyre/Photo Researchers, Inc.) 


of a group of primitive primates known as prosimians, 
most of which are lemurs. The aye-aye is the only surviv- 
ing member of the family Daubentoniidae; a slightly 
larger relative (D. robusta) became extinct about 1,000 
years ago. 


Although the aye-aye was once thought to be the 
most endangered animal in Madagascar, many scien- 
tists now think it is elusive rather than very rare. 
However, the IUCN still classifies the aye-aye as an 
endangered species. It certainly has suffered from the 
extensive loss of its natural habitat of humid tropical 
forest, which now exists only in fragmented remnants, 
including 16 protected areas. The aye-aye is also killed 
by local people, who believe that it is an evil omen. 


Because of its strange appearance and behavior, 
the aye-aye is sometimes referred to as the most 
bizarre of all primates. When it was first encountered 
by Europeans, it was incorrectly classified as a rodent. 
This was because of its large ears, squirrel-like bushy 
tail, and large, continuously growing incisor teeth. 
This primate has large eyes set in a cat-like face, 
which give it good night vision, and dark brown to 
black fur with long guard-hairs. Adults are approxi- 
mately 3.3 ft (1 m) long and weigh up to 6.5 lb (3 kg). 
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The aye-aye’s digits end in claws, except for the 
big toe and thumb, which have flat nails. The middle 
finger of each hand is extremely long and thin, and has 
a long claw that is used to dig insect larvae out of tree 
bark and crevices. When an aye-aye hears the move- 
ment of a beetle larva under the bark of a tree, it gnaws 
through the wood to uncover the tunnel of the grub, 
and then inserts its long finger to catch it. Research 
indicates that by tapping a branch, aye-ayes can locate 
grubs using a sort of echolocation. Aye-ayes also eat 
fruit, bamboo shoots, and free-ranging insects. 


Aye-ayes forage at night, mostly in trees. They 
sleep during the day in a globe-shaped nest woven of 
leaves and twigs. They may spend several days in one 
nest before moving on to another. Several animals 
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may share the same home range, but they are solitary 
animals, except for mothers with young. They have 
lived for as long 26 years in captivity. 


The nocturnal habits of aye-ayes make it difficult 
to observe them in the wild, so little is known about 
their breeding and behavior. They are thought to 
breed every two or three years. A single infant is 
born after a gestation period of about 170 days 
(according to observations in captivity). In April 
1992, an aye-aye named “Blue Devil” was born at 
Duke University’s primate center (it was named after 
the university mascot). It was the first aye-aye born in 
captivity in the Western Hemisphere. As of 2006, six- 
teen more aye-ayes have been born at the Duke Lemur 
Center. 
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| Babblers 


Babblers are small- to medium-sized passerine 
(perching) birds characterized by soft, fluffy plumage, 
strong, stout legs, and short rounded wings. Their 
wings make them poor fliers, and most are largely 
sedentary birds. Many species, particularly those that 
stay close to the ground, are gray, brown, or black, 
while the tree-living (arboreal) species are often green, 
yellow, or olive. Wren-babblers grow to only 3.5 in 
(9 cm), while the laughing-thrushes measure up to | ft 
(30 cm) in length. 


Babblers belong to Timaliidae, a large family of 
approximately 280 species of passerine birds that is 
thought to have originated in southern Asia. Babblers 
are most abundant in India and the Orient, but are 
also found in New Guinea, the Philippines, Australia, 
Africa, Madagascar, Saudi Arabia, and the Near East. 
The only species of babbler found in the New World is 
the wrentit (Chamaea fasciata), a small, reclusive 
brown bird found in the chaparral country west of 
the Rocky Mountains from Oregon, south to Baja 
California. 


Most babblers are highly social and nuzzle close 
to their mates and flock companions. Babblers feed 
primarily on insects gathered by probing and digging 
into the earth with their beaks; fruit and seeds round 
out their diet. While foraging for food, babblers keep 
in constant contact through the noisy chattering 
sounds for which they are named. The chattering pat- 
tern varies between species, some jabbering almost 
constantly, while others remain relatively quiet. Only 
members of the subfamily Turdoidini are true song- 
birds, and their bright plumage makes them prized as 
cage birds. 


Most babblers build dome-shaped nests on or 
near the ground, while the Turdoidini songbirds typi- 
cally build cup-shaped nests in trees. The bareheaded 
rockfowl or white-necked picathartes (Picathartes 
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gymnocephalus), a most unusual babbler from Africa, 
defies convention by plastering its mud nest to the side 
of a cliff. 


| Baboons 


Baboons are ground-living monkeys in the pri- 
mate family Cercopithecidae and are found in Africa 
and the Arabian Peninsula. Some taxonomists classify 
baboons in two genera, while others classify them 
in three or four. All baboons have a strong torso, a 
snoutlike face, the same dentition with long, sharp 
canine teeth, powerful jaws, a ground-walking habit, 
coarse body hair, a naked rump, and a similar social 
organization. 

Baboons, who at the turn of the century were 
thought to outnumber people in Africa, are still the 
most populous monkeys on the continent. In contrast 
to most other primates, which are arboreal forest 
dwellers, baboons have successfully adapted to living 
on the ground—like humans. Baboons live in savanna 
woodland, rocky plains, hill regions, and rainforests, 
and are mainly terrestrial. They are active during the 
day and eat both plant and animal materials. Baboons 
form large groups, called troops, which travel together 
foraging for food. At night, they will sleep in groups. 


Physical characteristics 


Male baboons are nearly twice the size of the 
females. The common savanna baboon (Papio 
cynocephalus) inhabits savanna woodlands and forest 
edges in Ethiopia, Angola, and South Africa. Savanna 
baboons eat grass, fruit, seeds, insects, and small mam- 
mals. These baboons have a gray coat with long hair 
covering their shoulders, and a patch of shiny black 
bare skin on their hips. Their tails are hook-shaped, 


435 


Baboons 


A savanna baboon (Papio cynocephalus) in South Luangwa National Park, Zambia. (Malcolm Boulton. National Audubon Society 
Collection/Photo Researchers, Inc.) 


a result of the fusion of several vertebrae. In East 
and Central Africa P. cynocephalus is yellow; in 
the highlands of East Africa this species is olive- 
colored. 


The hamadryas baboon (Papio hamadryas) is 
found in the rocky and subdesert regions of Ethiopia, 
Somalia, Saudi Arabia, and South Yemen, with grass 
and thorn bush vegetation. These baboons feed on 
grass seeds, roots, and bulbs. Females and young ham- 
adryas baboons have a brown coat, while adult males 
have a silver-gray mane over their shoulders and bril- 
liant red bare skin on their face and around their 
genitals. This baboon was sacred to the ancient 
Egyptians. It is depicted in Egyptian art as an attend- 
ant or representative of the god Thoth, the god of 
letters and scribe of the gods. This species has been 
exterminated in Egypt and its numbers are reduced 
elsewhere in its range. 


The Guinea baboon (P. papio) also feeds on grass, 
fruit, seeds, insects, and small animals and is found in 
the savanna woodlands of Senegal and Sierra Leone. 
These baboons have a brown coat, bare red skin 
around their rump, and a reddish brown face. 
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The drill (Mandrillus leucophaeus) lives in the rain- 
forests of southeast Nigeria, western Cameroon, and 
Gabon, and feeds on fruit, seeds, fungi, roots, insects, 
and small animals. Drills have a brown-black coat and 
a naked rump ranging from blue to purple. A fringe of 
white hair surrounds a black face and the long muzzle 
has ridges along its sides. This species is considered 
endangered by the World Conservation Union 
(IUCN), largely due to the loss of its mature forest 
habitat in Cameroon. 


The mandrill (Mandrillus sphinx) is the largest 
monkey. It lives in southern Cameroon, Gabon, and 
Congo in rainforests. Its diet includes fruit, seeds, 
fungi, roots, insects, and small animals. Mandrill 
males have a blue-purple bare rump, and a bright red 
stripe running down the middle of their muzzle with 
blue ridges on the sides and a yellow beard. Female 
and the young mandrills are similarly colored, but less 
brilliantly. The mandrill population has declined in 
recent years due to habitat destruction, and this 
species is considered vulnerable by the IUCN. 


Gelada baboons (Theropithecus gelada) are found 
in the grasslands of Ethiopia, where they eat grass, 
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roots, bulbs, seeds, fruit, and insects. Geladas have a 
long brown coat, hair that is cream colored at the tips 
and a long mantle of hair covering their shoulders and 
giving them the appearance of wearing a cape. The 
bare rump of both sexes is red and somewhat fat. Both 
sexes also have an area of bare red skin around their 
necks and the females have small white blisterlike 
lumps in this area of their bodies that swell during 
menstruation. 


Social behavior 


Baboon social behavior is matrilineal, in which a 
network of social relationships are sustained over 
three generations by the female members of the spe- 
cies. A troop of baboons can range in number from 
30 to over 200 members, depending upon the avail- 
ability of food. The baboon troop consists of related 
bands composed of several clans, where each clan may 
have a number of smaller harem families made up of 
mothers, their children, and a male. Female baboons 
remain with the group into which they are born for 
their whole lives, while the males leave to join other 
troops as they become mature. 


Ranking within the group of females begins with 
the mother, with female offspring ranking below their 
mothers. Adult females are either nursing or pregnant 
for most of their lives, and they spend a great deal of 
time with other female friends, avoiding the males. 
During a daytime rest period, the females gather 
around the oldest female in the troop and lie close 
together. The way baboons huddle together while 
they are resting and the other movements in their 
troops are defense measures against outsiders and 
predators. The dominant males travel in the center of 
the troop to keep order among the females and the 
juveniles, while the younger males travel around the 
outer fringes of the group. 


During their rest periods, baboons spend consid- 
erable time grooming one another, which helps to 
reinforce their social bonds. Females have male 
baboons that assist them in caring for their infants 
and protecting them from danger. These males may 
not be the fathers, but they may later mate with the 
female. 


Baboon friendships 


When a young male baboon matures, he leaves the 
family group to join a new troop. His first gestures are 
toward an adult female who may make friends with 
him. His gestures of friendship include lip-smacking, 
grunting, and grooming. It will take several months of 
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this kind of friendly behavior before a more perma- 
nent bond is established between them. A female may 
have friendships with more than one male, and when 
she is ready to mate she may do so with all of her male 
friends. Social grooming between females and males is 
always between friends. A female benefits from this 
relationship by gaining protection and help in caring 
for her offspring. A male benefits by having a female 
with which to mate. These friendships do not insure 
the male paternity of infants, but the social benefits 
seem to outweigh paternity rights in baboon societies. 


There are often fights among males for the right to 
mate with females in estrus. Males do not have the 
strong ranking order that the females have among 
their family relatives, and males must compete for 
mating rights. Among some species of baboon, the 
older males mate more than younger dominant males 
because the older males have more friendships with 
females, and these bonds are of a longer duration. 


Baboons, like people, will often trick their peers 
into getting something they want. Researchers once 
witnessed a young male baboon tricking an adult 
female into relinquishing the roots she was digging by 
signaling that he was being attacked. When his mother 
came to the rescue and saw only the other female, she 
chased the other baboon into the woods. As soon as 
the root digger was chased away, the young male took 
the tubers for himself. In another example, a female 
baboon groomed an adult male until he became so 
relaxed he fell asleep and forgot his antelope meat. 
Once he was asleep, she took the meat for herself. 


Food and foraging habits 


Baboons have the same number of teeth and den- 
tal pattern as human beings. Baboons, like other mem- 
bers of the subfamily Cercopithecinae, have cheek 
pouches that can hold a stomach’s worth of food. 
This enables them to literally eat on the run, and is 
helpful to them when they have to compete for food or 
avoid danger. Baboons can quickly fill up their 
pouches, then retreat to safety to eat at their leisure. 


Baboons walk on all four limbs and their rear feet 
are plantigrade, meaning they walk on the whole foot, 
not just on their toes. The walking surface of their 
hands is the complete surface of their four fingers. 
When feeding, baboons tend to stand on three of their 
limbs and pluck food while eating with one hand. 
When baboons are walking, their shoulders are higher 
than their hips and they are able to easily see what is 
going on around them as they forage for food. 


Baboons are basically fruit-eaters, but they also 
eat seeds, flowers, buds, leaves, bark, roots, bulbs, 
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rhizomes, insects, snails, crabs, fish, lizards, birds, and 
small mammals. Young baboons learn what to eat and 
what not to eat through trial and error. Adults mon- 
itor their choices and intervene to prevent younger 
baboons from eating unusual food. When water is 
not available, baboons dig up roots and tubers to 
find liquid and often dig holes in dry river beds to 
find water. 


It has been observed that baboons adapt their 
food choices to what is available in their habitats. In 
some regions they have developed group hunting 
techniques. 


Communication 


Baboons have a complex system of communica- 
tion that includes vocalizations, facial expressions, 
posturing, and gesturing. These vocalizations, which 
baboons use to express emotions, include grunts, 
lip-smacking, screams, and alarm calls. The intensity 
of the emotion is conveyed by repetition of the sounds 
in association with other forms of communication. 


Baboons communicate with each other primarily 
through body gestures and facial expressions. The 
most noticeable facial expression is an open-mouth 
threat where the baboon bares the canine teeth. 
Preceding this may be an eyelid signal—raising the 
eyebrows and showing the whites of the eyes—that is 
used to show displeasure. If a baboon really becomes 
aggressive, the hair may also stand on end, threatening 
sounds will be made, and the ground will be slapped. 


In response to aggressive facial expressions and 
body gestures, other baboons usually exhibit submis- 
sive gestures. A fear-face—a response to aggression— 
involves pulling the mouth back in what looks like a 
wide grin. 


Presenting among baboons takes place in both 
sexual and nonsexual contexts. A female will approach 
a male and turn her rump for him to show that she is 
receptive. This type of presentation can lead to mating 
or to a special relationship between the pair. A female 
may present in the same way to an infant to let the 
infant know it may come close to her. She may use this 
body gesture as a simple greeting to a male, indicating 
that she respects his position. A female will also present 
to another female when she want to fondle the other 
female’s infant. Males present to other males as a greet- 
ing signal. Their tails, however, are not raised as high as 
those of females when they present. 


Presentation is also used as an invitation or 
request for grooming, and for protection. Baboons 
freely engage in embracing to show affection to infants 
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KEY TERMS 


Estrus—A condition marking ovulation and sexual 
receptiveness in female mammals. 


Foraging—The act of hunting for food. 


Matrilineal—Social relationships built around the 
mother and her children. 


Plantigrade—Walking on the whole foot, not just 
the toes as cats and dogs do. 


Presenting—Body gestures that signal intentions or 
emotions among baboons. 


and juveniles. The frontal embrace has also been seen 
as a gesture of reassurance between baboons when 
they are upset. Infants have their own forms of com- 
munication that involves a looping kind of walk, wres- 
tling, and a play-face. The play-face is an open mouth 
gesture they use to try to bite one another. 


Baboon models 


Baboons were studied for a long time as models of 
primate behavior and used to help construct the 
evolution of human behavior. More recently, chim- 
panzees have been used as a model because of their 
genetically close relationship to humans, and because 
they exhibit toolmaking, some languagelike ability, 
and some mathematical cognition. Until recently, 
baboon troops were thought to be male-dominated. 
Studies have now demonstrated the cohesive nature of 
the matrilineal structure of baboon society. 


What continues to interest researchers about 
baboons is how adaptable they are, even when their 
habitats are threatened. Baboons have become skillful 
crop raiders in areas where their territories have been 
taken over by humans for agriculture. In spite of this 
adaptability, some species are threatened or endan- 
gered. For example, the drill is highly endangered due 
to habitat destruction and commercial hunting. In 
1984, in a unique study designed to save three baboon 
troops from human encroachment, baboon biologist 
Shirley C. Strum translocated these 132 animals 125 mi 
(200 km) away from their original home to a harsh 
outpost of 15,000 acres (6,075 hectares) near the 
Ndorobo Reserve on the Laikipia Plateau north of 
Mt. Kenya. Every baboon of the three different groups 
was captured to ensure social integrity. 


After release, Strum found that the translocated 
groups watched and followed local troops of baboons 
to find food and water. Within six weeks, indigenous 
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males joined the translocated troops, providing a good 
source of intelligence about the area. Strum found that 
the translocated animals learned by trial and error. The 
topography of the area meant that some portions of the 
range had good food in the wet seasons and other 
portions had good food in the dry seasons. To feed 
efficiently, the baboons had to learn this difference 
and to switch their ranging seasonally. Today, there 
are still a few differences between indigenous and trans- 
located baboons in behavior and diet, but on the whole, 
it is difficult to tell that the groups had different origins. 
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| Bacteria 


Bacteria are mostly unicellular (single-celled) 
organisms that lack chlorophyll and are among 
the smallest living things on Earth—only viruses 
are smaller. Multiplying rapidly under favorable 
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conditions, bacteria can aggregate into colonies of 
millions or even billions of organisms within a space 
as small as a drop of water. 


The Dutch merchant and amateur scientist Anton 
van Leeuwenhoek (1632-1723) was the first to observe 
bacteria and other microorganisms. Using single-lens 
microscopes of his own design, he described bacteria 
and other microorganisms (calling them “anima- 
cules”) in a series of letters to the Royal Society of 
London between 1674 and 1723. 


Bacteria are classified as prokaryotes. Broadly, 
this taxonomic ranking reflects the fact that the genetic 
material of bacteria is contained in a single, circular 
chain of deoxyribonucleic acid (DNA) that is not 
enclosed within a nuclear membrane. The word pro- 
karyote is derived from Greek meaning “prenucleus.” 
Moreover, the DNA of prokaryotes is not associated 
with the special chromosome proteins called histones, 
which are found in higher organisms. In addition, pro- 
karyotic cells lack other membrane-bounded organ- 
elles, such as mitochondria. Prokaryotes belong to the 
kingdom Monera. Some scientists have proposed split- 
ting this designation into the kingdoms Eubacteria and 
Archaebacteria. Eubacteria, or true bacteria, consist of 
more common species, while Archaebacteria (with the 
prefix archae—meaning ancient) represent microor- 
ganisms that are bacteria-like in appearance that 
inhabit very hostile environments. Scientists believe 
the latter microorganisms are most closely related to 
the bacteria that lived when Earth was very young. 
Examples of archaebacteria are halophiles, which live 
in extremely salty environments, and thermophiles, 
which can tolerate and even thrive in near boiling 
waters of geysers and geothermal vents of the ocean 
floor. 


Characteristics of bacteria 


Although all bacteria share certain structural, 
genetic, and metabolic characteristics, important bio- 
chemical differences exist among the many species of 
bacteria. These differences permit bacteria to live in 
many different, and sometimes extreme, environments. 
For example, some bacteria recycle nitrogen and carbon 
from decaying organic matter, then release these gases 
into the atmosphere to be reused by other living things. 
Other bacteria cause diseases in humans and animals, 
help digest sewage in treatment plants, or produce the 
alcohol in wine, beer, and liquors. Still others are used 
by humans to break down toxic waste chemicals in the 
environment, a process called bioremediation. 


The cytoplasm of all bacteria is enclosed within 
a cell membrane surrounded by a rigid cell wall 


439 


PlHeperg 


Bacteria 


whose polymers, with few exceptions, include 
peptidoglycans—large, structural molecules made of 
protein carbohydrate. 


Some bacteria can also secrete a viscous, gelati- 
nous polymer (called the glycocalyx) on their cell 
surfaces. This polymer, composed either of polysac- 
charide, polypeptide, or both, is called a capsule when 
it occurs as an organized layer firmly attached to the 
cell wall. Capsules increase the disease-causing ability 
(virulence) of bacteria by inhibiting immune system 
cells called phagocytes from engulfing them. One such 
bacterium, Streptococcus pneumoniae, is the cause of 
pneumonia. 


The shape of bacterial cells are classified as spher- 
ical (coccus), rodlike (bacillus), spiral (spirochete), 
helical (spirilla) and comma-shaped (vibrio) cells. 
Many bacilli and vibrio bacteria have whiplike appen- 
dages (called flagella) protruding from the cell surface. 
Flagella are composed of tight, helical rotors made of 
chains of globular protein called flagellin, and act as 
tiny propellers, making the bacteria very mobile. 


Flagella may be arranged in any of four ways, 
depending on the species of bacteria. There is the mono- 
trichous condition (single flagellum at one end), the 
amphitrichous (single flagellum at each end of the bac- 
terium), the lophotrichous (two or more flagella at 
either or both ends of the bacterium), and the peritri- 
chous condition (flagella distributed over the entire cell). 


Spirochetes are spiral-shaped bacteria that live in 
contaminated water, sewage, soil and decaying 
organic matter, as well as inside humans and animals. 
Spirochetes move by means of axial filaments, which 
consist of bundles of fibrils arising at each end of the 
cell beneath an outer sheath. The fibrils, which spiral 
around the cell, rotate, causing an opposite movement 
of the outer sheath that propels the spirochetes for- 
ward, like a turning corkscrew. The best known spi- 
rochete is Treponema pallidum, the organism that 
causes syphilis. 


On the surface of some bacteria are short, hairlike, 
proteinaceous projections that may arise at the ends of 
the cell or over the entire surface. These projections, 
called fimbriae, let the bacteria adhere to surfaces. For 
example, fimbriae on the bacterium Neisseria gonor- 
rhoea, which causes gonorrhea, allow these organisms 
to attach to mucous membranes. 


Other proteinaceous projections, called pili, occur 
singly or in pairs, and join pairs of bacteria together, 
facilitating transfer of DNA between them. 


During periods of harsh environmental condi- 
tions some bacteria, such as those of the genera 
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Clostridium and Bacillus, produce within themselves 
a dehydrated, thick-walled endospore. These endo- 
spores can survive extreme temperatures, dryness, 
and exposure to many toxic chemicals and to radia- 
tion. Endospores can remain dormant for long periods 
(hundreds of years in some cases) before being reac- 
tivated by the return of favorable conditions. 


A primitive form of exchange of genetic material 
between bacteria involving plasmids does occur. 
Plasmids are small, circular, extrachromosomal 
DNA molecules that are capable of replication and 
are known to be capable of transferring genes among 
bacteria. For example, resistance plasmids carry genes 
for resistance to antibiotics from one bacterium to 
another, while other plasmids carry genes that confer 
pathogenicity. In addition, the transfer of genes via 
bacteriophages—viruses that specifically parasitize 
bacteria—also serves as a means of genetic recombi- 
nation. Corynebacterium diphtheriae, for example, 
produces the diphtheria toxin only when infected by 
a phage that carries the diphtherotoxin gene. 


The above examples of genetic information 
exchange between bacterial cells occurs regularly 
in nature. This natural exchange, or lateral gene trans- 
fer, can be mimicked artificially in the laboratory. 
Bioengineering uses sophisticated techniques to pur- 
posely transfer DNA from one organism to another in 
order to give the second organism some new charac- 
teristic it did not have previously. For example, in a 
process called transformation, antibiotic-susceptible 
bacteria that are induced to absorb manipulated plas- 
mids placed in their environment, can acquire resist- 
ance to that antibiotic substance due to the new genes 
they have incorporated. Similarly, in a process called 
transfection, specially constructed viruses are used to 
artificially inject bioengineered DNA into bacteria, 
giving infected cells some new characteristic. 


Bacteria synthesize special DNA-cutting enzymes 
(known as restriction enzymes) that destroy the DNA 
of phages that do not normally infect them. Purified 
restriction enzymes are used in the laboratory to slice 
pieces of DNA from one organism and insert them 
into the genetic material of another organism as men- 
tioned above. 


Bacterial growth 


The term “bacterial growth” generally refers to 
growth of a population of bacteria, rather than of an 
individual cell. Individual cells usually reproduce asex- 
ually by means of binary fission, in which one cell 
divides into two cells. Thus, bacterial growth of the 
population is a geometric progression of numbers of 
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cells, with division occurring in regular intervals, 
called generation time, ranging from 15 minutes to 
16 hours, depending upon the type of bacterium. In 
addition, some filamentous bacteria (actinomycetes) 
reproduce by producing chains of spores at their tips, 
while other filamentous species fragment into new 
cells. 


Under ideal conditions, the growth of a popula- 
tion of bacteria occurs in several stages termed lag, 
log, stationary, and death. During the lag phase, active 
metabolic activity occurs involving synthesis of DNA 
and enzymes, but no growth. Geometric population 
growth occurs during the log, or exponential phase, 
when metabolic activity is most intense and cell repro- 
duction exceeds cell death. Following the log phase, 
the growth rate slows and the production of new 
cells equals the rate of cell death. This period, known 
as the stationary phase, involves the establishment 
of an equilibrium in population numbers and a 
slowing of the metabolic activities of individual cells. 
The stationary phase reflects a change in growing 
condition—for example, a lack of nutrients and/or 
the accumulation of waste products. 


When the rate of cell deaths exceeds the number of 
new cells formed, the population equilibrium shifts to 
a net reduction in numbers and the population enters 
the death phase, or logarithmic decline phase. The 
population may diminish until only a few cells remain, 
or the population may die out entirely. 


The physical and chemical requirements for 
growth can vary widely among different species of 
bacteria, and some are found in environments as 
extreme as cold polar regions and hot, acid springs. 


In general, the physical requirements for bacteria 
include proper temperature, pH, and osmotic pres- 
sure. Most bacteria thrive only within narrow ranges 
of these conditions, however extreme those ranges 
may be. 


The lowest temperature at which a particular 
species will grow is the minimum growth temperature, 
while the maximum growth temperature is the highest 
temperature at which they will grow. The temperature 
at which their growth is optimal is called the optimum 
growth temperature. In general, the maximum and 
minimum growth temperatures of any particular type 
of bacteria are about 30°F (—1 °C) apart. 


Most bacteria thrive at temperatures at or around 
that of the human body 98.6°F (37°C), and some, such 
as Escherichia coli, are normal parts of the human 
intestinal flora. These organisms are mesophiles 
(moderate-temperature-loving), with an optimum 
growth temperature between 77°F (25°C) and 104°F 
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(40°C). Mesophiles have adapted to thrive in temper- 
atures close to that of their host. 


Psychrophiles, which prefer cold temperatures, 
are divided into two groups. One group has an optimal 
growth temperature of about 59°F (15°C), but can 
grow at temperatures as low as 32°F (0°C). These 
organisms live in ocean depths or Arctic regions. 
Other psychrophiles that can also grow at 32°F 
(0°C) have an optimal growth temperature between 
68°F (20°C) and 86°F (30°C). These organisms, 
sometimes called psychrotrophs, are often those asso- 
ciated with food spoilage under refrigeration. 


Thermophiles thrive in very hot environments, 
many having an optimum growth temperature 
between 122°F (50°C) and 140°F (60°C), similar to 
that of hot springs in Yellowstone National Park. 
Such organisms thrive in compost piles, where temper- 
atures can rise as high as 140°F (60°C). Extreme 
thermophiles grow at temperatures above 195°F 
(91°C). Along the sides of hydrothermal vents on the 
ocean bottom 217 mi (350 km) north of the Galapagos 
Islands, for example, bacteria grow in temperatures 
that can reach 662°F (350°C). 


Like temperature, pH also plays a role in deter- 
mining the ability of bacteria to grow or thrive in 
particular environments. Most commonly, bacteria 
grow optimally within a narrow range of pH between 
6.7 and 7.5. 


Acidophiles, however, prefer acidic conditions. 
For example, Thiobacillus ferrooxidans, which occurs 
in drainage water from coal mines, can survive at 
pH 1. Other bacteria, such as Vibrio cholera, the 
cause of cholera, can thrive at a pH as high as 9.0. 


Osmotic pressure is another limiting factor in 
the growth of bacteria. Bacteria are about 80-90% 
water; they require moisture to grow because they 
obtain most of their nutrients from their aqueous 
environment. 


Cell walls protect prokaryotes against changes 
in osmotic pressure over a wide range. However, suf- 
ficiently hypertonic media at concentrations greater 
than those inside the cell (such as 20% sucrose) cause 
water loss from the cell by osmosis. Fluid leaves the 
bacteria causing the cell to contract, which, in turn, 
causes the cell membrane to separate from the over- 
lying cell wall. This process of cell shrinkage is called 
plasmolysis. 


Because plasmolysis inhibits bacterial cell growth, 
the addition of salts or other solutes to a solution 
inhibits food spoilage by bacteria, as occurs when 
meats or fish is salted. 


441 


Pleperg 


Bacteria 


Some types of bacteria, called extreme or obligate 
halophiles, are adapted to—and require—high salt 
concentrations, such as found in the Dead Sea, where 
salt concentrations can reach 30%. Facultative halo- 
philes do not require high salt environments to 
survive, but are capable of tolerating these conditions. 
Halophiles can grow in salt concentrations up to 2%, a 
level that would inhibit the growth of other bacteria. 
However, some facultative halophiles, such as 
Halobacterium halobium grow in salt lakes, salt flats, 
and other environments where the concentration of 
salts is up to seven times greater than that of the 
oceans. 


When bacteria are placed in hypotonic media with 
concentrations weaker than the inside of the cell, water 
tends to enter by osmosis. The accumulation of this 
water causes the cell to swell and then to burst, a 
process called osmotic lysis. 


Carbon, nitrogen, and other growth factors 


In addition to water and the correct salt balance, 
bacteria also require a wide variety of elements, espe- 
cially carbon, hydrogen, and nitrogen, sulfur and 
phosphorus, potassium, iron, magnesium, and cal- 
cium. Growth factors, such as vitamins and pyrimi- 
dines and purines (the building blocks of DNA), are 
also necessary. 


Carbon is the fundamental building block of all 
the organic compounds needed by living things, 
including nucleic acids, carbohydrates, proteins, and 
fats. 


Chemoheterotrophs are bacteria that use organic 
compounds such as proteins, carbohydrates, and lipids 
as their carbon source, and which use electrons from 
organic compounds as their energy source. Most bac- 
teria (as well as all fungi, protozoans and animals) are 
chemoheterotrophs. Chemoautotrophs (for example 
hydrogen, sulfur, iron, and nitrifying bacteria) use car- 
bon dioxide as their carbon source and electrons from 
inorganic compounds as their energy source. 


Saprophytes are heterotrophs that obtain their car- 
bon from decaying dead organic matter. Many different 
soil bacteria release plant nitrogen as ammonia (ammo- 
nification). Other bacteria, the Nitrosomonas, convert 
ammonia to nitrite, while Nitrobacter convert nitrite 
to nitrate. Other bacteria, especially Pseudomonas, con- 
vert nitrate to nitrogen gas. These bacteria complement 
the activity of nitrogen-fixing bacteria (for example, 
Rhizobium), which fix nitrogen from the atmosphere 
and make it available to leguminous plants, and 
Azotobacter, which are also found in fresh and marine 
waters. Together, the activity of these bacteria underlies 
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the nitrogen cycle, by which the gas is taken up by living 
organisms, used to make proteins and other organic 
compounds, returned to the soil during decay, then 
released into the atmosphere to be reused by living 
things. 


Phototrophs use light as their primary source 
of energy, but may differ in their carbon sources. 
Photoheterotrophs (purple nonsulfur and green non- 
sulfur bacteria) use organic compounds as their carbon 
source, while photoautotrophs (for example, photosyn- 
thetic green sulfur and purple sulfur bacteria) use 
carbon dioxide as a source of carbon. 


Aerobic and anaerobic bacteria 


Oxygen may or may not be a requirement for a 
particular species of bacteria, depending on the type of 
metabolism used to extract energy from food (aerobic 
or anaerobic). In all cases, the initial breakdown of 
glucose to pyruvic acid occurs during glycolysis, which 
produces a net gain of two molecules of the energy- 
rich moleculeadenosine triphosphate (ATP). 


Aerobic bacteria use oxygen to break down 
pyruvic acid, releasing much more ATP than is pro- 
duced during glycolysis during the process known as 
aerobic respiration. In addition, aerobic bacteria have 
enzymes such as superoxide dismutase capable of 
breaking down toxic forms of oxygen, such as super- 
oxide free radicals, which are also formed by aerobic 
respiration. 


During aerobic respiration, enzymes remove elec- 
trons from the organic substrate and transfer them to 
the electron transport chain, which is located in the 
membrane of the mitochondrion. The electrons are 
transferred along a chain of electron carrier molecules. 
At the final transfer position, the electrons combine 
with atoms of oxygen—the final electron acceptor— 
which in turn combines with protons (H *) to produce 
water molecules. Energy, in the form of ATP, is also 
made here. Along the chain of electron carriers, 
protons that are pumped across the mitochondrial 
membrane re-enter the mitochondrion. This flow of 
electrons across the membrane fuels oxidative phos- 
phorylation, the chemical reaction that adds a phos- 
phate group to adenosine diphosphate (ADP) to 
produce ATP. 


Obligate aerobes must have oxygen in order to 
live. Facultative aerobes can also exist in the absence 
of oxygen by using fermentation or anaerobic respira- 
tion. Anaerobic respiration and fermentation occur in 
the absence of oxygen, and produce substantially less 
ATP than aerobic respiration. 
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Anaerobic bacteria use inorganic substances other 
than oxygen as a final electron acceptor. For example, 
Pseudomonas and Bacillus reduce nitrate ion (NO3 ) to 
nitrite ion (NO), nitrous oxide (N2O) or nitrogen gas 
(N2). Clostridium species, which include those that 
cause tetanus and botulism, are obligate anaerobes. 
That is, they are not only unable to use molecular 
oxygen to produce ATP, but are harmed by toxic 
forms of oxygen formed during aerobic respiration. 
Unlike aerobic bacteria, obligate anaerobes lack the 
ability synthesize enzymes to neutralize these toxic 
forms of oxygen. 


The role of bacteria in fermentation 


Fermentation bacteria are anaerobic, but use 
organic molecules as their final electron acceptor to 
produce fermentation end-products. Streptococcus, 
Lactobacillus, and Bacillus, for example, produce lactic 
acid, while Escherichia and Salmonella produce etha- 
nol, lactic acid, succinic acid, acetic acid, CO», and H>. 


Fermenting bacteria have characteristic sugar 
fermentation patterns, i.e., they can metabolize some 
sugars but not others. For example, Neisseria menin- 
gitidis ferments glucose and maltose, but not sucrose 
and lactose, while Neisseria gonorrhoea ferments 
glucose, but not maltose, sucrose or lactose. Such 
fermentation patterns can be used to identify and 
classify bacteria. 


During the 1860s, the French microbiologist 
Louis Pasteur (1822-95) studied fermenting bacteria. 
He demonstrated that fermenting bacteria could 
contaminate wine and beer during manufacturing, 
turning the alcohol produced by yeast into acetic 
acid (vinegar). Pasteur also showed that heating the 
beer and wine to kill the bacteria preserved the flavor 
of these beverages. The process of heating, now called 
pasteurization in his honor, is still used to kill bacteria 
in some alcoholic beverages, as well as milk. 


Pasteur described the spoilage by bacteria of alco- 
hol during fermentation as being a “disease” of wine 
and beer. His work was thus vital to the later idea that 
human diseases could also be caused by microorgan- 
isms, and that heating can destroy them. 


Identifying and classifying bacteria 


The most fundamental technique for classifying 
bacteria is the gram stain, developed in 1884 by 
Danish scientist Christian Gram (1853-1938). It is 
called a differential stain because it differentiates 
among bacteria and can be used to distinguish 
among them, based on differences in their cell wall. 
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In this procedure, bacteria are first stained with 
crystal violet, then treated with a mordant—a solution 
that fixes the stain inside the cell (e.g., iodine-KI 
mixture). The bacteria are then washed with a decolor- 
izing agent, such as alcohol, and counterstained with 
safranin, a light red dye. 


The walls of gram-positive bacteria (for example, 
Staphylococcus aureus) have more peptidoglycans 
(the large molecular network of repeating disacchar- 
ides attached to chains of four or five amino acids) 
than do gram-negative bacteria. Thus, gram-positive 
bacteria retain the original violet dye and cannot be 
counterstained. 


Gram-negative bacteria (e.g., Escherichia coli) 
have thinner walls, containing an outer layer of 
lipopolysaccharide, which is disrupted by the alcohol 
wash. This permits the original dye to escape, allowing 
the cell to take up the second dye, or counterstain. 
Thus, gram-positive bacteria stain violet, and gram- 
negative bacteria stain pink. 


The gram stain works best on young, growing 
populations of bacteria, and can be inconsistent in 
older populations maintained in the laboratory. 


Microbiologists have accumulated and organized 
the known characteristics of different bacteria in a 
reference book called Bergey’s Manual of Systematic 
Bacteriology (the first edition of which was written 
primarily by David Hendricks Bergey of the 
University of Pennsylvania in 1923). 


The identification schemes of Bergey’s Manual are 
based on morphology (e.g., coccus, bacillus), staining 
(gram-positive or negative), cell wall composition 
(e.g., presence or absence of peptidoglycan), oxygen 
requirements (e.g., aerobic, facultatively anaerobic) 
and biochemical tests (e.g., which sugars are aerobi- 
cally metabolized or fermented). 


In addition to the gram stain, other stains include 
the acid-fast stain, used to distinguish Mycobacterium 
species (for example, Mycobacterium tuberculosis, the 
cause of tuberculosis); endospore stain, used to detect 
the presence of endospores; negative stain, used to 
demonstrate the presence of capsules; and flagella 
stain, used to demonstrate the presence of flagella. 


Another important identification technique is 
based on the principles of antigenicity—the ability to 
stimulate the formation of antibodies by the immune 
system. Commercially available solutions of antibod- 
ies against specific bacteria (antisera) are used to iden- 
tify unknown organisms in a procedure called a slide 
agglutination test. A sample of unknown bacteria in a 
drop of saline is mixed with antisera that has been 
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raised against a known species of bacteria. If the anti- 
sera causes the unknown bacteria to clump (aggluti- 
nate), then the test positively identifies the bacteria as 
being identical to that against which the antisera was 
raised. The test can also be used to distinguish between 
strains, slightly different bacteria belonging to the 
same species. 


Phage typing, like serological testing, identifies 
bacteria according to their response to the test agent, 
in this case viruses. Phages are viruses that infect 
specific bacteria. Bacterial susceptibility to phages is 
determined by growing bacteria on an agar plate, to 
which solutions of phages that infect only a specific 
species of bacteria are added. Areas that are devoid of 
visible bacterial growth following incubation of the 
plate represent organisms susceptible to the specific 
phages. 


Because a specific bacterium might be susceptible 
to infection by two or more different phages, it may 
be necessary to perform several tests to definitively 
identify a specific bacterium. 


The evolutionary relatedness of different species 
can also be determined by laboratory analysis. For 
example, analysis of the amino acid sequences of pro- 
teins from different bacteria disclose how similar the 
proteins are. In turn, this reflects the similarity of the 
genes coding for these proteins. 


Protein analysis compares the similarity or extent 
of differences between the entire set of protein products 
of each bacterium. Using a technique called electro- 
phoresis, the entire set of proteins of each bacterium 
is separated according to size by an electrical charge 
applied across gel. The patterns produced when the gel 
is stained to show the separate bands of proteins 
reflects the genetic makeup, and relatedness, of the 
bacteria. 


The powerful techniques of molecular biology 
have given bacteriologists other tools to determine 
the identity and relatedness of bacteria. 


Taxonomists interested in studying the related- 
ness of bacteria compare the ratio of nucleic acid 
base pairs in the DNA of microorganisms, that is, 
the number of guanosine-cytosine pairs (G-C pairs) 
in the DNA. Because each guanosine on a double- 
stranded molecule of DNA has a complementary cyto- 
sine on the opposite strand, comparing the number of 
G-C pairs in one bacterium, with that in another 
bacterium, provides evidence for the extent of their 
relatedness. 


Determining the percentage of G-C pairs making 
up the DNA also discloses the percentage of 
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adenosine-thymine (A-T)—the other pair of comple- 
mentary nucleic acids making up DNA (100% — 
[ % G-C] = % A-T). 

The closer the two percentages are, the more 
closely related the bacteria may be, although other 
lines of evidence are needed to make a definitive deter- 
mination regarding relationships. 


The principle of complementarity is also used to 
identify bacteria by means of nucleic acid hybridiza- 
tion. The technique assumes that if two bacteria are 
closely related, they will have long stretches of identi- 
cal DNA. First, one bacterium’s DNA is isolated and 
gently heated to break the bonds between the two 
complementary strands. Specially prepared DNA 
probes representing short segments of the other organ- 
ism’s DNA are added to this solution of single- 
stranded DNA. The greater degree to which the 
probes combine with (hybridize) complementary 
stretches of the single stranded DNA, the greater the 
relatedness of the two organisms. 


In addition to helping bacteriologists better clas- 
sify bacteria, the various laboratory tests are valuable 
tools for identifying disease-causing organisms. This is 
especially important when physicians must determine 
which antibiotic or other medication to use to treat an 
infection. 


Bacteria and disease 


The medical community did not accept the con- 
cept that bacteria can cause disease until well into the 
nineteenth century. Joseph Lister (1827-1912), an 
English surgeon, applied the so-called “germ theory” 
to medical practice in the 1860s. Lister soaked surgical 
dressing in carbolic acid (phenol), which reduced the 
rate of post-surgical infections so dramatically that the 
practice spread. 


In 1876, the German physician Robert Koch 
(1843-1910) identified Bacillus anthracis as the cause 
of anthrax, and in so doing, developed a series of labo- 
ratory procedures for proving that a specific organism 
can cause a specific disease. These procedures, called 
Koch’s postulates, are still generally valid. Briefly, they 
state that, to prove an organism causes a specific 
disease, the investigator must systematically: 


- find the same pathogenic microorganism in every 
case of the disease; 


- isolate the pathogen from the diseased patient or 
experimental animal and grow it in pure culture; 


- demonstrate that the pathogen from the pure culture 
causes the disease when it is injected into a healthy 
laboratory animal, and; 
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- isolate the pathogen from the inoculated animal and 
demonstrate that it is the original organism injected 
into the animal. 


The ability to isolate, study, and identify bacteria 
has greatly enhanced the understanding of their dis- 
ease-causing role in humans and animals, and the 
subsequent development of treatments. Part of that 
understanding derives from the realization that since 
bacteria are ubiquitous and are found in large num- 
bers in and on humans, they can cause a wide variety 
of diseases. 


The skin and the nervous, cardiovascular, respi- 
ratory, digestive, and genitourinary systems are com- 
mon sites of bacterial infections, as are the eyes and 
ears. 


The skin is the body’s first line of defense against 
infection by bacteria and other microorganisms, 
although it supports enormous numbers of bacteria 
itself, especially Staphylococcus and Streptococcus 
species. Sometimes these bacteria are only dangerous 
if they enter a break in the skin or invade a wound, for 
example, the potentially fatal staphylococcal toxic 
shock syndrome. Among other common bacterial 
skin ailments are acne, caused by Propionibacterium 
acnes and superficial infection of the outer ear canal, 
caused by Pseudomonas aeruginosa. 


Among the neurological diseases are meningitis, 
an inflammation of the brain’s membranes caused by 
Neisseria meningitidis and Hemophilus influenzae. 


Many medically important bacteria produce tox- 
ins, poisonous substances that have effects in specific 
areas of the body. Exotoxins are proteins produced 
during bacterial growth and metabolism and released 
into the environment. Most of these toxin-producing 
bacteria are gram positive. 


Among the gram positive toxin-producing bacte- 
ria are Clostridium tetani, which causes tetanus, an 
often fatal paralytic disease of muscles; Clostridium 
botulinum, which causes botulism, a form of poten- 
tially lethal food poisoning; and Staphylococcus aur- 
eus, which also causes a form of food poisoning 
(gastroenteritis). 


Most gram-negative bacteria (for example, 
Salmonella typhi, the cause of typhoid fever) produce 
endotoxins, toxins that are part of the bacterial cell 
wall. 


As the role of bacteria in causing disease became 
understood, entire industries developed that addressed 
the public health issues of these diseases. 


As far back as 1810, the French confectioner 
Nicholas Appert (1750-1841) proved that food stored 


GALE ENCYCLOPEDIA OF SCIENCE 4 


in glass bottles and heated to high temperatures could 
be stored for long periods of time without spoiling. 
Appert developed tables that instructed how long such 
containers should be boiled, depending upon the type 
of food and size of the container. Today, the food 
preservation industry includes not only canning, but 
also freezing and freeze-drying. An important benefit 
to food preservation is the ability to destroy poten- 
tially lethal contamination by Clostridium botulinum 
spores. 


Even as concepts of prevention of bacterial dis- 
eases were being developed, scientists were looking for 
specific treatments. Early in the twentieth century, the 
German medical researcher Paul Ehrlich (1854-1915) 
theorized about producing a “magic bullet” that 
would destroy pathogenic organisms without harming 
the host. 


In 1928, the discovery by Scottish bacteriologist 
Alexander Fleming (1881-1955) that the mold 
Penicillium notatum inhibited growth of Staphylococcus 
aureus ushered in the age of antibiotics. Subsequently, 
English scientists Howard Florey (1898-1968) and Ernst 
Chain (1906-79), working at Oxford University in 
England, demonstrated the usefulness of penicillin, the 
antibacterial substance isolated from P. notatum in halt- 
ing growth of this bacterium. This inhibitory effect of 
penicillin on bacteria is an example of antibiosis, and 
from this term is derived the word antibiotic, which 
refers to a substance produced by microorganisms that 
inhibits other microorganisms. 


Beginning in the 1930s, the development of syn- 
thetic antibacterial compounds called sulfa drugs fur- 
ther stimulated the field of antibacterial drug research. 
The many different anti-bacterial drugs available 
today work in a variety of ways, such as the inhibition 
of synthesis of cell walls, of proteins, or of DNA 
or RNA. 


As of 2006 medical science and the multi-billion 
dollar pharmaceutical industry are facing the problem 
of bacterial resistance to drugs, even as genetically 
engineered bacteria are being used to produce impor- 
tant medications for humans. 


Bacterial adaptation 


Bacteria have been designed to be adaptable. 
Their surrounding layers and the genetic information 
for these and other structures associated with a bacte- 
rium are capable of alteration. Some alterations are 
reversible, disappearing when the particular pressure 
is lifted. Other alterations are maintained and can even 
be passed on to succeeding generations of bacteria. 
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The first antibiotic was discovered in 1929. Since 
then, a myriad of naturally occurring and chemically 
synthesized antibiotics have been used to control bac- 
teria. Introduction of an antibiotic is frequently fol- 
lowed by the development of resistance to the agent. 
Resistance is an example of the adaptation of the 
bacteria to the antibacterial agent. 


Antibiotic resistance can develop swiftly. For 
example, resistance to penicillin (the first antibiotic 
discovered) was recognized almost immediately after 
introduction of the drug. As of the mid-1990s, almost 
80% of all strains of Staphylococcus aureus were 
resistant to penicillin. Meanwhile, other bacteria 
remain susceptible to penicillin. An example is pro- 
vided by Group A Streptococcus pyogenes, another 
gram-positive bacteria. 


The adaptation of bacteria to an antibacterial 
agent such as an antibiotic can occur in two ways. 
The first method is known as inherent (or natural) 
resistance. Gram-negative bacteria are often naturally 
resistant to penicillin, for example. This is because 
these bacteria have another outer membrane, which 
makes the penetration of penicillin to its target more 
difficult. Sometimes when bacteria acquire resistance 
to an antibacterial agent, the cause is a membrane 
alteration that has made the passage of the molecule 
into the cell more difficult. 


The second category of adaptive resistance is 
called acquired resistance. This resistance is almost 
always due to a change in the genetic make-up of the 
bacterial genome. Acquired resistance can occur 
because of mutation or as a response by the bacteria 
to the selective pressure imposed by the antibacterial 
agent. Once the genetic alteration that confers resist- 
ance is present, it can be passed on to subsequent 
generations. Acquired adaptation and resistance of 
bacteria to some clinically important antibiotics has 
become a great problem in the last decade of the 
twentieth century. 


Bacteria adapt to other environmental conditions 
as well. These include adaptations to changes in tem- 
perature, pH, concentrations of ions such as sodium, 
and the nature of the surrounding support. An exam- 
ple of the latter is the response shown by Vibrio para- 
haemolyticus to growth in a watery environment 
versus a more viscous environment. In the more vis- 
cous setting, the bacteria adapt by forming what are 
called swarmer cells. These cells adopt a different 
means of movement, which is more efficient for mov- 
ing over a more solid surface. This adaptation is under 
tight genetic control, involving the expression of mul- 
tiple genes. 
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Bacteria react to a sudden change in their environ- 
ment by expressing or repressing the expression of a 
whole lost of genes. This response changes the proper- 
ties of both the interior of the organism and its surface 
chemistry. A well-known example of this adaptation is 
the so-called heat shock response of Escherichia coli. 
The name derives from the fact that the response was 
first observed in bacteria suddenly shifted to a higher 
growth temperature. 


One of the adaptations in the surface chemistry of 
Gram-negative bacteria is the alteration of a molecule 
called lipopolysaccharide. Depending on the growth 
conditions or whether the bacteria are growing on an 
artificial growth medium or inside a human, as exam- 
ples, the lipopolysaccharide chemistry can become 
more or less water-repellent. These changes can pro- 
foundly affect the ability of antibacterial agents or 
immune components to kill the bacteria. 


Another adaptation exhibited by Vibrio parahae- 
molyticus, and a great many other bacteria as well, is 
the formation of adherent populations on solid surfa- 
ces. This mode of growth is called a biofilm. Adoption 
of a biofilm mode of growth induces a myriad of 
changes, many involving the expression of previously 
unexpressed genes. In addition, de-activation of 
actively expressing genes can occur. Furthermore, 
the pattern of gene expression may not be uniform 
throughout the biofilm. Bacteria within a biofilm 
and bacteria found in other niches, such as in a 
wound where oxygen is limited, grow and divide at a 
far slower speed than the bacteria found in the test 
tube in the laboratory. Such bacteria are able to adapt 
to the slower growth rate, once again by changing their 
chemistry and gene expression pattern. 


A further example of adaptation is the phenom- 
enon of chemotaxis, whereby a bacterium can sense 
the chemical composition of the environment and 
either moves toward an attractive compound, or shifts 
direction and moves away from a compound sensed as 
being detrimental. Chemotaxis is controlled by more 
than 40 genes that code for the production of compo- 
nents of the flagella that propels the bacterium along, 
for sensory receptor proteins in the membrane, and for 
components that are involved in signaling a bacterium 
to move toward or away from a compound. The adap- 
tation involved in the chemotactic response must have 
a memory component, because the concentration of a 
compound at one moment in time must be compared 
to the concentration a few moments later. 


See also Antisepsis; Biodegradable substances; 
Biodiversity; Composting; Microbial genetics; Origin 
of life; Water microbiology; Nitrogen fixation. 
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Capsule—A viscous, gelatinous polymer composed 
either of polysaccharide, polypeptide, or both, that 
surrounds the surface of some bacteria cells. 
Capsules increase the disease-causing ability (viru- 
lence) of bacteria by inhibiting immune system cells 
called phagocytes from engulfing them. 


Death phase—Stage of bacterial growth when the 
rate of cell deaths exceeds the number of new cells 
formed and the population equilibrium shifts to a net 
reduction in numbers. The population may diminish 
until only a few cells remain, or the population may 
die out entirely. 


Exotoxins—Toxic proteins produced during bacte- 
rial growth and metabolism and released into the 
environment. 


Fimbriae—Short, hairlike, proteinaceous projections 
that may arise at the ends of the bacterial cell or over 
the entire surface. These projections let the bacteria 
adhere to surfaces. 


Gram staining—A method for classifying bacteria, 
developed in 1884 by Danish scientist Christian 
Gram, which is based upon a bacterium’s ability or 
inability to retain a purple dye. 
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l Bacteriophage 


Bacteriophage (also known as phages) are viruses 
that target and infect only bacterial cells. The first obser- 
vation of what turned out to be bacteriophage was made 
in 1896. Almost twenty years later, the British bacteri- 
ologist Frederick Twort (1877-1950) demonstrated 
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Koch’s postulates—A series of laboratory proce- 
dures, developed by German physician Robert 
Koch in the late nineteenth century, for proving that 
a specific organism cause a specific disease. 

Lag phase—Stage of bacterial growth in which met- 
abolic activity occurs but no growth. 


Log phase—Stage of bacterial growth when meta- 
bolic activity is most intense and cell reproduction 
exceeds cell death. Also known as exponential phase. 
Phage typing—A method for identifying bacteria 
according to their response to bacteriophages, 
which are viruses that infect specific bacteria. 


Pili—Proteinaceous projections that occur singly or 
in pairs and join pairs of bacteria together, facilitat- 
ing transfer of DNA between them. 


Spirochetes—Spiral-shaped bacteria which live in 
contaminated water, sewage, soil and decaying 
organic matter, as well as inside humans and 
animals. 


Stationary phase—Stage of bacterial growth in 
which the growth rate slows and the production of 
new cells equals the rate of cell death. 


that an unknown microorganism that could pass 
through a filter that excluded bacteria was capable of 
destroying bacteria. He did not explore this finding in 
detail, however. In 1915, the French Canadian micro- 
biologist Felix d’Herelle observed the same result, and 
named the microorganism bacteriophage (bacteria 
eater, from the Greek phago, meaning to eat). 


Many types of bacteriophage have been identified 
since their discovery in 1915, and they are named 
according to the type of bacteria they infect. For 
example, staphylophages are specific viruses of the 
staphylococcal bacteria, and coliphages specifically 
infect coliform bacteria. 


Bacteriophage are the most thoroughly studied 
and well-understood viruses. They occur frequently in 
nature, carry out similar biological functions as other 
viruses, yet do not target human cells for infection. 
Phages have proven to be a valuable scientific research 
tool for a variety of applications: as models for the 
study of viral infectious mechanisms, as tools of bio- 
technology that introduce new genes into bacterial 
cells, and as potential treatments for human bacterial 
infection. For example, the experiments that lead to the 
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Bacteriophage 


Colored transmission electron micrograph of a T4 
bacteriophage virus. (© Department of Microbiology, 
Biozentrum/Science Photo Library/Photo Researchers, Inc.) 


discovery of messenger ribonucleic acid, one of the keys 
to the manufacture of protein in bacteria, viruses, and 
even cells found in humans, were accomplished using a 
bacteriophage. Another example is the bacteriophage 
designated T4, which specifically infects the bacterium 
Escherichia coli. T4 has been a cornerstone of molec- 
ular biology; studies of the way T4 makes new copies of 
itself has revealed a great deal of information about 
bacteriophage genetics and the regulation of the expres- 
sion the gene viral genetic material. Additionally, 
another bacteriophage, called lambda, has been funda- 
mentally important to molecular biology as a model 
system for gene regulation and as a means of moving 
genetic material from one bacterium to another. 


Bacteriophage structure 


Bacteriophage have different three-dimensional 
shapes (or morphologies). Those that are known as 
T-even phages (i.e., T2, T4, and T6) have a shape 
similar to the Apollo spacecraft that landed on the 
Moon in the 1960s. These phages have a head that 
has a slightly spherical shape called an icosahedron. 
A tube connects the head to spider-like supporting legs. 
This overall shape is vital to the way T-even bacterio- 
phage deliver their payload of genetic material into a 
bacterial cell. Once on the surface on a bacterium, the 
tube portion of the phage contracts, and the phage acts 
like microscopic hypodermic needles, literally injecting 
the genetic material into the bacterium. 


Other bacteriophage can be spherical (e.g., PhiX174, 
S13) or long and threadlike (e.g., M13). 


Structurally, bacteriophage, like most viruses, are 
composed of a protein coat surrounding a core contain- 
ing DNA (deoxyribonucleic acid) or RNA (ribonucleic 
acid), though many variations on this basic design exist. 
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The bacteria these viruses infect often measure about 
one micron in diameter (a micron is one thousandth of 
a millimeter) and the phages themselves may be as small 
as twenty-five thousandths of a micron. Bacteriophage 
infect their hosts by binding to the wall of the bacterial 
cell. The wall is perforated by enzyme action and phage 
DNA is injected into the cell. The genetic machinery of 
the cell is altered to make more bacteriophage DNA. 
Ultimately, the host cell dies when phage copies accu- 
mulate to the point of lysing (bursting) the cell mem- 
brane and releasing the phages, which go forth and 
continue the cycle. 


Phages as valuable molecular tools 


Much of what has been learned about the mecha- 
nisms of viral infection in general has been discerned 
through the study of bacteriophage. They have proved 
to be valuable molecular tools for biotechnology, as 
they can be used as vehicles to move genetic material 
from one organism into another organism. 


It is through this revolutionary use of phages 
to introduce foreign DNA into new cells that human 
insulin was first safely and cheaply produced. In a 
process called lateral gene transfer, genes from one 
source are transplanted into a different living cell 
so that they will give the different cell a new character- 
istic (found in the first cell). For example, specific 
human genes are implanted in bacterial cells with the 
aid of phages that allow bacterial cells to produce 
human insulin and other valuable protein products 
in great purity and quantity. Lateral gene transfer 
has given a new, human characteristic to bacterial 
cells. Bacteriophage act as the deliverers of transferred 
genes. 


Today, bacteriophage used to inject DNA into 
host cells for research or biotechnology can be “man- 
ufactured” in test tubes. Kits containing bacterio- 
phage proteins and structural components are used 
to create intact phages from pieces that spontaneously 
self-assemble under the right chemical conditions. In 
this way, scientists can customize bacteriphage and the 
DNA they contain for many uses. 


Additionally, bacteriophage are only now begin- 
ning to fulfill the dream of Felix d’Herelle, in combat- 
ing infection in humans and animals. The medical 
potential of many bacteriophage is great as a treat- 
ment for blood infection and meningitis for example, 
along with a host of bacterial infections increasingly 
resistant to antibiotics. 


Bacteriophage therapy is also being explored as a 
means of curbing bacterial diseases without the use of 
antibiotics. While antibiotic resistance is possible and, 
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KEY TERMS 


Bacteriophage—A virus that infects bacteria. 
Icosahedron—A 20-sided polyhedron. 


indeed, is occurring at greater frequency over time, 
resistance to bacteriophages is remote. Originally 
explored at the Eliava Institute of Bacteriophage, 
Microbiology, and Virology in the Russian Republic 
of Georgia over 70 years ago, bacteriophage therapy 
fell into disfavor. However, research interest was re- 
kindled in the 1990s. As of 2006, bacteriophage ther- 
apy still remains experimental. However, its benefits 
and potential are promising. 


See also Ebola virus; Epstein-Barr virus; Retrovirus. 
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l Badgers 


Badgers are eight species of robust, burrowing 
carnivores in the subfamily Melinae of the family 
Mustelidae, which also includes weasels, mink, marten, 
otters, and skunks. There are eight species of badgers, 
distributed among six genera. 


Badgers have a strong, sturdy body, with short, 
powerful, strong-clawed legs, and a short tail. The 
head is slender and triangular. The fur of badgers is 
largely composed of long, stiff, rather thin guard hairs, 
with relatively little underfur. Badgers are fossorial 
animals, meaning they are enthusiastic diggers, often 
constructing substantial den complexes, usually in 
sandy ground. Badgers are generally crepuscular, 
being active at dusk, night, and dawn. Badgers are 
strong, tough animals, and can readily defend them- 
selves against all but the largest predators. 
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The American badger 


The American or prairie badger (Taxidea taxus) is 
widespread in the prairies and savannas of western 
North America. It is a stout-bodied and stubby-tailed 
animal with strong front legs armed with long, sturdy 
claws useful for digging and shorter-clawed hind legs. 
The primary color of the fur is grayish to brownish red, 
with a black or dark-brown snout and feet, and bright 
white markings on the face and top of the head, extend- 
ing over the front of the back. The hair is longest on the 
sides of the animal, which accentuates its rather com- 
pressed appearance. Males are somewhat larger than 
females, and can be as long as about 3 ft [1 m] (body 
plus the tail) and weigh as much as 22 Ib (10 kg). 


The American badger is a solitary animal during 
most of the year, coming together only during the 
breeding season. This species is highly fossorial, and 
it digs numerous dens. The dens may be used for 
breeding by successive generations of animals and 
can be complicated assemblages of tunnels, access 
holes, and chambers. The sleeping chambers are com- 
fortably lined with grassy hay, which is renewed fre- 
quently for cleanliness. However, individual badgers 
may change their dens rather frequently, sometimes 
moving around and digging new holes over a rather 
extensive area. Defecation occurs in holes dug above- 
ground, which are then covered up. Badgers in north- 
ern and alpine parts of the species’ range will hibernate 
during the winter, but more southerly populations are 
active throughout the year. American badgers scent- 
mark their territory, using secretions from a pair of 
anal glands. 


The American badger is primarily a carnivore, 
catching its own prey or scavenging dead animals. 
However, it also feeds on plant materials. Prey species 
include rabbits, ground squirrels, small mammals such 
as mice and voles, ground-nesting birds, earthworms, 
snails, and insects. Foraging can occur at any time of 
day, but most commonly in the late afternoon to dusk. 
Burrowing prey are excavated by vigorous, extensive 
digging. Baby badgers are born in the early spring, and 
they disperse from the natal den in the following 
autumn. 


The American badger has a relatively dense and 
lustrous fur, which in the past was of commercial value, 
mostly for use as a fur trim and also for the manufac- 
turing of shaving brushes. The American badger 
is considered by some farmers and ranchers to be a 
pest, primarily because its access holes can represent a 
leg-breaking hazard to large livestock. Consequently, 
this species has been excessively trapped and poisoned 
in many areas, greatly reducing the extent and 
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Badgers 


A badger at its den hole. (Jess R. Lee. The National Audubon Society Collection/Photo Researchers, Inc.) 


abundance of its wild populations. Attempts have been 
made to cultivate American badgers on fur farms, but 
these did not prove successful. 


Other species of badgers 


The natural range of the Eurasian badger (Meles 
meles) extends south of the tundra throughout most of 
Europe, Russia, Mongolia, Tibet, China, and Japan. 
The Eurasian badger is primarily a species of forests 
and thick scrub, although it also occurs in relatively 
disturbed habitats, such as parks. The Eurasian badger 
can reach a length of 3 ft (1 m) and a weight of 35 Ib 
(16 kg). It has pronounced white stripes running along 
the head and the forepart of its back, overlying a grayish 
base color. The feet are colored dark brown or black. 


The Eurasian badger digs its den or “set” in open 
sites with sandy soil, using its strong forelegs and 
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stout, sharp claws. The den may be used continuously 
by many generations of animals, and is a complex of 
tunnels, with numerous exits, entrances, ventilation 
holes, sleeping chambers, and even an underground 
toilet area for use by young (adults defecate in outside 
pits). The sleeping areas are lined with a bedding of 
plant materials, which are kept clean by frequent 
renewals. 


The Eurasian badger is monogamous and pairs 
for life, which can be as long as 15 years. This species is 
somewhat gregarious, and several pairs will live in 
harmony in the same complex of burrows. Once the 
young badgers have matured, however, they are 
driven from the natal den. This usually occurs after 
the end of their first winter, when the animals are 
almost one-year old. 


European badgers forage at dusk and during the 
night, although they may also be seen basking during 
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Crepuscular—Refers to animals that are most 
active in the dim light of dawn and dusk, and some- 
times at night as well. 


Fossorial—Refers to animals that spend a great deal 
of time digging and living underground. 


Omnivore—Consumers of a wide range of foods. 


the day. These animals are omnivorous, with plant 
materials comprising about three quarters of the 
food consumed, and hunted and scavenged animals 
the remainder. If they are hand-raised as babies, 
European badgers will become quite tame, but wild- 
caught adults are not tamable. 


The hog-badger (Arctonyx collaris) occurs in hilly, 
tropical and subtropical forests of northern India, 
Nepal, southern China, and Southeast Asia, as far 
south as Indonesian Sumatra. The hog-badger can 
weigh as much as 31 Ib (14 kg), and is an omnivorous, 
nocturnal animal with a pig-like snout. This species 
digs enthusiastically, and climbs well. 


The teludu or Malayan stink badger (Mydaus jav- 
anensis) is a brown animal with a broad, white stripe 
running along its back from the head to the tail. The 
teludu has well-developed anal glands, which can be used 
in a skunk-like fashion to deter potential predators by 
squirting a smelly secretion as far as 5 ft (1.5 m). This 
species occurs on the Malay Peninsula, Borneo, 
Sumatra, and Java. The palawan or calamian stink 
badger (M. marchei) occurs on some Philippine Islands. 


The ferret badgers are various species of relatively 
slender, ferret-like animals, with a long, bushy tail, a 
face mask, and an active and inquisitive demeanor. 
The Chinese ferret badger (Melogale moschata) occurs 
in China and northern Southeast Asia. The Bornean 
or Javan ferret badger (M. orientalis) occurs on the 
Southeast Asian islands of Borneo and Sumatra. The 
Indian ferret badger (M. personata) occurs from east- 
ern India and Nepal to Thailand and Vietnam. Ferret 
badgers live in open forests and savannas, and they 
den in holes dug in the ground or in hollow trees. 
Ferret badgers are predators of small mammals, 
birds, and invertebrates. 
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Baguios see Tropical cyclone 


Baking soda see Sodium bicarbonate 


l Ball bearing 


Ball bearings are defined as a bearing assembly 
(a housing for moving parts) that uses spherical bear- 
ings as the rolling elements. An individual ball bearing 
is defined as a single metal ball for a bearing assembly. 
Ball bearings help reduce friction and improve effi- 
ciency by minimizing the frictional contact between 
machine parts through bearings and lubrication. 


Ball bearings allow rotary or linear movement 
between two surfaces. As the name indicates, a ball 
bearing involves a number of balls, typically steel, 
sandwiched between a spinning inner race (a small 
steel ring with a rounded grove on its outer surface) 
and a stationary outer race (a larger steel ring with a 
rounded grove on its inner surface). These balls are 
held in place by a cage or a retainer. The sides often 
have shield or seal rings to retain the grease or some 
other lubrication and to keep the bearing as clean as 
possible. The area of contact between the balls and the 
moving parts is small, therefore friction and heat is 
low. Bearings based on rolling action are called roll- 
ing-element bearings and contain cylindrical rollers 
instead of balls, but operate on the same principle. 


A bearing can carry loads along its axis of rotation 
or perpendicular to its axis of rotation. Those carrying 
loads along the axis of rotation are referred to as 
thrust bearings. Rolling-element bearings carrying 
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Ballistic missiles 


Chair castor showing ball bearings made of palladium alloys. 
(Robert J. Huffman. FieldMark Publications.) 


loads perpendicular to the rotational axis are called 
radially loaded bearings. 


Ball bearings are generally used for small to 
medium size loads and are suitable for high speed 
operation. The type of bearing used is dependent on 
the application. An engineer will evaluate a bearing 
based on load, speed, and required life expectancy 
under specified conditions. Friction, start-up torque, 
ability to withstand impact or harsh environments, 
rigidity, size, cost, and complexity also are important 
design considerations. 


Some of the different types of bearing include: 


- The rigid single row or radial ball bearing, probably 
the most widely used, is designed so that balls run 
in comparatively deep grooved tracks, which make 
the bearing suitable for both radial and axial 
loads. Sealed versions are lubricated for life and are 
maintenance-free. 
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- A rigid single row bearing with filling slots for balls 
contain more balls than the standard. This allows it to 
withstand heavier radial loads but only limited thrust. 


- Rigid double row bearings are good for heavy radial 
loads and provide greater rigidity. 


+ Double row bearings appear in a wide variety of 
applications, ranging from electric motors and cen- 
trifugal pumps to electromagnetic clutches. 


- The self-aligning bearing has two rows of balls with a 
common sphered raceway in the outer ring. This 
feature gives the bearings their self-aligning prop- 
erty, permitting angular misalignment of the shaft 
with respect to the housing. 


- The angular-contact bearing has one side of the 
outer-race groove cut away to allow the insertion of 
more balls, which enables the bearing to carry large 
axial loads in one direction only. Such bearings are 
usually used in pairs so that high axial loads can be 
carried in both directions. 


Miniature ball bearings are particular useful for 
the automotive industry for anti-lock braking systems. 
These systems use a variety of precision small bearings 
in electric motors. Other applications include throttle 
assembly, cooling fans, and idle control motors. 


For the future application in nanotechnology, a 
team of scientists from the Weizmann Institute of 
Science in Rehovot, Israel, are developing molecular 
ball bearings from tungsten disulfide. 
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! Ballistic missiles 


Any missile that lofts an explosive which descends 
to its target as a ballistic projectile—that is, solely 
under the influence of gravity and aerodynamics—is 
a ballistic missile. Missiles that do not deliver a free- 
falling payload, such as cruise missiles (which fly to 
their targets as powered robotic airplanes), are not 
ballistic missiles. 
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A ballistic missile has two basic components: a 
package containing guidance systems and explosives 
(the payload), and the rocket that lofts the payload 
into the upper atmosphere or into space (the booster). 
Ballistic missiles travel rapidly; a long-range ballistic 
missile can fly to the far side of the world in about 30 
minutes. Because they give so little advance warning 
and deliver small, fast-moving payloads that may con- 
tain nuclear weapons capable of destroying entire 
cities, ballistic weapons are both highly destructive 
and difficult to defend against. 


Categories of ballistic missile 


With the exception of submarine-launched ballistic 
missiles (SLBMs), ballistic missiles are categorized 
according to range. Five commonly-accepted categories 
of ballistic missile, with their associated ranges, are as 
follows: (1) battlefield short range ballistic missiles 
(BSRMBs: <93 mi [150 km]); (2) short range ballistic 
missiles (SRBMs: 93-497 mi [150-800 km]), (3) medium 
range ballistic missiles (MRBMs: 497-1,490 mi [800— 
2,400 km]), (4) intermediate range ballistic missiles 
(IRBMs: 1,490-3416 mi [2,400-5,500 km]), and (5) 
intercontinental range ballistic missiles (ICBMs: > 
3,416 mi [> 5,500 km)). 


Alternatively, the U.S. Department of Defense 
defines ballistic missiles with ranges less than 683 mi 
(1,100 km) as SRBMs, those with ranges between 683 
and 1,708 mi (1,100—2,750 km) as MRBMs, those with 
ranges between 1,708 and 3,416 mi (1,100—5,500 km) 
as IRBMs. 


Ballistic missiles can be launched from submar- 
ines, silos (i.e., vertical underground tubes), ships, or 
trailers. All ballistic missiles launched from submar- 
ines, regardless of range, are categorized as SLBMs; 
modern SLBMs have ranges comparable to those of 
ICBMs. The purpose of mounting ballistic missiles on 
submarines is to make them secure from attack. 
Modern missile submarines, such as those in the U.S. 
Trident class, are difficult to locate and can launch 
their missiles without surfacing. 


Ballistic missile function 


The flight of a ballistic missile can be divided into 
three phases: boost phase, cruise phase, and descent 
(terminal) phase. Boost phase begins with the ignition 
of the missile’s booster rocket. The booster lofts the 
missile at a steep angle, imparting a high speed to the 
payload before burning out. The payload and booster 
then separate, beginning the cruise phase. The spent 
booster falls back to Earth while the payload, starting 
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to lose speed, continues to gain altitude. If the missile 
is sufficiently long-range, its payload rises above 
the Earth’s atmosphere during cruise phase, where it 
jettisons its aerodynamic protective shroud and arcs 
under the influence of gravity. The payload may be 
a single cone-shaped warhead or a flat “bus” with 
several warheads attached to it like upside-down 
ice-cream cones arranged circularly on a plate. 


Individual warheads are not propelled downward 
toward their targets on the ground, but follow ballistic 
paths determined by gravity and aerodynamics, gain- 
ing speed as they lose altitude. Modern reentry 
vehicles usually feature small external fins or other 
steering devices that enable them to control their 
course, within limits, as they fall through the atmos- 
phere; though such maneuverable reentry vehicles 
(MARYs) are not, strictly speaking, ballistic objects, 
missiles delivering them are still termed “ballistic” 
missiles for convenience. Maneuverability increases 
accuracy; a modern MARV delivered by ICBM or 
SLBM can land within a few hundred feet of its target 
after a journey of thousands of miles. Warheads may 
explode in the air high above their targets, on the 
surface, or under the surface after striking into the 
ground. 


Boosters 


The booster rockets of early ballistic missiles were 
powered by liquid fuels. A liquid-fuel rocket carries 
fuel (hydrazine, liquid hydrogen, or other) and liquid 
oxygen in tanks. Pressurized streams of fuel and oxy- 
gen are mixed and ignited at the top of a bell-shaped 
chamber: hot, expanding gases rush out of the open 
end of the bell, imparting momentum to the rocket in 
the opposite direction. Liquid fuels are unwieldy, as 
they must be maintained at low temperatures and may 
leak fuel or oxygen from tanks, pipes, valves, or 
pumps. Early U.S. ICBMs such as the Atlas and 
Titan I required several hours of above-ground prep- 
aration, including fueling, before they could be 
launched. 


Since the late 1950s, ballistic-missile design has 
concentrated on solid-fuel boosters, which require 
less maintenance and launch preparation time and 
are more reliable because they contain fewer moving 
parts. Solid-fuel rockets contain long, hollow-core 
casts of a fuel mixture that, once ignited, burn from 
the inside out in an orderly way, forcing gases out 
the rear of the rocket. Starting in the early 1960s, 
liquid-fuel ballistic missiles were gradually phased 
out of the U.S. and Russian arsenals in favor of 
solid-fuel missiles. The first U.S. solid-fuel ICBM 
was the Minuteman I missile (so-called because of its 
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near-instant response time), which was deployed to 
underground silos in the Midwest starting in 1962. 


Today, the ballistic-missile fleet of the United 
States consists almost entirely of solid-fuel rocket 
boosters. The Minuteman IIT, for example, like the 
Minuteman I, and II it replaces, has a three-stage 
solid-fuel booster and a range of over 7,000 mi 
(11,265 km). (Stages are independent rockets that are 
stacked to form a single, combined rocket. The stages 
are burned from the bottom up; each is dropped as it is 
used up, and the stage above it is ignited. The advant- 
age of staging is that the booster lightens more rapidly 
as it gains speed and altitude. There are single-stage, 
two-stage, and three-stage ballistic missiles; the 
greater the number of stages, the longer the range of 
the missile.) 


Payloads, warheads, and MIRV 


As mentioned above, the payload of a ballistic 
missile may be either a single warhead or a bus bearing 
several warheads which can each be sent to a different 
target in the same general area (e.g., the eastern United 
States). Such a payload is termed a multiple independ- 
ently targetable reentry vehicle (MIRV) system, and 
missiles bearing multiple independently targetable 
warheads are said to be MIRVed. The first MIR Ved 
missiles were deployed the U.S. in 1970; only long- 
range ballistic missiles (ICBMs and SLBMs) are 
MIRVed. After a MIRV bus detaches from the 
burnt-out upper stage of its booster, it arcs through 
space in its cruise phase. It may possess a low-power 
propulsion system that enables it to impart slightly 
different velocities to each of its warheads, which it 
releases at different times. (Slight differences between 
individual warhead trajectories in space can translate 
to relatively large differences between trajectories later 
on, when the individual warheads are approaching 
their targets.) The U.S. Minuteman III ICBM is a 
modern MIRVed missile carrying up to three war- 
heads; other MIRVed missiles, such as the MX, have 
been capable of carrying up to ten warheads. 


Regional or approximate targeting for each 
MIRVed warhead is achieved by bus maneuvering 
and release timing during cruise phase. During descent 
phase, the warhead may steer itself to its precise target 
by means of inertial guidance, radar, or a combination 
of the two. Inertial guidance is based on the principle 
that every change in an object’s velocity can be sensed 
by that object as an acceleration. By knowing its exact 
prelaunch location and state of motion (e.g., by con- 
sulting the Global Positioning System) and by pre- 
cisely measuring all accelerations during and after 
launch, an inertial guidance system can calculate its 
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location at all times without needing to make further 
observations of the outside world. Ballistic-missile 
payloads rely primarily on inertial guidance to strike 
their targets; MARVs may refine their final course by 
consulting the Global Positioning System (as is done, 
for example, by the Chinese CSS-6 SRBM) or by using 
radar to guide themselves during final approach (as 
was done, for example, by the Pershing II IRBM 
deployed the U.S. in Europe during the 1980s). 


The nuclear warheads mounted on modern long- 
range ballistic missiles are usually thermonuclear war- 
heads having yields in the range of several hundred 
kilotons to several megatons. (One kiloton equals the 
explosive power of one thousand tons of the chemical 
explosive TNT; one megaton is equivalent to a million 
tons of TNT.) Those nations that do not possess 
nuclear weapons mount conventional-explosive war- 
heads on their ballistic missiles. 


History 


The world’s first ballistic missile was the V-2, 
developed by Nazi Germany during World War II. 
The V-2, which was first test-launched on October 3, 
1942, could deliver a 1,650-lb (750-kg) warhead to a 
target 225 miles away. Germany launched approxi- 
mately 3,000 V-2s during the war, but with little mili- 
tary effect; the V-2, lacking the sophisticated guidance 
computers of later ballistic missiles, were inaccurate. 
Only 50% of V-2s aimed at a given point would, on 
average, land within 11 mi (17 km) of that point. The 
V-2 was therefore not aimed at military installations 
but, like its predecessor the V-1 (the first cruise missile, 
also developed by Nazi Germany), at the city of 
London. Some 518 V-2s struck London during the 
final years of World War H, killing over 20,000 people 
and making the V-2 the deadliest ballistic missile in 
history—so far. (The “V” in V-1 and V-2 stands for 
Vergeltungswaffe, German for “retaliation weapon,” 
reflecting the fact that the V-2’s primary purpose was 
not victory but vengeance.) 


The United States and Soviet Union were far 
behind Germany in the design of large rockets during 
World War I, but both captured V-2 technicians and 
information at the end of the war and used them to 
accelerate their own missile programs. The U.S. began 
by experimenting with captured V-2s, and during the 
late 1940s built several new rockets of its own based on 
the V-2. During the 1950s both the Soviet Union and 
the United States turned their attention to the devel- 
opment of ballistic-missile boosters that could reach 
the other country’s heartland from anywhere in the 
world. The Soviet Union flight-tested the world’s first 
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ICBM, the R-7, in August, 1957. Two months later the 
R-7 was soon used to launch the world’s first artificial 
satellite, Sputnik I, and four years later launched the 
world’s first orbital manned space flight. The U.S. was 
not far behind, and by 1959 had deployed its own 
ICBMs, the liquid-fueled Atlas and Titan missiles. 
The Americans also used their ICBMs for early 
space-flight efforts; the first manned U.S. space flights 
(Mercury and Gemini programs) used the Redstone, 
Atlas, and Titan II missile boosters. 


Today, dozens of countries have the technological 
ability to develop ballistic missiles or have already 
done so. A relatively small number, including most 
recently India, Israel, Pakistan, and North Korea, 
have also developed nuclear weapons that they could 
deliver using their ballistic missiles. 


See also Nuclear weapons. 
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| Ballistics 


Ballistics is the scientific study of the motion of 
bodies projected through space. A projectile is an 
object that has been launched, shot, hurled, thrown, 
or by other means projected, and continues in motion 
due to its own inertia. Such objects can include 
projectiles fired from cannons or small arms, bombs 
dropped from airplanes, or powered rockets. The path 
of the projectile is determined by its initial velocity 
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(direction and speed) and the forces of gravity and 
air resistance. For objects projected close to Earth 
and with negligible air resistance, the flight path is a 
parabola. When air resistance is significant, however, 
the shape and rotation of the object are important and 
determining the flight path is more complicated. 
Ballistics influences many fields of study ranging 
from analyzing a curve ball in baseball to developing 
missile guidance systems in the military. 


Free-falling bodies 


In order to understand projectile motion it is first 
necessary to understand the motion of free-falling 
bodies—objects that are simply dropped from a cer- 
tain height above Earth. For the simplest case, when 
air resistance is negligible and when objects are close to 
the Earth’s surface, Italian astronomer and physicist 
Galileo Galilei (1564-1642) was able to show that two 
objects fall the same distance in the same amount of 
time, regardless of their weights. It is also true that the 
speed of a falling object will increase by equal incre- 
ments in equal periods of time. For example, a ball 
dropped from the top of a building will start from rest 
and increase to a speed of 32 ft (9.8 m) per second after 
one second, to a speed of 64 ft (19.6 m) per second after 
two seconds, to a speed of 96 ft (29.4 m) per second 
after three seconds, and so on. Thus, the change in 
speed for each one second time interval is always 32 ft 
per second. The change in speed per time interval is 
known as the acceleration and is constant. This accel- 
eration is equal to 1 g (commonly pronounced: one 
gee), where g stands for the acceleration due to the 
force of gravity (g). By comparison, a pilot in a super- 
sonic jet pulling out of a nose dive may experience an 
acceleration as high as 9 g (nine gee). (Of course, a jet is 
not in free fall but is being accelerated by its engines 
and gravity.) 


The acceleration of gravity, g, becomes smaller as 
the distance from Earth increases. However, for most 
earthbound applications, the value of g can be consid- 
ered constant (it only changes by 0.5% due to a 10 mi 
[16 km] altitude change). Air resistance, on the other 
hand, can vary greatly depending on altitude, wind, 
and the properties and velocity of the projectile itself. 
It is well know that skydivers may change their alti- 
tude relative to other skydivers by simply changing the 
shape of their body. In addition, it is obvious that a 
rock will fall more quickly than a feather. Therefore, 
when treating problems in ballistics, it is necessary to 
separate the effects due to gravity, which are fairly 
simple, and the effects due to air resistance, which 
are more complicated. 
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Projectile motion without air resistance 


The motion of projectiles without air resistance, 
can be separated into two components. Motion in the 
vertical direction where the force of gravity is present, 
and horizontal motion where the force of gravity is 
zero. As English physicist and mathematician Sir Isaac 
Newton (1642-1727) proposed, an object in motion will 
remain in motion unless acted upon by an external 
force. Therefore, a projectile in motion will remain 
with the same horizontal velocity throughout its flight, 
since no force exists in the horizontal direction, but its 
velocity will change in the vertical direction due to the 
force of gravity. For example, if a cannon ball is fired in 
the horizontal direction, the velocity of the ball will 
remain constant in the horizontal direction but will 
accelerate toward the Earth in the vertical direction 
with an acceleration of 1 g. The combination of these 
two effects produces a path that describes a parabola. 
Since the vertical motion is determined by the same 
acceleration that describes the motion of objects in 
free fall, a second cannon ball that is dropped at pre- 
cisely the same instant as the first cannon ball is fired, 
will reach the ground at precisely the same instant. 
Therefore, the motion in the horizontal direction does 
not affect the motion in the vertical direction. This fact 
can be confirmed by knocking one coin off the edge of 
the desk with a good horizontal whack, while a second 
coin is simultaneously knocked off the desk with a 
gentle nudge. Both coins will reach the ground at the 
same time. 


By increasing the amount of gunpowder behind the 
cannon ball, one could increase the horizontal velocity 
of the cannon ball as it leaves the cannon and cause the 
cannon ball to land at a greater distance. If it were 
possible to increase the horizontal velocity to very 
high values, there would come a point at which the 
cannon ball would continue in its path without ever 
touching the ground, similar to an orbiting satellite. To 
attain this orbiting situation close to the Earth’s sur- 
face, the cannon ball would have to be fired with a 
speed of 17,700 mph (28,500 km/h). In most instances, 
projectiles, like cannon balls, are fired at some upward 
angle to the Earth’s surface. As before, the flight paths 
are described by parabolas. (The maximum range is 
achieved by aiming the projectile at a 45° angle above 
the horizontal.) Angles equally greater or less than 45° 
will produce flight paths with the same range (for exam- 
ple, 30° and 60°). 


Projectile motion with air resistance 
If projectiles were only launched from the surface 


of the moon where there is no atmosphere, then the 
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KEY TERMS 


Acceleration of gravity—The vertical downward 
acceleration equal to 32 ft (9.8 m) per second per 
second experienced by objects in flight close to 
Earth. 


Air resistance—The drag force on an object in 
flight due to the interaction with air molecules. 


Free falling body—A falling object in one dimen- 
sional motion, influenced by gravity when air 
resistance is negligible. 


Gyroscope—A device similar to a top, which main- 
tains rotation about an axis while maintaining a 
constant orientation of that axis in space. 


Inertia—The tendency of an object in motion to 
remain in motion in a constant direction and at a 
constant speed, and the tendency of an object at 
rest to remain at rest. 


Projectile—An object that is projected close to 
Earth and whose flight path is determined by grav- 
ity, air resistance, and inertia. 


effects of gravity, as described in the previous section, 
would be sufficient to determine the flight path. On 
Earth, however, the atmosphere will influence the 
motion of projectiles. As opposed to the situation 
due to purely gravitational effects, projectile motion 
with air resistance will be dependent on the weight and 
shape of the object. As one would suspect, lighter 
objects are more strongly affected by air resistance. 
In many cases, air resistance will produce a drag force 
that is proportional to the velocity squared. The 
effects of increased air drag on an object such as a 
cannon ball will cause it to fall short of its normal 
range without air resistance. This effect may be sig- 
nificant. In World War I, for instance, it was realized 
that cannon balls would travel farther distances if 
aimed at higher elevations, due to the decreased air 
density and decreased drag. 


More subtle effects of air resistance on projectile 
motion are related to the shape and rotation of the 
object. Clearly, the shape of an object can have an 
effect on its projectile motion, as anyone has experi- 
enced by wadding up a piece of paper before tossing it 
into the waste can. The rotation of an object is impor- 
tant, too. For example, a good quarterback always 
puts a spin on a football when making a pass. By 
contrast, to produce an erratic flight, a knuckle ball 
pitcher in baseball puts little or no spin on the ball. The 
physical property that tends to keep spinning objects 
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spinning is the conservation of angular momentum. 
Not only do spinning objects tend to keep spinning 
but, also, the orientation of the spin axis tends to 
remain constant. This property is utilized in the 
design of rifle barrels that have spiral grooves to put 
a spin on the bullet. The spinning of the bullet around 
its long axis will keep the bullet from tumbling and 
will increase the accuracy of the rifle. This property 
is also utilized in designing guidance systems for 
missiles. These guidance systems consist of a small 
spinning device called a gyroscope, which keeps a 
constant axis orientation and, thus, helps to orient 
the missile. Small deviations of the missile with 
respect to the orientation of the gyroscope can be 
measured and corrections in the flight path can be 
made. 


See also Conservation laws. 
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| Balloon 


A balloon is a nonsteerable aircraft consisting of a 
thin envelope inflated with any gas lighter than the 
surrounding air. The balloon rises from the ground 
similar to a gas bubble in a glass of soda. The physical 
principle underlying this ability to ascend is 
Archimedes’ law, according to which any immersed 
body is pushed upward by a force equal to the weight 
of the displaced fluid. If this force is greater than the 
weight of the body itself, the body rises. The lighter the 
balloon is in comparison with air of the same volume, 
the more load (envelope, people, instruments) it can 
lift. The approximate lifting capacity of some lighter- 
than-air gases in a 1,000 cubic meters (1,308 cubic 
yards) balloon at 32°F (0°C) is shown below (in 
pounds): 


Hydrogen Helium Methane Neon Nitrogen 
1203 1115 576 393 42 
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For example, a balloon filled with nitrogen pos- 
sesses only about 1/30 of the lifting capacity of the 
same balloon filled with hydrogen. As a matter of fact, 
only hydrogen, helium, and hot air are of practical 
importance. Hydrogen, the lightest existing gas, 
would be ideal for the balloon inflation if it had not 
one serious demerit: inflammability. Helium is 7% less 
efficient than hydrogen, and is absolutely safe in 
usage, however, but it is not easily available and pro- 
duction is not cheap. Hot air is safe and easy to obtain, 
making it the most often used for common manned 
flights. But to get lifting power equal to even 40% of 
helium it must be heated to about 570°F (299°C). 


There is always an element of uncertainty in a 
balloon flight. The ascensional force of a hot-air bal- 
loon is difficult to control, since it is very unstable, 
sharply reacting to any variations of the inside air 
temperature. Once airborne, it floats freely in air cur- 
rents, giving its pilot the ability to regulate only verti- 
cal direction. 


From the first flight of a smoke-filled bag 
launched by the Montgolfier brothers in Paris in 
1783 until the first practical powered airplane in 
1905, balloons and their later modifications, airships, 
remained the only means of aerial navigation. This 
period was full of exciting achievements of courageous 
aeronauts. The crossing of the English Channel (1785, 
by Blanchard, France, and Jeffries, USA), parachute 
descent from a balloon (1797, by Garnerin, France), 
the crossing of the Irish Sea (1817, by Windham 
Sadler, England), and the long-distance flight from 
London to Weilburg, Germany (1836, by Green, 
England), are a few of the milestones in the balloon’s 
early history. 


The suitability of balloons for observation, 
espcially of inaccessible areas, was soon recognized. 
The first air force in the world was created by France 
in 1794, and by the end of the nineteenth century 
balloon corps, whose main function was reconnais- 
sance, were common in European and American 
armies. With the introduction of a heavier-than-air 
craft military interest in balloons faded. However, 
the most challenging pioneering and scouting missions 
via balloons were yet to come. 


Balloons and the exploration of the unknown 


In 1863, the first truly high-altitude ascent was 
made by Glaisher and Coxwell in England. The flight 
was purely scientific, intended to observe and record 
the properties of the upper atmosphere. The explorers 
rose to over 33,000 feet (10,000 m), an altitude that 
almost cost them their lives. This outstanding attempt 
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was followed by many others, and high-altitude scien- 
tific ascents continued until the early 1960s. 


A specific layer of the atmosphere between 35,000 
and 130,000 feet (11,000 and 40,000 m)—the strato- 
sphere—became a particular challenge to human spirit 
and engineering. The mark of 72,395 feet (22,066 m), 
achieved by Stevens and Anderson in 1935, was not 
surpassed until twenty years later, when the United 
States resumed the manned stratosphere ballooning. 
The last flight in the series was made by Ross and 
Prather, who attained the altitude of 113,740 feet 
(34,467 m) in 1961. Technology that allowed human 
survival in extreme conditions became a germ of future 
space life-support systems. 


The introduction of new lightweight and very 
strong plastic materials made it possible to build 
extremely big balloons able to take aloft huge pay- 
loads. Loaded with sophisticated instruments, such 
balloons began to carry out complex studies of the 
atmosphere, biomedical and geographical research, 
and astronomical observations. 


Each day, thousands of balloons measure all 
possible characteristics of the atmosphere around the 
entire globe, contributing to the worldwide meteoro- 
logical database. This information is needed to under- 
stand the laws of air-mass movement and for accurate 
weather forecasting. 


Balloon astronomy makes observations in the 
clarity of the upper air, away from dust, water vapor, 
and smoke. Telescopes with a diameter of up to 3.3 
feet (1 m) are placed on platforms, which are sup- 
ported by mammoth balloons, as high as an eight- 
story building, at elevations of up to 66,000-120,000 
feet (20,000-35,000 m). 


The Russian mission to Venus in 1985 used two 
helium balloons to examine the motion of the Venutian 
atmosphere. For 46 hours, they floated above Venus 
with an attached package of scientific equipment that 
analyzed the environment and transmitted the informa- 
tion directly to Earth. In comparison, a landing module 
functioned for only 21 minutes. 


See also Aerodynamics; Buoyancy, principle of. 


Resources 


BOOKS 

The Cambridge Encyclopedia of Space. Cambridge 
University Press, 2002. 

Curtis, A. R. Space Almanac. Arcsoft Publishers, 1990. 


DeVorkin, D. H. Race to the Stratosphere. Springer-Verlag, 
1989. 


Jackson, D. D. The Aeronauts. Time-Life Books, Inc., 1980. 


458 


OTHER 

Prints George. “Flights of Fancy” <http://www.printsgeorge. 
com/ArtEccles_Aeronauts3.htm> (accessed October 
30, 2006). 

U.S. Centennial of Flight Commission. “Balloons in the 
American Civil War” <http://www.centennialofflight. 
gov/essay/Lighter_than_air/Civil_War_balloons/ 
LTAS5.htm> (accessed October 30, 2006). 


Elena V. Ryzhov 


Balsa see Silk cotton family (Bombacaceae) 


Bamboo see Grasses 


| Banana 


Bananas, plantains, and their relatives are various 
species of plants in the family Musaceae. There are 
about 40 species in this family, divided among only 
two genera. The most diverse genus is Musa, contain- 
ing 35 species of bananas and plantains, followed by 
Ensete, the Abyssinian bananas. The natural range of 
bananas and plantains is the tropics and subtropics of 
the Old World, but agricultural and horticultural 
species and varieties are now cultivated in suitable 
climates all over the world. 


Biology of bananas 


Plants in the banana family are superficially treelike 
in appearance. However, they are actually tall, erect, 
perennial herbs, because after they flower and set fruit, 
they die back to the ground surface. Their perennating 
structure is a large, underground, branched rhizome 
or corm. 


Bananas and their relatives have a pseudostem, 
so-called because it has the appearance of a tree trunk. 
However, the banana stem is actually herbaceous, and 
is comprised of the densely overlapping sheath and 
petiole bases of their spirally arranged leaves. The 
pseudostem contains no woody tissues, but its fibers 
are very strong and flexible, and can easily support the 
erect plant, which is among the tallest of any herba- 
ceous plants. 


Bananas can grow as tall as 19.7-23 feet (6-7 m), and 
typically have a crown of leaves at the top of their 
greenish stem. The leaves of bananas are large and 
simple, with a petiole, a stout mid-rib, and a long, 
expanded, roughly oval, leaf blade, which can reach 
several meters in length. The leaf blade has an entire 
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Young green bananas growing in clusters. (Nige/ Cattlin. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


(smooth) margin, although it often becomes frayed by 
the wind, and may develop lobelike ingrowths along 
its edge. 


The flowers of bananas are finger-shaped, with 
three petals and sepals, and are subtended by large, 
fleshy, bright reddish-colored scales, which fall off as 
the fruit matures. The flowers are imperfect (that is, 
unisexual), and the plants are monoecious, meaning 
individual plants contain both female and male flow- 
ers. The flowers are arranged in a group, in an elongate 
structure known as a raceme, with male flowers occur- 
ring at the tip of the structure, and female flowers 
below. Only one inflorescence develops per plant. 
The flowering stalk develops from the underground 
rhizome or corm, and pushes up through the pseudos- 
tem of the plant, to emerge at the apex. The flowering 
stalk eventually curves downwards, under the weight 
of the developing fruits. The central axis of the raceme 
continues to elongate during development, so that 
older, riper fruits occur lower down, while flowers 
and younger fruit occur closer to the elongating tip. 
The same is true of the male flowers, with spent flow- 
ers occurring lower down, and pollen-producing ones 
at the tip of the inflorescence. 
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The flowers of bananas are strongly scented, and 
produce large quantities of nectar. These attract birds 
and bats, which feed on the nectar, and pollinate the 
flowers. The mature fruits are a type of multi-seeded 
berry, with a leathery outer coat known as an exocarp, 
and a fleshy, edible interior with numerous seeds 
embedded. 


Bananas and people 


Various species in the banana family are culti- 
vated as agricultural crops, with a world production 
of about 66 million tons (60 million tonnes). The best- 
known species is the banana (Musa paradisiaca; some- 
times known as M. sapientum). The cultivated banana 
is a sterile triploid, and does not produce viable seeds. 
This banana is believed to be derived from crosses of 
Musa acuminata and M. balbisiana, likely occurring in 
India or Southeast Asia at some prehistoric time. The 
banana is an ancient fruit, thought to have been culti- 
vated for at least 3,000 years in southern Asia. 


Bunches of banana fruits can be quite large, 
weighing as much as 110 pounds (50 kg). Each bunch 
consists of clusters of fruits, known as hands; each 
hand contains 10-20 individual fruits, or fingers. 
After the fruits of a banana plant are harvested, the 
plant dies back, or is cut down, and a new stalk regen- 
erates from the same, perennating rhizome or corm. 


Bananas intended for export to temperate coun- 
tries are generally harvested while the fruits are still 
green. As they ripen, the skin turns yellowish or red- 
dish, depending on the variety. When dark blotches 
begin to appear on the skin, the fruits are especially 
tasty and ready for eating. Bananas are a highly nutri- 
tious food. 


The cultivated banana occurs in hundreds of vari- 
eties, or cultivars, which vary greatly in the size, color, 
and taste of their fruits. The variety most familiar to 
people living in temperate regions has a rather large, 
long, yellow fruit. This variety is most commonly 
exported to temperate countries because it ripens 
slowly, and travels well without spoiling. However, 
this variety of banana has proven to be susceptible to 
a recently emerged, lethal fungal disease. The long, 
yellow banana will soon be largely replaced in the 
temperate marketplace by another variety, which has 
a smaller, reddish, apple-tasting fruit. 


Most varieties of the cultivated banana occur in 
tropical countries, especially in southern Asia, where 
many may be grown in any particular locality. These 
varieties range greatly in their size, taste, and other 
characteristics, some being preferred for eating as a 
fresh fruit, and others for cooking by frying or baking. 
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KEY TERMS 


Berry—A soft, multi-seeded fruit, developed from a 
single, compound ovary. 


Imperfect—In the botanical sense, this refers to 
flowers that are unisexual, containing either male 
or female reproductive parts, but not both. 


Monoecious—A plant breeding system in which 
male and female reproductive structures are 
present on the same plant, although not necessarily 
in the same flowers. 


Rhizome—This is a modified stem that grows hor- 
izontally in the soil and from which roots and 
upward-growing shoots develop at the stem nodes. 


Triploid—An organism having three sets of chro- 
mosomes. In plants, triploids develop from crosses 
between a diploid parent, having two sets of chro- 
mosomes, and a tetraploid parent, with four sets. 


Plantains or platanos are a group of about 75 varieties 
of cultivated bananas that are only eaten after they are 
cooked or processed into chips or flour. Like bananas, 
plantains are a highly nutritious food. 


Another important economic product is manila 
hemp or abaca, manufactured from the fibers of the 
large, sheathing leaf-stalks of the species Musa textilis, 
as well as from some other species of bananas and 
plantains. Musa textilis is native to the Philippines 
and the Moluccas of Southeast Asia, and most manila 
hemp comes from that general region, although it has 
also been introduced elsewhere, for example, to Central 
America. The fibers of manila hemp are tough, flexible, 
and elastic, and are mostly woven into rope. Because it 
is resistant to saltwater, this cordage is especially useful 
on boats and ships, although its use has now been 
largely supplanted by synthetic materials, such as poly- 
propylene. The fibers of manila hemp can also been 
woven into a cloth, used to make bags, hats, twine, and 
other goods. 


Bananas are also sometimes cultivated as orna- 
mental plants, in gardens and parks in warm climates, 
and in greenhouses in cooler climates. Some taxo- 
nomic treatments include the genus Stre/itzia in the 
banana family. The best-known species in this group is 
the bird-of-paradise plant (Strelitzia reginae), a beau- 
tiful and well-known ornamental plant that is culti- 
vated in tropical and sub-tropical climates, and in 
greenhouses in more temperate places. 
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In 2005, India was the primary banana-producing 
country, harvesting almost 17 million metric tons. 
Brazil was second with 6.7 million tons; and China 
was third, with 6.4 million tons. 
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Bill Freedman 


[ Bandicoots 


Australian wildlife holds many surprises, but few 
as intriguing as the widely distributed bandicoots. 
These small, rabbit-sized marsupials have a thick set 
body, short limbs, a pointed muzzle, short neck and 
short hairy tail. Their teeth are similar to those of 
insect- and flesh-eating mammals, but their hind feet 
resemble those of kangaroos and possums. The hind- 
feet are not only considerably longer than the front 
pair, which gives most bandicoots a bounding gait, but 
the second and third toes of the hind foot are fused 
together, with only the top joints and claws being free. 
The forefeet, in contrast, have three prominent toes, 
with strong claws used for digging and searching for 
insect prey. The fused toes of the hind limbs not only 
provide a strong base for a hopping animal, but also 
make a highly effective comb for grooming dirt and 
parasites from the fur. One species now thought to be 
extinct, the pig-footed bandicoot (Chaeropus ecauda- 
tus), had a slightly different morphology, with only 
two toes on their forefeet and one on the hindfoot— 
adaptations for running, as this was a species of the 
open plains. 


The taxonomic status of bandicoots is still uncer- 
tain, although two families are now usually recog- 
nized—the Peramelidae, which includes the non-spiny 
bandicoots, the pig-footed bandicoot and the greater 
bilby (Macrotis lagotis), and the Peroryctidae, which 
includes the spiny bandicoots. All of these species are 
unique to the Australian region, specifically mainland 
Australia, Tasmania, New Guinea and several offshore 
islands. Within this range, however, bandicoots have 
adapted to a wide range of habitats, including arid and 
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Stuffed specimen of a pig-footed bandicoot. (Tom McHugh. The National Audubon Society Collection/Photo Researchers, Inc.) 


semi-arid regions, coastal and sub-coastal habitat, sav- 
anna, and lowland and mid-montane rainforest. On 
New Guinea, some species have been recorded at an 
altitude of 5,000 ft (1,500 m). The animals themselves 
may also vary considerably in size and appearance. The 
smallest species Microperoryctes murina weighs less 
than 4 oz (100 g), while one of the largest Peroryctes 
broadbenti may weigh more than 11 |b (5 kg). 


Bandicoots are terrestrial and nocturnal animals, 
constructing shallow burrows and surface nests 
beneath vegetation. The greater bilby is the only spe- 
cies that constructs a large burrow system, which may 
extend 7 ft (2 m) underground. Bandicoots are nor- 
mally solitary, with males occupying a larger home 
range (4.2-12.8 acres, or 1.7-5.2 ha) than females 
(2.2-5.2 acres, or 0.9-2.1 ha). Despite their genteel 
appearance, males, in particular, can be very aggres- 
sive towards other males. Little is known of the social 
behavior of most species, but they are thought to 
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defend a central part of their ranges, especially the 
area surrounding their nest, against other animals. 
Males do not cooperate with bringing up the litter. 


In the wild, bandicoots feed mainly on insects and 
their larvae but they are opportunistic feeders and will 
also consume fruit, berries, seeds, and fungi. Prey is 
either dug out of the soil or gleaned from the surface; 
their long, pointed snout is probably an adaptation for 
poking into tiny crevices or foraging under leaf litter 
for insects. Bandicoots have a keen sense of smell 
which is probably the main way in which they locate 
food at night. Most species also have prominent ears 
which may also assist with locating moving prey. 
Some species, such as the greater bilby have long 
naked ears that probably help with thermoregulation, 
as this species is adapted to living in arid conditions. 


As with all marsupials the young are born at a 
very early stage of development, usually after a gesta- 
tion period of just 12 days—one of the shortest periods 
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of any mammal. When they are born, young bandi- 
coots measure less than an inch (about | cm) and 
weigh a fraction of an ounce (0.2 g). Following birth 
the infant, which has well developed forelimbs, crawls 
its way into the mother’s pouch where it attaches to a 
nipple and where it will remain for much of its pouch 
life. The average litter size is four; litters of seven 
young have been recorded. As the young grow, the 
mother’s pouch increases in size to accommodate her 
developing family. Juveniles remain in the pouch for 
about 50 days, after which the mother begins to wean 
them. By the time they are seven weeks old, they are 
covered with short hair and the eyes are open. 


Where climate and food conditions are favorable, 
bandicoots may breed throughout the year—females 
of some species may even become pregnant before its 
current litter is fully weaned. Bandicoots therefore 
have a very specialized pattern of breeding behavior 
among the marsupials, with a pattern of producing 
many young in a short period of time and with little 
parental investment. 


Despite these adaptations, many species are now 
threatened as a result of human activities. Three species 
are considered vulnerable by the World Conservation 
Union (IUCN) and one species is classified as endan- 
gered (the barred bandicoot, Perameles bougainvillea). 
Bandicoots have proven to be highly vulnerable to 
habitat modification and predation from introduced 
predators. In Australia, large areas of former brush 
habitat have been converted into rough pasture for 
sheep and cattle grazing, whose close cropping feeding 
actions have had a considerable effect on the soil micro- 
habitat. Overgrazing by rabbits has had a similar effect. 
Introduced predators, especially foxes, cats, and dogs, 
have also had a major impact on populations in some 
areas. In New Guinea, many species are trapped for 
their fur and meat, but current levels of exploitation are 
unlikely to pose a significant threat to most species. 


| Bar code 


A bar code is a series of vertical bars of various 
widths that are used to represent (usually) twelve or 
thirteen digits by a varied pattern of bars. A laser 
scanner (reader), which identifies the correspondence 
between the bars and the digits, usually reads the bars. 
The information is then sent to a computer where it is 
processed. Almost everyone is familiar with the striped 
bars found on grocery and retail store items. These are 
bar codes, or more specifically, the North American 
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The parts of the Universal Product Code (UPC). (© Kelly A. 
Quin.) 


Universal Product Code (UPC) first appeared in 
stores in 1973 (after having been created in 1971). 
Since then, they have revolutionized the sales industry. 


The UPC code consists of (usually) twelve pairs of 
thick and thin vertical bars that represent the manu- 
facturer’s identity, product size and name. Price infor- 
mation, which is not part of the bar code, is 
determined by the store. Bar codes are read by hand- 
held wand readers or fixed scanners linked to point of 
sale (POS) terminals. 


Beginning in 2005, the GSI US (formerly the 
UPC) also began using another system. It is called 
the European Article Number (EAN) code. This inter- 
nationally accepted system uses 13 numbers, instead of 
the original 12 numbers. The dark bars are one to three 
units wide and the light bars are from one to four units 
wide. In this way, each item is assigned a unique 
numeric code, which is printed as a bar code on pack- 
aging and materials. In addition, the Japanese Article 
Number (JAN) code has also been adopted. 


Bar codes are also used for non-retail purposes. 
One of the earliest uses for bar codes was as an iden- 
tifier on railroad cars. Organizers of sporting events 
also take advantage of bar code technology. For 
example, as runners of the Boston Marathon complete 
the 26 mi (42 km) course in Massachusetts, they turn 
over a bar code tag that allows race officials to quickly 
tabulate results. 


From 1965 through 1982, the United States Post 
Office experimented with optical character recogni- 
tion (OCR) and bar code technology to speed up 
mail delivery. In 2006, the Post Office utilized another 
type of bar code called the POSTNET bar code. 
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Consisting of full and half height bars representing the 
zip-code and delivery address, the bar code allows mail 
to be sorted automatically at speeds of up to 700 pieces 
per minute. Bar codes used on retail books use the 
International Standard Book Number (ISBN) system, 
which identifies books on the basis of the books’ 
country of origin and its price. 


Originally, one-dimensional bar codes used only 
the bar’s width to encode. Two-dimensional bar codes 
are now also used to encode both horizontally and 
vertically. This two-dimensional system allows much 
more information to be encoded. Instead of lasers, 
they typically use digital cameras. Different types of 
two-dimensional systems include PDF417 (the most 
common two-dimensional code), MaxiCode (used by 
United Parcel Service [UPS]), and QR Code (primarily 
for Toyota parts and Japanese cell phones). 


Bar code technology see Bar code 


l Barberry 


Barberries are about 600 species of plants in the 
genus Berberis, family Berberidaceae, occurring 
throughout the Northern Hemisphere and South 
America. Most species are shrubs or small trees, and 
many of these have persistent, evergreen leaves. The 
flowers are small, arranged in clusters, and insect pol- 
linated. The fruits of barberries are multiple-seeded 
berries. 


Barberry hybrids are often cultivated as attrac- 
tive, ornamental shrubs. Some of these commonly 
cultivated species include the Japanese barberry 
(Berberis thunbergii), common barberry (B. vulgaris), 
Oregon grape (Mahonia aquifolium), and heavenly 
bamboo (Nandina domestica). 


The common barberry is a native of Europe, with 
attractive foliage and bright red berries. It has been 
widely planted in North America as a garden shrub, 
and it has escaped to natural habitats, where it can 
maintain viable populations. This is a significant agri- 
cultural problem, because this species is an alternate 
host for the wheat rust (Puccinia graminis) fungus. 
This pathogen (Triticum aestivum) affects one of the 
most important food-producing plants in the world. 
Controlling common barberry poplulations is critical 
to controlling wheat rust. 


The inner bark and roots of the common barberry 
are bright yellow, and were once used to make a 
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natural dye. Practitioners of folk medicine mistakenly 
thought that this yellow color indicated that common 
barberry could be useful in the treatment of jaundice. 


There are also native species of barberry in North 
America, for example, the American barberry (Berberis 
canadensis), found in the eastern United States. Other 
native species include various shrubs known as Oregon 
grapes (e.g., Mahonia repens). Several species of spring- 
flowering herbaceous perennials occur in the under- 
story of hardwood forests in eastern North America, 
including blue cohosh (Caulophyllum _thalictroides), 
mayapple (Podophyllum peltatum), and twin-leaf 
(Jeffersonia diphylla). All have counterparts in the 
same genus in eastern Asia, but not in western North 
America. This represents a biogeographically interest- 
ing, disjunct distribution pattern. 


See also Rusts and smuts. 


| Barbets 


Barbets are about 92 species of medium-sized 
birds, divided among 13 genera. These comprise the 
family Capitonidae, in the order Piciformes, which 
also contains the woodpeckers, toucans, and their 
allies. Barbets are birds of tropical forests, occurring 
in Central and South America, Africa, and Asia as far 
south as Indonesia. However, none of the species of 
barbets occur in more than one continent. The usual 
habitat of barbets is tropical forests and savannas. 


Barbets are thick-set birds, with species ranging in 
body length from 3.5-13 in (9-33 cm). Barbets have 
short, rounded wings, a short tail, a large head on a 
short neck, and a stout, sharp-tipped bill. These birds 
have a distinctive “barbet” of bristles around the base 
of their beak. Like other birds in the order Piciformes, 
the barbets have short but strong legs, and feet on 
which two toes point backwards and two forwards. 
This arrangement of the toes is adaptive to clinging to 
bark on the sides of trees, while also using the tail 
feathers as a prop for additional support. 


Barbets are brightly colored birds, many of them 
beautifully so. The basal coloration of many species is 
bright green, often with white, red, yellow, or blue 
markings, especially around the head. South 
American barbets have a different plumage for each 
sex, but the African and Asian species are not usually 
dimorphic in this way. 


Barbets mostly eat fruits of various sorts. Although 
they are not migratory, barbets will move about in 
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search of their food, especially wild figs (Ficus spp.), 
which tend to fruit seasonally. Barbets use their strong 
bills to crush the hard fruits that they commonly eat. 
They also feed on insects, and the young birds are raised 
almost exclusively on that high-protein diet. 


Barbets nest in cavities that they excavate them- 
selves in heart-rotted tree trunks, in termite mounds, 
or in earthen banks. Incubation of the two to four eggs 
and raising of the young is shared by both sexes of the 
pair. The young are dependent on their parents for a 
relatively long time. In some cases, older youngsters 
will help their parents raise a subsequent brood of 
babies. Barbets are noisy birds, but they are not par- 
ticularly musical. 


The many-colored or  red-crowned barbet 
(Megalaima rafflesii) occurs over much of Southeast 
Asia. This species has a body length of 10 in (25 cm), 
and is a particularly beautiful bird, with a bright-green 
back, wings, and belly, bright-red cap and throat, 
yellow on the forehead, blue on the cheeks, and a 
black line through the eye. Most other species of bar- 
bets are similarly attractive in the colors and patterns 
of their plumage. 


| Barbiturates 


Barbiturates are a group of medicines known 
ascentral nervous system (CNS) depressants. Derived 
from barbituric acid, barbiturates were first prepared 
by German organic chemist Adolf von Baeyer 
(1835-1917) in 1864. They were first introduced to 
the public at the beginning of the twentieth century. 
Also known as sedative-hypnotic drugs, barbiturates 
make people very relaxed, calm, and sleepy. These 
drugs are sometimes used to help patients relax before 
surgery. Some barbiturates may also be used to con- 
trol seizures (convulsions). Although barbiturates 
have been used to treat nervousness and sleep prob- 
lems, they have generally been replaced by other med- 
icines for these purposes. 


These medicines may become habit-forming and 
should not be used to relieve everyday anxiety and 
tension or to treat sleeplessness over long periods. 


Description 


Barbiturates are available only with a physician’s 
prescription and are sold in capsule, tablet, liquid, and 
injectable forms. Some commonly used barbiturates 
are phenobarbital (Barbita) and secobarbital (Seconal). 
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Recommended dosage 


Recommended dosage depends on the type of 
barbiturate and other factors such as the patient’s 
age and the condition for which the medicine is being 
taken. Check with the physician who prescribed the 
drug or the pharmacist who filled the prescription for 
the correct dosage. 


Always take barbiturates exactly as directed. 
Never take larger or more frequent doses, and do not 
take the drug for longer than directed. If the medicine 
does not seem to be working, even after taking it for 
several weeks, do not increase the dosage. Instead, 
check with the physician who prescribed the medicine. 


Do not stop taking this medicine suddenly with- 
out first checking with the physician who prescribed it. 
It may be necessary to taper down gradually to reduce 
the chance of withdrawal symptoms. If it is necessary 
to stop taking the drug, check with the physician for 
instructions on how to stop. 


Precautions 


See a physician regularly while taking barbitu- 
rates. The physician will check to make sure the med- 
icine is working as it should and will note unwanted 
side effects. 


Because barbiturates work on the central nervous 
system, they may add to the effects of alcohol and other 
drugs that slow the central nervous system, such as 
antihistamines, cold medicine, allergy medicine, sleep 
aids, medicine for seizures, tranquilizers, some pain 
relievers, and muscle relaxants. They may also add to 
the effects of anesthetics, including those used for den- 
tal procedures. The combined effects of barbiturates 
and alcohol or other CNS depressants (drugs that 
slow the central nervous system) can be very dangerous, 
leading to unconsciousness or even death. Anyone tak- 
ing barbiturates should not drink alcohol and should 
check with his or her physician before taking any med- 
icines classified as CNS depressants. 


Taking an overdose of barbiturates or combining 
barbiturates with alcohol or other central nervous 
system depressants can cause unconsciousness and 
even death. Anyone who shows signs of an overdose 
or a reaction to combining barbiturates with alcohol 
or other drugs should get emergency medical help 
immediately. Signs include: 


- Severe drowsiness, 

- Breathing problems, 
- Slurred speech, 

- Staggering, 
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- Slow heartbeat, 
- Severe confusion, and 
« Severe weakness. 


Barbiturates may change the results of certain 
medical tests. Before having medical tests, anyone 
taking this medicine should alert the health care pro- 
fessional in charge. 


People may feel drowsy, dizzy, lightheaded, or less 
alert when using these drugs. These effects may even 
occur the morning after taking a barbiturate at bed- 
time. Because of these possible effects, anyone who 
takes these drugs should not drive, use machines or 
do anything else that might be dangerous until they 
have found out how the drugs affect them. 


Barbiturates may cause physical or mental 
dependence when taken over long periods. Anyone 
who shows these signs of dependence should check 
with his or her physician right away: 


- The need to take larger and larger doses of the med- 
icine to get the same effect; 


- A strong desire to keep taking the medicine; and 


- Withdrawal symptoms, such as anxiety, nausea or 
vomiting, convulsions, trembling, or sleep problems, 
when the medicine is stopped. 


Children may be especially sensitive to barbitu- 
rates. This may increase the chance of side effects such 
as unusual excitement. 


Older people may also be more sensitive that 
others to the effects of this medicine. In older people, 
barbiturates may be more likely to cause confusion, 
depression, and unusual excitement. These effects are 
also more likely in people who are very ill. 


Special conditions 


People with certain medical conditions or who are 
taking certain other medicines can have problems if 
they take barbiturates. Before taking these drugs, be 
sure to let the physician know about any of these 
conditions. 


Allergies 


Anyone who has had unusual reactions to barbi- 
turates in the past should let his or her physician know 
before taking the drugs again. The physician should 
also be told about any allergies to foods, dyes, preser- 
vatives, or other substances. 
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Pregnancy 


Taking barbiturates during pregnancy increases 
the chance of birth defects and may cause other prob- 
lems such as prolonged labor and withdrawal effects in 
the baby after birth. Pregnant women who must take 
barbiturates for serious or life-threatening conditions 
should thoroughly discuss with their physicians the 
benefits and risks of taking this medicine. 


Breastfeeding 


Barbiturates pass into breast milk and may cause 
problems such as drowsiness, breathing problems, 
or slow heartbeat in nursing babies whose mothers 
take the medicine. Women who are breastfeeding 
should check with their physicians before using 
barbiturates. 


Other medical conditions 


Before using barbiturates, people with any of 
these medical problems should make sure their physi- 
cians are aware of their conditions: 


« Alcohol or drug abuse, 

« Depression, 

- Hyperactivity (in children), 
- Pain, 

« Kidney disease, 

- Liver disease, 

- Diabetes, 

- Overactive thyroid, 

« Underactive adrenal gland, 
- Chronic lung diseases such as asthma or emphysema, 
- Severe anemia, and 


- Porphyria. 


Use of certain medicines 


Taking barbiturates with certain other drugs may 
affect the way the drugs work or may increase the 
chance of side effects. 


Side effects 


The most common side effects are dizziness, light- 
headedness, drowsiness, and clumsiness or unsteadi- 
ness. These problems usually go away as the body 
adjusts to the drug and do not require medical treat- 
ment unless they persist or interfere with normal 
activities. 
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KEY TERMS 


Adrenal glands—Two glands located next to the 
kidneys. The adrenal glands produce the hormones 
epinephrine and norepinephrine and the corticoste- 
roid (cortisone-like) hormones. 

Anemia—A condition in which the level of hemo- 
globin falls below normal values due to a shortage of 
mature red blood cells. Common symptoms include 
pallor, fatigue, and shortness of breath. 


Central nervous system—The brain and spinal cord 
components of the nervous system that control the 
activities of internal organs, movements, percep- 
tions, thoughts, and emotions. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 


More serious side effects are not common, but 
may occur. If any of the following side effects occur, 
check with the physician who prescribed the medicine 
immediately: 


- Fever, 

- Muscle or joint pain, 

- Sore throat, 

- Chest pain or tightness in the chest, 
- Wheezing, 


- Skin problems, such as rash, hives, or red, thickened, 
or scaly skin, 


- Bleeding sores on the lips, 
- Sores or painful white spots in the mouth, and 
- Swollen eyelids, face, or lips. 


In addition, check with a physician as soon as 
possible if confusion, depression, or unusual excite- 
ment occur after taking barbiturates. 


Patients who take barbiturates for a long time or 
at high doses may notice side effects for some time 
after they stop taking the drug. These effects usually 
appear within 8 to 16 hours after the patient stops 
taking the medicine. Check with a physician if these 
or other troublesome symptoms occur after stopping 
treatment with barbiturates: 


- Dizziness, lightheadedness or faintness, 
- Anxiety or restlessness, 


- Hallucinations, 
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Hallucinations usually result from drugs or mental 
disorders. 


Hypnotic—A medicine that causes sleep. 
Porphyria—A disorder in which porphyrins build up 
in the blood and urine. 

Porphyrin—A type of pigment found in living things, 
such as chlorophyll, which makes plants green, and 
hemoglobin, which makes blood red. 
Sedative—Medicine that has a calming effect and 
may be used to treat nervousness or restlessness. 
Seizure—A sudden attack, spasm, or convulsion. 
Withdrawal symptoms—A group of physical or 
mental symptoms that may occur when a person 
suddenly stops using a drug to which he or she has 
become dependent. 


- Muscle twitches or trembling hands, 

- Nausea and vomiting, 

- Seizures (convulsions), 

- Sleep problems, nightmares, or increased dreaming. 
- Vision problems, 

- Weakness. 


Other side effects may occur. Anyone who has 
unusual symptoms during or after treatment with bar- 
biturates should get in touch with his or her physician. 


Interactions 


Birth control pills may not work properly when 
taken while barbiturates are being taken. To prevent 
pregnancy, use additional or additional methods of 
birth control while taking barbiturates. 


Barbiturates may also interact with other medi- 
cines. When this happens, the effects of one or both 
of the drugs may change or the risk of side effects may 
be greater. Anyone who takes barbiturates should let 
the physician know all other medicines he or she 
is taking. Among the drugs that may interact with 
barbiturates are: 


- Other central nervous system (CNS) depressants 
such as medicine for allergies, colds, hay fever, and 
asthma; sedatives; tranquilizers; prescription pain 
medicine; muscle relaxants; medicine for seizures; 
sleep aids; barbiturates; and anesthetics. 


- Blood thinners. 
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- Adrenocorticoids (cortisone-like medicines). 


- Antiseizure medicines such as valproic acid (Depakote 
and Depakene), and carbamazepine (Tegretol). 


The list above does not include every drug that 
may interact with barbiturates. Be sure to check witha 
physician or pharmacist before combining barbitu- 
rates with any other prescription or nonprescription 
(over-the-counter) medicine. 
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I Bariatrics 


Bariatrics is the field of medicine that is concerned 
with the causes, prevention, and treatment of obesity. 
As of the mid-2000s, according to the American Heart 
Association (AHA), the proportion of individuals who 
are overweight or obese in the United States is esti- 
mated to surpass 45% of the adult population (20 years 
or older). Such a staggering statistic has associated with 
it profound ramifications. Excess weight is a major 
contributor to serious health conditions that affect 
millions of people and can result in early death. Aside 
from tangible diseases, obesity is the root of much 
psychological distress, which adds to the negative 
impact of being overweight. As the social pressure to 
be thin climbs in importance, the number of obese 
individuals also continues to rise, creating a potentially 
devastating emotional and physical dilemma for many. 
Additionally, the overall cost of health care is increased 
by obesity in this country and in other post-industrial- 
ized nations. As health care resources become more 
limited, then, potentially preventable conditions such 
as obesity are being pushed into the spotlight of man- 
aged care concerns. As a result, many different facets of 
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bariatric medicine have emerged that try to reduce 
obesity effectively and safely. 


Just as cardiac surgeons treat heart conditions, 
and podiatrists manage diseases of the feet, bariatric 
physicians are concerned with weight loss. Bariatrics 
utilizes varied techniques to reduce body fat. Among 
these are surgical procedures like gastric (or stomach) 
bypass, cosmetic procedures such as liposuction, or 
pharmaceutical therapies that use drugs to reduce 
weight. Bariatrics also includes special dieting techni- 
ques and exercise regimens, often tailored to meet 
individual needs. While even a small reduction in 
weight is known to have beneficial impacts on health, 
some bariatric methods are controversial because they 
have significant health risks of their own. 


The problem of obesity 


Obesity can be defined as a body weight that is in 
excess of 20 to 30% of one’s ideal weight. In order to 
fit this definition, though, the excess weight must be 
from fatty tissue, or adipose tissue. Muscle mass is not 
counted in obesity weight measurements. Obesity is 
detrimental because it can cause or contribute to the 
development of many other very serious health prob- 
lems. Obesity, and simply being overweight, has been 
linked to coronary artery disease and congestive heart 
failure, non-insulin dependent diabetes mellitus (also 
called adult-onset diabetes), gout and gallstones, some 
forms of cancer, and arthritis. Some medical experts 
contend that obesity has reached epidemic propor- 
tions in the United States. The increase in obesity, 
and associated illness, might be the result of the 
stresses of modern lifestyles where time is limited; 
high calorie (often times fast-food restaurant) types 
of food is abundant, and physical activity is reduced. 


Obesity is a persistent, continuing disease caused 
by many factors. However, a useful and precise defi- 
nition of obesity has been elusive. This is generally 
because many factors can influence the weight of 
a person. Diet, gender, exercise frequency, genetics 
factors, and environment all contribute to weight. 
Regardless of the lack of a distinct definition, obesity, 
as of 2005 (according to the AHA), is charged with 
over 100,000 preventable deaths in the United States 
each year. Second only to the effects of cigarette smok- 
ing and other tobacco use, obesity costs are estimated 
to exceed $100 billion per year, and continues to 
increase. As a whole, the portion of American society 
considered to be obese rose from 25% to over 38% 
from 1991 to 2002 and has climbed to over 45% as of 
2005. Therefore, the demand for bariatric services has 
also increased proportionally. 


467 


soupeleg 


Bariatrics 


The tools of bariatric medicine 


Just as there are many factors contributing to 
obesity, bariatrics utilizes many techniques to control 
weight and induce weight loss. Although bariatric 
medicine is concerned with all methods of weight loss 
including nutrition and exercise, the term is used 
almost synonymously with surgical procedures. Such 
techniques include cosmetic procedures such as lip- 
osuction and somewhat radical operations like gastric 
resections. In addition, drug therapy is often employed 
in the fight for weight loss. Pharmaceuticals are used 
alone or in combination to reduce appetite or inhibit 
the metabolism of ingested fats. The ease of taking 
pills to reduce body fat make pharmaceuticals attrac- 
tive to many. However, side effects and the potential 
for abuse of medications can be significant. 


Restriction operations 


The surgeries most often used to cause weight loss 
are restriction operations. Restriction operations limit 
or restrict food intake by creating a small pouch at the 
top of the stomach where the food enters from the 
esophagus. The reduced outlet delays the passage 
into the stomach and results in a sensation of fullness 
after eating very little food. The effect is like creating a 
tiny stomach on top of the existing stomach. The 
patient, then, perceives only the filling of the tiny 
stomach. After an operation, the person usually can 
eat only one-half to one whole cup of food without 
discomfort or nausea. Most people cannot eat normal 
quantities of food. As a result, patients lose weight. 


Restriction operations include gastric banding and 
vertical banded gastroplasty. Both operations serve 
only to restrict food intake, maintaining normal diges- 
tive processes. In gastric banding, a band made of sur- 
gical material restricts food movement near the upper 
portion of the stomach leaving a small passage for food 
to enter the rest of the stomach. Vertical banded gastro- 
plasty is more prevalent and uses surgical staples to limit 
access of food to the stomach. Restrictive operations 
induce weight loss in nearly all patients. Unfortunately, 
some patients regain the weight that was lost. Because 
some patients are unable to modify their eating habits, 
restriction operations have limited success. Only about 
30% of people reach normal weights after vertical 
banded gastroplasty. However, nearly 80% achieve 
some degree of weight loss. 


Bypass surgery 


Gastric bypass operations combine the creation of 
small stomach pouches to restrict food intake and the 
construction of paths for food to bypass the small 
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intestine to cause malabsorption, or a lack of adequate 
nutrient and vitamin absorption into the body. Some 
gastric bypass surgeries are extensive, involving major 
portions of the stomach. Because they completely 
bypass major regions of food absorption, gastric 
bypass surgeries are more effective in causing weight 
loss than restrictive operations. Bypass operations 
generally result in a loss of two-thirds of one’s body 
weight within two years. However, the weight loss 
comes with severe drawbacks. Because essential vita- 
mins and minerals are obtained from food in the stom- 
ach and small intestine, gastric bypass prevents their 
absorption. Therefore, major vitamin deficiencies can 
be induced. For instance, anemia may result from 
insufficient absorption of vitamin B12 and iron. 
Accordingly, patients are required to take nutritional 
supplements. Also, the more extensive the bypass 
operation, the greater is the risk for complications, 
sometimes requiring the life-long use of special foods 
and medications. 


Liposuction 


Lipectomy is the surgical removal of fatty tissue 
from the body. Liposuction, a specific kind of lipec- 
tomy, is the surgical removal of fat from beneath the 
surface of the skin using suction or vacuum techniques. 
Most often, it is used to reduce adipose tissue from 
limited areas of the body, and therefore is considered 
to be a cosmetic procedure, or one that primarily 
improves appearance. One method of liposuction in 
weight control is to inject large volumes of saltwater, 
or saline, containing a local anesthetic into the patient. 
The solution also contains adrenaline. The anesthetic 
numbs the procedure area, and the adrenaline con- 
stricts blood vessels to minimize bleeding, bruising, 
and swelling during the procedure. Adipose tissue is 
then removed by suctioning. Generally, only people 
slightly overweight benefit from liposuction. Because 
liposuction is surgical, there are some risks involved 
even though the procedure is considered very safe. 
While uncommon occurrences, infection, excessive 
bleeding, and occasional nerve damage can occur. 


Drug therapy in bariatrics 


Most of the medications that are used in bariatric 
treatment are appetite suppressants. These pharma- 
ceuticals promote weight loss by decreasing appetite 
or increasing a sensation of fullness. Often, these med- 
ications work by increasing the action of neurotrans- 
mitters, substances that nerve cells release to chemically 
communicate with one another. Two brain neurotrans- 
mitters that can affect appetite are serotonin and the 
catecholamines. Because of their potency and wide 
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KEY TERMS 


Adipose—Fatty tissue. 


Bariatrics—The field of medicine concerned with 
the causes, prevention, and treatment of obesity. 


Liposuction—The surgical removal of adipose tis- 
sue using suction techniques. 


Obesity—A metabolic condition of excess weight 
defined by some as a body weight over 30% of an 
ideal value. 


Restrictive | operations—Bariatric procedures 
designed to promote weight loss by restriction the 
volume of food that can physically pass through the 
stomach. Stomach stapling is an example of a 
restrictive operation. 


physiological effects, most appetite suppressants are 
approved for short-term use only. An exception is 
Sibutramine, an appetite suppressant that can be 
used to treat obese individuals for extended periods 
of time. In general, appetite suppressant medications 
used in bariatric treatment have only limited effective- 
ness. Average weight loss using such medications 
ranges from 5 to 22 lb (2.3 to 10.0 kg). Some obese 
individuals, however, may lose up to 10% of their 
body mass. Amphetamine drugs can result in greater 
weight reduction, but their use is highly regulated 
because of their potential for abuse and dependence. 
In some cases, bariatric physicians will utilize a combi- 
nation of drugs to maximize weight loss. An example 
is the concurrent use of fenfluramine and phentermine, 
called Fen/Phen. Fen/Phen was implicated in a num- 
ber of serious adverse reactions and is, therefore, no 
longer used. (In March 2003, for example, the death 
of major league baseball pitcher [Baltimore Orioles] 
Steve Bechler was linked to use of the diet drug 
ephedra.) 


A multiple approach to weight management 


Often, bariatric treatment uses multiple 
approaches to manage weight loss. For instance, lip- 
osuction may address cosmetic concerns and reduce 
some bulk weight, while diet and behavioral regimens 
are taught to the same individual to reduce caloric 
intake. Furthermore, drug therapy may be used to 
reduce the absorption of fats from the diet and psy- 
chotherapy to address emotional issues may also be 
administered at the same time. In this multiple 
approach, many techniques are used simultaneously 
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to induce and maintain weight loss for individuals who 
find weight loss to be very difficult. Often perceived as 
the result of a lack of willpower, weakness, or a life- 
style choice of overeating, obesity is in reality a chronic 
condition that is the result of many interacting factors 
that include genetics, environment, and behavior. As 
weight problems persist and increase in the United 
States, the need for new and effective bariatric treat- 
ments will continue to rise. 
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| Barium 


Barium—a soft, silvery very reactive metallic 
element—is the fifth element in Group 2 of the peri- 
odic table, the alkaline earth elements. It has an atomic 
number of 56, atomic mass of 137.327, and chemical 
symbol of Ba. 


Although pure barium is rarely used outside 
the laboratory, barium’s many compounds have a 
number of practical applications. Perhaps the most 
familiar is the barium enema. When doctors need to 
examine a patient’s digestive system, a mixture con- 
taining barium sulfate is used to coat the inner lining 
of the intestines. Similarly, to enhance examination of 
the stomach and esophagus, the patient drinks a 
chalky barium sulfate liquid. When the patient is x 
rayed, the barium coating inside the digestive tract 
absorbs a large proportion of the radiation. This high- 
lights the black-and-white contrast of the x-ray photo- 
graph, so that doctors can better diagnose digestive 
problems. 


Barium sulfate (BaSO,) is safe to use for this 
purpose because it does not dissolve in water or other 
body fluids. However, barium and all of its soluble 
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compounds are poisonous. Because pure barium reacts 
immediately with oxygen and water vapor to produce 
barium oxide when exposed to air, barium does not 
occur naturally in an uncombined state. Barium com- 
pounds are found primarily in two mineral ores: barite, 
which contains the sulfate compound, and witherite, 
which contains barium carbonate. 


Like other metals, barium is a good conductor 
of heat and electricity. It is silvery white and relatively 
malleable. Chemically, it resembles calcium and stron- 
tium, which are fellow members of the alkaline-earth 
family of metals. The metal gets its name from 
the Greek word for heavy, barys, which was first 
used to name the mineral barite, or heavy spar. 
Barium’s atomic number is 56 and it has seven stable 
isotopes. 


The first mention of barium compounds goes 
back to the early seventeenth century when records 
spoke of a Bologna stone, named for the city of 
Bologna, Italy. The Bologna stone attracted the atten- 
tion of scholars because it glowed in the dark. For 
more than a century, researchers attempted to dis- 
cover the composition of the Bologna stone. During 
the eighteenth century, chemists thought that barium 
oxide and calcium oxide were the same substance. 
In 1774, Swedish chemist Carl Wilhelm Scheele 
(1742-1786) showed that barium oxide is a distinct 
compound. Further, Scheele announced that he had 
found a new element in the Bologna stone. He sug- 
gested the name barium for the element based on the 
scientific name for the Bologna stone, barite. In the 
early 1800s, after electric batteries had been invented, 
chemists began using electric currents to break com- 
pounds apart. English chemist Sir Humphry Davy 
(1778-1829), who pioneered this technique of electrol- 
ysis, discovered barium in 1808. Davy produced the 
metal for the first time by passing an electric current 
through molten barium hydroxide. He also used 
electrolysis to isolate potassium, sodium, calcium, 
magnesium, and strontium. 


Although pure barium metal can be used to 
remove undesirable gases from electronic vacuum 
tubes, barium’s compounds are much more important 
to industry. Barium sulfate is a component of litho- 
pone, a white pigment used in paints. Barium carbo- 
nate is used in the production of optical glass, 
ceramics, glazed pottery, and specialty glassware; it is 
also an ingredient in oil drilling muds or slurries that 
lubricate the drill bit. The bright yellow-green colors in 
fireworks and flares come from barium nitrate. Motor 
oil detergents, which keep engines clean, contain 
barium oxide and barium hydroxide. 
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f Barium sulfate 


Barium sulfate (BaSO,) is a white or yellow pow- 
der or crystalline salt with no taste or odor. Its density 
is 4.24-4.5 and it melts at 2,876°F (1,580°C), decom- 
posing above that temperature. The compound is 
insoluble in water, but dissolves in hot concentrated 
sulfuric acid. 


Barium sulfate occurs in nature as the mineral bar- 
ite, or baryte, which is mined in Canada and Mexico 
and, in the United States in Arkansas, Missouri, 
Georgia, and Nevada. It is also prepared synthetically 
either by treating a solution of a barium salt with 
sodium sulfate or as a by-product in the manufacture 
of hydrogen peroxide. 


Barium sulfate is used in diagnostic radiology of 
the digestive system. A suspension of barium sulfate in 
water is administered either orally or via an enema, 
which coats the lining of the upper or lower digestive 
tract. Because barium is a heavy metal, the compound 
is opaque to x rays, and the shapes of the coated 
organs can clearly be seen. Although barium in solu- 
tions is highly toxic, the sulfate is so insoluble that the 
suspension is harmless. 


Barium sulfate is also used as a filler in products 
such as rubber, linoleum, oil cloth, plastics, paper, 
and lithographic inks. The compound is also used in 
paints and pigments, especially in the manufacture of 
colored papers and wall papers. Recently, barium 
sulfate has become popular as a substitute for natural 
ivory. 


fl Bark 


Bark is a protective, outer tissue that occurs on 
older stems and roots of woody coniferous and 
angiosperm plants. Bark is generally considered to 
occur on the outside of the tissue known as wood, or 
the water-conducting xylem tissues of woody plants. 
The inner cells of bark, known as phloem, grow by 
the division of outer cells in a generative layer called 
the vascular cambium, located between the bark and 
wood (inner cells of this cambium produce xylem 
cells). The outer cells of bark, known as cork, grow 
through cellular division in the cork cambium, 
present outside of the phloem. The outer part of 
the bark is a layer of dead cells, which can be 
as thick as several inches or more, and serves to 
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Harvesting barley with a combine tractor. (Holt Studios Limited Ltd. Photo Researchers, Inc.) 


protect the internal living tissues from injury, heat, 
and desiccation. 


The generally tough outer surface of bark protects 
the tree from physical damage. Underneath this 
surface layer, bark is a conduit for nutrients and waste. 


The macroscopic structure of bark varies greatly 
among species of woody plants. For example, the bark 
of American beech (Fagus grandifolia) is distinctively 
grey and smooth. In contrast, many species have a 
deeply fissured, rough bark, as in the cases of sugar 
maple (Acer saccharum) and spruces (Picea spp.). 
The color and pattern of fissuring and scaling of 
bark can often be used to identify species of trees and 
shrubs. 


Some types of bark have specific uses to humans. 
The young, brownish, inner bark of young shoots of 
the cinnamon tree (Cinnamomum zeylanicum), native 
to Sri Lanka but now widely cultivated in the humid 
tropics, is collected, dried, and used whole or pow- 
dered as an aromatic flavoring of drinks and stews. 
Some barks have medicinal properties, such as that of 
the cinchona tree (Cinchona calisaya), from which 
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quinine has long been extracted and used to reduce 
the fevers associated with malaria. More recently, 
taxol, an anti-cancer chemical, has been identified in 
the bark of the Pacific yew (Taxus brevifolia). Taxol is 
now used to treat ovarian cancer, and is also effective 
against some other cancers. 


The bark of some species of trees contains large 
concentrations of a group of organic chemicals known 
as tannins, which can be reacted with animal skins to 
create a tough, flexible, and very useful material known 
as leather. Tannins will also react with certain metal 
salts to form dark pigments, which are used in printing 
and dyeing. Major sources of tannins in North America 
are the barks of hemlock trees (especially Tsuga cana- 
densis and T. heterophylla), and oaks, especially chest- 
nut oak (Quercus prinus) and tanbark oak (Lithocarpus 
densiflora). Eurasian oaks and hemlocks are also used, 
as are several tropical species, such as red mangrove 
(e.g., Rhizophora mangle) and wattle (e.g., Acacia decur- 
rens). The thick, outer bark of the cork oak (Quercus 
suber) of Europe is collected and used to manufacture 
bottle corks, flotation devices, insulation, and compo- 
site materials such as parquet flooring. The bark of 
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some conifers is used as a mulch in landscaping, for 
example, that of Douglas fir (Pseudotsuga menziesii) 
and redwood (Sequoia sempervirens). 


Bill Freedman 


l Barley 


Barley is one of the world’s major cultivated 
crops. It is a member of the grass family (Poaceae). 
In 2006, an estimated approximately 138.7 million 
tons (141 million tonnes) of barley were grown world- 
wide as part of the production of 961.6 million tons 
(977 million tonnes) of course grains worldwide. 


The most widely cultivated species is six-rowed 
barley (Hordeum vulgare; also known as Hordeum sat- 
ivum), which has its seeds arranged in six vertical rows 
on the flowering axis. The natural range of the wild 
barley from which the cultivated species is derived is not 
known for certain. Most likely, it was in southwestern 
Asia or northeastern Africa, now Ethiopia. The mod- 
ern six-rowed barley probably has a polyphyletic ori- 
gin, meaning several species in the genus Hordeum 
contributed genes to its evolution and domestication. 
The primary progenitor, however, is thought to have 
been a wild barley known as Hordeum spontaneum, a 
grass with only two rows of seeds on its flowering axis. 
Other contributing barleys may include Hordeum dis- 
tichon and Hordeum deficiens. 


There is archaeological evidence suggesting barley 
was gathered as a wild food 17,000 years ago. It has 
been cultivated in the Middle East for more than 8,000 
years, and was domesticated at least 2,000 years before 
that. Within the last 5,000 years, barley has been culti- 
vated widely throughout Eurasia. Some of the major 
advantages of barley as a crop are that it can be culti- 
vated in a relatively cool, dry climate, in infertile soil, 
and can mature in as few as 60-80 days after planting. In 
fact, six-rowed barley is routinely grown further north 
than any other grain crop derived from a grass, such as 
the family Poaceae. Most barley is sown in the spring- 
time and used primarily as livestock fodder or in the 
production of malt for brewing beer. In the past, barley 
was primarily used to make cakes and bread, as gruel, 
or as a thickening ingredient in soup. These are now 
minor uses of the world production of barley. 


There are also numerous non-crop plants in the 
same genus as the economically important barley 
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species. One of these is the foxtail barley, Hordeum 
jubatum, a weedy plant native to marine shores having 
very long, attractive awns attached to its seeds. 


Bill Freedman 


tl Barnacles 


The rocky shores of most coastlines are liberally 
dotted with clusters of barnacles (phylum Arthropoda, 
class Crustacea). Barnacles are exclusively marine 
animals: approximately 1,000 species have been iden- 
tified worldwide. Many are tiny organisms measuring 
just a few centimeters in diameter, while others such as 
the South American Balanus psittacus may reach a 
height of 9 in (23 cm) and a diameter of 3 in (8 cm). 
Some of the smallest barnacles are parasitic, burrowing 
into mollusc shells and corals. The majority, however, 
are individual animals that occur in distinct parts of 
the shoreline: while most species live within the inter- 
tidal range, some are limited to the low tide mark, 
while others are adapted to living in the spray zone, 
which only the highest tides can reach. A few species 
are even adapted to living in deep water. 


There are two main types of barnacles—acorn and 
goose. Acorn barnacles are generally recognized by 
their squat, limpetlike appearance and extremely 
tough outer covering made up of five calcareous 
plates, which surround and protect the soft body cav- 
ity. With muscular contractions these plates can be 
opened or closed, depending on the state of the tide: 
at full tide, the plates are pushed outwards to allow the 
barnacle to feed, but as the tide withdraws, the bar- 
nacle closes its shell once again, leaving just a tiny 
opening for oxygen to enter. Thus enclosed in their 
shells, barnacles can resist drying at low tide. 


Goose, or stalked, barnacles differ in appearance 
by having a long stalk (peduncle), the base of which is 
attached to the substratum and the main part of the 
body (capitulum) poised at the other end. The latter is 
enclosed in a toughened carapace, similar to that of 
acorn barnacles, while the peduncle is muscular and 
capable of movement. 


Rocks are not the only substrate that attract bar- 
nacles. Some species attach to intertidal grasses, while 
others fix onto the shells of crabs or other molluscs 
such as clams and mussels, where they may help cam- 
ouflage the host animal. Some barnacles may even 
become attached to active-swimming species such as 
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marine turtles or even the fins or other body parts of 
whales. Floating timber and flotsam, marine buoys, 
piers and ship’s keels are also convenient anchoring 
points for many barnacles. 


Most barnacles are hermaphroditic—each indi- 
vidual having both male and female reproductive 
organs and, while self-fertilization may take place in 
some instances, the normal pattern is for cross fertil- 
ization. Barnacles have extremely long male reproduc- 
tive organs, some of which measure more than 
30 times the length of the animal’s body. Although 
barnacles usually live crowded together, the length of 
the reproductive appendage allows for fertilization of 
more distant animals. Sperm are deposited in neigh- 
boring animals by the reproductive appendage and the 
eggs brooded for about four months in a special sac 
within the mantle cavity. When they hatch, the tiny 
larvae are called nauplii. These larvae go through a 
series of molts until they transform into a different 
type of larvae called cypris. 


Cypris larvae are released to the ocean where they 
drift with the currents. As many as 13,000 larvae may 
be released by a single individual. Cypris larvae are 
unable to feed but they are able to swim. When the 
cypris larva finds an appropriate substrate, it will 
settle—a critical time in the life of the barnacle. As 
the larvae settles, it attaches itself to a substrate by 
means of cement glands located in the base of the first 
antennae. It then undergoes a period of metamorpho- 
sis in which the existing larval carapace becomes cov- 
ered with interlocking calcareous plates. 


Locked in a single location for the remainder of its 
life, the barnacle has evolved a simple, but effective 
means of feeding. When covered with water, the bar- 
nacle extends six pairs of curved, hairy legs (cirri) from 
the body cavity into the water column. These feeding 
appendages trap tiny plankton and small crustaceans as 
they comb through the water. When food is captured, 
the cirri are withdrawn into the mouth where particles 
are cleaned off and the cirri unfolded once again to 
continue feeding. Rhythmic beating of the cirri also 
creates a gentle flow of water down towards the 
mouth, further enhancing the chances of obtaining food. 


In spite of their small size, barnacles can cause 
considerable economic impact, particularly for ship- 
ping, as high densities of barnacles on a ship’s keel can 
reduce its speed by as much as one-third. Similar 
agglomerations may form on the legs of oilrigs, piers 
and other semi-permanent features, causing consider- 
able damage. A great deal of research and money has 
been invested in the design of anti-fouling paints, 
which deter barnacles from settling on underwater 
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structures. Many of these products, however, have 
had a negative effect on the marine environment, poi- 
soning other species of animals. 


See also Arthropods. 


| Barometer 


A barometer is an instrument for measuring 
atmospheric pressure. Two kinds of barometers are 
in common use, a mercury barometer and an ane- 
roid barometer. The first one makes use of a long 
narrow glass tube filled with mercury supported in a 
container of mercury, and the second one makes use 
of a diaphragm whose size changes as a result of air 
pressure. 


Mercury barometers 


The principle of the mercury barometer was dis- 
covered by Italian physicist Evangelista Torricelli 
(1608-1647) in about 1643. The principle can be illus- 
trated in the following manner. A long glass tube is 
sealed at one end and then filled with liquid mercury 
metal. The filled tube is then inverted and its open end 
inserted into a bowl of mercury. When this happens, a 
small amount of mercury metal runs out of the tube, 
leaving a vacuum at the top of the tube. 


Under normal circumstances, the column of mer- 
cury in the glass tube stands at a height of about 30 in 
(76 cm). The column is sustained because air pressure 
pushes down on the surface of the mercury in the bowl 
at the bottom of the barometer. At the same time, the 
vacuum at the top of the glass tube exerts essentially 
no pressure on the column of mercury. The height of 
the mercury column in the glass tube, then, reflects the 
total pressure exerted by the atmosphere at the 
moment of measurement. 


In theory, a barometer could be made of any 
liquid whatsoever. Mercury is chosen, however, for a 
number of reasons. In the first place, it is so dense that 
the column sustained by air pressure is of practicable 
height. A similar barometer made of water, in compar- 
ison, would have to be more than 34 ft (100 m) high. In 
addition, mercury has a low vapor pressure and does 
not, therefore, evaporate easily. In a water barometer, 
the situation would be very different. Water has a 
much greater vapor pressure, and one would have to 
take into consideration the pressure exerted by water 
vapor at the top of the barometer, a factor of almost 
no consequence with a mercury barometer. 
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Aneroid barometer. (Paul Seheult. Eye Ubiquitous/Corbis.) 


Two important additions needed to increase the 
accuracy of a barometer are a vernier scale and a 
thermometer. The vernier allows one to make an 
even more accurate measurement than is possible by 
reading the scale itself. The thermometer is needed 
because the density of mercury and other materials 
used in the construction of a barometer change with 
temperature. Most barometers come equipped with 
thermometers attached to them, therefore, along 
with conversion charts that permit one to correct bar- 
ometer readings for a range of actual temperatures. 


Modifications to the mercury barometer 


The barometer described above is adequate for 
making rough measurements of atmospheric pressure. 
When more accurate readings are needed, however, 
modifications in the basic design of the barometer 
must be made. The most important factor to be con- 
sidered in making such modifications is changes that 
take place in the mercury reservoir at the bottom of 
the barometer as a result of changes in atmospheric 
pressure. 


When the atmospheric pressure decreases, for 
example, air pressure is able to sustain a slightly 
smaller column of mercury, and some mercury flows 
out of the glass tube into the reservoir. One might hope 
to find the new pressure by reading the new level of 
the mercury in the glass tube. However, the level of 
the mercury in the glass tube must be compared to the 
level of the mercury in the reservoir, and the latter 
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has changed also as a result of a new atmospheric 
pressure. 


This problem is dealt with in one of two ways. 
In one instrument, the English Kew barometer, no 
modification is made in the mercury reservoir itself. 
Instead, changes that take place in the mercury 
level within the reservoir, due to changes in atmos- 
pheric pressures, are compensated by making small 
changes in the measuring scale mounted to the glass 
tube. As one moves upward along the scale, the grad- 
uations between markings become slightly smaller to 
correct for the changing level of the mercury in the 
reservoir. 


A second type of barometer, the Fortin barome- 
ter, contains a flexible bag that holds an extra supply 
of mercury metal. The flow of mercury into and out of 
that bag and then out of and into the glass tube is 
controlled by an adjustable screw whose point is 
moved so as just to touch the surface of the mercury 
in the reservoir. As atmospheric pressure and mercury 
levels change, modifications of the adjustable screw 
keep the mercury level at a constant height. 


Aneroid barometer 


A major disadvantage of the mercury barometer is 
its bulkiness and fragility. The long glass tube can 
break easily, and mercury levels may be difficult to 
read under unsteady conditions, as on board a ship at 
sea. To resolve these difficulties, French physicist 
Lucien Vidie (1805-1866) invented the aneroid (with- 
out liquid) barometer in 1843. 


An aneroid barometer can be compared to a cof- 
fee can whose sides are flexible, like the bellows on an 
accordion. Attached to one end of the coffee can 
(aneroid barometer) is a pointer. As atmospheric pres- 
sure increases or decreases, the barometer contracts or 
expands. The movement of the barometer is reflected 
in the motion of the pointer, which rides up and down 
with changes in atmospheric pressure. 


One way to observe the motion of the pointer is to 
attach it to the hand on a dial that moves around 
a circular scale, from low pressure to high pressure. 
The simple clock-like aneroid barometer hanging on 
the wall of many homes operates on this basis. 
Another way to observe the movement of the pointer 
is to have it rest on the side of a rotating cylinder 
wrapped with graph paper. As the cylinder rotates 
on its own axis, the pen makes a tracing on the paper 
that reflects increases and decreases in pressure. A 
recording barometer of this design is known as a 
barograph. 
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KEY TERMS 


Altimeter—An aneroid barometer used to measure 
altitude. 


Barograph—An aneroid barometer modified to 
give a continuous reading of atmospheric pressures 
on graph paper. 

English Kew barometer—A mercury barometer 
with a contracting measuring scale and a constant 
reservoir of mercury. 


Fortin barometer—A mercury barometer with a 
fixed measuring scale and an adjustable reservoir 
of mercury. 


Vapor pressure—The amount of pressure exerted 
by liquid molecules in the vapor state. 


Vernier scale—A movable scale for measuring a 
fractional part of one division on a fixed scale. 


The altimeter 


An important application of the aneroid barom- 
eter is the altimeter, an instrument used to measure 
one’s distance above sea level. Atmospheric pressure is 
a function of altitude. The farther one is above sea 
level, the less the atmospheric pressure, and the closer 
one is to sea level, the greater the atmospheric pres- 
sure. A simple aneroid barometer can be used to con- 
firm these differences. If the barometer is now 
mounted in an airplane, a balloon, or some other 
device that travels up and down in the atmosphere, 
one’s height above the ground (or above sea level) can 
be found by noting changes in atmospheric pressure. 


The Weather 


In order to accurately predict the weather for any 
particular location the use of barometers are used 
continuously at several observation points. This baro- 
metric system is used to secure data of the motions, 
sizes, and shapes of air masses as they travel across 
land masses and bodies of water. Consequently, bar- 
ometers are essential to meteorology, the study of 
Earth’s atmosphere and, especially, its weather. 
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| Barracuda 


A barracuda is a long, cylindrical, silvery fish. It 
has two widely separated dorsal fins, in roughly the 
same location as the two fins on its belly, and a forked 
tail. The largest species, the great barracuda 
(Sphyraena barracuda), seldom grows longer than 6.5 
ft (2 m) and is an aggressive, fearsome predator of 
other fish. All barracudas have an underhung jaw 
that houses long, incredibly sharp teeth; their teeth 
are conically shaped, are larger in the front, like 
fangs, and their horizontal mouths can open very 
wide. In general, the barracuda inhabits tropical and 
warmer temperate waters throughout the world, spe- 
cifically in the Atlantic, Pacific, and Indian Oceans. 
Different species of barracuda thrive in a variety of 
specific habitats but they are common over reefs and 
near continental shelves. Barracudas have been known 
to attack humans. 


Barracudas are classified in the order Perciformes, 
an incredibly diverse group, containing 18 suborders 
and nearly 7,000 species of fish. Barracudas are classi- 
fied in the suborder Scombroidei, which also includes 
tuna and marlins. Within their family (Sphyraenidae), 
there is one genus, Sphyraena, with 20 species. 


Predatory behavior 


Barracudas usually swim actively in clear water 
searching for schools of plankton-feeding fish. Their 
silver coloring and elongated bodies make them diffi- 
cult for prey to detect, especially when viewing them 
head-on. Barracudas depend heavily on their sense of 
sight when they hunt, noticing everything that has an 
unusual color, reflection, or movement. Once a barra- 
cuda sights an intended victim, its long tail and match- 
ing anal and dorsal fins enable it to move with 
incredibly swift bursts of speed to catch its prey before 
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A barracuda in its reef habitat. The creature can move with great speed to slash an intended victim to ribbons with its teeth. 
(Gregory Ochocki/Eric Haucke. Photo Researchers, Inc.) 


it can escape. Barracudas generally assault schools of 
fish, rushing at them head first and snapping their 
strong jaws right and left. 


When barracudas are mature, they usually swim 
alone, however, there are circumstances when they 
tend to school, such as while they are young and 
when they are spawning. Additionally, to feed more 
easily, barracudas sometimes swim in groups. In this 
case, they can herd schools of fish into densely popu- 
lated areas or chase them into shallow water; when the 
barracudas accomplish this, they can eat practically all 
the fish they want at leisure. 


The great barracuda 


As its name implies, the great barracuda is most 
notable because of its size. Like all species of barra- 
cuda, this species has a long, silvery body and very 


sharp teeth. It generally appears silvery with green or 
gray on its back and black blotches on its belly. 
However, this fish can change color to match its back- 
ground environment. While individuals in most species 
of barracuda rarely grow longer than 5.5 ft (1.7 m), 
some specimens of the great barracuda have been 
reported to reach 10 ft (3 m) long. (Usually, members 
of this species average about 3 ft [0.9 m] long.) An 
aggressive hunter, the great barracuda inhabits tem- 
perate and tropical waters all over the world, except in 
certain parts of the Pacific Ocean and Mediterranean 
Sea. Specifically, it is found in the west Atlantic from 
Brazil to New England and in the Gulf of Mexico. 
Also, it is one of three barracuda species found in the 
Caribbean. The other two species are Sphyraena gua- 
chancho and Sphyraena picudilla. These two species, 
much smaller and more rare, often swim in the com- 
pany of jacks, and are commonly named sennets. 


The Pacific barracuda 


A great deal is known about the Pacific barracuda 
(Sphyraena argentea). It spends its winters off Mexico 
and joins a school in the spring to swim up the coast 
and spawn. Males are sexually mature when they are 
two or three years old; females mature one year later. 
The female Pacific barracuda lays her eggs at intervals, 
and the eggs float freely in the water. Measuring up to 
4.9 ft (1.5 m) long, Pacific barracuda eat sardines. 
They are caught throughout the year off the Mexican 
coast and in the summertime off the California coast. 
Their meat is reportedly very good. 


Human fear of barracudas 


People who dive in tropical regions are often quite 
afraid of barracudas, fearing them even more than 
sharks. Often, divers in tropical waters report feeling 
as if there is “someone watching them” when they are 
submerged. With barracudas, this is probably the case. 
Barracudas are curious animals and commonly follow 
and watch divers, noticing any strange movements or 
colors. Unlike sharks, barracudas only attack their 
prey one time, usually with one massive bite. 


Barracudas are not as dangerous as many people 
think. Unless they are provoked, they rarely attack. 
Barracuda attacks usually take place under certain 
circumstances, including: 1) when the water is very 
murky; 2) when a diver is carrying or wearing a shiny 
reflecting object, like jewelry; 3) when the barracuda is 
provoked; or 4) when a diver is carrying a wounded 
fish. Attacks can also be caused by excessive splashing 
or other irregular movements in the water, especially 
in murky conditions. Also, some people think that the 
likelihood of a barracuda attack depends on location. 
For instance, while the great barracuda seldom 
attacks humans in Hawaii, it is considered more dan- 
gerous in the West Indies. 
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| Barrier islands 


A barrier island is a long, thin, sandy stretch of 
land oriented parallel to the mainland coast, which 
protects the coast from the full force of powerful 
storm waves. Between the barrier island and the main- 
land is a lagoon or bay. Barrier islands are dynamic 
systems that migrate under the influence of changing 
sea levels, storms, waves, tides, and longshore cur- 
rents. Approximately 2,500 barrier islands are known 
to exist in open oceans, while thousands of barrier 
islands are found in low-energy settings such as bays. 
In the United States, barrier islands occur along gently 
sloping sandy coastlines such as those along the Gulf 
Coast and the Atlantic Coast as far north as Long 
Island, New York. They are, in contrast, absent 
along the generally steep and rocky Pacific Coast. 
Some of the better known barrier islands along the 
coast of the United States are Padre Island, Texas, the 
world’s longest barrier island; Sanibel and Captiva 
Islands, Florida; Cape Hatteras, North Carolina; 
and Assateague Island, Maryland. 


Residential and recreational development on bar- 
rier islands has become a contentious issue in recent 
years. Although the islands serve as buffers against the 
sea by constantly shifting and changing their loca- 
tions, the owners of homes, stores, and hotels on bar- 
rier islands often try to stabilize the shifting sand to 
protect their property. This is accomplished by beach 
hardening (the construction of engineered barriers) or 
beach nourishment (the continual replacement of sand 
that has been washed away during storms). In either 
case, the result is an interruption of the natural proc- 
esses that formed the islands. Construction that pre- 
vents the naturally occurring erosion of sand from the 
seaward side of a barrier island, for example, may 
result in erosion problems when the landward side is 
consequently starved of sand. Beach nourishment 
projects typically require ever increasing amounts 
of sand to maintain a static beachfront, and are there- 
fore economically viable for only short periods of 
time. Although coastal management activities have 
long been directed towards beach hardening and 
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A barrier island in the Cape Hatteras National Seashore Park, off the coast of North Carolina. (ULM Visuals.) 


nourishment, current scientific thinking suggests that 
the islands are more appropriately viewed as geologi- 
cally transient features rather than permanent shore- 
lines suitable for development. 


Barrier island origins 


Currently existing barrier islands are geologically 
young features that formed during the Holocene 
epoch (approximately the last 10,000 years). During 
that time, the rapid rise in sea level associated with 
melting glaciers slowed significantly. Although the 
exact mechanisms of barrier island formation are not 
fully understood, the decreasing rate of sea level rise 
allowed the islands to form. 


Several conditions must be met in order for 
barrier islands to form. First, there must be a source 
of sand to build the island. The sand may come from 
coastal deposits or offshore deposits called shoals. 
In either case, the sand originated from the weathering 
and erosion of rock and was transported to the coast 
by rivers. In the United States, much of the sand 
composing barrier islands along Florida and the 
East Coast came from the Appalachian Mountains. 


Second, the topography of the coastline must have a 
broad, gentle slope. This condition occurs from the 
coastal plains of the mainland to the edge of the con- 
tinental shelf along the Atlantic and Gulf Coasts. 
Finally, the waves, tides and currents in the area of a 
future barrier island must be strong enough to move 
the sand. Waves must be the dominant of these three 
water movement mechanisms. 


Several explanations for barrier island develop- 
ment have been proposed. According to one theory, 
coastal sand is transported shoreward as sea level rises 
and, once sea level stabilizes, waves and tides work the 
sand into a barrier island. Another possibility is that 
sand is transported from shoals. Some barrier islands 
may form when low-lying areas of spits, extensions of 
beaches that protrude into a bay, are breached by the 
sea. Finally, barrier islands may form from sandy 
coastal ridges that become isolated and form islands 
as sea level rises. 


Once formed, barrier islands do not persist as static 
landforms. They are dynamic features that are contin- 
uously reworked by wind and waves. Changes in sea 
level also affect barrier islands. Most scientists agree 
that sea level has been gradually rising over the last 
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Diagram of the barrier island system. (Photo Researchers, Inc.) 


thousand years, and this rise may be accelerating today 
due to global warming. Rising sea levels cause existing 
islands to migrate shoreward, and barrier islands off 
the Carolina coast are thought to have migrated 40-50 
mi (64-80 km) during the Holocene epoch. 


Barrier island zonation 


Individual barrier islands do not stand alone; 
instead, systems of islands develop along favorable 
coastlines. The formation of an island allows other 
landforms to develop, each characterized by its dom- 
inant sediment type and by the water that shapes them. 
For example, each barrier island has a shoreline that 
faces the sea and receives the full force of waves, tides, 
and currents. This shoreline is often called the beach. 
The beach zone extends from slightly offshore to the 
high water line. Coarse sand and gravel are deposited 
along the beach, with finer sand and silts carried far- 
ther offshore. 


Behind the beach are sand dunes. Wind and plants 
such as sea oats form dunes, but occasionally dunes 
are inundated by high water and may be reworked by 
storm surges and waves. On wide barrier islands, the 
landscape behind the foredunes gently rolls as dunes 
alternate with low-lying swales. If the dunes and 
swales are well developed, distinct parallel lines of 
dune ridges and swales can be seen from above. 
These differences in topography allow some soil to 
develop and nutrients to accumulate despite the 
porous sandy base. Consequently, many medium to 
large barrier islands are host to trees (which are often 
stunted), bushes, and herbaceous plants. Smaller or 
younger barrier islands may be little more than loose 
sand with few plants. 
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The back-barrier lies on the shoreward side of the 
island. Unlike the beach, this zone does not bear the 
full force of waves. Instead, the back-barrier region 
consists of a protected shoreline and lagoon, which is 
influenced by tides more than waves. Water may occa- 
sionally rush over the island during storms, carrying 
beach and dune sand and depositing it in the lagoon. 
This process, called rolling over, is vital to the exis- 
tence of barrier islands and is the method by which a 
barrier island migrates landward. Sand washover fans 
in the lagoons are evidence of rolling over. Salt marsh, 
sea grass, and mudflat communities develop along the 
sheltered back-barrier. These communities teem with 
plant and animal life and their sediments are rich in 
organic matter. 


Finally, barrier islands are associated with tidal 
inlets and tidal deltas. Tidal inlets allow water to move 
into and out of bays and lagoons with rising and fall- 
ing tides. Tidal inlets also provide a path for high 
water during storms and hurricanes. As water moves 
through an inlet, sand is deposited at both ends of the 
inlet, forming tidal deltas. Longshore currents may 
also deposit sand at the delta. Eventually, the growing 
deltas close the inlet and a new inlet appears elsewhere 
on the island, usually at a low-lying spot. The size and 
shape of the inlet are determined by various factors, 
including the size of the associated lagoon and the 
tidal range (the vertical height between high and low 
tide for the area). A large tidal range promotes the 
formation of many inlets, thereby creating shorter and 
wider barrier islands referred to as drumsticks. In 
addition, the larger the lagoon and the greater the 
tidal range, the deeper and wider the inlet due to the 
large quantity of water moving from ocean to lagoon 
and back. Deep, wide inlets occur where the main 


479 


Spue]si Jolieg 


Basin 


KEY TERMS 


Inlet—A narrow watery channel next to a barrier 
island that leads from the sea to a bay or lagoon. 


Lagoon—A shallow, semi-enclosed body of water 
connected to the sea by an inlet. 


Shoal—A sandy area submerged in shallow water. 


Storm surge—A significant, sudden, and temporary 
rise in sea level, associated with high winds and 
very low pressure, accompanying hurricanes. 


source of energy shaping the coastal area is tides, or 
tides in conjunction with waves. In contrast, wave- 
dominated areas form long barrier islands with nar- 
row bays and narrow, shallow inlets. 


Can humans and barrier islands coexist? 


Barrier islands bear the full force of coastal storms 
and hurricanes, buffering the mainland coast. This 
often occurs at the expense of the island. Although 
the processes creating and maintaining barrier islands 
have been occurring for thousands of years, they have 
only become of concern in the last few decades. 
Billions of dollars worth of real estate development 
on barrier islands is now threatened by migrating 
beaches as sand continues to be reworked and trans- 
ported by natural forces. Cities such as Miami Beach 
and Atlantic City are on barrier islands. Engineering 
efforts to stop erosion through beach nourishment 
projects, seawalls, and other means are merely tempo- 
rary fixes against the powerful forces of nature. Some 
engineered structures can actually accelerate the rate 
of erosion. 


Laws in some coastal states prohibit building 
between the sea and the dunes closest to the sea. 
Some laws prohibit the rebuilding of structures lost 
or damaged due to storms and erosion. Preservation 
may be the best long-term solution to ensure the future 
of these islands, but for many people the desire for 
beach resorts is a more immediate concern. 


See also Coast and beach. 
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Barrier reef see Coral and coral reef 
Baryons see Subatomic particles 
Base see Acids and bases 


Base (numeration) see Numeration systems 


ll Basin 


In geology, the word basin can be used to repre- 
sent topographic or drainage basins, structural basins, 
and sedimentary basins. In some cases, a single basin 
can include aspects of more than one of these types of 
basins. 


A topographic, or drainage, basin is a low-lying 
area into which water collects and flows into a chan- 
nel, stream, or lake. The flow of any river or stream is 
collected within that area of land comprising its drain- 
age basin. These basins can vary in size from millions 
of square miles to a few square feet. The Amazon 
River’s drainage basin covers more than 2.7 million 
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sq mi (3.22 million km). A drainage divide lies at the 
top of a ridge that separates neighboring drainage 
basins. Closed drainage basins have no outlet. Any 
water entering a closed basin cannot exit by overland 
flow, but instead must evaporate or infiltrate into the 
ground. The floor of Death Valley, a closed basin, is 
covered with salts that have been precipitated from 
water that was later lost to evaporation. 


An area in which rocks tilt towards a central 
point, as in a bowl, is known as a structural basin. 
Most structural basins are from a few miles to hun- 
dreds of miles in width. In some cases, the rocks that 
form the outer limbs of the structural basin might be 
removed by erosion, leaving the center of the basin 
intact and higher than the outside of the basin. Such a 
feature would be a topographic high but have the 
internal structure of a basin. 


A sedimentary basin is a low-lying area in which 
sediments accumulate over a long period of time. 
Sedimentary basins form where Earth’s crust is lowered 
as a result tectonic forces or bent downward under the 
weight of thick accumulations of sediment. Sedimentary 
basins can be shaped like bowls or elongate troughs, or 
have irregular shapes. They can be tens to hundreds 
of miles in diameter and can contain tens of thousand 
of feet of sediment. Some sedimentary basins contain 
economically significant accumulations of oil and gas 
whereas others constitute important aquifers. There 
are approximately 600 sedimentary basins on Earth, 
of which about 150 contain petroleum. 


Sedimentary basins often form beneath large del- 
tas, which occur where rivers drain continents and 
deposit sediments. The weight of sediments can cause 
the crust to sag or warp, forming a basin. The Gulf of 
Mexico is an area of tremendous sediment deposition 
by the Mississippi River and also contains important 
petroleum reserves. 


See also Fold; Tectonics. 


| Bass 


Bass is the common name for a number of well- 
known freshwater and saltwater fish, which include 
the wide mouth bass, the striped bass, groupers, jew- 
fish, and wreckfish. Many people consider base some 
of the finest sports and food fish in the world. The fish 
known as bass actually belong to several different 
families and are distributed worldwide in tropical 
and temperate waters. 
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The freshwater family Centrarchidae includes the 
black basses, crappies, and sunfish. All species have 
plump, oval bodies with rough scales with a comblike 
edge. There are two dorsal fins, which are connected 
and the first fin has thick spines. Heavy spines are also 
found in the anal fin. 


Freshwater basses include the predatory large- 
mouth bass, Micropterus salmoides, so called because 
of its large mouth compared to the other basses. It is 
greenish with a lateral stripe on each side; the color 
varies depending on size, water temperature and 
chemistry. Largemouth bass are generally found in 
shallow waters with plenty of vegetation such as slow 
moving streams with muddy bottoms and lakes. The 
largemouth bass is widespread in the United States 
and southern Canada and is an important sport fish. 
The average size of largemouth bass varies; bass from 
southern regions are heavier than those from the 
north. In southern Georgia a specimen was caught 
by rod and reel weighing 22.25 lb (10 kg). 


The species spawns in late March in the south but 
in June in the north. Largemouth bass demonstrate 
characteristic parental care of the young. When 
females are about to lay their eggs males will prepare 
the nest. After a female has laid her eggs, the male will 
deposit sperm (milt) over them. He will guard the nest 
from potential enemies. In the course of their develop- 
ment the eggs are fanned to aerate them and to keep 
off mud and silt. After the eggs develop into fry the 
male guards the young for several weeks. 


The smallmouth bass, M. dolomieui, is found in 
North America farther north than the largemouth 
bass. The smallmouth bass is found in cold, moving 
water, and not generally on muddy bottoms. It is a 
smaller species than the largemouth bass, on average 
weighing under a pound. It is somewhat more aggres- 
sive and provides more sport for the fisherman. 


The spotted bass, M. punctulatus, is found between 
Ohio and Florida and in parts of Kansas and Texas. 
The spotted bass may reach up to 4 Ib (1.8 kg). This fish 
is found in cool, fast flowing waters like the smallmouth 
bass, but may also be found in deep water (100 ft, 33 m). 
Three other species resemble the spotted bass. These are 
the Guadalupe bass, M. treculi, reaching a weight of 1 
Ib (0.45 kg), the Suwanee bass, M. notius, of northern 
Florida weighing under a pound, and the redeye bass, 
M. coosae, of the Alabama River and nearby areas, 
weighing up to 2 Ib (0.9 kg). 


The saltwater basses are distinct from the fresh- 
water basses, and most are included in the family 
Serranidae. Although primarily saltwater fishes, 
some of these bass may be found in fresh or brackish 
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Two striped bass on the ocean floor. (Andrew J. Martinez. The National Audubon Society Collection/Photo Researchers, Inc.) 


water. Some of these species are prized sport fishes 
especially for the hook and line enthusiast. Saltwater 
bass have the characteristic basslike or perchlike body 
shape with a thick spine on the first dorsal fin and a 
soft rayed second dorsal fin. Saltwater bass vary in size 
from massive forms of about 1,000 Ib (454 kg) to tiny 
individuals under | in (2.5 cm) long, some of which are 
aquarium fish. 


The belted sandfish, Serranus subligarius, matures 
when it reaches 2 in (5 cm) in length, and grows to a 
maximum of about 6 in (15 cm) long. The belted sand- 
fish is found in the tropical Atlantic and Caribbean 
and may descend to deeper waters of 60 ft (20 m). 


Sea basses in the genus Morone are occasionally 
found in fresh water. Some taxonomists group these 
fish with the wreckfish (Polyprion americanus) and the 
giant sea bass in the family Percichthyidae rather than 
the Serranidae. The wreckfish reaches lengths of over 
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6 ft (2 m), weighs up to 100 lb (45 kg), and descends to 
depths of 300 ft (1,000 m). 


The striped bass, Morone saxatilis, also called 
rockfish, rock bass, or striper, inhabits the waters 
along the mid-Atlantic coasts from the St. Lawrence 
River to northern Florida. Some specimens of striped 
bass transferred to the Pacific Ocean off California in 
1879 have established themselves well and are now 
abundant. The striped bass may reach 100 Ib (45.4 
kg), although most average approximately 10 Ib (4.54 
kg) and are highly prized for sport and food. Striped 
bass spawn in fresh waters in early summer; some have 
become landlocked in the Santee-Cooper Reservoir in 
South Carolina. 


Groupers (genus Epinephelus) frequently gather on 
rocky shores. Groupers are popular sport fish, caught 
by rod and reel as well as by hand line, and highly prized 
for their superb flavor. Examples are the red grouper, 
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E. mario, the Nassau grouper, E. striatus, the red hind, 
E. guttatus, and the rock hind, E. adscensionis. In 
Australia the Queensland grouper, EF. J/anceolatus, 
reaches half a ton in weight and has a huge appetite. 
There are reports that this giant fish stalks pearl and 
shell divers, and there are unconfirmed tales of divers 
being swallowed by groupers. A close relative of the 
Queensland grouper is the giant jewfish (Epinephelus 
itajara), which frequents the Caribbean up to Florida 
and also the Pacific Ocean in the Gulf of California, 
Mexico, and Panama. Although the jewfish’s weight 
averages about 20 lb (9 kg), some may weigh up to 
100 Ib (45.4 kg) or more. A rod and reel catch of a 
680 Ib (309 kg) specimen has been reported. To catch 
the larger fish, shark hooks and ropes may be used. The 
large fish are cut into steaks and fillets. The taste of the 
smaller fish is preferable to that of the larger specimens, 
which are edible but have a strong flavor. 


Several species of sea bass in the Serranidae are 
hermaphrodites, where both male and female organs 
are found in the same individual. Cross-fertilization 
is the rule since fish do not fertilize their own 
eggs. Examples of hermaphroditic species include 
Paralabrax clathratus, P. hepatus, and Diplodus vulga- 
ris of the Mediterranean Sea. Most species of true 
hermaphrodite fish among the teleosts are in the 
Serranidae, the sea bass family. 


Many species of grouper and other sea basses are 
fish that function as females at first, then transform 
into males and function as males for the rest of their 
lives. This explains why large specimens are all males. 
An example is the Atlantic or black sea bass 
(Centropristis striatus), which demonstrates this con- 
dition. It is found from Massachusetts to North 
Carolina with some individuals straying to Florida. 


The black sea bass demonstrates a distinct form of 
hermaphroditism characteristic of hermaphroditic 
groupers, where the sexes are physically distinct. 
Functional males and females are easily distinguished; 
the female has a more pointed snout, and is a darker or 
duller blue color. In July, the post breeding period, 
some females may be brown or almost completely 
white. Males at spawning time in May and June may 
be bright blue, especially around the eyes, with an 
adipose (fatty) hump behind the head, which is most 
prominent at spawning time. Early in life there is a sex 
change from female to male, the changeover reaching 
its summit at about five years of age. By the eighth 
year there are no females in the population, and the 
males continue to grow for several more years. As with 
the groupers this accounts for the fact that the large 
black sea bass are all males. 
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Grouper tend to aggregate in groups in order to 
spawn. This behavior allows them to be easily caught 
in large numbers by fishermen and, in particular, the 
larger, reproductively mature males are overfished. 
Because of the intense fishing pressure resulting in 
depleted numbers, it is forbidden to take Nassau 
grouper in the United States. Both the Nassau grouper 
and the jewfish are candidates for the US. 
Endangered Species List. 
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| Basswood 


Basswoods are about 30 species of trees in the 
genus Tilia, in the linden family Tiliaceae. In North 
America, these trees are generally known as bass- 
woods in forestry, and lindens in horticulture. 


Basswoods have simple, long-petioled, coarsely 
toothed, broadly heart-shaped leaves, arranged alter- 
nately on their twigs. The flowers occur in clusters, 
and emerge from a specialized leaf known as a bract. 
The flowers produce relatively large amounts of nec- 
tar, and are insect pollinated. The ripe fruits are grey, 
hard, and nutlike, and each contains one or several 
seeds. 


Mature basswood trees issue sprouts from their 
roots, which develop as shoots around the tree. In 
addition, after a mature basswood tree is harvested, 
numerous sprouts arise from the surviving roots and 
stump, and these can develop into a new tree. 
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Basswoods produce a relatively light, clear, 
strong, and durable wood that can be used as lumber 
to manufacture boxes and crates, furniture, picture 
frames, and for carving. Basswood honey is another 
economic product, as is an herbal tea made from 
the dried flowers. North American species of bass- 
wood and the related European linden (Tilia cordata) 
are commonly planted as shade trees in residential 
areas. 


Four basswood species are native to North 
America. The most widely distributed is the American 
basswood (Tilia americana), a tree of temperate, hard- 
wood forests of the northeastern United States and 
southeastern Canada. This is a relatively tall-growing 
species, which can reach a height of up to 82 feet 
(25 m). The leaves of this species are largest in relatively 
shaded parts of the crown, where they can achieve a 
length of more than 7.8 inches (20 cm) and a width of 
3.9 inches (10 cm). 


The white basswood (T. heterophylla) occurs in 
the eastern United States, while the ranges of the 
Carolina basswood (7. caroliniana) and Florida bass- 
wood (7. floridana) are the southeastern coastal plain 
of the United States. 


Bill Freedman 


l Bathymetric maps 


A bathymetric map represents ocean depths 
depending upon geographical coordinates, in much 
the same way a topographic map represents the alti- 
tude of the Earth surface in given different geographic 
points. Bathymetric maps have provided useful foren- 
sic evidence in court when certain types of crimes 
involving the sea are committed, or disputes arise 
about fishing boundaries or national boundaries at 
sea. Bathymetric maps have also been used by treas- 
ure-seekers when investigating the sea floor to identify 
the most likely areas to seek sunken ships, and aided in 
the search for the H.M.S. Titanic in the 1980s. 


The most common type of bathymetric map 
displays lines called isobaths that indicate ocean 
depths. Like geographical maps of the Earth’s surface, 
bathymetric maps are usually constructed in Mercator 
projection. Mercator projection is a mathematical 
method for displaying the surface of the Earth on 
a flat sheet of paper or computer screen. Mercator 
projection maps have been used for centuries in 
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constructing sea charts that are used for sailing in all 
latitudes except the Polar regions. 


The creation of a bathymetric map for a given 
region depends on the amount of depth measurement 
data for that region. Since before the invention of the 
echosounder in the 1920s, ocean (sea) depth measure- 
ments were quite rare, these measurements were made 
only in isolated points, and the creation of a bathy- 
metric map was practically impossible. Thus, the 
structure of the ocean floor was unknown. It should 
be noted, for example, that the most important struc- 
ture in the Atlantic Ocean—the Middle-Atlantic 
ridge—was discovered and began to be studied only 
after World War I (1939-1945). Another important 
factor for creating bathymetric maps lies in the deter- 
mination of the geographical coordinates of the point 
where the depth measurement is made. In order to 
produce precise maps, precise geographical determi- 
nations are needed. GPS (Global Positioning System) 
technology is usually used for determining the coor- 
dinates of measurement points in bathymetric 
mapping. 

Bathymetric maps of a country’s continental shelf 
(the gradually sloping seabed around a continental 
margin) are important due to the special legal status 
of sea areas. These maps are important not only for 
defining territorial waters; they are also important 
because the shelf is home for intensive mineral depos- 
its and mineral output, such as oil from beneath the 
sea floor off the coasts of the United Kingdom, 
Norway, and Mexico. 


The United Nations Convention on the Law of 
the Sea (1982) states that, “The fixed points compris- 
ing the line of the outer limits of the continental shelf 
on the seabed ... either shall not exceed 350 nautical 
miles from the baselines from which the breadth of the 
territorial sea is measured or shall not exceed 100 
nautical miles from the 2,500 meter isobath, which is 
a line connecting the depth of 2,500 meters.” It is clear 
that this statement implies that bathymetric maps are 
essential to draw precise boundaries of continental 
shelves. The Law of the Sea also determines that the 
foot of a continental slope will be set as the point 
where the slope’s gradient change at its base is the 
greatest. A gradient is the maximum angle of the sur- 
face of a slope at a given point, and on the sea floor, a 
gradient can only be determined with bathymetric 
mapping. 


When constructing topographic land maps, one 
can always measure the altitude of any point of the 
surface precisely. However, when constructing bathy- 
metric maps, it is practically impossible to determine 
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the depth of any one point on the ocean bottom. 
Obviously, bathymetric maps are more precise when 
more depth measurements per surface area unit in the 
given region are available. The most precise and 
detailed bathymetric maps are constructed using data 
provided by multi-beam echosounding. The multi- 
beam echosounder is a special kind of sonar located 
on board the research vessel that measures the depth 
simultaneously in several points of the ocean bottom, 
creating a swath of data. Depth determination by this 
method is performed regularly every few seconds while 
the vessel is in motion. 


Bathymetric maps are finding more and more use 
both for practical forensic and scientific purposes. 
They have documented evidence that has resulted in 
laws to protect the environment of a given area (for 
example, locating areas of the sea and estuaries 
stressed by pollution off South Florida in 1999). In 
1997, also in South Florida, bathymetric maps served 
as evidence of environmental compliance violations 
when they illustrated detrimental changes in sub- 
merged wetlands after sea grass was removed by illegal 
dredging. 


Bathymetric mapping is also important for proj- 
ects conducted in port territories; in these cases, usu- 
ally very a detailed bathymetric map is constructed. 
Besides their uses in international courts, bathymetric 
maps are important for scientists who study the devel- 
opment of the Earth, the formation of seas and oceans, 
and the changing sea floor. 


See also Geospatial imagery. 


Alexandr Ioffe 


l Bathysphere 


A bathysphere refers to a vehicle that is lowered 
into the ocean at the end of a cable. Because it is 
tethered to a cable, a bathysphere is not fully inde- 
pendent. Finally, a bathysphere is designed to trans- 
port one or several humans into the ocean, in contrast 
to other unmanned tethered vehicles. 


In 1716, the English astronomer Edmund Halley 
(1656-1742), whose interests in the universe included 
Earth, invented a wooden diving bell which was open 
at the bottom. The significance of Halley’s bell was the 
system developed with it to provide its occupants with 
air. The trapped air in the bell was re-supplied by 
sending down weighted barrels of fresh air. Divers 
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could also venture from the bell with the aid of leather 
helmets and leather air hoses. 


A bathysphere also enables people to get to depths 
that would otherwise be impossible because of the 
increasing water pressure with depth. While some sea 
creatures have adapted to this environment, an unpro- 
tected human can only dive to about 330 ft (100 m) 
even with an air supply. The diving suits, bells, and 
submarines invented in the eighteenth and nineteenth 
centuries were not constructed well enough to protect 
divers very far below the surface. 


The collaboration in the late 1920s of two scien- 
tists, William Beebe (1877-1962), a naturalist from 
Columbia University in New York, and Otis Barton 
(1899-1992), an engineer at Harvard University in 
Boston, led to the invention of the bathysphere. 


This original sphere was nearly 5 ft (1.5 m) in diam- 
eter, had steel walls and weighed 5,400 Ib (2,451 kg). 
It had a circular manhole at the top and three windows 
made of thick fused quartz. Air was released from two 
tanks and chemicals were used to absorb moisture and 
carbon dioxide. It was equipped with a telephone and 
searchlight. The sphere was tethered to the surface 
vessel by a steel cable. 


After two unmanned test dives, Beebe and Barton 
made the first manned descent on June 6, 1930, to a 
world-record depth of 800 ft (244 m). Continued dives 
led to a record of 3,028 ft (923 m) in the Atlantic Ocean 
off Bermuda. 


Then as now, the primary purpose of the bathy- 
sphere has been to explore rather than to set records. 
The explorations led to discovery of deep-sea plant 
and animal species and observation of already known 
species. It also gave scientists new knowledge of sub- 
marine topography, geology, and geomorphology. 


After some improvements to his diving vessel, Barton 
set a final diving record of 4,501 ft (1,372 m) in the Pacific 
Ocean off of Southern California in 1949. But by this 
time efforts led by Swiss physicist Auguste Piccard 
(1884-1962) were being made to develop the successor 
to the bathysphere, the self-propelled bathyscaphe. 


Bathysphere were limited to vertical travel. It was 
constantly dependent on its umbilical connection to its 
mothership. Besides visual observation, other explora- 
tion activities, such as specimen collection, were diffi- 
cult with the sphere. Increased water pressures and 
potential problems with the support line, including 
the shear weight of the steel cable, made the deeper 
dives ever more risky. 


However, bathyspheres are now more capable of a 
roaming movement underwater. The next generation 
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bathyspheres, which are under development at insti- 
tutions such as the Woods Hole Oceanographic 
Institution, will be tethered to the surface ship by 
only a thin fiber, which will enable even greater mobi- 
lity. This generation of bathysphere is intended for 
deployment in 2009. 


| Bats 


Bats are one of the most diverse and widely 
distributed groups of mammals on Earth, second 
only to rodents in the number of species. More than 
1,000 species of bats have been described. They occur 
in most terrestrial biomes, except for the high Arctic 
and all of Antarctica. Bats are the only truly flying 
mammals, and are distinct from the flying lemurs and 
flying squirrels, which actually glide. Bats make up the 
order Chiroptera, named from the Greek words cheiro 
(hand) and pteron (wing); this is an appropriate 
name, since the wing is formed by modified bones of 
the hand. 


The bat order Chiroptera is divided into two sub- 
orders. The Megachiroptera is composed of a single 
family that is restricted to the tropics, and includes the 
largest species of bats, such as fruit bats and flying 
foxes. The megachiropterans are characterized by 
large eyes, simple ears, and a doglike face. The 
Microchiroptera are made up of 17 families, and fea- 
ture small eyes, complex ears, and an ability to find 
their prey and navigate by echolocation. Certain dif- 
ferences between the two suborders in flight and sen- 
sory capabilities have led some biologists to propose 
that they evolved from separate ancestral lineages, and 
that the megachiropteran bats are more closely related 
to primates. This idea is highly controversial, however, 
and other morphological data and DNA evidence 
support the hypothesis that all of the bats evolved 
from a common ancestor. Most bat scientists believe 
that bats evolved from tree-dwelling, shrewlike ances- 
tors that scampered along branches and fed on insects. 
The proto-bat likely had long fingers supporting webs 
of skin attached to the body, which it used to glide 
while in pursuit of its insect prey. 


Basic body plan 


The bodies of bats are well designed for flight. 
However, they achieve flight differently from birds. 
Like birds, the bones of bats are light-weight and 
delicate. However, bats have a short neck compared 
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to birds, and they lack a deeply keeled sternum, 
or breastbone, where the flight muscles attach in 
birds. Instead, three shallow pairs of muscles on the 
breast power the downstroke of the wing during bat 
flight, while the upstroke is provided by three pairs of 
muscles on the back. Because they do not have a well- 
developed breastbone, bats have a flat profile through 
the chest, and so they can squeeze through small open- 
ings and roost in narrow crevices. 


The wing structure of birds and bats is also differ- 
ent. The skin and feathers of the wings birds are sup- 
ported mainly by their second and third “fingers.” In 
comparison, the wings of bats are formed by thin, 
elastic skin extending from the sides of the body to 
the tips of all four elongated “finger” bones. Their 
much-reduced thumb remains free of the wing mem- 
brane and is used to manipulate food, and as a hook 
when the bat climbs and clings to surfaces or vegeta- 
tion. The wing membranes are also supported by the 
hind legs, and in species with a tail, it is entirely or 
partially enclosed by wing membrane stretching 
between the hind legs. The hind legs of bats are unique 
among mammals in being rotated 180°, so that the 
knees point backward, allowing the leg to flex in a 
reverse fashion. This is believed to assist in steering 
during flight, and in taking off from the characteristic 
head-down roosting position of bats. 


The Megachiroptera have a doglike face. However, 
the face of the Microchiroptera is often striking and 
weird looking, with fleshy embellishments that form 
complicated dimples, wrinkles, and horseshoe- or leaf- 
like structures. Some species have tubular nostrils. 
Biologists have suggested that these facial embellish- 
ments function in the projection of sounds produced 
for echolocation, like megaphones or acoustic lenses. 
While Megachiroptera generally have simple ears, there 
is huge variation in the size, shape, and elaboration 
of ears among microchiropteran bats. Depending on 
the species, their ears may feature special folds 
and ridges that are thought to play a role in sound 
perception. For instance, many of these bats possess a 
large tragus, a fleshy projection on the bottom front 
edge of the ear opening, and believed to aid an echolo- 
cating bat in determining the horizontal position of a 
target. 


Like many birds, bats pass the food they have 
eaten fairly quickly through their digestive tract, so 
as to reduce the amount of time they must carry the 
extra weight of undigested food. Total output time is 
as little as 20 minutes in some smaller bat species, 
which is similar to birds of the same size. 
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Hundreds of fruit bats hanging from the walls of a cave in Bali, Indonesia. (© Robert Gill/Papilio/Corbis) 


Diet 


The dietary diversity of bats is unmatched among 
living mammals. Most bats living in temperate areas, 
about 265 species, eat insects. Fruit bats, restricted to 
tropical areas, eat fruit and leaves, which they chew, 
swallowing the juice and spitting out the pulp. The 
long-tongued fruit bats (Macroglossus species) special- 
ize in a diet of pollen and nectar, which they acquire 
using their elongated snout and unusually long tongue 
(up to one-third their body length). The fisherman 
bats (Noctilio species) of Central and South America 
catch small fish, while the frog-eating bat (Trachops 
cirrhosus) uses the calls of frogs to locate this prey, and 
can distinguish between the calls of poisonous and 
edible frogs. The large slit-faced bat (Nycteris grandis) 
of Africa eats small birds and even other bats, which 
are caught on the wing. 


The infamous vampire bats (three genera in the 
subfamily Desmodontinae) dine on the blood of other 
mammals, such as domestic livestock, by making a 
shallow cut with their incisors and lapping the blood 
that flows from the wound; their saliva contains an 
anticoagulant that keeps the blood from clotting. 
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These bats are quite agile on the ground, typically 
landing beside their sleeping victim, and crawling gin- 
gerly onto them to feed. Vampire bats are dietary 
specialists, but most other species consume several 
food items, varying their consumption to get enough 
protein and other nutrients. 


Sensory systems and echolocation 


Contrary to popular myth, bats are not blind. In 
fact, the large eyes of many species suggest that they 
have well-developed vision. Like most mammals, they 
have keen senses of taste and smell, the latter being 
useful in locating food items, and in identifying roost 
sites and other bats, including family members. Bats 
also have excellent hearing. Many species use a wide 
range of vocalizations to communicate with one 
another. Some species hunt for food by listening to 
the sounds of their prey moving about. 


The most remarkable sensory adaptation of bats is 
their capacity for echolocation. This sensory ability 
allows bats to maneuver in total darkness, using echoes 
of their ultrasonic calls to detect objects in their vicin- 
ity. Efforts to understand how bats can fly in complete 
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darkness date back to the late eighteenth century, when 
the Italian scientist Lazarro Spallanzani (1729-1799) 
conducted experiments that included denying bats the 
use of their senses of smell, touch, and vision. He 
observed that bats lost their way only if their head 
was covered by a small sack, and concluded that bats 
must have a sixth sense, not shared with humans. 


A Swiss scientist named Charles Jurine reported in 
1794 that if a bat’s ears are blocked, it cannot maneu- 
ver. Spallanzani heard this report, and taking the 
experiment a step further, showed that bats with 
brass tubes inserted into their ears can only navigate 
when the tubes are open. He then concluded that bats 
must somehow “see” with their ears. How this could 
occur was not explained until the 1930s, when the 
echolocation pioneer Donald Griffen (then an under- 
graduate at Harvard University) detected ultrasonic 
signals produced by bats in the lab, using a micro- 
phone capable of picking up sounds above 20 kHz- 
ultrasound. In a series of experiments, Griffen showed 
that bats used the echoes of their calls to locate 
obstacles, and he coined the term “echolocation” to 
describe this sensory ability. 


It is now known that some other animals are also 
able to echolocate, including whales, dolphins, shrews, 
and some birds such as cave swiftlets. It is also known 
that some bats, including all but one of the flying 
foxes, are not able to echolocate. (The only megachir- 
opteran genus that can echolocate is Rosettus, whose 
sounds are produced by tongue clicks.) Evidence indi- 
cates that bats can echolocate using reflected sound as 
effectively as we see with our eyes, using reflected light. 
Bats do this by sensing the time elapsed between the 
production of the sound (by means of their larynx) and 
the return of its echo, thus gauging the distance of 
objects near them. Of course, they do not perform 
these computations in a conscious way, any more 
than a person willfully determines the frequency of 
incoming light waves to perceive an object as blue or 
green. Rather, the bat brain carries out the necessary 
functions in a split second, providing them with a 
continuously updated “picture” of their surroundings. 


What bats “see” in this way might best be imag- 
ined as something like what a human visitor might see 
ina darkened disco, where a strobe light is flickering to 
illuminate dancers and other objects in a pulse-like 
fashion; every time the strobe light flashes, the 
observer gets a brief update on the position of nearby 
things. A faster pulse rate in the strobe means that 
more information about these objects can be conveyed 
to the observer. The same is true, more or less, for bats, 
which vary their calling rate depending on what they 
are doing. The rate for a bat on a routine cruise is 5-10 
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calls per second; as it locates and closes in on a flying 
insect the call rate increases, and it finally accelerates 
briefly to more than 200 per second in a terminal 
“feeding buzz” that pinpoints the location of the 
food item. However, such a high rate of calling is 
only suitable for near targets; if an object is too far 
away, the outgoing signal gets mixed up with those 
returning from other distant objects. In addition, 
echolocation takes considerable energy; the intensity 
of the calls of some bats, if they were of a frequency 
audible to humans, would make them as loud as the 
beeping alarm of a home smoke detector. Expending 
the energy required for the feeding buzz does not pay 
off during an ordinary commute, and so the calling 
rate at this time is relatively low. 


The brain of an echolocating bat carries out some 
astonishing perceptual feats, and solves problems sim- 
ilar to those facing engineers during the early develop- 
ment of radar technology. For example, there is the 
problem of signal attenuation: sounds progressively 
degrade as they get farther away from their source. 
Pulses must be loud enough to survive degradation, 
but a loud sound can overwhelm the sensitive receiver 
structures needed to pick up the return signal. 
Through their evolution, bats solved this problem in 
a similar way as the early radar engineers: they are 
equipped with a send/receive switch that momentarily 
disconnects the receiver function just as the loud out- 
going pulse is produced; the receiver is then recon- 
nected in time to receive the echo. The switching is 
accomplished by muscles that attach to the bones of 
the inner ear; when the muscles contract, these bones 
do not transmit sound well. When the muscles relax, 
the ear returns to its normal sensitivity. Further signal 
attenuation happens within the brain itself, as neurons 
responsible for sound perception block the transmis- 
sion of messages to higher regions of the brain at the 
moment that a bat vocalizes. In addition, special echo- 
detector cells in the brain respond more intensely to 
the second of two separate sound pulses, which is an 
excellent way of picking up the echo of a vocalization. 


There is also the problem of sorting out echoes 
returning from near, medium, and distant objects; 
how can a bat tell the distance between itself and its 
next meal? They accomplish this by means of fre- 
quency modulation, so the sorting can be done by 
differences in pitch (frequency). If a bat utters a down- 
ward-sweeping whistle call, an echo returning from a 
more distant object will be older and thus higher in 
pitch compared with echoes from closer objects. The 
bat thus has a standard for comparison: lower pitch 
means close by, higher pitch means farther away. In 
addition, bats can measure the speed of a moving 
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target by means of the Doppler effect; this is the 
phenomenon responsible for the change in pitch of 
an ambulance siren as it moves toward and then passes 
a stationary observer. To do this, the bat’s brain com- 
pares the pitch of an echo with that of the original call; 
they can do this reliably even in the midst of hundreds 
of echolocating colleagues engaged in a midnight feed- 
ing frenzy. All of this is accomplished automatically 
and instantaneously, with no more conscious effort 
than a person might exert while watching images on 
television. 


Of course, the echolocation system does not guar- 
antee a perfect success rate while hunting. Some flying 
insects, mice, and other potential prey can detect the 
echolocation signals of bats and then take evasive 
action. 


Bats also use their senses of sight and smell to find 
food. Their other senses are also important in recog- 
nizing other bats, including their offspring, and per- 
haps also in identifying roost sites. 


Roosting 


Most bats rest during the day and disperse around 
dusk to feed. Bats typically spend more than half of 
their lives in their roost environment, which may be in 
a cave, mine, crevice in rocks, cavity in a tree, in dense 
foliage (sometimes rolled up into a tent), or ina human 
structure. Many bats roost communally, often for 
brooding of young or for hibernation; such colonies 
range in size from a few individuals to several millions 
in a large cave. Females of some colonial bat species 
will share food and nursing of the young during the 
breeding season. For a hibernating bat in temperate 
areas, a communal living arrangement offers a rela- 
tively stable microhabitat in which their body temper- 
ature may drop to within a few degrees of the ambient 
temperature, thus permitting the conservation of crit- 
ical reserves of body fat. 


Reproduction and social organization 


Most bats have a breeding season, which is in the 
spring for species living in a temperate climate. Bats 
may have one to three litters in a season, depending on 
the species and on environmental conditions such as 
the availability of food and roost sites. Females gen- 
erally have one offspring at a time; this is probably a 
result of the mother’s need to fly to feed while preg- 
nant. Female bats nurse their youngster until it has 
grown nearly to adult size; this is because a young bat 
cannot forage on its own until its wings have assumed 
adult dimensions. 
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Female bats use a variety of strategies to control 
the timing of pregnancy and the birth of young, so as 
to make delivery coincide with maximum food ability 
and other ecological factors. Females of some species 
have delayed fertilization, in which sperm are stored in 
the reproductive tract for several months after mating; 
in many such cases, mating occurs in the fall, but 
fertilization does not occur until the following spring. 
Other species exhibit delayed implantation, in which 
the egg is fertilized after mating, but remains free in the 
reproductive tract until external conditions become 
favorable for giving birth and caring for the offspring. 
In yet another strategy, fertilization and implantation 
both occur but development of the fetus is delayed 
until favorable conditions prevail. All of these adapta- 
tions result in the pup being born during a time of high 
local production of fruit or insects. 


Bats exhibit every kind of breeding system that 
has been described for mammals. Some species are 
monogamous, with a particular male and female mat- 
ing only with each other. Other species are polygy- 
nous, which means that one male may mate with 
several females. In these species, males may fight for 
control of preferred female roosting sites, or over 
aggregations of females, called harems. In hammer- 
headed fruit bats (Hypsignathus monstrosus) of Africa, 
the males assemble into leks, which are aggregations of 
displaying males at traditional sites that females visit 
for the purpose of selecting a mate. The males display 
by vigorous wing flapping, erecting patches of hair, 
and loud vocalizations. Still other bats have a promis- 
cuous mating system, in which both males and females 
mate with more than one other individual. 


While a mother and her young are the basic social 
unit, some species elaborate on this theme. For exam- 
ple, the social organization of the common vampire 
bat (Desmodus rotundus) is based on roosts shared by 
several females and their young. Roost-mates are 
often close relatives who groom each other, share 
wound sites on their prey, and regurgitate blood for 
consumption by their colleague. 


Ecological and economic importance 


To many people, bats conjure up images of vam- 
pires, evil spirits, or creepy castles. Many people also 
feel that bats are dirty, dangerous, ugly creatures that 
can get tangled in their hair. These misguided images 
are not, however, promoted in all societies. In some 
cultures bats are symbols of long life, good luck, 
and fertility. It is true that some species of bats can 
carry rabies and histoplasmosis, both of which are 
potentially dangerous diseases of humans and other 
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animals. However, bats also provide crucial ecological 
and economic services that many people overlook. 


Bat guano (excrement) collected from roosts has 
been used for centuries as a source of saltpeter for 
making gunpowder and fertilizer. Gunpowder made 
in this way was used in the United States during the 
War of 1812 and the Civil War. During World War II, 
U.S. military commanders considered using bats to 
carry small bombs into enemy territory; however, 
they abandoned “Project X-Ray” when one of their 
own buildings was gutted by a fire caused by a stray 
bat-ferried bomb. 


Some bat species are important in the pollination 
and seed dispersal of plants of economic importance, 
such as the durian fruit of Southeast Asia. Bats are 
also dispersers of the seed of certain plants that colo- 
nize disturbed areas, and therefore play an important 
role in the revegetation of denuded places. Bats also 
consume vast quantities of insects, including mosqui- 
toes and species that are agricultural pests. 


Unfortunately, some bat species have recently 
become extinct, and many others are endangered. 
The geographic ranges of many other species have 
been drastically reduced. These ecological damages 
are often caused by the loss of roosting sites, defores- 
tation, insect control, and environmental contamina- 
tion with toxic pesticides, all of which are associated 
with human activity. The ecological consequences of 
the continuing decline of bat species are unknown. 
However, even our limited understanding of these 
animals suggests that the outcome will not be favor- 
able to natural ecosystems or to the needs of humans. 
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[ Battery 


In recent decades, billions of battery-powered 
devices have been sold. The demand for batteries con- 
tinues to increase rapidly, with the global market in 
2006 at around $50 billion. Without batteries, port- 
able electronics—apart from solar-powered calcula- 
tors—would be impossible. 


If two metals are immersed in an aqueous solution 
that can conduct electricity (electrolyte), they will have 
different tendencies to dissolve in the solution. A 
difference in voltage arises because one of the metals 
appears positive or negative relative to the other. 


The combination of two metals (electrodes) in an 
aqueous solution for the purpose of producing electri- 
cal energy from chemical energy is referred to as a 
galvanic cell. A battery is a set of two or more galvanic 
cells connected in a series or parallel. (Though not 
strictly correct usage, a single galvanic cell is also 
frequently referred to as a battery.) Each cell contains 
two types of electrodes, an anode (positive electrode) 
and a cathode (negative electrode), that together pro- 
vide and absorb electrons with sufficient voltage (elec- 
tromotive force) to operate useful machines or devices. 
The electromotive force for every cell reaction that is 
well understood can be calculated, and the voltage of 
an actual cell will not exceed this value. 


Metals and other conductors can be arranged in 
an electrochemical, or electromotive, series in which 
each conductor’s tendency to lose electrons relative to 
another conductor is ranked. The higher the electric 
potential, the more likely the metal is to appear electri- 
cally positive. In terms of electric potential, carbon has 
a higher potential than gold, gold a higher potential 
than silver; this sequence is followed in order by cop- 
per, tin, lead, iron, and zinc. 


Background 


Between 1790 and 1800, Luigi Galvani (1737-1798), 
lecturer in anatomy at the University of Bologna, and 
Alessandro Volta (1745-1827), professor of physics at 
Pavia University, began the science of electrochemistry. 
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A collection of batteries seen from above, with the top of the 
center battery cut away to show the interior. This type of 
battery, a dry version of the LeClanche cell, is called a carbon- 
zinc primary cell. A carbon rod sits upright in the center and 
acts as a cathode (negative electrode). The outer vessel is 
made of zinc, which allows it to serve as both a container and 
as an anode (positive electrode). The electrodes are in 
contact with a moist electrolytic paste (the grey material that 
fills the battery) consisting of ammonium and zinc chlorides, 
manganese dioxide and carbon particles. (© Dr. Jeremy 
Burgess/Science Photo Library, National Audubon Society 
Collection/Photo Researchers, Inc.) 


Galvani observed the effect of a copper probe on the 
muscles of a frog hung from an iron hook (the muscles 
twitched), and Volta interpreted this phenomena as the 
result of two metals being near each other, separated by 
an electrolyte (the blood of the frog). 


Volta later built a stack of alternating zinc and 
silver disks separated by layers of paper or cloth 
soaked in a solution of sodium hydroxide or brine. 
He thus created a stable source of electrical current. 


In 1834 Michael Faraday (1791-1867), inspired by 
Volta’s results, derived the quantitative laws of electro- 
chemistry. These established the fundamental relation- 
ships between chemical energy and electrical energy. 
Following Faraday’s work, the following cells were 
developed: 


- Copper and zinc in sulfuric acid (1836) 


- Platinum cathode immersed in dilute nitric acid with 
a zinc anode in another compartment containing 
sulfuric acid 


« Carbon cathode immersed in dilute nitric acid with a 
zinc anode in another compartment containing sul- 
furic acid 


- Lead/acid battery (1859) 


« LeClanche wet cell with a zinc anode and a cathode 
of naturally occurring manganese dioxide (1866) 
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- The first dry cell, consisting of a moistened cathode 
and a swollen starch or plaster of paris separator 
(1888) battery, dry cell nickel/cadmium and nickel/ 
iron cells developed (1895-1905) 


+ Silver oxide/zinc cell (1930s and 1940s) 


If an incandescent lamp is connected to the two 
poles of a battery, an electric current flows through the 
lamp, illuminating it. As current flows through the 
electrolyte from the positive electrode to the negative 
one, gas bubbles are deposited on the electrodes, and 
an internal resistance to current flow builds up. To 
prevent this depolarization, the buildup of hydrogen 
gas at the positive electrode (anode) must be prevented 
to keep the cell functioning. 


In the LeClanche cell, depolarization is prevented 
by enclosing the carbon anode with a mixture of man- 
ganese dioxide and graphite. The cell uses a zinc neg- 
ative pole (cathode) and an ammonium chloride 
electrolyte. The potential difference between the 
poles is 1.3 volts. The potential difference does not 
depend on the size of the cell. (However, the size of 
the cell does affect the current intensity or amperage 
that can be delivered.) Chemical energy, which is con- 
verted into electrical energy, results as the zinc elec- 
trode dissolves and is consumed. Thus the zinc must be 
renewed from time to time. Cells in which the electro- 
des are consumed are called primary cells. 


A secondary cell can be restored to its original 
state by charging it, 1.e., passing an electric current 
through it so that the electrodes are regenerated. 
These cells are also called storage cells or accumula- 
tors. They are usually used as groups of two or more 
cells. A commonly used storage cell consists of lead 
plates with a dilute sulfuric acid electrolyte. A layer of 
lead sulphate forms on the plates. When the storage 
cell is charged, the layer on the anode plate changes to 
lead dioxide, and the cathode is reduced to lead. Thus 
one electrode consists of lead and the other of lead 
dioxide. The electrodes and electrolyte together func- 
tion as a galvanic cell. The stored chemical energy is 
converted back to electrical energy on discharging. 
The nickel-iron storage cell, another secondary cell, 
uses a potassium hydroxide electrolyte. The lead 
storage cell produces a potential difference of about 
2 volts; the nickel-iron cell a difference of 1.36 volts. 


Ina dry cell, the electrolyte is in the form of a paste 
instead of a liquid. Higher voltages are produced by 
connecting the cells in series. Higher current intensities 
are produced by connecting cells in parallel. All cells 
produce direct current, i.e., electric current that flows 
in one direction. 
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Primary cells 


Primary cells are designed to be discharged only once. 
This is despite the fact that all electrodes must theoretically 
participate in a reversible reaction when current is gener- 
ated. The reason that the primary cell reaction is not 
reversible has to do with reactions that prevent or limit 
the efficiency of recharging. For example, a magnesium 
anode decomposes to produce magnesium ions and elec- 
trons. The magnesium ions react with water to produce 
magnesium hydroxide, which causes the cell to swell, and 
hydrogen gas. Any attempt to recharge the cell would only 
generate more hydrogen gas at the oxide surface, because 
the voltage required to generate hydrogen is less than that 
required to redeposit the magnesium. 


Moderate energy primary cells 
Zinc/manganese dioxide systems 


The cell developed by Georges LeClanche in 1866 
used inexpensive, readily available ingredients. It 
therefore quickly became a commercial success. The 
anode is a zinc alloy sheet or cup (the alloy contains 
small amounts of lead, cadmium, and mercury). The 
electrolyte is an aqueous solution of zinc chloride with 
solid ammonium chloride present. The cathode is 
manganese dioxide blended with either graphite or 
acetylene black to conduct electrons to the oxide. 
The system is relatively tolerant of many impurities. 
These cells are used in barricade flashers, flashlights, 
garage door openers, lanterns, pen lights, radios, small 
lighted toys and novelties, and in others. 


The zinc chloride cell without ammonium chlor- 
ide was patented in 1899, but the technology from 
commercially producing such cells did not prove prac- 
tical until about 70 years later. Currently zinc chloride 
cells deliver more than seven times the energy density 
of the original LeClanche cell. This cell is used in same 
applications as the LeClanche cell. 


Zinc/manganese dioxide alkaline cells 


The zinc/manganese dioxide alkaline cell’s anode 
consists of finely divided zinc. The cathode is a highly 
compacted mixture of very pure manganese dioxide 
and graphite. The cells operate with higher efficiency 
than the zinc chloride or LeClanche cells at temper- 
atures below 32 °F (0 °C). Manganese/manganese diox- 
ide cells have much higher energy densities than zinc 
chloride systems. Cylindrical batteries are used in 
radios, shavers, electronic flash, movie cameras, tape 
recorders, television sets, cassette players, clocks, and 
camera motor drives. Miniature batteries are used in 
calculators, toys, clocks, watches, and cameras. 
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Medium to high energy primary cells 
Mercuric oxide/zinc cells 


Mercuric oxide/zinc cells use alkaline electrolytes 
and are frequently used in small button cells. The cell 
has about five to eight times the energy density avail- 
able in the LeClanche cell and four times that in an 
alkaline manganese dioxide/zinc cell. The cell provides 
a very reliable voltage, and is used as a standard refer- 
ence cell. These cells are used for walkie-talkies, hearing 
aids, watches, calculators, microphones, and cameras. 


Silver oxide/zinc cells 


Silver oxide/zinc cells use cellophane separators to 
keep the silver from dissolving and the cells from 
self discharging. The system is very popular with mak- 
ers of hearing aids and watches because the high con- 
ductivity of the silver cathode reaction product gives 
the cell a very constant voltage to the end of its life. 
These cells are also used for reference voltage sources, 
cameras, instruments, watches, and calculators. 


Lithium (nonaqueous electrolyte) cells 


Lithium/iron sulfide cells take advantage of the 
high electrochemical potential of lithium and low cost 
of iron sulfide. The high reactivity of lithium with 
water requires that the cells use a nonaqueous electro- 
lyte from which water is removed to levels of 50 parts 
per million (ppm). 

Lithitum/manganese dioxide cells are slowly increas- 
ing in commercial importance. The voltage provides a 
high energy density, and the materials are readily avail- 
able and relatively inexpensive. 


Lithitum/copper monofluoride cells are used exten- 
sively in cameras and smaller devices. They provide high 
voltage, high power density, long shelf life, and good 
low temperature performance. 


Lithium/thionyl chloride cells have very high energy 
densities and power densities. The cells also function 
better at lower temperatures than do other common 
cells. 


Lithium/sulphur cells are used for cold weather 
use and in emergency power units. 


Air-depolarized cells 


Zinc/air cells are high energy can be obtained in a 
galvanic cell by using the oxygen of air as a “liquid” 
cathode material with an anode such as zinc. If the oxy- 
gen is reduced in the part of the cell designed for that 
purpose and prevented from reaching the anode, the cell 
can hold much more anode and electrolyte volume. 
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Aluminum/air cells have difficulty protecting the 
aluminum from the electrolyte during storage. Despite 
much research on this type of cell, aluminum/air cells 
are not in much current use. 


Secondary cells 


Secondary cells are designed so that the power with- 
drawn can be replaced by connecting the cell to an out- 
side source of direct current power. The chemical 
reactions are reversed by suitably applying voltage and 
current in the direction opposite to the original discharge. 


Moderate energy storage cells 
Lead secondary cells 


The lead/acid rechargeable battery system has 
been in use since the mid-1950s. It is the most widely 
used rechargeable portable power source. Reasons for 
the success of this system have included: great flexibil- 
ity in delivery currents; good cycle life with high reli- 
ability over hundreds of cycles; low cost; relatively 
good shelf life; high cell voltages; ease of casting, 
welding, and recovery of lead. 


The chief disadvantage of this battery is its high 
weight. 


Nickel electrode cells with alkaline electrolytes 


Nickel/cadmium cells provide portable recharge- 
able power sources for garden, household tools, and 
appliance use. The system carries exceptionally high 
currents at relatively constant voltage. The cells are, 
however, relatively expensive. These cells are used for 
portable hand tools and appliances, shavers, tooth- 
brushes, photoflash equipment, tape recorders, radios, 
television sets, cassette players and recorders, calcula- 
tors, personal pagers, and laptop computers. 


Alkaline zinc/manganese dioxide cells 


Alkaline zinc/manganese dioxide systems been 
developed and used as special batteries for television 
sets and certain portable tools or radios. 


High energy storage batteries 
Silver/zinc cells 


Silver/zinc cells are expensive. They are chiefly 
used when high power density, good cycling efficiency, 
and low weight and volume are critical, and where 
poorer cycle life and cost can be tolerated. They are 
used in primarily four areas: under water, on the 
ground, in the atmosphere, and in space. 
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KEY TERMS 


Anode—A positively charged electrode. 
Battery—A battery is a container, or group of con- 
tainers, holding electrodes and an electrolyte for 
producing electric current by chemical reaction 
and storing energy. The individual containers are 
called “cells.” Batteries produce direct current (DC). 
Cathode—A negatively charged electrode. 


Direct current (DC)—Electrical current that 


always flows in the same direction. 


Electrode—The conductor by which electricity 
enters or leaves a galvanic cell. 


Electrolyte—The medium of ion transfer between 
anode and cathode within the cell. Usually liquid 
or paste that is either acidic or basic. 


Galvanic cell—Combination of electrodes sepa- 
rated by electrolyte capable of producing electric 
energy by electrochemical action. 


Primary cell—A galvanic cell designed to deliver 
its rated capacity once and then be discarded. 


Secondary cell—A galvanic cell designed for 
reconstitution of power by accepting electrical 
power from an outside source. 


Lithium secondary cells 


Lithium secondary cells are attractive because of 
their high energy densities. 


Sodium|sulfur systems 


Sodium/sulfur systems are high-temperature bat- 
teries that operate well even at 177 °F (80.6 °C). 


See also Cell, electrochemical; Electricity; Electrical 
conductivity; Electric conductor. 
Resources 


OTHER 

Buchmann, Isidor. Batteries ina Portable World: A Handbook 
on Rechargeable Batteries for Non-Engineers. Cadex 
Electronics Inc., 2006. <http://www.buchmann. ca/> 
(accessed October 19, 2006). 


Randall Frost 


Bayberry see Sweet gale family (Myricaceae) 


Beach see Coast and beach 
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| Beach nourishment 


Beach nourishment is the artificial process of add- 
ing sediment to a beach for recreational and aesthetic 
purposes, as well as to provide a buffer to coastal 
erosion. The sand may be dredged from nearby and 
pumped onto the beach, or transported in from out- 
side areas. It is considered a soft method of stabilizing 
the shoreline, as opposed to rock and concrete struc- 
tures meant to capture sand or protect the shore from 
wave erosion. 


Fixed seawalls, groins, breakwaters, and jetties 
frequently result in net loss of beach area and may 
have a negative effect for beach recreation and appear- 
ance. They also tend to affect adjacent stretches of the 
shoreline, frequently in a negative manner. Beach 
nourishment can often achieve many of the same 
goals as fixed structures without some of the negative 
aspects. In an effort to restore their beaches in a man- 
ner that least impacts the environment, many com- 
munities have elected to employ beach nourishment. 


The demand for beach nourishment comes from 
beachfront property owners and communities that 
rely on beaches for recreation and as a source of 
economic revenue. Because shorelines are constantly 
changing with the environment, people living near 
them are often faced with situations where they find 
it necessary to protect their shores from what they 
believe are adverse modifications. 


More than 70% of Earth’s shorelines are retreat- 
ing due to rising sea levels. As shorelines move land- 
ward, structures located on or near the beach may be 
destroyed. In addition, communities may lose signifi- 
cant amounts of income if they lose the use of their 
beaches. It is, in fact, the interaction of the natural 
migration of the beach with the placement of beach- 
front structures that creates the demand for shoreline 
protection. Ifno homes, roads or businesses were built 
in the coastal area, beach retreat might be seen more as 
the fundamental process that it is and not as a threat 
that should be thwarted. Shorelines moving landward 
do not necessarily mean that beaches will vanish. 


Beach nourishment is much more than dumping 
additional sand onto the beach. Mathematical models, 
although controversial, have been developed to deter- 
mine how much sand is needed and its most beneficial 
placement. They also forecast how long until the next 
round of nourishment is required, for a nourished 
beach erodes as fast, if not faster, than the original 
beach. The first beach nourishment project took 
place on Coney Island, New York, in 1922 and it is 
an on-going project. In 1997, new technology using 
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multibeam surveying equipment was introduced in 
Denmark to save on surveying costs and produce 
more accurate surveys for use in beach modeling. 


Nourishment is required every few years to keep 
beaches from retreating and the cost is typically mil- 
lions of dollars per nourishment event. Such a project 
often seems to present greater benefits than the fixed 
structure method. However, the life of the nourish- 
ment project can rarely be predicted with accuracy 
and the costs are often borne by the taxpaying public 
rather than those property owners that benefit most 
directly. Proponents of beach nourishment would 
argue that restored beaches might draw more eco- 
nomic development to an area. Critics would counter 
that the existing and increased development at the 
shoreline are responsible for establishing the need for 
nourishment, and that the cost of protecting structures 
on a retreating shoreline will eventually exceed the 
value of the property, no matter what type of erosion 
control is selected. 


Beach ecosystems may be negatively impacted by 
nourishment. For example, vegetation and animals 
may be buried by the sand placement. Turtles cannot 
use the beach for laying eggs if the new beach is too 
steep. Grain size of the new sand must be considered, 
because it is best for the beach ecosystem if the new 
sand and original sand are similar in grain size. 
Otherwise, for example, the new sand may contain 
excessive amounts of mud, or the construction process 
may muddy the water, harming organisms. Collection 
of the fill material from the borrow pit may also impact 
the flora and fauna of that area. Environmental 
impacts are repeated each time the beach requires 
nourishment. 


Beach nourishment has become the preferred 
method of erosion control for many United States 
beaches. Nourishment provides continued use of recrea- 
tional beaches and protects structures near the shore- 
line. While the advantages of this engineering method 
over other techniques of shoreline protection, such as 
seawalls and breakwaters, have been recognized, issues 
regarding the environmental, economic, and social 
impacts of beach nourishment remain. Ultimately, the 
continued rise of sea level due to global climate change 
may make beach nourishment untenable. 


Particularly on the Eastern seaboard of the con- 
tinental United States, a series of storms in 2003-2004 
highlighted the problems of erosion of unstabilized 
beach from excessive wind and wave actions. Since 
much of the shoreline is privately-owned, remediation 
and long-term protection may need to be legislated. 


See also Coast and beach; Shoreline protection. 
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KEY TERMS 


Beach nourishment—The artificial process of add- 
ing sediment to a beach to improve recreation and 
appearance and to provide a buffer to coastal erosion. 


Borrow pit—An excavated area for the collection 
of fill materials such as sand or gravel. 


Breakwater—An offshore structure built to dissi- 
pate the force of waves. 


Groin—A wall built perpendicular to the shore to 
trap sediment or prevent erosion. 


Jetty—A structure that extends from the shore, usu- 
ally to protect the entrance to a harbor from sedi- 
ment buildup. 


Seawall—A man-made wall, frequently with a steep 
face, built along the coastline to prevent erosion by 
waves. 
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Beans see Legumes 


I Beardworms 


Beardworms or pogonophorans, are slim, worm- 
like, marine invertabrates named for the thick cluster 
of long, fine, hairlike tentacles projecting from the 
front of the first section of their three-segmented 
bodies. There are approximately 120 species of beard- 
worms, which belong to the phylum Pogonophora- 
from the Greek pogon, meaning beard, and phoron, 
meaning bearer. 


The front section of the beardworm’s body, which 
bears the tentacles, is quite short. The beardworm 
builds a protective tube around its entire body with 
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mucus secreted from special glands in this body seg- 
ment. As the worm grows (some reach 5 ft/1.5 m), 
the tube lengthens at either end and takes on the 
appearance of a series of ringed sections. Visible 
around the worm’s long narrow trunk are hundreds 
of tiny projections—special glands that also secrete 
mucus, enabling it to move around in its protective 
tube. Following behind the trunk is the third, shorter 
section of the body, which is segmented and breaks off 
easily. 

Beardworms have no mouth or intestines; instead, 
the blood-rich tentacles—as many as 200,000 on a 
giant beardworm of the genus Riftia—absorb all the 
nutrients the worm needs directly from the water. The 
female’s tentacles also serve a reproductive function. 
Although the species contains both sexes, beardworms 
do not mate because they never venture out of their 
protective tube. Instead, the male releases tiny parcels 
of sperm that the female captures in her tentacles. 
Once the packet dissolves, the sperm are released 
inside the female’s tube where egg fertilization takes 
place. 


Living on the ocean floor at depths ranging from 
approximately 330 feet (100 m) to more than tens of 
thousands of feet, beardworms burrow into the sea 
bed, often leaving only their front section projecting 
above the surface. 


| Bears 


Bears are large carnivores of the family Ursidae. 
They are members of the order Carnivora, which also 
includes dogs, cats, and seals, although these animals 
are in different families than bears. All of these carni- 
vores have a pair of modified teeth in the upper and 
lower jaw, called carnassials, which are used to tear 
meat into smaller chunks during feeding. Bears are not 
strictly meat-eaters, however, and their molars are well 
adapted for grinding plant food. In fact, bears are 
opportunistic, omnivorous feeders. 


Bears first appear in the fossil record of about 27 
million years ago, as a fox-sized animal known as the 
dawn bear. About 6 million years ago, there were 
numerous species of bears, some of them huge, but 
all now extinct. Seven species of bear survive today. 
The most recent one is the polar bear (Thalarctos 
maritimus), which evolved from the brown bear 
(Ursus arctos) only about 70,000 years ago. The most 
recent extinction was the cave bear (Ursus spelaeus), 
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Two grizzly bears grazing on vegetation. (U.S. Fish and Wildlife 
Service.) 


a huge animal that co-existed with humans as recently 
as 20,000 years ago. The giant panda (Ailuropoda 
melanoleuca) is sometimes classified in the bear family, 
based on morphological and genetic similarity. 


Bear species are quite variable in size. The smallest 
is the Malayan sun bear (Helarctos malayanus), males 
of which are about 4 ft (1.2 m) long from head to tail, 
stand about 28 in (70 cm) tall at the shoulder, and 
weigh up to 440 Ib (200 kg). The largest species is the 
polar bear, which may be up to almost 10 ft (3 m) 
long, and weigh a ton (about 900 kg). Most male 
bears, called boars, are considerably larger than the 
females, or sows. This is especially important when 
boars compete for females. Sun bears and sloth bears 
(Melursus ursinus), however, take only one mate and 
so the sexes are nearly the same size. 


Bears from cold regions do not truly hibernate. 
Instead, during the coldest part of the winter when 
food is not readily available, they enter a long period 
of lethargy. However, their body temperature and heart 
rate do not drop much, as would occur during true 
hibernation. During this time bears sleep a great deal 
and do not eat; instead, they live off energy stored in 
their body fat. The exception to this pattern is the polar 
bear, which continues to hunt for seals during winter. 


Bears have an amazing ability to adjust physio- 
logically to seasonal ecological changes. Non-tropical 
bears mate during the spring or summer, but the fer- 
tilized eggs float free in the uterus, rather than imme- 
diately implanting and developing. Later, in early 
winter, the sow finds or creates a den in which to 
sleep away the winter. At that time, the eggs implant 
and their gestation starts. The cubs are poorly devel- 
oped when born, being blind, nearly hairless, almost 
helpless, and extremely small. For example, a female 
brown bear weighing 450 Ib (205 kg) produces cubs 
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weighing less than a pound (about 450 g). The cubs are 
born during the winter, and are so small that they are 
incapable of regulating their body temperature. The 
warm den in which the mother winters provides a snug 
place for them to nurse and grow until they can main- 
tain their body temperature. The sow’s milk, which is 
extremely rich in fat, sustains the rapid growth of the 
cubs during the winter denning. By the time the sow is 
ready to leave her den, the cubs have grown enough to 
follow her. 


All bears are thickly furred, often with a coat of a 
single color. With the exception of the sun bear, all 
species have fur on the bottom of their feet, around the 
pads of the soles. This is especially important for the 
polar bear, which spends most of its life walking on 
snow and ice. The sun bear, on the other hand, has 
furless feet as an aid in climbing trees. The feet of bears 
are well-armed with heavy claws. Bears walk in planti- 
grade fashion, meaning they walk on the heel and 
sole of the foot. Most other mammals walk on their 
toes. Although they may look rather lumpish and 
clumsy, bears can run for short distances at speeds 
up to 40 mph (64 km/h). 


Bears have a reputation for having poor eyesight, 
but their sight is actually quite good. Their sense of 
smell, however, is extremely acute. Bears can identify 
the odor of animals that passed by as much as several 
days before. Unlike other carnivores, bears do not 
have their lips attached to their gums. This means 
that they can make facial expressions and use their 
lips to suck in food, such as insects or honey. 


Grizzly and other brown bears 


Brown or grizzly bears (Ursus arctos) live in forest, 
tundra, and grassland across the top of the Northern 
Hemisphere, including both North America and 
Eurasia. Some biologists separate them into three sub- 
species: the Eurasian brown bear (U. a. arctos) of 
much of temperate and subarctic Eurasia; the grizzly 
bear (U. a. horribilis) of Canada, Russia, and the 
United States; and the Kodiak bear (U. a. midden- 
dorffi) of Kodiak Island and two smaller islands in 
the Bering Sea off Alaska. These brown bears may 
vary in color from white to cinnamon to black, but 
their fur is most commonly brown. Some brown bears 
have white tips on the end of the hairs, a coloring 
called grizzled. A grizzly bear can be distinguished 
from other bears in North America by the profile of 
its body. The outline of its head as seen from the side is 
concave, or scooped inward, and its shoulders are high 
due to a thick layer of muscle and fat, which makes the 
back appear to slope downward. 
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Grizzlies that live near rivers accessible to the 
ocean feed on migrating salmon as much as they can. 
The bears that feed well can be huge in size. Even with 
their great size, they like to frolic in the water and are 
adept at catching fish, which they carry to land to strip 
the flesh from the bones. They may also hunt rodents, 
and will opportunistically predate large prey such as 
moose, caribou, and even black bears. When meat is 
not available, grizzlies feed primarily on roots, sedge 
leaves, and berries. 


Grizzly bears mate in the late spring. In the 
autumn, the sow finds a den in a cave or hollow tree, 
and settles in for her winter lethargy. Two or three 
cubs are born, usually in February. The cubs stay close 
to their mother for at least two years, continuing to 
nurse during most of that time. The mother is exceed- 
ingly protective, and teaches the cubs to climb trees to 
escape danger. Most attacks on humans are made by 
sow grizzlies protecting their cubs. One of the major 
enemies from which she must defend her cubs is male 
grizzlies, which will kill and eat them. 


After a young female leaves its mother, it may 
continue to share the same feeding range. A male, 
however, will go off on its own, traveling up to 100 mi 
(160 km) before finding a place to settle down. It may 
have difficulty finding a suitable habitat because older 
males will fight to keep new ones out of their territory. 


The range of the grizzly bear originally extended 
from Alaska to Mexico, as far east as Hudson Bay, 
through the prairie region, and even extending into 
desert habitat. Grizzlies have now disappeared from 
most of the western United States, with only small 
numbers surviving in Wyoming, Montana, Idaho, 
and Washington. There are larger numbers in 
Alberta, British Columbia, Yukon, Alaska, and the 
Northwest Territories. The populations of grizzlies in 
the United States (outside of Alaska) have declined 
mostly because of excessive hunting and habitat loss. 
These are still important problems for the species. 


Eurasian brown bears vary greatly in size. The few 
remaining in Spain rarely weigh more than 250 Ib (114 kg). 
Those in Siberia may rival the huge Kodiak bear in size. 
Brown bears are still found throughout much of Europe 
and Asia, but in rapidly decreasing numbers because of 
excessive hunting and habitat loss. Those that survive, live 
primarily in hardwood forest in mountainous regions. 
About 120,000 brown bears are thought to live in 
Eurasia, the vast majority of these in Russia. 


Polar bear 


Polar bears are huge, whitish or yellowish, marine 
bears that are well adapted to life in and around the icy 
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Arctic Ocean. They are relatively slender bears, with a 
longer neck and head than brown bears. The individ- 
ual hairs of their thick fur are transparent; it is 
reflected sunlight that makes their coat appear white. 
Oddly, their skin is black. Any sunlight that gets 
through its fur is absorbed by the black skin, helping 
to keep the animal warm. Polar bears swim by pad- 
dling their furry, slightly webbed front feet and steer- 
ing with the back feet. 


Polar bears hunt by wandering extensively over 
the sea ice, often moving from ice floe to floe, and 
sometimes swimming for hours in the cold water. They 
do this to find good places for hunting their favorite 
food, the ringed seal (Phoca hispida). Their claws are 
longer than those of other bears, and are used to grasp 
their seal prey as it rises out of the water at a breathing 
hole or along the edge of an ice floe. During the spring, 
polar bears break into the snowy dens where female 
seals have given birth to their young. 


Polar bears may congregate in areas where ice 
floes move freely in the wind, because seals are more 
easily obtained in that habitat. Polar bears will toler- 
ate each other if they find a stranded whale carcass, or 
if a walrus has been killed. During the summer, when 
the ice is gone from the mainland coast, polar bears 
may move onto the land and feed on berries, or they 
may fast. They may also be attracted to garbage 
dumps near towns, where there can be dangerous 
encounters with people. 


Polar bears are usually solitary animals, coming 
together only to mate in late spring (March-June). One 
to three cubs are born in December or January in a 
snow den constructed by the mother. The cubs average 
about 23 oz (650 g) at birth, but weigh 20 Ib (9 kg) or 
more when they emerge from the den in April. This 
rapid weight gain is possible because the milk of the 
sow contains more than 30% fat. The cubs stay with 
their mother for at least two years, learning to hunt 
and defend themselves. At that time the mother will 
mate again. Young females become sexually mature at 
five years of age. Polar bears live to be 20 or more 
years old. 


Five countries have populations of polar bears: 
the United States (Alaska), Canada, Denmark (in 
Greenland), Norway, and Russia. These nations are 
cooperating in the management of their polar bears, 
allowing only a tightly controlled hunt. The hunt is 
mostly carried out by aboriginal people, who eat the 
bear meat and sell the valuable hides. 


Global warming is a more recent threat to polar 
bear populations due to its impact on sea ice. Sea ice 
reduction due to global warming influences not only 
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the availability of hunting and denning habitat, but 
may impact the overall distribution and abundance of 
polar bears. Scientists have found evidence of polar 
bear drownings because some bears must swim longer 
distances (up to 60 mi/96 km) over open ocean in their 
search for food. The bears are forced to swim these 
longer distances because of contractions in the sea ice. 
Although polar bears are strong swimmers, they are 
best adapted to swimming near shore and these long- 
distance swims leave them vulnerable to exhaustion 
and swamping by waves. 


American black bear 


The American black bear (Ursus americanus) 
occurs largely in forested habitat, but also in grassy 
meadows and tundra. It ranges across most of North 
America, from Alaska to Newfoundland, and south 
into Mexico. Although its populations are depleted in 
many parts of its range, it is still a widespread species. 
The black bear’s fur is usually black, but may also be 
brown, light tan, or even white. Different colors may 
occur within a litter of cubs. 


Black bears have larger ears than other bears. Size 
varies among populations; the overall range of adult 
weight is about 125-600 Ib (57-272 kg). Males typi- 
cally weigh about one-third more than females. The 
weight of individuals varies considerably during the 
year, depending on the amount of nourishing food 
available. Because they are much smaller than griz- 
zlies, black bears try to stay out of sight when territo- 
ries of the two species overlap. 


Each black bear has a territory where it forages for 
berries, nuts, honey, insect grubs, fish, rodents, and 
carrion. A male’s territory typically overlaps those of 
several sows. Black bears mate during the summer, with 
each female being visited several times by nearby males. 
The fertilized egg does not implant until the autumn. 
However, if the female bear is poorly nourished, the 
fertilized eggs do not implant at all. One to four cubs 
are born in January, after a gestation of 8-10 weeks. 


Other black-colored bears 


The Asiatic black bear (Selenarctos thibetanus) is a 
black-colored animal with a white crescent on its 
chest; its alternate common name is moon bear. The 
hair around its neck is considerably longer than else- 
where on the body. A male may weigh up to 350 Ib 
(159 kg), while females usually weigh less than 200 Ib 
(91 kg). This bear inhabits mountain forests from 
Afghanistan, across China to Japan, and south to 
Southeast Asia. 
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The Asiatic black bear is generally nocturnal, but 
will sometimes venture out in the daytime to feed on 
sun-warmed fruit. It is also an opportunistic predator, 
and can kill fairly large animals by breaking the neck. 
Northern populations of Asiatic black bears sleep 
away the winter, but in warmer parts of their range 
they remain active year-round. They mate in the 
autumn, and the cubs are born 3-4 months later. The 
cubs are weaned by four months of age, much earlier 
than in other species of bears. 


The sun bear (Helarctos malayanus) is the smallest 
species of bear, with some adults weighing less than 
100 Ib (45 kg). It has black fur, a whitish snout, and 
often a whitish or orange, U-shaped mark on the 
chest. It has a much longer tongue than other bears, 
which is used to lap honey, bees, or termites from their 
nests. They also eat a wide variety of tropical fruits. 
The sun bear is a tropical species, found in rainforest 
from southern China to Borneo and Sumatra. Sun 
bears climb trees well, and often build nests by break- 
ing and bending branches together. Cubs are born at 
any time of the year, after a gestation of 14 weeks. 


The sloth bear (Melursus ursinus) of India and 
other countries in South Asia has the longest hair in 
the bear family, although its belly is almost hairless. 
Otherwise, it looks much like the Asiatic black bear. 
However, it has several distinctive behavioral traits: it 
carries its young on its back, and the male remains 
with the female to help raise the cubs. The sloth bear 
has long, strong claws, which are used to break open 
termite nests during feeding. 


The spectacled or Andean bear (Tremarctos orna- 
tus) is the only bear species in South America. It occurs 
in the Andean region, even living above 14,000 ft 
(4,300 m). It has a whitish, eyeglasses-shaped pattern 
around its eyes and a band of white on its neck and 
chest. It climbs trees well and may sleep in them. Male 
spectacled bears may reach a head-body length of 
almost 6 ft (1.8 m) and a weight of 400 lb (182 kg). In 
profile, they have a shorter nose than other bears. 


The spectacled bear is primarily nocturnal, sleep- 
ing during the day in an excavated cavity or under tree 
roots. At night, it often climbs high into trees to feed 
on fruit. If it finds a good supply and decides to stay a 
while, it will build a platform of branches as a nest. 


Bears and humans 


All bears except polar bears are regarded as ther- 
apeutic in traditional medicine in Asia. In particular, 
fluid from the gall bladder is thought to have many 
health-enhancing qualities. Many Asiatic black bears 
are kept in captivity, where they have tubes implanted 
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KEY TERMS 


Carnassial teeth—Specialized teeth of mammals in 
the order Carnivora, which are longer and sharper 
than other teeth and useful in tearing meat. 


Plantigrade—Walking on the heel and sole of the 
foot instead of on the toes. 


into their gall bladder from which bile fluid is contin- 
uously withdrawn without killing the animal. It is also 
thought that an aphrodisiac, or love potion, can be 
made from the gall bladders of bears. The flesh of bear 
paws is regarded as a gourmet food in eastern Asia. 
Because of these uses, the Asiatic black bear has long 
been intensively hunted, and is now an endangered 
species. Many American black bears and Eurasian 
brown bears are also killed so that their gall bladder 
can be harvested and exported to eastern Asia. 


Even the extremely rare spectacled bear of South 
America is hunted by indigenous people, who believe 
their fat is useful in the treatment of arthritis. 


In addition to the problem of excessive hunting, all 
bears are being affected by habitat destruction, mostly 
to develop agricultural land. When humans move into 
natural habitat, bears are often the first animals to be 
eliminated. All species of bears have declining popula- 
tions, and four species (Polar bear, Asiatic black bear, 
spectacled bear, and sloth bear) are classified as vulner- 
able by the World Conservation Union (IUCN). If 
their populations are not better conserved, it is possible 
that some species of bears will become extinct. 


See also Pandas. 
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| Beavers 


The true beavers are robust, aquatic herbivores 
in the family Castoridae, order Rodentia. Many tax- 
onomists believe that two, closely related species of 
true beavers exist—the American beaver (Castor can- 
adensis) and the Eurasian beaver (C. fiber). Other 
taxonomists, however, classify these as closely related 
variants of the same species, under the name Castor 


fiber. 


A few other rodents are also called beavers, such 
as the mountain beaver (Aplodontia rufa) of western 
North America and the swamp beaver or nutria 
(Myocastor coypu) of South America. However, 
these two species of rodents are not in the family 
Castoridae and are not true beavers. 


The true beavers are large animals, weighing asmuch 
as about 88 Ib (40 kg), and they are the largest rodents 
to occur in Eurasia and North America. Only the 
capybaras of South America (family Hydrochoeridae), 
which can weigh as much as 110 lb (50 kg), are larger 
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Asodden American beaver (Castor canadensis) sits in the 
snow in Denali National Park and Preserve in Alaska. (© Paul 
A Souders/Corbis.) 


rodents. However, a now-extinct species of giant bea- 
ver in the genus Castoroides, which occurred in North 
America as recently as about 10,000 years ago at the 
end of the most recent ice age, is estimated to have 
weighed several hundred pounds. This enormous 
rodent was similar in size to a black bear (Ursus 
americanus). 


One of the most distinctive features of beavers is 
their scaly, naked, paddle-like tail. The flattened bea- 
ver tail is used as a rudder while the animal swims, 
using its webbed hind feet to propel itself through the 
water. The unusual tail is also used as a support while 
the beaver is standing and as a brace while the animal 
is dragging logs to the water. If danger is perceived, the 
tail is energetically splashed onto the water surface to 
warn other beavers of the threat. However, contrary to 
what some people believe, the tail is not used as a 
trowel to daub mud onto the dams that beavers often 
build. 
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The American beaver 


The American beaver (Castor canadensis) is wide- 
spread in North America, ranging from the limits of 
the boreal forest in the north, through almost all of the 
United States, except for the Florida peninsula and 
parts of the southwestern states. The American beaver 
has also been introduced beyond its natural range, for 
example, into some regions in Europe. As a result, 
some hybridization has occurred with the European 
beaver, suggesting a close evolutionary relationship 
between the two species. 


The American beaver is a large animal, with the 
biggest individuals reaching a weight of about 88 lb (40 
kg), but more typically being 33-77 Ib (15-35 kg). The 
beaver has a robust body, a broad and blunt head, and 
a short neck and limbs. Beavers have very large, con- 
tinuously growing incisor teeth and large cheek teeth 
used for chewing their food of plant materials. The 
incisor teeth meet outside of the closed lips of the 
mouth, enabling the animal to feed easily underwater. 
The nostrils and ears have skin flaps that serve as 
valves to keep water out when the animal is sub- 
merged. The forepaws have long fingers, useful for 
dexterous handling of branches and twigs while feed- 
ing and building lodges and dams. The hind feet have 
two serrated claws that are used in preening and oiling 
the fur, a task in which beavers are commonly 
engaged. The other three claws on the hind feet are 
blunt and flat. The pelage of this animal is thick and 
lustrous, with a dense, brown underfur and longer, 
coarser guard hairs. 


Beavers are social animals, with the basic unit 
being the family, which forms a colony with a hier- 
archical structure among the individuals. The oldest 
female is the central individual in the group. She estab- 
lishes the colony, and, if she is killed and no daughter 
exists to take over the matriarchal role, the site is 
abandoned. The average colony size is about six 
animals. All of the animals in the colony work coop- 
eratively, especially in building and maintaining the 
group’s dams and lodge. 


Beavers are famous for their industriousness and 
engineering skills. If an open-water wetland such as a 
pond is not available locally, beavers will construct 
one by building a dam of logs, sticks, stones, and 
mud-plaster across a stream, causing the water to 
back up. Beavers maintain their dams assiduously, 
and they seem to be constantly working on improving 
these structures. This is necessary, of course, because 
the beaver pond provides essential local habitat for the 
species, yet it is in some respects artificial, having been 
created by the animals themselves. Of course, many 
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other species of wildlife benefit greatly from the habitat- 
creating enterprise of beavers. The dams are generally 
constructed to create a pool that is 6.5—-10 ft (2-3 m) 
deep in some places, so that in the winter unfrozen 
water will occur beneath the ice, which can be as 
much as 3 ft (1 m) thick. Some dams can be hundreds 
of feet long, and several feet high. 


Beavers also build lodges of sticks and mud. 
Beaver lodges are commonly located in shallow, 
open water, and their tops project as high as several 
feet above the water surface. Lodges may also be 
located near the edge of the beaver pond, rather than 
in open water. The lodge has a hollow, gnawed-out 
core, in which the family lives. The roof of the lodge is 
relatively thin and porous, allowing fresh air to circu- 
late. The interior of the lodge is reached by several 
underwater passageways. Beavers also burrow into 
mud banks, and animals living on large rivers or 
lakes will do this instead of building a lodge. 


Beavers are crepuscular, meaning they are most 
active between sunset and sunrise. They have a slow 
lumbering gait on land, but are skilled swimmers. 
Beavers mostly eat the inner bark and cambium of 
trees and shrubs, as well as the buds, leaves, and 
flowers of woody plants. They also supplement this 
diet with aquatic plants and herbaceous terrestrial 
vegetation during the summer and autumn. Beavers 
sometimes fell quite large trees (up to 16 in [40 cm] in 
diameter) to get access to the relatively nutritious 
branches and twigs of the canopy. Trembling aspen 
(Populus tremuloides) is the food species of choice, 
with willows, birches, poplars, and alders also being 
favored. 


Beavers fell trees by gnawing them at the base, 
often while standing erect, propped by their tail, and 
gripping the tree with their forepaws. The stumps of 
beaver-felled trees have a distinctive, conical top, with 
clear evidence of the large cuts made by the chisel-like 
incisors of the animal, which remove substantial chips 
of wood. The beavers do not gnaw right through the 
trunk—they leave a central core intact, and rely on 
rocking motions from a later wind to actually cause 
the final felling of the tree. Beavers seem unable to 
plan the direction of the eventual tree-fall, and they are 
sometimes killed when this actually happens. Beavers 
occasionally construct canals in wet terrain in order to 
make their logging areas easier to reach, and they 
often develop wide, well-trodden paths to facilitate 
the dragging of branches to their pond. 


Beavers do not hibernate—they remain active in 
their lodges and beneath the ice of their pond. During 
winter, these animals mostly feed on underwater piles 


GALE ENCYCLOPEDIA OF SCIENCE 4 


of branches and twigs accumulated for this purpose 
during the previous summer and autumn. However, 
beavers will sometimes emerge above the ice and snow 
to feed if they run short of their stored winter food. 


Many animals prey on beavers. When predators 
are relatively abundant, beavers are wary and do not 
like to forage or fell trees very far from the safety of 
their pond. 


Beavers and the fur trade 


The pelts of American beavers are valuable in the 
fur trade and are largely used in making coats and hats. 
During the first several centuries of the European 
colonization of North America, beaver pelts were one 
of the most important natural resources to be exported 
from the northern regions of that continent. The most 
important markets were in Europe, where the pelts 
were used to make gentlemen’s hats, also known as 
“beavers.” In fact, most of the initial exploration 
and settlement of the interior of North America was 
undertaken by fur traders, and these intrepid men 
were most enthusiastically searching for beaver pelts. 
For many years in vast regions of North America, 
beaver pelts were the measure of wealth, and were 
even a common unit of currency. In view of the great 
importance of the beaver in the early colonial history 
of Canada, this animal has become a national symbol 
of that country. However, beavers were similarly 
important in the northeastern and central United 
States. 


The extraordinary overharvesting of beavers for 
their pelts caused great reductions in the abundance of 
these animals, and they were widely extirpated from 
much of their original range in North America. 
Moreover, the American beaver will not breed in cap- 
tivity, so fur-farming is not possible. Fortunately, the 
implementation of conservation measures after about 
the 1940s has allowed a substantial rebound in the 
populations of American beavers. These animals are 
now re-occupying much of their former range, as long 
as the habitat has remained suitable for their purposes. 
Beavers are sometimes hunted for meat, although their 
use in this way is usually secondary to the taking of 
their pelts. 


Beavers can be viewed as a nuisance, their con- 
structions flooding roads, culverts, railroads, lawns, 
and agricultural land. Beavers also may cut down 
valuable ornamental trees in some places where they 
are living in proximity to humans. As a result, many 
states and provinces will live-trap problem beavers for 
relocation to less built-up areas. 
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Crepuscular—Refers to animals that are most active 
in the dim light of dawn and dusk, and sometimes at 
night as well. 


Overharvesting—The unsustainable exploitation of 
a potentially renewable natural resource, such 
as hunted animals or trees. Overharvesting eventu- 
ally leads to a collapse in the abundance of the 
resource. 


The Eurasian beaver 


The natural range of the Eurasian beaver (Castor 


fiber) extends through most of Europe and through 


much of northwestern Asia. However, the modern 
range of the Eurasian beaver has become rather 
restricted and fragmented, and the species is now 
much less abundant than it used to be. The population 
declines are due to the conversion of the species’ nat- 
ural wetlands habitat into agricultural lands as well as 
to overhunting. The European beaver has long been 
exploited as a natural resource, for both its thick, 
lustrous fur, and also for a musky oil called castoreum, 
which is extracted from the anal or castor gland of this 
animal. 


The mountain beaver 


The mountain beaver (Aplodontia rufa, family 
Aplodontidae) occurs in the Cascade Mountains 
from east-central California north through Oregon 
and Washington to southwestern British Columbia. 
Other than being a large rodent, the mountain beaver 
is not particularly closely related to the true beavers, 
which are in the family Castoridae. In fact, mountain 
beavers are the only species in their family, and they 
not closely related to any other rodents. Because of 
their ancient evolutionary history, mountain beavers 
are sometimes considered to be living fossils. In body 
form, the mountain beaver looks like a tailless musk- 
rat or large vole, with small ears, short legs, and 
grizzled, brownish fur. Mountain beavers are terres- 
trial animals, digging long, complex burrows in moist, 
workable soil near streams, with numerous entrances 
and exits located in concealed places. These animals 
live in loose colonies, but they are not very social 
animals, preferring to avoid frequent, direct contact 
with each other. Mountain beavers eat a wide range of 
plant foods, including herbaceous plants and fruits, 
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young twigs of woody plants, and conifer foliage and 
shoots in the winter. Mountain beavers store food for 
the winter in underground haystacks. 
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Bill Freedman 


ll Bedrock 


Bedrock is hard rock exposed at Earth’s surface or 
buried beneath loose sediment sometimes referred to 
as regolith. It can be of igneous, sedimentary or meta- 
morphic origin. 


Bedrock exposures 


A surface exposure of bedrock is called an out- 
crop. Bedrock is generally not exposed in areas where 
sediment accumulates rapidly, for example in the bot- 
toms of stream valleys and at the bases of hills. 
Outcrops are common, however, where erosion is 
rapid, for example, along the sides of steep stream 
channels and on steep hillsides. Deserts and mountain- 
tops above the treeline commonly contain bedrock 
exposures because vegetation is scarce and erosion is 
rapid. Manmade outcrops are common where roads 
cut through mountains or hills as well as in quarries 
and mines. 


Generally, the more resistant bedrock is erosion, 
the more likely it is to be exposed. Granite and sand- 
stone commonly form well-exposed outcrops. Natural 
exposures of shale, a soft sedimentary rock, can be 
uncommon, especially in wet climates. 


Outcrop features 


In addition to the mineral crystals and fossils, 
virtually all outcrops contain breaks that are classified 
according to the movement of rock on either side of 
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the break. If the rocks on each side move away from 
each other and perpendicular to the break, even imper- 
ceptibly, the break is known as a joint. If the rocks 
slide past each other parallel to the break, the break is 
known as a fault. Joints and faults can serve as con- 
duits for groundwater and may give rise to springs. 
Large blocks of rock can also break away from an 
outcrop along joints and faults to create rockslides or 
rock falls. Layered rocks, most commonly sedimen- 
tary rocks or some kinds of metamorphic rocks, may 
also be flexed or folded in response to tectonic forces 
such as those involved in mountain building. In some 
cases entire folds are visible in single outcrops. 


Bedrock distribution 


Bedrock is distributed in a fairly predictable pat- 
tern. The central portions of continents generally con- 
tain metamorphic rock representing the remains of 
ancient (one billion years or more) mountain ranges 
that have been eroded to create a flat surface. Such 
areas are known as continental shields (for example, 
the Canadian shield). The rocks in shields, which are 
sometimes referred to as basement rocks, have experi- 
enced multiple episodes of deformation so they are 
intensely folded and faulted. Along the edges of 
shields, however, thick sequences of relatively unde- 
formed sedimentary rocks cover the basement rocks 
and form features known as continental platforms. 


Together, the shield and platform make up the 
continental craton. The craton is considered to be 
stable, meaning that it is not currently experiencing 
significant deformation. On the margins of the craton, 
there may be actively growing mountain belts known 
as orogens. Orogens are relatively young mountain 
belts in which uplift, folding, faulting, or volcanism 
are occurring. The bedrock in orogens varies in age 
from lava flows that may be only days old to igneous, 
sedimentary, and metamorphic rock that are hundreds 
of millions of years old. 


Clay Harris 


| Bee-eaters 


Bee-eaters are about 24 species of birds that make 
up the family Meropidae. Bee-eaters occur in open 
habitats and savannas of the south-temperate and 
tropical zones, ranging through Africa, southern 
Europe, southern Asia, Southeast Asia, and many 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A common green bee-eater with its catch. (E. Hanumantha 
Rao. Photo Researchers, Inc.) 


Pacific Islands. Species that breed in temperate hab- 
itats migrate to the tropics for the winter. 


Bee-eaters have large, pointed wings and a long tail, 
usually with the two central feathers quite extended. The 
bill is long, slender, down-curved, and pointed. Their 
feet and legs are rather small and weak and are only 
used for perching. Bee-eaters are brightly colored, 
most commonly with a base hue of green, and have 
bold markings of yellow, blue, red, brown, black, and 
white. Nearly all species have a black stripe running 
through the eye, known as a “mask.” Both sexes are 
similarly colored and patterned, as are the juvenile 
birds. 


Bee-eaters tend to occur in groups, often perched 
in the open. They commonly feed by pursuing and 
catching insects in the air, a foraging strategy known 
as “hawking.” True to their name, the principal food 
of most species of bee-eaters is bees and wasps. 
However, a wide diversity of flying insects is taken, 
depending on their local and seasonal availability. 
After a bee or wasp is captured in the bill, its abdomen 
is forcefully wiped against a branch, causing the 
venom to be discharged. 


Bee-eaters nest in a burrow dug into an earthen 
bank or sand cliff. The tunnels are as long as several 
meters, and have a nesting chamber at the end, in 
which two to six eggs are laid. Nesting sites are gen- 
erally colonial, with large numbers of pairs breeding in 
the same vicinity, commonly near water. Both sexes 
share in the incubation of the eggs and care of the 
young. 


The European bee-eater (Merops apiaster) is a 
blue-bellied, cinnamon-backed, yellow-throated spe- 
cies of southern Europe and western Asia, wintering 
in sub-Saharan Africa and India. 
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Beech family (Fagaceae) 


The blue-cheeked bee-eater (Merops persicus) is a 
widespread species, occurring in Africa and Madagascar 
through to western Asia. This species has a lime-green 
body, with a bluish breast, a yellow and chestnut-brown 
throat, and a black eye-line. 


As its name implies, the rainbow-bird (Merops 
ornatus) of Australia is an especially lovely and 
multi-hued bee-eater. This species migrates north to 
New Guinea after its breeding season in temperate 
Australia. 


f Beech family (Fagaceae) 


The beech family is an important group of flower- 
ing plants that includes the beeches, oaks, and sweet 
chestnuts. Most members of the family are deciduous 
or evergreen trees or shrubs. The leaves, arranged 
alternately along branches, are leathery in texture, 
often strongly ribbed, and have margins that are 
entire, toothed, or deeply lobed. The flowers are uni- 
sexual. Male flowers are usually arranged in catkins, 
whereas female flowers are in few-flowered clusters. 
The fruit is a one-seeded nut that is partially or com- 
pletely covered by a cupule of scales or a spiny bur. 


The family includes eight genera and about 1,000 
species. The Fagaceae are widely distributed and most 
abundant in temperate and subtropical regions of the 
Northern Hemisphere, although there is one tropical 
and one south temperate (Nothofagus) genus. Beech 
(Fagus) and sweet chestnut are, or were, in the case of 
American chestnut (Castanea dentata), prominent 
components of mature deciduous and mixed forests 
of North America and Eurasia. Much of central 
Europe was covered by forests of beech and oak until 
cleared by people for agriculture. Similar forests in the 
Southern Hemisphere are dominated by southern 
beeches in the southern Andes, eastern Australia, 
and New Zealand. 


Oaks (Quercus) are also important in rich temper- 
ate deciduous forests as well as on droughty soils such 
as the sand plains of the eastern North American sea- 
board, where oaks grow abundantly with pines. 
Evergreen oaks are especially important in the arid 
regions of the Gulf of Mexico, southern China, and 
southern Japan. Evergreen species of both oaks and 
southern beeches are prominent in the mixed moun- 
tain forests of Southeast Asia. Given their prominence 
as the producers of deciduous and mixed forests, the 
Fagaceae are extremely important ecologically. Their 
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A beech forest. (P. Berger/National Audubon Society/Photo 
Researchers, Inc.) 


nuts are also important food sources for a variety of 
insects, birds, and mammals. 


The beech family is among the most valuable 
sources of hardwood timber in the world. There are 
over 300 species of oak worldwide and the character- 
istics of their wood varies. Nevertheless, most produce 
strongly grained durable wood that polishes well. The 
white oaks of North America, in particular, produce 
fine wood that is commonly used for furniture, panel- 
ing, and flooring. Oak bark is often rich in tannin, 
used to tan leather. Oak wood is to make barrels for 
the storage of whiskey, wine, and sherry, and is also 
valued as firewood and for making charcoal. Tropical 
members of the family, such as Castanopsis and 
Lithocarpus (called chinkapin and tanoak respectively 
in North America), also produce high-quality wood, 
but they have not as yet been heavily exploited. 


The bark of the Mediterranean cork oak (Quercus 
suber) is the principle source of commercial cork. Cork 
bark is stripped in summer by making a circular cut at 
the base of the trunk and another just below the first 
branches. A lengthwise slit is then made between the 
two circular cuts and the bark is carefully removed 
with special hatchets so as not to damage the conduct- 
ing tissue of the inner bark. The stripped bark is 
stacked and allowed to season for a few weeks, then 
boiled in tanks of water, followed by the removal of 
the rough outer bark. The cork is then dried and ready 
for use. The bark is stripped from trees once every 8-10 
years. Aside from its role in stoppering bottles, cork is 
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Sweet chestnuts. The thorny husks split to release the nuts. 
(Geoff Bryant. Photo Researchers, Inc.) 


used for gaskets, floats, nonslip walkways, corkboard, 
and flooring. The main cork-producing areas are 
Portugal and southwest Spain. 


Chestnuts are especially prized for their large, sweet, 
edible nuts. Although there are about 10 species of sweet 
chestnuts, the most widely grown is Castanea sativa, 
commonly called the Italian, Spanish, or European 
sweet chestnut, a native of southern Europe. The nuts 
can be roasted, used whole or sliced in stews and 
stuffings, or pureed into the exquisite French dessert 
called marrons glacés. The American chestnut was 
once an important timber and nut tree, and it is said 
that its nuts were sweeter and tastier than those of 
European species. Unfortunately, this once-dominant 
member of the deciduous forest of eastern North 
America is now a rarity, struck down by chestnut 
blight. 


Chestnut blight was introduced into eastern 
North America from abroad in about 1904. By 1940, 
the American chestnut had disappeared from most of 
its range, clinging in places as sprouts from the root 
collars of trees whose trunks had died, but although 
these sprouts may grow for 40 years, they do not 
produce fruit, and so the tree is condemned to die 
without leaving offspring. The disease is caused by 
the fungus Endothia parasitica, which produces spores 
that stick onto the beaks and feet of bark-feeding birds 
and on the bodies of bark beetles. The spores are 
carried by the birds and insects to healthy trees that 
become infected when spores are accidentally depos- 
ited into wounds caused by the feeding of the birds and 
beetles. The spores germinate and the growing fungal 
threads enter vital cells of the inner bark, killing them. 
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Catkin—An elongate, spikelike cluster of unisexual 
flowers, often drooping at maturity. 


Evergreen—Plants whose leaves persist and func- 
tion for two or more years. 


There are no adequate control measures for chestnut 
blight. 


Beeches (Fagus and Nothofagus) both produce 
valuable wood. European beeches have proved to be 
extremely useful in bentwood furniture, which is made 
by steaming laminated pieces of wood and then press- 
ing them against forms until dry. Beech nuts were once 
commonly eaten by people, but now the nuts, along 
with acorns, are mostly fed to pigs, especially in 
Europe. In many parts of eastern North America, the 
American beech has been afflicted by a canker disease 
that disfigures the lovely, smooth, gray bark and 
obstructs the conducting tissue causing reduced rates 
of growth. 
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Les C. Cwynar 


| Bees 


Bees belong to the insect order Hymenoptera, 
which includes wasps and ants. Its name is derived 
from Greek, meaning “winged membrane,” and it is 
the third largest group of insects with more than a 
hundred thousand species in the order. Ants and bees 
play vital roles in agriculture, ants being useful in 
aerating soil and bees in pollinating plants. Wasps 
play an important part as predators to other insect 
pests and bees are the source of honey and wax, which 
have been highly valued by human beings since 
antiquity. 


Hymenoptera are distinguished by having two 
pair of wings that are veined in cross angles creating 
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a cell-like pattern. The rear wings are smaller than the 
front ones, and wing color ranges from brown with 
yellow markings to red, white, blue, or green marks. 
Male Hymenoptera have 13 segments in their anten- 
nae, while females have only 12. Most Hymenopterons 
have chewing mouthparts with a pair of mandibles, 
but bees have a long tongue (proboscis) to lap nectar. 
Bees have a complete, four-stage metamorphosis from 
egg, larva, pupa, to adult. Some species of bees, as well 
as ants and some wasps, form colonies under a caste 
system, while other species are solitary. 


The more than 20,000 species of bees are assigned 
to the superfamily Apoidea, which includes eight fam- 
ilies. The diversity of bees includes the yellow-faced, 
plasterer, oxaeid, andrenid, sweat, melittid, leafcut- 
ting, mason, cuckoo, digger, carpenter, bumble, and 
honey bees. The latter two are the most common and 
both belong to the family Apidae. Bees are character- 
ized by the vein pattern on their wings and by the size 
of their tongues. Some have a short tongue and others 
a long, slender one. Bees are able to chew as well as 
suck with their mouthparts. 


Bees mainly eat nectar and pollen, which they also 
store in their hives or nests for their larvae to eat. A 
segment of the rear legs of bees is enlarged and some- 
what flattened and serves as a carrying device for the 
pollen they collect. Male bees have seven segments in 
the abdominal region, while females have only six. 
Hairlike setae densely cover the bodies of bees. 
Plants that bees pollinate include most fruits, numer- 
ous vegetables, and field crops like cotton, tobacco, 
and clover. While the bees that are most beneficial for 
commercial production of honey are social bees, many 
families of bees are solitary in nature. Bees are also 
diurnal, that is, they are active in the daytime. 


Among the solitary bees, where each queen bee 
builds her own nest, there is sometimes evidence of a 
division of labor. Some of the bee families are more 
sociable than others and build their nests close to one 
another and may even share the same entrance to the 
nests. In such cases, a bee might stand guard at the 
entrance of the group of nests to protect them from 
predators. This is not the same social organization as 
the caste system established by true social bees, where 
there is only one queen bee laying eggs. Some species 
of solitary bees build nests, while some scavenge and 
use the nests of other bees or convenient crevices for 
laying their eggs. Nest building patterns among soli- 
tary bees vary from species to species. 


Plasterer bees, members of the family Colletidae, 
get their name from a secretion they use to plaster the 
sides of their mud nests, which may be in the ground or 


506 


in crevices of stones and bricks. Plasterer bees are 
black with light-colored body hairs. Yellow-faced 
bees, which belong to the same family as the plasterer 
bee, build nests in plant stalks and insect burrows. 
Yellow-faced bees feed their larvae on a mixture of 
pollen and nectar which is stored in their nests. 


There are over 1,200 species of the Andrenid bee 
family found in North America. These yellow, white, 
or black bees make their nests underground in tunnels, 
which may include many branches and may house 
large groups of bees. Over 500 species of the “sweat 
bee” can be found in North America. Their sting is not 
painful, although sweat bees have a reputation for 
stinging persons who are sweating. They nest in clay 
and sand banks of streams. Some have metallic blue or 
green colorations, but they are mostly black or brown. 


The leafcutting bee gets its name from its habit of 
cutting pieces of leaves to use as a nest. It places a ball 
of pollen on the cut leaf and then lays its eggs on top. It 
locates its nests in wood, under loose bark, or in the 
ground. It is closely related to the mason bee, a shiny, 
blue-green insect, that builds its nest under stones, 
where it builds clusters of small cells. Mason bees 
also like empty snail shells and the empty nests of 
other bees. 


Digger, cuckoo, and carpenter bees belong to the 
same subfamily, Apidae, as the honey bee and bumble 
bee, but they are not social. The larger carpenter bees 
nest in open spaces in wood, while the smaller ones use 
the stems of bushes in which to build their nests. They 
are robust in build, as are the digger and cuckoo bees. 
The large ones look like bumble bees. Digger bees are 
much more hairy than other members of the bee fam- 
ily and they build their nests in burrows in the ground. 
Cuckoo bees look like small wasps and lay their eggs in 
the nests of other bees. 


Honey bees and bumble bees are two of the 500 
species of bees which are social. Their colonies or hives 
range in size from several hundred to upwards of 
80,000 inhabitants. They are organized within a rigid 
caste system, where members of a caste carry out 
specific tasks. The social system consists of a queen 
bee, male drones, and worker bees. The queen bee is 
responsible for laying eggs, which the drones have 
fertilized, and the worker bees build the nest and care 
for the fertilized eggs and larvae. 


The female worker bees differ in structure from 
the queen bee. They have pollen sacs in their rear legs, 
which the queen bee does not have. Workers also have 
wax glands and other differences in their head struc- 
ture. Their life span, usually a season, is shorter than 
that of the queen bee, who lives on the average for 
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several years. Worker bees are not capable of mating, 
but if a queen bee is not present in the hive, their 
ovaries do develop and they become capable of laying 
eggs that become drones. Drones are not constructed 
for collecting pollen. They are hatched from unfertil- 
ized eggs that the queen lays by withholding sperm. 
While the queen bee has a life span of several years, the 
drone dies when he has impregnated the queen. 


Bumble bees are social bees and are characteristi- 
cally black, yellow, and hairy. After mating in the fall, 
a queen will hibernate over the winter, while the work- 
ers and drones from the past season’s colony die 
before winter. In the following spring, the queen 
begins a new nest, lays her eggs, and spends her time 
protecting them and sipping from a honey pot. She is 
often compared to a mother hen hatching her eggs. A 
favorite nesting place for bumble bees is an abandoned 
mouse nest. 


When the larvae mature in about 10 days, they 
construct a cocoon for their pupal stage. After several 
weeks, female workers leave their cocoons to take up 
the work of building the nest. Males and potential 
queens are hatched later in the season. Bumble bees 
are important for the pollination of red clover, which 
is an important field crop in agriculture. Plants that 
bloom eight to nine weeks before clover are planted 
near clover fields to lure bumble bees to the area with a 
supply of food before the red clover comes into bloom. 
This ensures the bumble bees will be present when it is 
time to pollinate the crop. 


The stingless bee flourishes in Central and South 
America. Before European honey bees were intro- 
duced in the Western Hemisphere, these bees supplied 
honey and wax to communities in these regions. The 
wax was also used as casting material for the molding 
of gold jewelry. There are several hundred species of 
stingless bees in tropical regions and their colonies 
range from several hundred to as many as 80,000 
individual bees. They use a blend of wax, resin, and 
mud to build their nests, which may have walls as thick 
as eight inches. Eggs are laid in the nest with a store of 
food and the cells are sealed. New nests are created in 
preparation for the departure of a new, young queen 
from the old nest, and workers and males follow to 
join her. 


The social structure of honey bees is the caste 
system of queen, drones, and workers. Unlike the 
stingless bee, the honey bee queen is the one to leave 
the old colony to form a new one. The move to a new 
nest begins with a swarming of bees and ends when a 
suitable place, such as the hollow in a tree, is found to 
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establish a new colony. A young queen will take over 
the old colony. 


Of interest to entomologists is the so-called 
“dance language” of honey bees. A worker can com- 
municate the location of a food source, how far away it 
is, and the type of flower that will be found. Some of 
this information is transmitted by the scent the flower 
has left on the messenger’s body, but there are other 
features to this communication. One is a circle dance 
that communicates sources of the nectar. The other 
dance involves wagging the tail and the abdominal 
region, which indicates the distance. The tail wagging 
is accompanied by wing vibrations produced at the 
same rate. The closer the source of the food, the 
more wags. Different species of honey bees follow 
different dance tempos. 


Direction to the food source is shown by the angle 
of the bee to the sun when it is wagging its tail. Besides 
this “dance communication,” bees seem to know when 
flowers have a supply of nectar available. This built-in 
biological clock is not as well understood as their 
“dance language.” The person responsible for unrav- 
eling the dance language of honey bees was Karl von 
Frisch, who received a Nobel Prize in 1973 for this 
work. 


Honey bees are susceptible to debilitation of their 
honey production by bee mites, a parasite that reduces 
their natural pollinating and honey-making activities. 
In the mid 1980s, 150 million honey bees had to be 
destroyed in several parts of the United States to 
eliminate the infestation of these mites. Other diseases 
that honey bees are susceptible to include foulbrood, 
which attacks larvae or pupae, stress diseases, such as 
sacbrood and nosema, which can shorten the lives of 
adult bees, and acarine disease, another mite disease. 
Animal predators that are dangerous to bees are mice, 
birds, bears, squirrels, skunks, raccoons, and opos- 
sums. The first line of defense of a bee is, of course, 
its sting. 


References to bees and honey can be found in 
early civilizations from the Sumerians, Babylonians, 
Egyptians, Hindus, Greeks, Romans, and Mayans in 
the warmer climates to Celts, Slavs, and Northern 
Europe in colder climates. Honey as a sweetener was 
valued even in areas where sugar was available. A 
number of these early civilizations held the bee and 
its honey in high regard, using the bee as a symbol for 
royalty and honey for anointing their kings and for 
embalming the dead. Besides using honey for a sweet- 
ener in food, it was also used medicinally during the 
Middle Ages and Renaissance in Europe, where 
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beeswax was also used for candle making and for 
molds to cast statues. 


There is evidence from an Egyptian tomb dating 
to 2400 BC that this culture had learned to raise bees in 
human-made hives and no longer had to rely on raid- 
ing beehives for their honey. In southern climates, a 
round type of beehive was constructed from hollow 
tubes made of mud or clay and baked in the sun. The 
bees then built their honeycombs in these early bee- 
hives. In the northern climates of Europe, a horizontal 
hive was developed that was made of wicker or straw. 
Other materials used were cane in China, cork in 
Spain, and hollow tree trunks in eastern Europe. The 
bees were smoked out from the hive in order to collect 
the honey, as they frequently are today, especially with 
bee colonies that are aggressive in nature. 


A vertical beehive was invented by Francois 
Huber in 1792 that was made of wooden frames, 
hinged like a book, and with glass covering the end 
leaves so that the bees’ activities could be observed. 
Many other similar hives were developed, but they all 
shared the problem of becoming gummed together by 
the beeswax that was produced along with the honey. 
In 1851, a Pennsylvania minister solved the problem 
by establishing the correct measurement for bee space 
needed around the frames and other movable parts of 
human-made hives. This measurement is one-quarter 
to three-eighths of an inch or six to ten millimeters. 


A subsequent innovation in beehive construction 
was the introduction of a fabricated wax honeycomb 
foundation on which the bees could accelerate the 
production of honey, since they did not have to 
spend time building the honeycomb. Further improve- 
ment in honey production was made after the intro- 
duction of a mechanical honey extractor. 


Beekeeping is carried out by large-scale commer- 
cial beekeepers and by thousands of hobby beekeep- 
ers. It is estimated that the annual worldwide 
production of honey exceeds a million metric tons. 
Besides marketing honey as a product, beekeepers 
serve agricultural businesses by supplying bees for 
pollinating at least 90 commercially valuable crops, 
such as fruits, nuts, and field crops like alfalfa. 
Beekeepers often migrate from northern locations in 
the summer to southern ones in the winter. The largest 
honey-producing beekeepers are found in California, 
Florida, and Minnesota, but New York, Ohio, 
Michigan, and Illinois also have commercial beekeep- 
ers. While a hobbyist might have only a dozen or so 
hives to tend, a commercial beekeeper often has thou- 
sands of hives. 
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Bee space—The amount of room needed between 
the frames of a man-made hive for bees to move 
around freely. 


Caste system—A system among social bees where 
a hierarchy of activity exists, with members of a 
caste assigned to specific tasks within the social 
structure. 


Parthenogenesis—Asexual reproduction without 
the fertilization of eggs. 


Pheromones—Alarm chemicals produced as a 
response to an attack by predators. 


Social bees—Bees that organize themselves into 
colonies where they maintain a cooperative social 
structure with a caste system. 


Solitary bees—Bees that do not colonize, but 
engage in individual nesting. 


During the mid-1950s, a hybrid Africanized 
honey bee was accidentally released in Brazil. This 
bee was more aggressive than the European honey 
bee and by the mid-1960s had gained the name of 
“killer bee.” The Africanized honey bee was intro- 
duced by Warwick Kerr in Brazil in an attempt to 
find a bee that was more suitable to the climate. This 
bee was found to be more productive than other 
bees and many beekeepers in South America use 
them for the production of honey. Because these 
bees are more aggressive, beekeepers must wear 
more protective clothing. By the late 1980s, the “killer 
bees” had migrated across the Rio Grande. While 
some entomologists fear that the killer bees will 
replace the European honey bee and upset honey 
production in the United States, others feel this will 
not happen. 


By 2002, Africanized honey bees had spread 
throughout states bordering Mexico including Texas, 
New Mexico, Arizona, and regions in southern 
California. In 2005, Africonized bees were discovered 
in Florida. Whether the bees are present in intervening 
states including Alabama, Louisiana, and southern 
Georgia is not known. 


A more northern spread may be likely, since 
Africanized bees may be capable of surviving cold 
northern winters. Indeed, the bees have bee detected 
as far north as the San Francisco Bay region and 
Kansas. 
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l Beetles 


Beetles make up the large, extremely diverse order 
Coleoptera of the class Insecta, and comprise the larg- 
est single group of animals on Earth. There are at least 
250,000 species of beetles, compared to the 5,000 
known species of mammals. The weevil family of bee- 
tles alone contains about 50,000 species, and is the 
largest family in the animal kingdom. Thus, the order 
Coleoptera, representing about 40% of the known 
insect species, contributes greatly to making the insects 
the largest class of the largest phylum—Arthropoda. 
Arthropods are thought to have evolved as much as 500 
million years ago during the Precambrian, while the 
most primitive insect fossils date to the rocks of the 
Middle Devonian period about 350 million years ago. 
Coleoptera are thought to have evolved in the early 
Permian about 225-280 million years ago, and were 
common even before the age of reptiles. 


Beetles are found in virtually all climates and 
latitudes throughout the world except at very high 
altitudes or in regions with extreme temperatures, 
e.g. the Antarctic. Most species of beetles occur in 
the tropics, but fewer individuals of a particular spe- 
cies are generally found in tropical regions rather than 
in temperate areas. 


Beetles’ success is due to at least three important 
characteristics. First, they undergo complete meta- 
morphosis (egg, larva, pupa, adult), with larval and 
adult stages usually living in different places and eat- 
ing different food. This division greatly expands the 
number of ecological niches and food available to 
them. Second, the front pair of wings is modified 
into a hard cover (elytra) that protects the soft body 
underneath. Third, most beetles have mouth parts 
capable of chewing a wide variety of solid foods. 
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Some, however, have mouth parts modified for sip- 
ping sap and nectar. 


The front pair of wings, modified into horny cov- 
ers (elytra), hide the rear pair of wings and abdomen, 
and their inner edges appose each other, creating a 
straight line down the back of the insect. The elytra 
form a rigid, closely interlocking sheath that covers the 
mesothorax and metathorax, and most of the abdo- 
men. (The name Coleoptera is derived from the Greek 
word koleos, meaning sheath.) The perfect alignment 
of the edges of the elytra form the characteristic, 
straight line that seems to split the back of the beetle, 
and gives these insects their common name (beetle 
from the German word bheid, meaning to split). 


Beetles are found on vegetation, under bark, stones, 
and other objects, as well as almost anywhere on or in 
the soil, rotting vegetation, dung, and carrion. They vary 
widely in size and appearance, and many have note- 
worthy behavior. Some beetles (e.g., Lampyridae) pro- 
duce light, while others (Cerambycidae) can stridulate, 
that is, they can produce sound. Large beetles usually 
make a loud noise during flight, and some, such as the 
scarab beetles, have a bizarre physical form. 


Varieties of beetles 


The Coleoptera includes the largest and smallest 
insects in the world, ranging from the giant, 6.3-in 
(16-cm) Longhorn beetle (Titanus giganteus) of the 
Amazon region to the dot-sized, fringed ant beetle 
(Nanosella fungi) of North America, which reaches 
only 1 inch (0.25 mm) in length—smaller than a large 
protozoan. 


Beetles are economically important in agriculture, 
either feeding directly on crops and trees, or preying 
on other species that harm plant crops. For example, 
the ground beetles (Carabidae) and the rove beetles 
(Staphylinidae) feed on caterpillars and other larvae as 
well as on many soft-bodied insects and insect eggs. 
Many of the adult and larval forms of the ladybugs or 
ladybird beetles (Coccinellidae) feed on plant-sucking 
insects (Homoptera) such as aphids and scale insects, 
while only a few of the Coccinellidae themselves (e.g., 
Epilachna) feed on plants. 


Many other beetles, however, do feed on plants. 
Among the most important of these beetles are the leaf 
beetles (Chrysomelidae) and the weevils and their rel- 
atives (Curculionoidea). The larvae of leaf beetles feed 
on leaves, stems, or roots, while most adults chew on 
leaves; the larvae of weevils feed on almost all parts of 
plants. For example, larvae and adult forms of bark 
beetles (Scolytidae) attack treetissue beneath the bark. 
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Scarab beetles (Scarabaeidae) are particular pests 
of crops, lawns, and pastures. One of these insects, the 
dung beetle, was an important religious symbol to 
ancient Egyptians, who considered its life cycle to be a 
reflection of the cyclical processes of nature, especially 
the “rebirth” of the sun each morning. Glazed steatite 
(soapstone) and other ancient Egyptian ceramic or 
stone representations of the beetle, called scarabs, 
were a symbol of the soul and used as talismans. 


Many beetles act as scavengers, breaking down 
organic material such as wood and dead plant and 
animal matter. The larvae of some beetles, such as 
the wedge-shaped beetles, are parasitic on wasps, 
bees, and cockroaches. The European elm bark beetle 
(Scolytus multistriatus) transmits the fungus that 
causes Dutch elm disease. 


The vast array of forms and colors of Coleoptera 
ranges from the black, furry Brazilian beetle, with 
creamy white and orange spots, to the squat tortoise 
beetle, the long-snouted Peruvian beetle, the stag bee- 
tle with its two threatening “horns,” and the whirligig 
beetle, often found gyrating rapidly on the surface of 
ponds. 


Click beetles (family Elateridae) are named for the 
sharp noise they make. When turned onto its back, a 
click beetle will bend its head and the upper part of its 
body backward, then suddenly straighten. This move- 
ment produces a click and propels the beetle into the 
air. This maneuver is repeated until the beetle lands 
right side up. 


Lightning bugs or fireflies (family Lampyridae) 
produce light; some species produce flashes, while 
others produce continuous luminescence. These insect 
light shows, common in spring and summer, are a 
mating ritual through which the sexes find each other. 


The classification of beetles established by 
R. A. Crowson in 1955 (The Natural Classification of 
the Families of Coleoptera), divides the order into four 
suborders: Archostemata (rarely found beetles), 
Adephaga (the tiger beetles and various water beetles), 
Myxophaga (the minute bog beetles and skiff beetles), 
and Polyphaga (the majority of beetles, such as car- 
rion beetles, scarab beetles, ladybugs, and long- 
horned beetles). The Polyphaga is the largest subor- 
der, with 18 superfamilies. In all, there are about 135 
known families of beetles, of which 120 are found in 
the Western Hemisphere. 


Beetle anatomy and physiology 
As insects, beetles share common traits with all 


other arthropods. The legs are jointed, and there is an 
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external skeleton called the exoskeleton, an inert com- 
pound made mostly of a carbohydrate called chitin 
(polyacetylglucosamine). Those sections of the exo- 
skeleton that do not need to be flexible to allow for 
movement are further strengthened by sclerotin, a 
hard, proteinaceous substance similar in composition 
to human fingernails. The exoskeleton serves in both 
protection and in muscle attachment. A superficial 
layer of wax secreted on the outside of the exoskeleton 
prevents water loss through evaporation. 


Beetles share with all insects the body form that 
differentiates them from other arthropods. The body 
of insects is divided into three main sections: head, 
thorax and abdomen. In Coleoptera, however, two 
of the three segments of the thorax (mesothorax and 
metathorax) are attached to the abdomen, while the 
third one (prothorax) is isolated between the head and 
trunk and is covered by a dorsal plate called the pro- 
notum. The insect thorax usually has three pairs of 
legs and two pairs of wings. This body section also 
contains the powerful muscles that operate both the 
wings and legs. The abdomen has nine or ten seg- 
ments, some not externally visible, each bearing a 
pair of spiracles, or respiratory openings, which direct 
air through the exoskeleton into the body. 


Beetles can fly from hostile environments, escape 
enemies, and seek mates over wide areas. The first pair 
of wings, which arise from the mesothorax, is modified 
as the elytra-forming the protective cover for the hind 
wings and abdomen. This is a particular advantage for 
these insects, because they spend so much time on the 
ground rummaging through decaying plant matter, 
wood, and soil. The hind wings are membranous and 
usually fold beneath the elytra when not in use. When 
beetles fly, the elytra are held open at an angle, provid- 
ing additional stability and lift as the back wings beat. 


Beetles have three pairs of legs that are usually 
well developed, with a strong femur and tibia, and five 
or fewer tarsal (end) segments tipped with a paired 
claw. The front pair of legs arises from cavities under 
the pronotum, with a spiracle positioned just to the 
rear of the base of each of the front legs. The meso- 
thorax bears the second pair of legs, while the third 
arises from the metathorax. 


The legs of beetles may be modified for running, 
swimming, jumping, digging, or clasping, depending 
on the species. For example, the hind legs of some 
water beetles species are long, flattened, and covered 
with long, matted hairs that serve as paddles for swim- 
ming. The water strider has slender legs, which, 
together with a lightweight body covered with tiny 
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hairs that buoy it up, permit it to skitter over the 
surface of the water. 


The head holds a pair of compound eyes, a pair of 
antennae (feelers), usually with 11 segments, and the 
mouthparts. The eyes consist of many tiny individual 
units (facets), which together resemble a honeycomb. 
Under each facet is a group of six or seven retinal cells 
surrounding a rod-like light-receptive zone (rhab- 
dom). Each of these tiny, individual eyes has its own 
nerve, which together with the nerves of the other eyes, 
form the optic nerve. 


The beetle eye, like that of other insects, does not 
move, and its lenses cannot focus. Instead, each indi- 
vidual eye contributes a tiny bit of the image; these 
combine to form a crude mosaic of the scene rather 
than a clear, continuous picture. In addition, insects 
can’t close their eyes, and can see well only to a dis- 
tance of a few feet (about 35 inches, or 90 cm). The 
whirligig beetle, which is found on the surface of 
bodies of water, has eyes divided into an upper part, 
with which the insect observes the surface environ- 
ment, and a lower part, for underwater viewing. 


The antennae are sense organs that gather infor- 
mation about the touch, sound, taste, smell, temper- 
ature and humidity of the beetle’s environment. The 
maxillae hold a pair of lobed sense organs, called 
palps, which may detect smells. The beetle’s mouth is 
a simple hole that lacks jaws, but is surrounded by 
specialized structures for grasping and grinding. 
Behind the upper lip, or labrum, a pair of jawlike 
appendages (called mandibles) serves as pincers. 
Behind the mandibles are a pair of bladelike appen- 
dages (called maxillae), followed by a second pair of 
maxillae that are fused in the midline to form the lower 
lip, or labium. 


While most beetles have mouth parts designed for 
chewing solid food, many of the beetles of the super- 
family Curculionoidea have a distinct snout that can 
bore into wood to suck sap. The snout has mouthparts 
at its end and is used for penetration and feeding, and 
for boring holes for egg laying. These beetles are mostly 
plant feeders and are economically important pests of 
crops. For example, the 30,000 species of weevils in the 
family Curculionidae include many insect pests, such as 
the cotton boll weevil, the apple blossom weevil, and 
the rice weevil. The Curculionidae are also called true 
weevils or snout weevils. 


The chewed food is passed into the mouth (which 
secretes the digestive enzyme amylase), then into the 
muscular pharynx, and then to the esophagus. From 
there food enters the midgut, where digestive enzymes 
break it down further. Attached to the end of the 
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midgut are the malpighian tubules, the insect’s kid- 
ney-like organs of excretion that empty into the 
hindgut (located just past the midgut). The hindgut is 
followed by the rectum, which ends in the anus. 
Digested food enters the hemocoele, or body cavity, 
and is transported to the organs by means of the 
circulatory fluid, or hemolymph. 


Beetles have an open circulatory system, that is, 
they lack an extensive system of arteries and veins and 
hemolymph, a liquid analogous to blood and lym- 
phatic fluid, bathes their tissues directly. A tube-like 
“heart” in the abdomen pumps hemolymph forward 
through a dorsal tube (“aorta”) in the thorax to the 
head. Tiny pumps send the hemolymph to the wings, 
antennae, and legs, after which the fluid flows back 
passively to the heart in the abdomen. The hemo- 
lymph transports nutrients throughout the body, and 
carries waste products from the organs to the malpigh- 
ian tubules. Free cells called hemocytes travel in the 
hemolymph, where they devour foreign microorgan- 
isms. Unlike the blood, hemolymph is not involved in 
oxygen transport; that function is performed by the 
spiracles. 


Life cycle 


The mouth parts, which allow beetles to utilize a 
wide variety of solid foods in their environment, and 
the elytra, which protect the hindwings, give beetles 
great survival advantages. Another factor that con- 
tributes to the enormous success of beetles is the fact 
that they undergo complete metamorphosis. Beetles 
pass through three distinct developmental stages— 
egg, larva (grub), and pupa—before becoming adults. 


Beetles reproduce sexually, although a few species 
consist of females only and parthenogenesis (repro- 
duction from unfertilized eggs) sometimes occurs. 
The male reproductive organ is the aedeagus, a hard, 
tubelike structure that is inserted into the tip of the 
female’s abdomen through the bursa copulatrix dur- 
ing mating. The female stores sperm in a saclike struc- 
ture called the spermatheca until they are used to 
fertilize eggs. 


The beetle larva hatches from an egg and feeds, 
growing until its burgeoning body splits the skin 
(cuticle). The larva crawls out of the old skin and 
forms a new one, a process called molting. This occurs 
several times, until the larva is mature. 


Beetle larvae are always very different from adults 
in both form and habits. They usually have only chew- 
ing mouth parts even if as adults they develop siphon- 
ing or piercing mouth parts. Wings develop internally 
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and are not evident until the pupal stage. Because lar- 
vae, pupas, and adults live in different places and eat 
different foods, they do not compete with each other. 


The different larval forms of beetles reflect a wide 
variety of feeding habits and habitats. The predatory 
larvae of water beetles (dytiscids) and ground beetles 
(carabids) are slender or have gradually tapered 
bodies and long legs adapted to chasing prey, and 
large, slender mandibles for holding food. 


The larva of the tiger beetle (Cicindelidae) lives in 
the ground, digging a burrow up to 2 feet (0.6 m) deep 
to avoid high temperatures in its tropical and subtrop- 
ical environments. The head of the tiger beetle is large 
and is bent at right angles to the body. When the larva is 
poised vertically within the burrow waiting for passing 
prey, its lidlike head acts like a living plug flush with the 
surface. When a potential meal nears the burrow, the 
beetle springs out like a jack-in-the-box doing a partial 
back somersault to catch the prey in its jaws. Two 
barbed spines on the tiger beetle’s back hook into the 
burrow wall and prevent a strongly struggling victim 
from pulling the beetle out of its burrow. 


The eggs of the European stag beetle (Lucanidae) 
hatch in the decaying heartwood of old trees, slowly 
developing into plump larvae, which remain in the tree 
while they develop into a pupa. A month later, the 
adult form emerges from the pupa and searches along 
the forest floor for prey. The large branched jaws of 
the adult resemble the antlers of a stag. The larvae of 
ambrosia beetles feed on fungus gardens cultivated by 
adults in the sapwood of trees. 


Following the larval stage, the beetle enters the 
pupal stage. The pupa develops beneath the skin of the 
final larval stage, then emerges when the skin splits. 
The pupa is a soft, pale image of the adult it is to 
become. The pre-adult appendages are curled or 
loosely attached to the body and the wings are in flat 
bags called wing pads. After the pupa sheds its thin 
skin, the adult emerges, the wings stretch out to full 
size, and the outer skeleton hardens. The beetle has 
undergone complete metamorphosis—from egg to 
larva, to pupa, to adult. 


Defense 


Beetles produce a variety of noxious chemicals to 
protect themselves against predators. For example, 
members of the genus Meloe release an oily substance 
from the joints of their legs that can raise blisters on 
human skin. In addition, members of the genus 
Eleodes emit an offensive black fluid when disturbed. 
However, the bombardier beetle displays one of the 
most dramatic repellent devices. This beetle shoots a 
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boiling hot mixture of liquid and vapor from a “tur- 
ret” at the rear of its abdomen. Able to fire repeatedly, 
the beetle has been observed to shoot 29 times within 
four minutes. The spray protects the beetle from ants, 
frogs, spiders, and praying mantids. 


Parasitic beetles 


Throughout the world, beetles have evolved parasitic 
relationships with a wide variety of animals, feeding on 
epidermal secretions and the hair of vertebrate hosts. The 
small beetle Leptinus testaceus of Britain is sometimes 
found living on the fur of voles and mice, and has also 
been found in bees’ nests. The American species of this 
beetle, L. americanus, is also found on small rodents. 
Another North American member of this genus, L. val- 
idus, is an ectoparasite of the common beaver; and 
L. aplodontiae is an ectoparasite of the mountain beaver. 
Two South American species, Uroxys gorgon and 
Trichillium brachyporum, in the Scarabaeidae family live 
in the fur of the three-toed sloth, while the Australian 
genus Macropocopris lives in the fur of kangaroos. 


Beetles and humans 


Beetles have had an important impact on the peo- 
ple that share their environments. Like many other 
insects, they pose a threat to agriculture, feeding on 
crops and wood, both harvested and stored. For 
example, the dermestid beetles of the family 
Dermestidae are widely distributed and feed on cereal 
products, grains, stored food, rugs and carpets, 
upholstery, and fur coats. Although the adults of 
some species may be destructive, usually it is beetle 
larvae that do the most damage. 


Grain and the rice weevils are particularly 
destructive, having evolved a snout that can penetrate 
food plants and bore holes to deposit eggs. The boll 
weevil (Anthonomus grandis) is a major cotton crop 
pest in North America. The boll weevil deposits up to 
300 eggs at a time in cotton buds or fruit. The larvae 
live within the cotton boll, destroying the seeds and 
surrounding fibers. The Colorado potato beetle 
(Leptinotarsa decemlineata) attacks the leaves of 
potato plants; it became a major pest in the United 
States during the late nineteenth century. 


Beetles, like other insects, also eat a variety of 
plants that are not of agricultural value, but may be 
of aesthetic value to humans. For example, two forms 
of ladybird beetles, the Mexican bean beetle and the 
squash beetle, are voracious garden pests; and some 
blister beetles commonly parasitize eggs or larvae of 
bees. 
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KEY TERMS 


Elytra (singular, elytron)—The front pair of wings 
in beetles that are modified into horny structures 
that cover and protect the part of the thorax, most of 
the abdomen, and the hindwings. 


Malpighian tubule—A kidney-like excretory organ 
found in beetles and most other insects. 


Spiracle—An external respiratory opening found in 
beetles and other insects. 


Not all beetle activity is destructive, however. 
Beetles, along with other insects, also help to pollinate 
flowers, which then produce fruits and seeds. Beetles 
crawling over flowers brush up against pollen-bearing 
organs, and carry the pollen dust to another flower of 
the same species. 


In addition, some beetles keep gardens from being 
overrun by other plant pests. For example, most species 
of ladybird beetles feed as adults and larvae on aphids, 
scale insects, mites, and other pests; the larvae of wedge- 
shaped beetles are parasitic on cockroaches. These 
highly predatory beetles are an important factor in 
keeping populations of plant-feeding pests such as leaf 
beetle larvae and other insects from reaching plague 
levels. 


An Australian ladybird beetle, the vedalia beetle 
(Rodolia cardinalis), is used throughout the world to 
control crop pests, such as the coconut scale, sugar- 
cane mealy bug, potato aphid, and fir aphid. In addi- 
tion, certain pollen or sap beetles of the family 
Nitidulidae prey on the eggs, nymphs, and adult 
stage of a variety of whitefly and aphid species, 
among other insects. 
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| Beets 


Beets belongs to the genus Beta in the goosefoot 
family, Chenopodiaceae. There are several varieties, 
and all are used as food for either animals or humans. 
Most species are biennial and are harvested after 
the first growing season when the roots are most 
nutritious. 


The wild beet, Beta maritima, is thought to be the 
species from which cultivated beets (Beta vulgaris), 
originate. Wild beet is found on the Mediterranean 
and Atlantic European coasts. Although beets are 
native to these temperate areas, they are now culti- 
vated in many parts of the world for food, fodder, and 
as a source of sugar. 


Beet plants can have round globular, or long con- 
ical roots with several stems growing above ground. 
The leaves on the stems vary in size and from green to 
purple in color. The cultivated beet has several com- 
monly used varieties. Probably the most recognizable 
agricultural beet (Beta vulgaris escuelenta) is the bul- 
bous, reddish-purple root that shows up on the dinner 
table. Although these beets can be successfully stored 
during winter, most of the crops of red garden beets 
and table beets in the United States are canned, 
pickled or frozen. The red beetroot is often dried, 
made into a powder and used for food coloring and 
fabric dyes. 


Another important variety of the cultivated beet is 
B. vulgaris crassa, the sugar beet. These are quite large, 
with green leaves and white roots weighing about 
2.2 lb (1 kg). The root is shredded, mixed into water, 
and heated. The impurities are removed and the 
remaining sugary liquid is concentrated and crystal- 
lized. The sugar beet has been cultivated for centuries, 
but its use as a primary source of sugar dates only to 
the beginning of the nineteenth century. France is a 
leading contributor to the world’s sugar beet stores, 
which today maintains half the world’s sugar supply. 


Although beets are usually grown for the root part 
of the plant, one type of common beet is grown for its 
greens. This beet is known as Swiss chard (variety 
B. cicla), or spinach beet, and has large stems, fleshy 
red and green curly leaves, and small, branched roots. 
The Mangel-Wurzel beet (variety B. macrorhiza) has 
large roots and is grown for livestock feed. Most of the 
nutrients in beets are found in the tops, which are used 
as greens. Swiss chard, for example, is a good source of 
vitamins A, B,, and Bo, as well as calcium and iron. 


Christine Miner Minderovic 
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| Begonia 


Begonias (genus Begonia) are attractive perennial 
herbs with soft, succulent stems and white, pink, red, 
orange, or yellow flowers. Begonias are members of 
the begonia family, Begoniaceae, order Violales, sub- 
class Dilleniidae, class Magnoliopsida (dicotyledons), 
division Magnoliophyta (flowering plants). The bego- 
nia family consists of five genera and 920 true species, 
the majority of which belong to the genus Begonia. 
Begonia taxonomy can be ambiguous, due mainly to 
the enormous number of horticultural varieties and 
hybrids, which many gardeners treat as species. 
These horticultural varieties of Begonia number in 
the thousands. 


Begonia flowers are either staminate (male) or 
pistillate (female), and occur on the same plant, the 
plants being monoecious. Wild type flowers have four 
or five sepals, no petals, numerous stamens in males 
and an inferior ovary with three fused carpels in 
females. The colorful begonia sepals resemble petals, 
and plant breeding has produced many showy flower 
varieties. The begonia’s fruit is a dry, winged capsule 
that splits lengthwise to release the seeds. Most bego- 
nias sprout easily from seeds and can also be propa- 
gated from leaves and stems. Leaves are simple and 
have wavy or serrated margins. Leaf arrangement on 
the stem is alternate. Two fleshy stipules occur at the 
base of the leaf petiole. 


Horticulturists classify begonias into three catego- 
ries based on rootstock: tuberous, fibrous, and rhizom- 
atous. Unlike the tuberous and fibrous rooted begonias, 
which are cultivated for their flowers, rhizomatous 
begonias are grown for their large, attractive foliage. 
The cultivated rex begonia, Begonia x rex-cultorum, is 
a rhizomatous begonia. This horticultural variety with 
beautiful foliage was developed in England from the 
Begonia rex of India. Since most rhizomatous begonias 
originate from Brazil and Mexico, some people specu- 
late that Begonia rex was also a cultivar. Rhizomatous 
begonias have striking foliage that takes many forms. 
Leaves can be hairy, fuzzy, or smooth, and are flecked 
with colorful patterns. Beefsteak begonia, Begonia 


feastii, is another example of a rhizomatous-rooted 


begonia. 


The popular wax begonia, Begonia semperflorens, is 
a fibrous rooted begonia. Wax begonias are outdoor 
bedding plants that have smooth leaves and an abun- 
dance of flowers, hence the scientific name semperflo- 
rens, which means always flowering. Like the rex 
begonia, many colorful varieties of the wax begonia 
have been developed. The angel wing begonia, Begonia 
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Imperfect begonia flowers (Begonia tuberosa). 
(© A. Gurmankin 1987/Phototake NYC.) 


coccinea, with its thick, jointed stems, is another popular 
fibrous rooted begonia. Angel wing begonias have cane- 
like stems. Many cane begonias develop woody tissue in 
their stems. 


Tuberous begonias such as Begonia x tuberhy- 
brida, are best known for their showy flowers. They 
originate from South American begonias with large 
pink (Begonia boliviensis and Begonia veitchii) and 
yellow (Begonia pearcei) flowers. Cultivated tuberous 
begonias may resemble other popular flowers such as 
carnations and daffodils, and come in a range of sizes, 
including some varieties with large showy blossoms. 


Begonias are indigenous to tropical and subtrop- 
ical regions; no species is native to the United States. 
They occur primarily in Central and South America, 
Asia, and sub-Saharan Africa. The natural habitat of 
many begonias are moist, cool forests and tropical 
rainforests, but some begonias are adapted to dryer 
climates. Tuberous begonias are adapted to cool 
mountain habitats such as the Andes Mountains of 
Peru, where many horticultural varieties originate. 


Although begonias are herbaceous perennials, 
they are susceptible to frost, and many varieties 
planted in the United States are treated as annuals. 
Begonias are easy to grow, both outdoors and in con- 
tainers. They like bright light, not direct sun, a humid 
environment, and rich, aerated soil. Bright, indirect 
light is required to bring out the colorful patterns on rex 
begonia leaves. Begonias do best in mild temperatures 
(above 65 °F [18 °C] but can tolerate hot weather if 
they are kept in cool, shady places. Regular fertilization 
keeps plants lush and healthy. 


Begonias are as easy to propagate as they are to 
grow. Plant seeds in rich, well-drained soil, such as 
African violet soil, and keep them protected. Many 
growers propagate plants from stem and leaf cuttings. 
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KEY TERMS 


Alternate—Leaves that occur one at a time on 
alternating sides of the stem. 


Capsule—A dry, dehiscing fruit (one that spreads 
seeds by splitting open) derived from two or more 
carpels. 

Carpel—Female reproductive organ of flowers which 
is composed of the stigma, style, and ovary. 


Hybrid—Offspring produced from the sexual union 
of two different species. 


Inferior ovary—An ovary embedded within a flower, 
below the other flower parts. 


Monoecious—Plants which have separate male 
and female flowers on the same plant. 


Perennial—Plants which live for several years, 
often bearing fruits and flowers each year. 


Rhizome—A modified stem that grows horizon- 
tally in the soil and from which roots and upward- 
growing shoots develop at the stem nodes. 


Stipule—An appendage found at the base of a leaf 
where it joins a branch or stem. 


Leaves are cut into wedges, each wedge with a 
central vein. The wedges are dusted with rooting 
hormone and planted in builders sand. The develop- 
ing leaf wedges are given high humidity, bright indi- 
rect light, and occasional waterings. New shoot 
growth appears in two to three months. Cane and 
rhizomatous begonias may also be propagated from 
stem cuttings. 


Begonias are susceptible to mealybugs and aphids, 
which can be controlled with insecticidal soaps. Rex 
begonias can become infected with nematodes, soil- 
dwelling plant parasites that are more difficult to 
treat. Many garden shops carry products to control 
nematodes; a home remedy for these pests to water 
the plants with mothballs on the soil surface. 


Because of their success and popularity as orna- 
mental bedding and container plants, begonias are 
economically important. 
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| Behavior 


Behavior is the way that living things respond to 
their environment. A behavior consists of a response 
to a stimulus or factor in an individual’s internal or 
external environment. Stimuli include chemicals, 
heat, light, pressure, and gravity. All living things 
exhibit behavior. When dust irritates our throats, for 
example, we respond by coughing. Plants respond 
with growth when light stimulates their leaves. 
Generally, behavior helps organisms _ survive. 
Behavior can be categorized as either innate or 
learned, but the distinction is frequently unclear, 
since learned behavior often has innate or inborn 
components. Behavior is considered innate when it 
is present and complete without the need for experi- 
ence. Babies, even blind ones, at about four weeks of 
age smile spontaneously at a pleasing stimulus. Such 
innate behavior is stereotyped (always the same) 
and, as a result, quite predictable. Plants, protists, 
and animals that lack a well developed nervous sys- 
tem rely on innate behavior. Higher animals use 
both innate and learned behavior. 


Behavior in plants 


The innate behavior of plants depends mainly on 
growth in a given direction or movement due to 
changes in water content. Plant behavior in which an 
organ grows toward or away from a stimulus is known 
as a tropism. A positive tropism is growth toward a 
stimulus, while a negative tropism is growth away from 
a stimulus. During positive phototropism, stems and 
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Among brown bears, the highest ranking animals are the large adult males. These bears are fighting to establish dominance. 
Overt fighting is usually brief, and serious wounds are not usually inflicted. (© Ron Sanford/Corbis.) 


leaves grow in the direction of a source of light. Roots 
exhibit positive gravitropism, growth toward gravity, 
while stems demonstrate negative gravitropism. Since 
roots grow toward water, they are said to behave with 
positive hydrotropism. Touch stimulates positive thig- 
motropism, such as vines growing on supporting 
surfaces. 


Sometimes a part of a plant moves in a specific 
way regardless of the direction of the stimulus. 
These movements are temporary, reversible, and 
due to changes in the water pressure inside the 
plant organ. The leaves of peas and beans open 
in the morning and close up at night. In light, ion 
channels open within the pulvinus, a gland present 
at the leaf base. Ions and water enter the leaf, 
causing it to open. The reverse occurs in darkness. 
When pollinating insects contact cornflowers, the 
male stamens respond by shortening rapidly, 
thereby releasing pollen onto the exposed female 
style. In the venus flytrap, a carnivorous plant, the 
touch of an insect on the leaf stimulates triggering 
hairs, causing the hinged lobes of the leaf to close 
quickly around the unsuspecting prey. 


516 


Animal behavior 


The study of animal behavior is known as ethol- 
ogy. Ethologists investigate the mechanisms and evolu- 
tion of behavior. Charles Darwin founded the scientific 
study of behavior, and showed by many examples 
that behavior, as well as morphology and physiology, 
is an adaptation to environmental demands, and can 
increase the chances of species survival. 


Between 1930 and 1950, Austrian naturalist 
Konrad Lorenz and Dutch ethologist Niko Tinbergen 
found that certain animals show fixed-action patterns 
of behavior (FAPs), which are strong responses to 
specific stimuli. For example, male stickleback fish 
attack other breeding males that enter their territory. 
The defending male recognizes intruders by a red 
stripe on their underside. Tinbergen found that the 
male sticklebacks he was studying were so attuned 
to the red stripe that they would try to attack passing 
red British mail trucks visible through the glass of 
their tanks. Tinbergen termed the red stripe a behav- 
ioral releaser, a simple stimulus that brings about 
an FAP. 
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Once an FAP is initiated, it continues to comple- 
tion even if circumstances change. If an egg rolls out of 
a goose’s nest, the goose stretches her neck until the 
underside of her bill touches the egg. Then she rolls the 
egg back to the nest. If someone takes the egg away 
while she is reaching for it, the goose goes through the 
motions anyway without an egg. FAPs have innate 
components. 


Complex programmed behavior involves several 
steps and is more complicated than FAP. When birds 
build nests and beavers build dams they are exhibiting 
complex programmed behavior. 


Reflexes are also innate. A reflex is a simple, 
inborn, automatic response by a part of the body to 
a stimulus. At its simplest, a reflex involves receptor 
and sensory neurons and an effector organ, such as, 
for example, when certain coelenterates withdraw 
their tentacles. More complex reflexes include process- 
ing interneurons between the sensory and motor neu- 
rons as well as specialized receptors. Complex reflexes 
occur when food in the mouth stimulates the salivary 
glands to produce saliva, or when a hand is pulled 
away rapidly from a hot object. Reflexes help animals 
respond quickly to a stimulus, thus protecting them 
from harm. Learned behavior results from experience, 
and enables animals to adjust to new situations. 
Unless an animal exhibits a behavior at birth, how- 
ever, it is often difficult to determine if the behavior is 
learned or innate. For example, pecking, an innate 
behavior in chicks, gets more accurate as the chicks 
get older. The improvement in pecking aim does not 
occur because the chicks learn and correct their errors, 
but is due to a natural maturing of muscles and eyes. 
Scientific studies have shown that pecking is entirely 
innate. 


The interaction of heredity and learning can be 
observed in a learning program known as imprinting, 
seen frequently in birds. Imprinting is the learning of a 
behavior at a critical period early in life that becomes 
permanent. Such behavior was studied in the 1930s by 
Lorenz. Newly hatched geese are able to walk at birth. 
They survive because they follow their parents. How 
do young geese recognize their parents from all the 
objects in the environment? Lorenz found that if he 
removed the parents from view the first day after 
hatching and he walked in front of the young geese, 
they would follow him. This tactic did not work if he 
waited until the third day after hatching. Lorenz 
concluded that during a critical period, the goslings 
follow their parents’ movement and learn enough 
about their parents to recognize them. Since Lorenz 
found that young geese will follow any moving object, 
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he determined that movement is their releaser for 
parental imprinting. 


Habituation is a type of behavior in which an 
animal learns to ignore a stimulus that is repeated 
over and over. A snail will pull its head back into its 
shell when touched. When touched repeatedly with no 
subsequent harm, however, the withdrawal response 
ceases. Apparently, the snail’s nervous system “learns” 
that the stimulus is not threatening and stops the 
reflex. 


In classical conditioning, an animal’s reflexes are 
trained to respond to a new stimulus. Ivan Pavlov 
(1849-1936), a Russian physiologist working in the 
early twentieth century, was the first to demonstrate 
this type of learning behavior. He placed powdered 
meat in a dog’s mouth and observed that by reflex 
saliva flowed into the mouth. Then Pavlov rang a 
bell before he gave the dog its food. After doing this 
for a few times, the dog salivated merely at the sound 
of the bell. Many experiments of this type demonstrate 
that an innate behavior can be modified. 


Further information about behavior modifica- 
tion came in the 1940s and 1950s with the work of 
B.F. Skinner (1904-1990), an American physiologist. 
He demonstrated operant conditioning, the training of 
certain behaviors by environmental rewards. This type 
of learning is also known as trial and error. During 
operant conditioning, a random behavior is rewarded 
and subsequently retained by an animal. If we want to 
train a dog to sit on command, all we have to do is wait 
until the dog sits. Then say “sit” and give the dog a 
biscuit. After a few times the dog will sit on command. 
Apparently, the reward reinforces the behavior and 
fosters its repetition. 


Operant conditioning also occurs in nature. By 
watching their parents, young chimps learn to prepare 
a stick by stripping a twig and then using it to pick up 
termites from rotten logs. Their behavior is rewarded 
by the meal of termites, a preferred food. Operant 
conditioning lets animals add behaviors that are not 
inherited to their repertory. 


Reasoning is a way to solve problems without trial 
and error; this is accomplished by thinking. Using 
reasoning or insight, we apply memories of past expe- 
riences to new situations to help find answers. 
Memory is the storage and retrieval of learned mate- 
rial. The two types of memory are short-term, the 
memory of recent events, and long-term, the memory 
of events that occurred in the past. When given a 
phone number, we quickly forget it. This is typical of 
short-term memory, which is temporary. Long-term 
memory lasts longer, days or even a lifetime. Humans 
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KEY TERMS 


Classical conditioning—A procedure that pairs a 
stimulus that naturally elicits a response with one 
that does not until the second stimulus elicits a 
response like the first. 


Fixed-action pattern (FAP)—A strong response by 
animals to specific stimuli known as releasers. 


Habituation—Behavior in which an animal learns 
to ignore an often repeated stimulus. 


Operant conditioning—Trial-and-error learning in 
which a random behavior is rewarded and subse- 
quently retained. 


Tropism—Orientation of an organism in response 
to an external stimulus such as light, gravity, wind, 
or other stimuli, in which the stimulus determines 
the orientation of the movement. 


use reasoning more than other animals, but primates 
and others have been observed to solve problems by 
thought processes. Researchers recently discovered 
that black-capped chickadees develop new brain cells 
to improve their memory, which helps the birds locate 
buried seeds in winter. 


In much of their behavior, animals interact with 
each other. To do this they communicate with each 
other, using their sense organs. Birds hear each other 
sing, a dog sees and hears the spit and hiss of a cor- 
nered cat, ants lay down scent signals (pheromones), 
to mark a trail that leads to food. 


There are many kinds of interactive behavior. One 
is courtship behavior that usually takes place at the 
start of the mating season. During courtship, some 
animals leap and dance, others sing, still others ruffle 
their feathers or puff up pouches. The male peacock 
displays his glorious plumage to the female. Humpback 
whales advertise their presence under the sea by singing 
a song that can be heard hundreds of miles away. 
Courtship behavior enables an animal to find, iden- 
tify, attract, and arouse a mate. During courtship, 
animals use rituals, a series of behaviors for commu- 
nication that is performed the same way by all the 
males or females in a species. Territorial behavior is 
also interactive. Here, animals use signals such as 
pheromones and visual displays to claim and defend 
a territory. 


Some animals live together in groups and display 
social behavior. The group helps protect individuals 
from predators, and allows cooperation and division 
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of labor. Insects, such as bees, ants, and termites live in 
complex groups in which some individuals find food, 
some defend the colony, and some tend to the off- 
spring. A method of reducing fighting in a group is 
accomplished by a dominance hierarchy or ranking 
system. Chickens, for example, have a pecking order 
from the dominant to the most submissive. Each indi- 
vidual knows its place in the pecking order and does 
not challenge individuals of higher rank, thereby 
reducing the chances of fighting. Interactions among 
group members gets more complex with more intelli- 
gent species such as apes. 


See also Brain; Geotropism; Nervous system; 
Territoriality. 
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Belladonna see Nightshade 


[ Bennettites 


The bennettites are an extinct group of gymno- 
sperms—seed-bearing plants whose seeds are exposed 
to the air, not enclosed in the ovary of a flower. 
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Botanists hypothesize that bennettites were related to 
the cycads, an extant group of gymnosperms, and 
paleobotanists believe the bennettites originated 
from the seed ferns (Pteridospermales) about 220 mil- 
lion years ago during the Triassic. Bennettites became 
extinct in the Upper Cretaceous, about 100 million 
years ago. 


Bennettites had palmlike leaves with stems that 
were thin and branched in some species, and stout and 
trunk-like in others. Most species had stems with a 
large central pith. Bennettites are distinguished by 
certain microscopic features of their guard cells—spe- 
cialized cells on the surface of a leaf that regulate 
opening of stomata (pores) in the leaf for photosyn- 
thetic gas exchange. The bennettites had guard cells 
with a large amount of cutin, a naturally occurring 
plant wax. 


The best-known genus of the bennettites was 
Cycadeoidea. Knowledge about this genus has been 
gleaned mostly from fossils found in the Black Hills 
of South Dakota. Many were collected and studied in 
the early 1900s by George R. Wieland, who proposed 
that the strobili (reproductive structures) of 
Cycadeoidea functioned like flowers and thus that 
this genus was a close ancestor of the angiosperms, 
the flowering plants. More recent evaluations of these 
and other fossil strobili of the bennettites, however, 
indicate that they differed significantly from angio- 
sperms. It has been shown instead that bennettite 
strobili were bisporangiate (containing male and 
female reproductive organs in the same structure) 
and that they probably relied on self-pollination to 
reproduce. 


See also Paleobotany. 


Bentgrass see Grasses 


| Benzene 


Benzene is an aromatic organic compound with the 
molecular formula CeH¢. Credit for its discovery and 
identification in 1825 is usually given to the English 
chemist and physicist Michael Faraday (1791-1867). 


Benzene is a clear, colorless, highly flammable 
liquid with a pronounced characteristic odor. It has a 
freezing point of 41.9 °F (5.5 °C), a boiling point of 
176.2 °F (80.1 °C), and a density of 0.8787 g/mL. It is 
only slightly soluble in water (0.18 g/100 mL at 77 °F 
[25 °C]), but is completely miscible with alcohol, 
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chloroform, ether, carbon disulfide, carbon tetra- 
chloride, and other organic solvents. Benzene is not 
to be confused with benzine, which is not a pure chem- 
ical compound but a mixture of petroleum hydrocar- 
bons used as a solvent and a fuel. 


Structure 


The structure of the benzene molecule proved to 
be a challenge for chemists for more than 40 years after 
the compound’s discovery by Faraday. Its formula 
suggests the existence of multiple double and/or triple 
carbon-carbon bonds, because there are too few 
hydrogenatoms for six single-bonded carbon atoms. 
However, benzene exhibits none of the chemical prop- 
erties associated with such a structure, the property of 
addition, for example. That problem was largely 
solved in 1865 by the German chemist Friedrich 
August Kekulé. Kekulé’s own story is that he fell 
asleep in front of his fireplace and dreamed of a 
snake with its tail in its mouth. He awoke to the 
realization that the benzene molecule might be a ring 
consisting of six carbon atoms, with one hydrogen 
atom attached to each carbon atom. That general 
structure is still accepted today, although the concept 
of resonance has replaced that of simple single and 
double bonds between adjacent carbon atoms in the 
benzene ring. 


Properties 


The most common chemical property of benzene is 
that it undergoes substitution reactions. Substitution is 
a reaction in which an atom or group of atoms replaces 
a hydrogen atom in an organic molecule. The halo- 
gens, nitric acid, sulfuric acid, and alkyl halides all 
react with benzene to form substituted derivatives. 
Two, three, or more substitutions can occur on the 
same benzene molecule, although the ease and loca- 
tion on the benzene ring of these substitutions varies 
depending on the earlier substitutions. 


Benzene derivatives 


A number of the substituted benzene derivatives 
are well known and commercially important com- 
pounds. For example, the substitution of a single 
methyl, hydroxyl, or amino group in benzene results 
in the formation, respectively, of toluene (CsH;5CH3), 
phenol (CsH;OH), or aniline (CsH;NH;). Probably the 
best known disubstituted products are the xylenes, 
Ce6H4(CH3)2. Three different xylene molecules are pos- 
sible depending on whether the methyl groups are adja- 
cent to each other on the benzene ring (ortho-xylene), 
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separated by one carbon atom (meta-xylene), or oppo- 
site each other on the ring (para-xylene). The removal 
of one hydrogen atom from the benzene molecule 
results in a radical known as the phenyl group. 


Benzene occurs so abundantly in and is obtained 
so easily from coal tar and petroleum that there is 
virtually no reason to make it synthetically. Although 
benzene had been recognized as a component of 
petroleum for many years, it was not produced com- 
mercially from that source until the beginning of World 
War II. 


Uses 


Benzene is used as a solvent in many commercial, 
industrial, and research operations. It has long been of 
interest as a fuel because of its high octane number. 
Some manufacturers, particularly in Europe, have 
used it as a gasoline additive to increase engine effi- 
ciency and to improve starting qualities. 


By far the most important use of benzene, how- 
ever, 1s in the production of other aromatic com- 
pounds. The word aromatic was originally applied to 
benzene because of its distinctive odor, but it later 
took on a broader meaning, referring to any com- 
pound whose molecular structure includes one or 
more benzene rings. The largest volume of compounds 
made from benzene goes toward the production of 
commercially valuable polymers, such as polystyrene, 
nylon, and synthetic rubber. 


The benzene derivative produced in largest quan- 
tity is ethylbenzene (CsH5C>2Hs). Ethylbenzene is con- 
verted to styrene (CsHsCH = CHz2) which, in turn, is 
polymerized to form polystyrene. Nearly half of all 
benzene used in chemical synthesis is used for this 
process. 


In another example, benzene is treated with pro- 
pylene to form cumene (Cg6H;5CH[CHs3]2). The cumene 
thus formed is then oxidized to produce phenol. 
Phenol is the starting point for a large number of 
polymers known as phenolic resins. 


Synthetic fibers are produced by yet a third kind 
of benzene substitution sequence. The addition of 
hydrogen to benzene converts it to cyclohexane 
(Cs6Hj2), which is then oxidized to adipic acid 
(COOH[CH3]4-COOH) The acid can then be treated 
with hexamethylene diamine to form nylon. 


Health issues 
The health risks associated with exposure to ben- 


zene have been known for many years. The compound 
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Acute—A medical condition that arises over a rel- 
atively brief period of time, reaches some crisis, 
and then may be resolved. 


Aromatic—In organic chemistry, a compound 
whose molecular structure includes some variation 
of the benzene ring. 


Chronic—A disease or condition that devlops 
slowly and exists over a long period of time. 


Hydrogenation—A chemical reaction in which 
hydrogen is added to a compound. 


Polymer—A molecule that consists of a few small 
units repeated over and over again many times. 


Substitution—In organic chemistry, a chemical 
reaction in which an atom or group of atoms sub- 
stitutes for a hydrogen atom in a molecule. 


Synthesis—A chemical process by which some 
new substance is produced by reacting other sub- 
stances with each other. 


has both chronic and acute effects whether ingested by 
mouth, taken in through the respiratory system, or 
absorbed through the skin. Acute effects resulting 
from inhalation include irritation of the mucous mem- 
branes, headache, instability, euphoria, convulsions, 
excitement or depression, and unconsciousness. 


The ingestion of benzene has been associated with 
the development of bronchitis, pneumonia, while 
exposure through the skin can cause drying, blistering, 
and erythema (redness). Death can result from expo- 
sure to high concentrations of benzene. Chronic 
effects resulting from benzene exposure include 
reduced white and red bloodcell counts, aplasia, and 
more rarely, leukemia. 


See also Hydrocarbon. 
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| Benzoic acid 


Benzoic acid is a derivative of benzene with the 
chemical formula CesH;COOH. It consists of a car- 
boxyl group attached to a phenyl group, and is thus 
the simplest aromatic carboxylic acid. It is also known 
as carboxybenzene, benzene carboxylic acid, and phe- 
nylformic acid. 


Inits pure form, benzoic acid exists as white needles 
or scales with a strong characteristic odor. It melts at 
252.3°F (122.4°C), although it may also sublime (go 
from a solid to a vapor) at temperatures around 
212°F (100°C). It dissolves only sparingly in cold 
water (0.4 g/100 g at 77°F [(25°C)]), but more com- 
pletely in hot water (6.8 g/100 g at 203°F [(95°C))). 


Benzoic acid occurs naturally in gum benzoin, 
also known as benzoin resin or Benjamin gum, a 
brown resin found in the benzoin tree of Southeast 
Asia. It is also found naturally in many kinds of ber- 
ries, where its concentration may reach 0.05%. 


One of the most common uses of benzoic acid is as 
a food preservative. Both the acid and its sodiumsalt, 
sodium benzoate (usually listed on labels as benzoate 
of soda), are used to preserve many different kinds of 
foods, including fruit juices, soft drinks, pickles, and 
salad dressings. In fact, it is the acid rather than the 
sodium salt that is toxic to bacteria. Thus, the two 
additives can be used only in acidic solutions, where 
the sodium salt is converted to the acid form. 


The acid and the sodium salt are both considered 
to be safe for human consumption in limited amounts. 
In the United States, foods may contain a maximum of 
0.1% benzoic acid or sodium benzoate, although the 
limit in other nations may be as high as 1.25% in some 
types of prepared foods. Benzoic acid is also used in 
the manufacture of artificial flavors and perfumes and 
for the flavoring of tobacco. 


Berkelium see Element, transuranium 


GALE ENCYCLOPEDIA OF SCIENCE 4 


I Bernoulli’s principle 


Bernoulli’s principle states that the pressure 
exerted by a flowing fluid decreases quadratically 
with speed, that is, as a function of the speed squared. 


History 


Over two hundred years ago, Daniel Bernoulli 
(1700-1782) pioneered the use of kinetic theory that 
molecules moved and bumped things. He also knew 
that flowing fluids pressed less, but he did not connect 
these ideas logically. In Hydrodynamica, Daniel’s logic 
that flow reduced pressure was obscure, and his for- 
mula was awkward. Daniel’s father Johann, amid con- 
troversy, improved his son’s insight and presentation 
in Hydraulica. This research was centered in St. 
Petersburg where Leonhard Euler, a colleague of 
Daniel and a student of Johann, generalized a rate- 
of-change dependence of pressure and density on 
speed of flow. Bernoulli’s principle for liquids was 
then formulated in modern form for the first time. 


In this same group of scientists was d’Alembert, 
who found paradoxically that fluids stopped ahead of 
obstacles, so frictionless flow did not push. 


Progress then seems to have halted for about a 
century and a half until Ludwig Prandtl or one of his 
students solved Euler’s equation for smooth streams 
of air in order to have a mathematical model of flow- 
ing air for designing wings. Here, speed lowers pres- 
sure more than it lowers density because expanding air 
cools, and the ratio of density times degrees-kelvin 
divided by pressure is constant for an ideal gas. 


More turbulent flow, as in atmospheric winds, 
requires an alternative solution of Euler’s equation 
because mixing keeps air-temperature fixed. 


Applying Bernoulli’s principle 


Bernoulli’s principle acts in concert with the phe- 
nomenon known as molecular entrainment. Molecules 
in the lower pressure of faster flow aspirate and whisk 
away molecules from the higher pressure of slower 
flow. Solid obstacles such as airfoils carry a very thin 
stagnant layer of air with them. A swift low-pressure 
airstream takes some molecules from this boundary 
layer and reduces molecular impacts on that surface of 
the wing across which the airstream moves faster. 


For Bernoulli’s principle to dominate a dynamic 
situation, friction must be non-dominant. Elastic 
molecular impacts are frictionless. Molecules of dry 
air, even more than those of water, collide elastically, 
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Beta-blockers 


so Bernoulli’s principle with its molecular-entrain- 
ment agent is dominate for windy air. 


See also Aerodynamics. 


Beryllium see Alkaline earth metals 


| Beta-blockers 


Beta-blockers are medications used primarily for 
treating high bloodpressure. The usefulness of these 
medications rests on their ability to block the effects of 
a nervous system transmitter chemical known as nor- 
epinephrine and the related “fight-or-flight” hormone 
epinephrine. Beta-blockers are also used to treat heart- 
related chest pain (angina pectoris, or simply angina), 
abnormalities of heart rhythm, and certain other 
conditions. 


Adrenergic receptors 


Like all nervous system transmitter chemicals and 
many hormones, norepinephrine and epinephrine 
exert their effects by interacting with proteins on the 
target cell’s outer surface. Scientists refer to the ones 
on which epinephrine and norepinephrine act as adre- 
nergic receptors, and group them into two major 
classes. These classes are formally known as a- and 
b-adrenergic receptors. However, many medical 
articles use the short forms “alpha receptors” and 
“beta receptors,” respectively. 


The most fundamental distinction between alpha 
and beta receptors is their response or lack of response 
to specific synthetic chemicals. They also respond 
differently to their natural stimuli: alpha receptors 
are more responsive to norepinephrine than to epi- 
nephrine, while beta receptors respond equally to both. 


Some cell types carry both alpha and beta recep- 
tors, while others carry only one, or neither. The two 
classes of receptors often have opposite effects. This 
allows the body to “fine-tune” its response by varying 
the relative amounts of circulating epinephrine and 
locally released norepinephrine in different tissues. In 
the circulatory system, however, both alpha and beta 
receptors raise blood pressure. Nevertheless, they do 
so in different ways: alpha receptors by constricting 
the blood vessels, beta receptors by increasing the 
force and rate of the heartbeat. 
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Frequently used beta-blockers 


Generic name Trade names 


Pindolol 
Propranolol 
Timolol 


Enter brain poorly 
Atenolol 
Nadolol 


Selective for beta1 receptors 
Metoprolol 
Acebutolol 


Block both alpha and beta receptors 
Labetalol 


Visken 
Inderal 
Blocarden 


Tenormin 
Corgard 


Lopressor 
Sectral 


Normodyne, Trandate 


Frequently Used Beta-Blockers. (Thomson Gale.) 


Mechanism of action 


Beta-blockers are not general blood-pressure- 
lowering drugs, that is, they do not cause already 
normal blood pressure to go still lower. Nor do they 
usually affect the heartbeat of a person at rest, although 
they do limit the ability of exercise or emotion to make 
the heart beat more quickly and strongly. 


Exactly how beta-blockers combat elevated blood 
pressure remains unclear. One important aspect is 
their ability to relax small arteries, thus allowing 
blood to flow more easily and with less pressure 
behind it. No one knows how beta-blockers do this, 
however, it would not be expected from their known 
actions. Furthermore, since relaxation occurs only 
after several days of beta-blocker use, it is very likely 
to be an indirect effect. 


Scientists also know that beta-blockers reduce the 
kidney’s release of renin, an enzyme essential for pro- 
duction of the hormone angiotensin II. Since angio- 
tensin II raises blood pressure in several ways, there 
can be little doubt that renin plays a significant role in 
regulating blood pressure. Unfortunately, researchers 
have found little relationship between blood pressure 
levels and the amount of renin circulating in the blood. 
This leaves them uncertain whether beta-blockers’ 
ability to lower blood pressure is tied to their effect 
on renin release. 


By contrast, reasons for beta-blockers’ ability to 
relieve angina are obvious. This condition results from 
fatty deposits narrowing the arteries that carry blood 
to the heart muscle. As a result, the heart muscle does 
not get enough blood to meet its needs—especially 
when those needs increase because it is beating harder 
and faster than usual. Since beta-blockers limit the 
effects of exercise and emotion on the heartbeat, the 
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gap between the amount of blood the heart receives 
and what it needs will be smaller. As a result, the 
patient will experience less pain. 


Musicians, who rely on steady nerves for an out- 
standing performance, can also use beta-blockers in an 
attempt to ease their pre-performance anxiety and 
calm their nerves. While some benefit can be gained 
from their use, beta-blockers can have side effects 
that are more serious than the pursuit of musical 
excellence. 


Side effects 


Different parts of the body contain different beta 
receptor subtypes, designated beta, and _ betap. 
Receptors in the circulatory system belong to the 
beta, subclass, while those on cells lining the small 
airways of the lung are of the beta, subclass. Beta 
receptors help relax these small airways and therefore 
make breathing easier-indeed, patients with asthma 
and other obstructive lung diseases often inhale 
beta,—stimulating medications to help them breath 
more easily. Thus, patients with such diseases should 
not take medications that block beta receptors. 
Fortunately, several blood pressure medications that 
selectively block only beta, receptors are now 
available. 


Beta-blockers are also probably not the best 
choice of treatment for people who have diabetes 
along with their high blood pressure or angina. In a 
hypoglycemic crisis (where blood sugar drops too 
low), the body pours out large amounts of epinephrine 
to stimulate release of stored sugar into the blood 
stream. This epinephrine also causes a rapid, pound- 
ing heartbeat that is often the diabetic’s first indication 
something is wrong. Beta-blockers blunt both res- 
ponses, leading to a crisis that is worse and longer- 
lasting than it would be otherwise. 


These medications may likewise not be the best 
choice for people with poor circulation in their hands 
or feet, since beta-blockers sometimes make circula- 
tion in the extremities even worse. 


About 10% of patients treated with beta-blockers 
may become dizzy or light-headed. More seriously, 
about 5% may become clinically depressed, with feel- 
ings of helplessness and hopelessness that sometimes 
lead to suicide. As might be expected, all such reac- 
tions are less common with beta-blockers that do not 
enter the brain readily. 


Other moderately common side effects of beta- 
blockers include diarrhea, rash, slow heartbeat, and 
impotence or loss of sexual drive. 
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KEY TERMS 


Alpha receptors (alpha-adrenergic receptors)— 
Proteins on the surface of target cells through 
which epinephrine and norepinephrine exert their 
effects. 


Angina pectoris (angina)—Chest pain that occurs 
when blood flow to the heart is reduced, causing a 
shortage of oxygen. The pain is marked by a suffo- 
cating feeling. 

Beta receptors (beta-adrenergic receptors)— 
Proteins on the surface of target cells through 
which epinephrine and norepinephrine exert their 
effects; beta receptors respond to the two substan- 
ces to approximately the same extent. 

Epinephrine (adrenaline)—The “flight-or-fight’’ 
hormone synthesized by the adrenal gland. 
Norepinephrine (noradrenaline)—A substance 
that certain nerve cells release in order to produce 
their effects. 


An additional concern with beta-blockers is their 
effect on blood cholesterol, they lower the amount of 
“good” (HDL) cholesterol, while increasing the 
amount of “bad” (LDL) cholesterol. They also raise 
the amounts of fatty materials known as triglycerides 
in the bloodstream; some scientists believe triglycer- 
ides may increase the risk of a heart attack to almost 
the same extent as cholesterol. Nevertheless, there is 
no concrete evidence that people treated with beta- 
blockers are more likely to have heart attacks than 
those treated with other blood-pressure medications. 


While clinical evidence shows that beta-blockers 
are in fact very effective medications, other blood 
pressure drugs are prescribed more often. One reason 
they are under prescribed may be that physicians 
are wary of potential side effects when patients are 
given recommended doses. However, beta-blocker 
medications may still provide positive clinical out- 
comes at lower doses, making the risk of side effects 
lower. Some beta-blocker medications are, however, 
commonly used. Inderal (Propranolol), Lopressor 
(Metoprolol), and Ternormin (Atenolol) are widely 
used beta-adrenergic blocking agents. In general, the 
generic names for this class of drugs end with the suffix 
-olol, as in Propranolol. 


See also Heart diseases; Hypertension. 
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Beta particle see Radioactive decay 
BHA see Butylated hydroxyanisole 
BHT see Butylated hydroxytoluene 


l Big bang theory 


The big bang theory is the conceptual model that 
scientists use to describe the origin and subsequent 
evolution of the Universe. It states that the universe 
began as a tiny, violent explosion about 14 billion 
years ago. That event produced all of the matter and 
energy in the Universe, including its hydrogen and 
helium. Some of these light atoms were forged in the 
cores of stars, over billions of years, into atoms of the 
heavier elements that exist today, including the atoms 
of which we ourselves are made. One consequence of 
the big bang is that today the Universe, which is of 
finite size and contains a finite amount of matter, is 
expanding; in fact, the occurrence of the big bang was 
originally deduced from the fact of the universe’s 
expansion. In recent years astronomers have made 
many observations that verify predictions of the big 
bang theory. 


Studying the Universe 


People have always wondered about the origin of 
the Universe. Questions about how and when Earth 
and the heavens formed have been pondered by tribal 
peoples, philosophers, religious thinkers, and scien- 
tists. The modern, scientific study of the origin and 
structure of the universe is known as cosmology. 


For many centuries, cosmological thought was 
limited mostly to speculation. For example, it was 
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not obvious to the ancients that the sun and the stars 
are objects of the same sort. The sun is a star much like 
the other stars and is only brighter because it is closer, 
but this fact took centuries to determine because it is 
difficult to measure the distance to most of the objects 
seen in the night sky. Early astronomers of the scien- 
tific era, although they knew that the stars are also 
suns, assumed that all stars have the same intrinsic 
brightness and thus that only their distance from 
Earth determines their apparent brightness. This was 
incorrect; in fact, enormous variations in brightness 
among individual stars exist. Examination of binary 
stars (paired stars that orbit each other) demonstrated 
these differences. (About half of all stars in binary or 
other multiple systems.) When binary star systems in 
which the two stars did not have the same brightness 
were observed, it became clear that the amount of light 
received from any given star is dependent on more 
than just its distance. Until the elementary task of 
measuring the position of astronomical objects could 
be pursued systematically, larger questions about the 
structure and history of the universe as a whole could 
not even begin to be answered. 


Measurement techniques 


All measurements of the stars must be made in the 
neighborhood of the Earth, since any distance achiev- 
able by a spacecraft in less than many years of travel 
still qualifies as “in the neighborhood of the Earth.” 
The nearest star other than the sun is more than four 
light-years away, and most objects seen from Earth, 
even with the naked eye, are much farther off. (A light- 
year is the distance that light travels in one year: 5.88 
trillion miles [9.46 trillion kilometers], or about 60,000 
times the distance from the Earth to the sun.) 


There are two fairly direct ways to determine the 
distance to the nearest stars. The first is to measure 
their parallax or apparent change in position during 
the year. As the Earth circles the sun, stars are seen 
from a shifting vantage point. The furthest objects do 
not appear to move because the Earth’s change in 
position is too small to affect our view, but the nearest 
stars seem to move back and forth slightly during the 
course of a year. Parallax can be seen by holding up a 
finger a few inches before your eyes and closing first 
one eye, then the other, thus repeatedly shifting your 
point of view by the distance between your eyes: the 
finger seems to jump back and forth dramatically, 
while objects across the room move much less. The 
shift in the finger’s apparent position is its parallax. 
By measuring the parallax of a nearby star over a six- 
month period (during which the Earth moves from one 
side of its orbit to the other), and knowing the radius of 
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the Earth’s orbit, it is a matter of straightforward trig- 
onometry to determine the distance to that star. 


Another technique to determine stellar distances 
is to measure the proper motion of a star. This is the 
apparent motion of a star with respect to other stars 
caused by the star’s actual motion through the sky. 
(All stars are moving, including the sun.) Although the 
motion of distant stars is too small to detect, closer 
stars can be seen changing position with respect to 
more distant stars over the years. 


Such techniques are only applicable to a few of the 
nearest stars, however, and disclose nothing about the 
large-scale structure of the universe. More sophisti- 
cated methods had to be developed for this task, 
requiring different astronomical observations. One 
such method depends on the examination of a star’s 
(or other celestial object’s) spectrum, that is, the inten- 
sity of its radiation (including, but not limited to, its 
visible light) at various wavelengths. If the light from a 
star is divided into its component wavelengths using a 
prism, a continuous spread of wavelengths punctuated 
by a number of dark lines can be seen. (The visible part 
of our sun’s spectrum is the rainbow.) These absorp- 
tion lines are caused by elements in the star’s outer 
atmosphere that absorb light at specific wavelengths. 
Each dark line in a star’s spectrum corresponds to a 
specific element; the absorption lines in a star’s spec- 
trum thus give a catalogue of the substances in its 
outer layers. Furthermore, these lines can reveal how 
fast the star is approaching the Earth or receding from 
it using the Doppler effect, a fundamental property of 
all traveling waves (including light waves). The 
absorption lines in the spectra of objects moving 
away from the Earth are shifted to longer wavelengths, 
while absorption lines in the spectra of objects moving 
toward the Earth are shifted to shorter wavelengths. A 
shift to longer wavelengths is called a redshift because 
red light appears near the long-wavelength end of the 
visible spectrum, while a shift to shorter wavelengths is 
called a blueshift. Measurement of the Doppler shift- 
ing of spectral lines has made it possible to map the 
large-scale structure of the cosmos, and it is this struc- 
ture that the theory of the big bang and the theory of 
general relativity explain. 


Historical background 


In 1905, Danish astronomer Ejnar Hertzsprung 
(1873-1967) compared the width of various stars’ 
absorption lines to the absolute luminosity, or bright- 
ness of the stars as determined from proper motion 
measurements. Hertzsprung found that that wider 
lines correspond to larger and brighter stars. This 
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provided a way to determine the absolute brightness 
of a star from its spectrum. Knowing its absolute 
brightness, he could then determine its distance from 
Earth. This method applied to stars at any distance, as 
opposed to the parallax and absolute-motion meth- 
ods, which applied only to stars quite near the sun, but 
was limited in accuracy. 


In 1908, American astronomer Henrietta Swan 
Leavitt (1868—1921) discovered that Cepheid varia- 
bles, a type of star in which the brightness changes in a 
regular manner, showing a well-defined relationship 
between period (time required for brightness to wax 
and wane through a full cycle) and absolute luminos- 
ity. Brighter Cepheid variable stars have longer peri- 
ods while dimmer ones have shorter periods. Leavitt 
calculated a simple relationship between brightness 
and period. This discovery had a profound effect on 
stellar distance measurements. Now, any time a 
Cepheid could be found—in, say, a distant galaxy— 
the distance to it could be determined accurately. 


The spiral nebulae 


In the early twentieth century, there was a debate 
among astronomers over the nature of the spiral neb- 
ulae, the diffuse spiral-shaped structures visible 
(through telescopes) in most parts of the sky. Some 
believed these were nearby objects that were part of 
our Milky Way galaxy, while others thought that they 
were much further away, and in fact were “island 
universes,” or separate galaxies. If the distances to 
these objects could be measured, then the debate 
could be settled, and important knowledge gained 
about the structure of the Universe. 


In 1914, American astronomer Vesto M. Slipher 
(1875-1969) presented figures for the velocities of 14 
spiral nebulae, obtained by measuring the Doppler 
shifts of their spectral lines as described above. Slipher 
found that most of the nebulae were, surprisingly, mov- 
ing away from Earth. If the nebulae’s motions were 
random, just as many of them would be expected to 
move toward Earth as were moving away. Why should 
the sun just happen to be at the center of an organized 
pattern of motion? Another puzzling finding was the 
large velocities at which these objects were receding. 
The nearby Andromeda nebula, for example, was 
speeding toward earth at 180 miles per second (300 
km per second). Many astronomers interpreted this to 
mean that the nebulae must be outside our galaxy. 


In 1923, American astronomer Edwin Hubble 
(1889-1953), using the 60-in and 100-in (152-cm and 
254-cm) telescopes at Mount Wilson Observatory, 
succeeded in identifying Cepheid variables in the 
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outer regions of two nebulae, M31 and M33. By meas- 
uring the periods of these Cepheids and using the 
formula developed by Leavitt several years earlier, he 
calculated that they are about 930,000 light years dis- 
tant. From these distances and the observed sizes of 
the nebulae, their actual sizes could be calculated. 
These turned out to be similar to that of Earth’s gal- 
axy, strongly supporting the idea that the nebulae are 
galaxies in their own right. 


In 1929, Hubble plotted data on a number of 
galaxies on a graph. He plotted the distance to the 
galaxy along the horizontal axis and the velocity of 
the galaxy’s recession along the vertical axis. From 
this limited data, it was clear that a simple, linear 
relationship between the two quantities existed; on 
average, the velocity of a galaxy’s recession was pro- 
portional to the distance to the galaxy. (The 
Andromeda galaxy is a member of our local galactic 
group, which moves more or less and as a unit: other 
members of the Local Group do obey this general red- 
shift rule.) The constant of proportionality between 
distance and velocity, now called the Hubble’s constant 
(H), was given by the slope of the line. From those 
data, Hubble’s constant was estimated to be 310 miles 
per second per megaparsec (500 km/s/Mpc)—that is, a 
galaxy 1 megaparsec (one million parsecs, where one 
parsec = 3.26 light-years) away would be moving 
away from our galaxy at 310 mi/s (500 km/s), while a 
galaxy ten times further away would be moving ten 
times as fast. Modern values for H are much smaller 
than Hubble’s estimate of 500 km/s/Mpc. The rela- 
tionship between speed and distance described by 
Hubble’s constant is termed Hubble’s law. 


Implications of Hubble’s law 


Galaxies are moving away from Earth in all direc- 
tions not because Earth is at the center of the universe 
but because all galaxies are receding from each other, 
that is, every galaxy is getting further away from every 
other galaxy. There is a simple way to visualize this 
effect. Imagine a partially blown up balloon, on the 
surface of which a number of spots (representing gal- 
axies) are drawn. As the balloon inflates, each spot 
gets farther away from its neighbors; furthermore, the 
distance from any one spot to any other on the same 
side of the balloon (as measured on the surface of the 
balloon) grows faster the farther away from each other 
the two spots become. This can be seen by imagining 
three spots in a row (A, B, and C), with the balloon’s 
surface expanding evenly between them. The distance 
from A to Bis growing at x inches per second, and so is 
the distance from B to C; the distance from A to C 
must therefore be growing at 2x in/s (x + x = 2x). 
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Thus no matter where an observer is located on the 
balloon, they will observe that all the other spots on 
the balloon’s surface obey Hubble’s law: the farther 
away they are, the faster they recede. There is no 
preferred direction, no preferred position, and no 
“center” of the balloon’s surface. The behavior of 
galaxies in our spatially three-dimensional universe is 
analogous to that of the spots on the two-dimensional 
surface of the balloon. 


There is an important implication to this model. If 
all galaxies are moving away from each other with a 
velocity proportional to their separation, then at all 
earlier times the galaxies were closer together. If one 
goes back far enough, there must have been a time 
when all were at the same position—that is, there must 
have been a beginning to the universe. In fact, if the 
expansion has been constant for all time, the age of the 
universe is simply the inverse of Hubble’s constant. 
The situation is not quite so simple, as scientists expect 
Hubble’s constant to change over time (the gravita- 
tional attraction between the galaxies has a tendency 
to slow the rate of expansion, while recent observa- 
tions show that the expansion of the universe is 
actually accelerating under the influence of a still- 
mysterious force that acts opposite to gravity). 


Hubble’s original measurements gave an age of 
the universe of about two billion years. This immedi- 
ately caused dispute, since it was known from meas- 
urements of radioactive decay that the age of the solar 
system is more than twice this value. How could the 
solar system have been formed before the universe 
itself? It is now known that Hubble’s original measure- 
ments were in error. Current measurements put 
Hubble’s constant in the range of 50-100, giving an 
age of 10-20 billion years. Geological and astronom- 
ical data from many sources have recently converged 
on a value for the age of the universe of about 13.7 
billion years. 


Other developments 


When Einstein developed his general theory of 
relativity he added a term, the cosmological constant, 
to his equations in order to permit a static universe 
which was neither expanding nor contracting. He later 
came to regret this, calling it the worst mistake he ever 
made; however, the recent discovery that the expan- 
sion of the universe is actually accelerating has 
brought Einstein’s cosmological constant back into 
favor. Nevertheless, Russian mathematician Alexander 
Friedmann (1888-1925) and Belgian astronomer 
Georges LeMaitre (1894-1966) found solutions (in 
1922 and 1927, respectively) to Einstein’s equations 
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that permitted an expanding universe. After Hubble’s 
1929 discovery, there was a great deal of interest in 
these models, which could be used to explain the 
observations. 


A big bang seemed an obvious implication of the 
new data—if everything was expanding, it must all 
once have been scrunched together—but steady-state 
models that avoided the embarrassment of a universe 
with a definite beginning had adherents for decades 
after Hubble’s measurements were made. One of the 
more promising models, constant creation, postulated 
that new hydrogen atoms form constantly and sponta- 
neously throughout space, out of nothing, providing 
the material for new galaxies as the older galaxies 
move apart. On this theory, the universe has always 
been expanding, had no beginning, has always looked 
as it does now, and will always look as it does now. 
This theory predicted that nearby galaxies will look 
similar to those far away, but it was found that distant 
galaxies are in fact different from nearby ones, which 
agrees with the big bang’s claim that the universe is not 
in a steady state. It was one of the originators of this 
steady-state theory, British astronomer Fred Hoyle 
(1915-2001), who coined the term big bang, now 
used to describe the expanding-universe model based 
on Hubble’s observations. Hoyle chose the expression 
to ridicule the theory, but the name stuck. 


The evolution of the Universe 


The current picture of the big bang can be 
described briefly as follows. Because current formula- 
tions of the laws of physics break down very close to 
the big bang itself, the account will start one second 
after the event occurs. At this time, the temperature 
was 10,000,000,000K. This was too hot for atoms to 
exist, so their elementary particle constituents (elec- 
trons, protons, and neutrons) existed separately, along 
with photons (particles of light), and various exotic 
particles. Over the next 100 seconds, the temperature 
dropped by a factor of 10, enough to allow the nuclei 
of light elements such as deuterium (an isotope of 
hydrogen) and helium to form. As further cooling 
took place, these nuclei combined with electrons to 
form atoms. 


At this point it should be stressed that the expan- 
sion of the Universe means that space itself is expand- 
ing. This differs fundamentally from an ordinary 
explosion, in which matter expands into a surrounding 
volume of space. The expansion of space itself can be 
compared to the increase of the surface area of the 
inflating balloon mentioned earlier; as the balloon 
expands, its surface area grows, but not by expanding 


GALE ENCYCLOPEDIA OF SCIENCE 4 


into any larger, surrounding surface, as a circular 
ripple expands across the surface of a _ pond. 
Similarly, our universe is not expanding into any 
larger, surrounding volume of space. 


The expansion of space has important cosmolog- 
ical implications. One is that as space expands, the 
average temperature of the Universe drops with it. 
This cooling has an important effect on the cosmic 
background radiation. 


Early in the history of the universe, when its den- 
sity was extremely high, particles and radiation were in 
equilibrium, meaning that there was a very uniform 
temperature distribution. Such a distribution gives rise 
to radiation with a particular spectrum, a blackbody 
spectrum, which has a well-defined peak wavelength. 
Radiation of this type currently pervades all space in 
the form of microwave radiation, the afterglow of the 
big bang. Due to expansion of the Universe, the peak 
of this radiation’s spectrum—its temperature—has by 
now been shifted to below 3K (—454 °F [—270 °C]), 
or three degrees above absolute zero, despite its initial 
high temperature. The cosmic background radiation 
was first detected by U.S. astrophysicist Arno Penzias 
(1933-) and U.S. radio astronomer Robert Wilson 
(1936-) in 1965. Measurements from the COBE space- 
craft have shown that the spectrum is nearly perfect 
blackbody radiation at 2.73K (—454.5 °F [—270.27 °C]), 
as predicted by the big bang theory. 


As described above, only the lightest elements 
were created in the big bang itself. As the Universe 
expanded, lumpiness developed, and regions of 
more-dense and less-dense gas formed. Gravity even- 
tually caused the high-density areas to coalesce into 
stars and galaxies, which became luminous due to 
nuclear reactions in their cores. These reactions, 
which still power the stars today, take hydrogen and 
helium and create some of the heavier elements. Once 
its light-element nuclear fuels are exhausted, a star 
may explode in a supernova, creating still heavier 
elements in the process. It is these heavier elements 
from which the solar system, Earth, and humans are 
made. Every atom in the human body (of every ele- 
ment other than hydrogen; there is little or no helium 
in the body) was created in the core of an exploding 
star billions of years ago. 


What will be the ultimate fate of the Universe? 
Will it continue to expand forever, or will it eventually 
contract in a “big crunch?” To understand this ques- 
tion, the analogy of a projectile being launched from 
the surface of Earth can be used. If a projectile is 
launched with enough velocity, it will escape the 
Earth’s gravity and travel on forever. If it is too slow, 
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however, gravity will pull it back to the ground. This 
same effect is at work in the universe today. If there is 
enough mass in the universe, the force of gravity acting 
between all matter will eventually cause the expansion 
to slow, stop, and reverse, and the universe will 
become smaller and smaller until it ultimately 
collapses. 


This does not seem likely. Astronomers have 
made estimates of the mass in the Universe based on 
the luminous objects they see, and calculated a total 
mass much less than that required to close the uni- 
verse, that is, to keep it from expanding forever. From 
other measurements, they know that there is a large 
amount of unseen mass in the Universe as well, called 
dark matter. The amount of this dark matter is not 
known precisely, but greatly exceeds that of all the 
stars in the Universe. The nature of dark matter is 
being intensely researched and debated by astrono- 
mers. It should not be confused with “dark energy,” 
a separate phenomenon. 


In 1998, astronomers studying a certain group of 
supernovas discovered that the older objects were 
receding at a speed about the same as the younger 
objects. According to the theory of a closed universe, 
the expansion of the universe should slow down as it 
ages, and older supernovas should be receding more 
rapidly than the younger supernovas. The fact that 
observations have shown the opposite has led many 
scientists to believe that the Universe is, in fact, open. 
Other theorists hold that the universe is flat—that is, 
that it will neither collapse nor expand forever, but will 
maintain a gravitational balance between the two and 
remain in a coasting expansion. 


Starting in the late 1990s, various observations 
have proved—to astronomers’ astonishment—that 
the expansion of the universe is actually accelerating. 
It thus appears that the fate of the universe will be to 
expand without end. Eventually, all sources of energy 
will exhaust themselves, and after many trillions of 
years even the protons and neutrons of which ordinary 
matter is constructed will break down. If this vision is 
correct, the universe will end up as a diffuse, eternally 
expanding gas of subatomic particles at a uniform 
temperature. 


Future work 


Although the big bang model has done a good job 
of explaining what is seen of the universe and has been 
confirmed by numerous astronomical observations, 
there are still many unanswered questions. Until a 
few years ago, there was still disagreement about the 
exact value of the Hubble constant by approximately a 
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KEY TERMS 


Cepheid variable star—A class of young stars that 
cyclically brighten and dim. From the period of its 
brightness variation, the absolute brightness of a 
Cepheid variable can be determined. Cepheid var- 
iables in distant galaxies give a measure of the 
absolute distance to those galaxies. 


Hubble constant—The constant of proportionality 
in Hubble’s law which relates the recessional 
velocity and distance of remote objects in the uni- 
verse whose motion is determined by the general 
expansion of the universe. 


Light-year—The distance that light travels in one 
year, equal to 5.87 million miles 9.46 million km. 


Parsec—3.26 light-years. 


factor of two. NASA’s WMAP (Wilson Microwave 
Anisotropy Probe) satellite began making observa- 
tions in 2003 to resolve the question; as of 2006, a 
value for the Hubble constant of 70 km/s/Mpc (with 
an uncertainty of +2.4 to —3.2 km/s/Mpc) had been 
agreed upon by most astronomers. WMAP data has 
also revealed that the universe consists of only 4% 
ordinary matter—known particles of whatever kind. 
Twenty-two percent of the Universe is dark matter, 
the nature of which is unknown but which is known to 
gravitate like other matter, and 75% of the Universe 
consists of “dark energy,” the nature of which is also 
unknown but which serves to accelerate the Universe’s 
expansion. Thus, until breakthrough discoveries in 
fundamental physics reveal the nature of the dark 
matter and dark energy, we remain ignorant of the 
nature of 96% of the Universe. 


Another open question is how galaxies actually 
formed from what was very close to a uniform, homo- 
geneous medium in the early universe. From the uni- 
formity of the microwave background radiation, it is 
known that this uniformity was better than one part in 
a thousand. Just by looking at the sky, however, a 
great deal of structure in the Universe is seen up to 
very large-size scales of clusters of galaxies and 
beyond. There must have been some type of clumping 
which occurred to start the process (with gravity help- 
ing the process along), but what started it? Physicists 
are seeking the answer in quantum mechanics, the 
science of very small events. The answer resides there 
because at the moment of the big bang, the universe 
was subatomic in size. Random fluctuations at the 
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quantum level, which today appear only at the sub- 
atomic level, were then sufficient—for an extremely 
brief interval of time—to cause ripples throughout the 
entire Universe. These ripples persist today as large- 
scale clumpings of the galaxies, which have been 
observed by astronomers and found to agree with the 
big bang theory. 


See also Blackbody radiation; Elements, forma- 
tion of; Redshift. 
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i Binary star 


Binary stars, often called double stars, refer to 
pairs of stars sufficiently close to each other in space 
to be gravitationally bound together. Following the 
laws of gravitation, each of the components revolves 
around the common center of mass of the system. At 
least 50% of stars are found to exist as binary systems, 
according to conservative statistics. There seems to be 
no obvious preference for particular combinations of 
brightness, size, or mass differences and the wide range 
in periods of revolution from less than a day to thou- 
sands of years. Historically, visual binaries, those that 
appear as double stars when seen through a telescope, 
were discovered to be gravitationally bound by 
German-born English astronomer William Herschel 
(1738-1822) around 1800. 


Techniques of observation 


There are a number of telescopic techniques used 
to discover and study binary stars. No one telescopic 
method can be used because of the wide range in the 
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An x-ray image of the x-ray binary star system LMC X-1 in the 
Large Magellanic Cloud (LMC). LMC X-1 is seen as the two 
bright objects at center left and center right. The Tarantula 
Nebula is at the top of the cloud at left. The picture was taken 
by the ROSAT x-ray astronomy satellite. ROSAT discovered 
15 new x-ray sources in the LMC, which is 163,000 light years 
from our galactic center and 33,000 light years in diameter. 
ROSAT was launched on June 1, 1990, and is a collaboration 
between Germany, UK, and USA. (© Max-Planck-Institut Fur 
Physik Und Astrophysik. Photo Researchers, Inc.) 


separations exhibited in the systems. The desired 
information about the orbital motion and the physical 
quantities of the stars themselves must come from 
different ways of observing. Hence, there are descrip- 
tive classifications of binary stars as determined by the 
various modes of study discussed below. 


Importance 


The importance of binaries lies in a number of 
areas. First, the analysis of a visual binary (where the 
two components can be seen visually through a tele- 
scope) leads to the only direct method for the evalua- 
tion of stellar mass, one of the most important 
parameters of the physical universe. In some cases 
the mass of the system is found, in other situations 
the mass ratio of the components, and in some the 
individual masses can be determined. Second, stellar 
duplicity plays an important role in the study of the 
physical aspects of stars, such as relative diameters, 
surface brightness, the genesis and evolution of stars, 
and the study of stellar-mass loss. 


Visual binaries 


Visual binaries are those stellar systems that 
appear as two stars in the eyepiece of a telescope. 
They are observed traditionally by manually measur- 
ing, at the eyepiece of a telescope, the angular separa- 
tion of the two components. The angle the fainter stars 
make with respect to the brighter component is also 
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Binary star systems contain two stars held by mutual gravitational attraction. The stars orbit a common center of mass. 


(K. Lee Lerner, with Argosy. The Gale Group.) 


taken into account, and refers to the north direction on 
the plane of the sky. If the measurements of each compo- 
nent are made and photographically compared to back- 
ground stars, the masses of each star can be found. Many 
observations are needed over a period of time commen- 
surate to the period of revolution of the pair. 


Study of orbital motion 


The first goal in the study of orbital motion, gen- 
erally, is to determine the period of revolution. Then, 
when feasible, the second goal is to determine the 
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geometric elements (relating the apparent orbit on 
the plane of the sky to that on the true plane of the 
orbit) and the dynamical orbital elements of the sys- 
tem. These values will lead to the physical character- 
istics of the stellar components. The simple laws that 
govern the dynamics of orbital motion of double stars 
stem from the three Kepler laws that were originally 
formulated by German astronomer and mathemati- 
cian Johannes Kepler (1571-1630) to describe the 
motions in the solar system. They had far-reaching 
implications for gravitational forces, which were 
explained later by English physicist and mathematician 
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Sir Isaac Newton (1642-1727). The laws of Kepler, as 
used in binary star analysis, are: 1) The orbit described 
by the fainter component (often called B) around the 
brighter (A component) is an ellipse with the A com- 
ponent at one of the foci; 2) The component sweeps 
over equal areas, throughout its orbital path, in equal 
lengths of time; and 3) The sum of the masses of the 
two components (in units of the solar mass) is equal to 
the scale or semi-major axis cubed (in units of the 
Earth-sun distance) divided by the period squared (in 
unit of years). The mass of the binary system from 
Kepler’s third law is the only direct way stellar mass 
can be determined. 


Astrometric binaries 


Astrometric binaries are double star systems visi- 
ble on astrometric photographs as single stars. They 
have a telltale wavy motion across the sky indicating 
that the visible star is revolving around the center of 
mass of the visible star and its invisible companion, 
and thus its motion over an interval of time is analyzed 
for gravitational orbital motion. This process is a 
slightly modified form of the method for visual 
binaries. Generally, the companion star is either too 
faint to be seen or too close to the primary star to be 
resolved as two stars. The largest ground telescopes 
and space telescopes, such as the Hubble space tele- 
scope, are used to observe the fainter component that 
might turn out to be a brown dwarf or a planet. The 
star Sirius is a fine example of a visual binary, discov- 
ered first as an astrometric binary in 1844 by German 
astronomer Friedrich Wilhelm Bessel (1784-1846). 


Spectroscopic binaries 


Spectroscopic binaries are pairs that are too close 
to each other, as seen from the Earth, to be resolved 
into two stars. However, when the light from the star is 
analyzed with a spectrograph, which spreads the light 
into a continuous spectrum of colors with dark 
absorption lines superimposed, the spectral lines 
are alternately shortened or lengthened indicating 
Doppler motion, a to-and-fro motion as seen from 
Earth. This shift in the wavelengths results from the 
periodic motion, in the line of sight, of the visible star 
revolving around the center of mass of the system. 
When only the brighter component has sufficient 
light to show on the spectrogram the system is 
known as a single-lined spectroscopic binary. When 
the spectra of the fainter component is also recorded, 
the name double-line spectroscopic binary is used. 
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Eclipsing binaries 


Eclipsing binaries are those systems, seen as a 
single star, which show periodic changes in bright- 
ness. This occurs when one component eclipses the 
other during their orbital motions around the center 
of mass of the system. The plane of the orbital motion 
must necessarily be close to perpendicular to Earth’s 
line of sight; eclipses are further facilitated when their 
separation is small. By analyzing the brightness with 
the passage of time, the resulting light curve can indi- 
cate some geometric and dynamical components of 
orbital motion. Astrophysical properties can be 
determined such as the relative brightness of the two 
components, their relative diameters, and some 
aspects of their atmospheres. 


Mass exchange binaries 


Mass exchange binaries are short period pairs 
whose components are virtually in contact with each 
other so that they interact with each other; their large 
gaseous atmospheres may touch forming a figure eight 
in three dimensions. Sometimes the atmospheres over- 
lap to such an extent that they make an envelope 
around the entire system. One component’s mass 
flows into the other, which results in mass loss and 
exchange. This in turn affects a change in the period of 
revolution of the pair. Generally, the components are 
at different stages in their evolutionary track. X-ray 
binaries described below are also binaries that 
exchange mass. Much remains to be done to under- 
stand the details of the physics of the interaction. 


X-ray binaries 


X-ray binaries are discovered through space tele- 
scopes, which focus on very short-wave energy radia- 
tion sources. The International Explorer, the Einstein 
X-Ray Observatory, and other satellites have been 
used for this purpose. Some semi-detached pairs 
emit x—rays provided by mass transfer in a common 
atmospheric envelope. Close pairs with one compo- 
nent, a neutron star or a black hole, are likely indi- 
cated from enormous energy output in the form of 
ultraviolet and x-rays that are generated around the 
massive star as gas from the companion, unevolved 
star, is sucked toward the massive central degenerate 
component. This type of binary may have a period of 
revolution around two days or less. 


See also Brown dwarf; Gravity and gravitation; 
X-ray astronomy. 
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KEY TERMS 


Astrometric photographs—Photos taken with 
telephoto-type telescopes yielding large scale por- 
trayal suitable for accurate measurements of posi- 
tions of stellar images. 


Dark absorption lines—Part of the stellar spectrum 
coming from different atomic elements in the 
atmosphere of the star. 


Doppler shift—The change in frequency or wave- 
length resulting from the relative motion of the 
source of radiation and the observer. A motion of 
approach between the two will result in a compres- 
sion of the waves as they pass the observer and a 
rise in pitch in the frequency of the wave and a 
shortening of the relative wavelength called a blue 
shift. A relative motion of recession leads to a low- 
ering of the pitch and a shift to longer redder 
wavelengths. 


Dynamical orbital elements—Used in equations to 
describe the true orbital path of a binary star com- 
ponent in the plane of the orbit. 


Geometrical orbital elements—Used in equations 
to describe the orbital path of a binary star compo- 
nent as seen on the plane of the sky. 

Mass—The quantity of matter in the star as exhib- 
ited by its gravitational pull on another object. 
Stellar mass is usually measured in units of the 
sun’s mass. 
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tl Bindle paper 


Bindle paper is one of the tools that has long been 
used by forensic examiners to collect evidence and 
transport the evidence so that none of the contents 
are lost or contaminated. While many sophisticated 
techniques of forensic analysis and detection have 
emerged, the simple use of bindle paper remains an 
important part of an examiner’s repertoire. 


Typically, bindle paper is used for so-called trace 
evidence such as fibers, hair, paint chips, crystallized 
or dust-like material such as drugs, or other tiny par- 
ticles. This material is light and can be difficult to see, 
which increases the chances that it can go missing if 
not carefully stored. 


Bindle paper is nothing more than a clean sheet of 
paper that is folded in a defined manner in a series of 
steps. An 8 x 12 inch sheet of paper is a convenient 
size to use. And can be easily transported to the scene 
of the accident or crime. 


In order to house (place) the evidence, the flat 
sheet of paper is first lightly folded in thirds horizon- 
tally and vertically to create nine similarly sized 
squares. Next, the vertical creases are folded, with 
the left hand side of the paper folded first, followed 
by the right hand side. The bottom square is folded 
upward. At this point the evidence is placed into the 
opening at the tope edge of the paper. The top square 
is then folded down and the edge is inserted into the 
opening present in the lower folded square. 


If done correctly, the evidence is secured inside the 
folded paper, which is then secured shut with tape. The 
package is never stapled shut, as this introduces holes 
through which the evidence might escape or contami- 
nating air or moisture can enter. 


At this point the bindle paper package can be put 
into an envelope for transport to the forensic labora- 
tory. The folding design of bindle paper is preferred 
over an envelope. The manufactured corners, folds, 
and opening of the latter can all be places where 
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evidence can be lost. Furthermore, the use of paper for 
trace evidence is preferred over plastic containers for 
evidence that can pick up an electrostatic charge, is 
moist, or which may require genetic analysis. 


See also Crime scene investigation; Forensic 
science. 


Brian Hoyle 


l Binocular 


Binoculars, sometimes called binocular tele- 
scopes, are hand-held optical instruments that are 
used to magnify distant objects. However, before the 
early 1800s they did not exist. In 1823, a new optical 
instrument began to appear in French opera houses 
that allowed patrons in the distant (and less expensive) 
seats to view the opera as if they were in the front row. 
Called opera glasses, the device combined telescope 
lenses with stereoscopic prisms to provide a magnified, 
three-dimensional view. After many years (but rela- 
tively few modifications), opera glasses have evolved 
into binoculars. 


In their simplest form, binoculars are a pair of 
small refracting telescope lenses, one for each eye. 
The brain assembles the two views, one from each 
lens, into a single picture. Because each eye sees its 
own view, the final image has depth; this is not so with 
conventional telescopes, which possess only one eye- 
piece and, therefore, a two-dimensional image. 


While some simple binoculars can be found, most 
quality binoculars possess a more intricate design. In 
complex binoculars, there is a system of prisms 
between the large front lens, called the objective lens, 
and the smaller eyepiece. These prisms serve two 
important functions. First, they bend the light so 
that the final image is both upright and non-reversed. 
In a common telescopic view, the image is both 
reversed and upside-down. Second, the bending pro- 
duced by the prisms lengthens the overall light path, 
which allows for much greater magnification while 
staying within the binocular’s short tube. Without 
prisms, average-powered binoculars would need to 
be more than one foot (0.305 m) in length. 


In order to enhance the stereoscopic, or three- 
dimensional, effect, the binocular’s two objective 
lenses are placed further apart than the viewer’s eyes. 
When the two views are then assembled by the brain, a 
greater impression of depth and clarity results. 
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Many different factors influence the quality of a 
binocular. For the majority of users, the most impor- 
tant of these is magnifying power. Binocular magnifi- 
cation usually ranges from six to twenty times—that 
is, the object appears six to twenty times larger in the 
binoculars than it would with the unaided eye. 
Magnification is usually expressed as ‘X,’ whereby 
six times magnification would be written 6 X. 


Another factor governing a binocular’s quality is 
the size of the two object lenses, called the aperture. 
Larger aperture sizes are valued, because they collect a 
greater amount of light. This is crucial, because an 
image becomes fainter as the magnification increases. 
Thus, high magnifications are usually coupled with 
wide apertures. While object lenses of 30 to 80 mm (1 
to 3in) are common, apertures as large as 150 mm (6 in) 
have been designed. These binoculars, however, are 
used chiefly in military reconnaissance. Binocular mak- 
ers generally express the quality of their instruments in 
terms of both magnification and aperture size. A com- 
mon rating is 7 x 50, which describes a magnification 
of seven power and an aperture of 50 mm (2 in). 


Professional users of binoculars, such as astrono- 
mers and military personnel, also consider the size of 
the light beam that exits the eyepiece, called the exit 
pupil. The closer this light beam is to the width of the 
viewer’s own pupil, the more efficient the binocular. 
This is a tricky factor because the size of a human pupil 
varies: in bright light (such as daylight) the pupil is 
only 0.078 in (2 mm) across, while in dim light (such as 
moonlight) it opens to almost 0.273 in (7 mm). Thus, 
binoculars with a small exit pupil are best for daytime 
use, while those with a wider exit pupil are essential for 
nighttime observing. 


Yet another factor affecting the quality of a bin- 
ocular is the straightness of its beams. In a perfectly 
adjusted instrument, the two beams entering each eye 
will be parallel. If these beams are offset even slightly, 
a doubled image will be produced. Such a poorly 
adjusted view is uncomfortable and bad for the eyes. 
In order to fix the image, the binoculars should be 
collimated so that the beams are parallel. 


Although they are inferior to telescopes in magni- 
fication, binoculars are often better devices for view- 
ing the night sky. Because of their wider object lenses, 
binoculars can collect more light than telescopes; this 
makes objects such as distant stars or planetary satel- 
lites appear much brighter than they would in many 
telescopes. Even household binoculars are sufficient 
for viewing the moon and the visible planets, and they 
are usually much less expensive than a telescope. 
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Obviously unable to be held by human hands 
(which is part of the definition of binoculars), the 
Large Binocular Telescope Observatory (LBTO) 
located in Arizona is a gigantic version of the binoc- 
ular. As a joint effort of Germany, Italy, and United 
States, the LBTO—once fully operational—will use 
two 8.4-meter reflector telescopes mounted on a com- 
mon base (thus the name binocular) for studies in the 
optical range of the electromagnetic spectrum. As of 
May 2006, the binocular telescope is under construc- 
tion, with only one of the telescopes being operational. 
However, sometime at the end of 2006 or in early 2007, 
the second telescope is expected to become operational. 


| Binomial theorem 


The binomial theorem provides a simple method 
for determining the coefficients of each term in the 
series expansion of a binomial with the general form 
(A + B)". A series expansion or Taylor series is a sum 
of terms, possibly an infinite number of terms, that 
equals a simpler function. The expansion of (A + B)" 
given by the binomial theorem contains only n terms. 
Its generalized form (where n may be a complex num- 
ber) was discovered by Isaac Newton. 


The binomial theorem has been used extensively 
in the areas of probability and statistics. The main 
argument in this theorem is the use of the combination 
formula to calculate the desired coefficients. 


The question of expanding an equation with two 
unknown variables called a binomial was posed early 
in the history of mathematics. One solution (for real n), 
known as Pascal’s triangle, was determined in China 
as early as the thirteenth century by the mathematician 
Yang Hui. His solution was independently discovered 
in Europe 300 years later by Blaise Pascal (1623- 
1662), whose name has been permanently associated 
with it since. The binomial theorem, a simpler and 
more efficient solution to the problem, was first sug- 
gested by Isaac Newton (1642-1727). He developed 
the theorem as an undergraduate at Cambridge and 
first published it in a letter written for Gottfried 
Leibniz (1646-1716), a German mathematician. 


Expanding an expression like (A + B)" just means 
multiplying it out. By using standard algebra, the 
equation (A + B)’, for example, can be expanded 
into the form A* + 2AB + B*. Similarly, (A + B)* 
can be written A* + 4A°B + 6A*B* + 4AB* + B¥*. 
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Notice that the terms for A and B follow the general 
pattern A™B®, A™' BL A™?B?, A™3B, A'B™!, A°B". 
Also observe that as the value of n increases, the 
number of terms increases. This makes finding the 
coefficients for individual terms in an equation with 
a large n value tedious. For instance, it would be 
cumbersome to find the coefficient for the term A*B* 
in the expansion of (A + B)’ if we used this algebraic 
approach. The inconvenience of this method led to the 
development of other solutions for the problem of 
expanding a binomial. 


One solution, known as Pascal’s triangle, uses an 
array of numbers (shown below) to determine the 
coefficients of each term. 


(A + B)° 1 

(A + B)! 1 1 

(A + By 1 2 1 

(A + BY 1 3 3 1 

(A + B)4 1 4 6 4 1 
(A+B) 1 5 10 10 5 1 


Pascal’s Triangle 


This triangle of numbers is created by following a 
simple rule of addition. Numbers in one row are equal 
to the sum of two numbers in the row directly above it. 
In the fifth row, the second term, 4, is equal to the sum 
of the two numbers above it, namely 3 + 1. Each row 
represents the terms for the expansion of the binomial 
on the left. For example, the terms for (A + B)* are A? + 
3A°B + 3AB? + B®. Obviously, the coefficient for the 
terms A? and B? is 1. Pascal’s triangle works more 
efficiently than the algebraic approach, however, it 
also becomes tedious to create this triangle for bino- 
mials with a large n value. 


The binomial theorem provides an easier and 
more efficient method for expanding binomials that 
have large n. Using this theorem, the coefficients for 
each term are found with the combination formula. 
The combination formula is 


n! 
C,=——_ 
™ —rl(n — 1)! 


The notation n! is read “n factorial” and means 
multiplying n by every positive whole integer that is 
smaller than itself. Thus, 4!isequalto4x3x2x1l= 
24. Applying the combination formula to a binomial 
expansion (A + B)", n is the power to which the 
formula is expanded, and r is the power of B in each 
term. For example, for the term A*B? in the expansion 
of (A + B)’, nis7 and ris 3. By substituting these values 
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KEY TERMS 


Binomial—An equation 
unknowns such as (A + B). 


consisting of two 


Coefficient—A number that is multiplied by terms 
in an algebraic equation. 


Expansion—Multiplying out terms in an equation. 


Factorial—An operation represented by the symbol 
“V" The term n! is equal to multiplying n by all of 
the positive whole number integers that are less 
than it. 


Pascal’s triangle—An array of integers that repre- 
sents the expansion of a binomial equation. 


into the combination formula we get 7!/(3! x 4!) = 35, 
which is the coefficient for this term. The complete 
binomial theorem can be stated as follows: 


(A + By! = XC, A™"B 


See also Factorial. 


Resources 
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Larson, Ron. Precalculus. 7th ed. New York: Houghton 
Mifflin College, 2006. 

Mendenhall, William, et al. Introduction to Probability and 
Statistics. Pacific Grove, CA: Duxbury Press, 2005. 
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i Bio-flips 


Bio-flips are specialized microprocessors that can 
be implanted in the body and that are capable of 
configuring and calibrating themselves internally via 
biological feedback (e.g., a response to a set of bio- 
logical conditions or parameters). Bio-flip type micro- 
processors can also be used in external biosensors 
through which bodily fluids or gases are passed. 


The advantage of bio-flip technology is that such 
microprocessors allow accurate, real-time monitoring 
of specific physiological processes. For example, one 
class of bio-flip microprocessors are being designed to 
take small samples of fluids, analyze those samples, 
digitize the data, and report results to an external 
monitor. Bio-flip microprocessors that are capable of 
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monitoring bodily process also offer the potential to 
allow fine control of these processes. 


One reason the United States Department of 
Defense currently funds research into bio-flip technol- 
ogy is because of the potential uses in the monitoring 
drug and hormone levels that are often critical in treat- 
ment of disease and injury. Such dynamic implants 
will, for example, allow would more rapid and precise 
regulation of medication levels at the site of injured 
tissues. It is anticipated, however, that the widest 
potential usage of bio-flip technology will be in the 
development of new drugs and other pharmacogenetic 
applications. Bio-flip technology also holds the poten- 
tial to improve genetic testing. 


By the early 2000s, a wide variety of fixed-assay or 
passive chips were utilized in biosensor technology. 
These passive chips are not capable of reconfiguration 
or self-recalibration thus are often rendered inaccurate 
when subjected to biological extremes. For example, 
passive microprocessors are often incapable of yield- 
ing accurate biosensor data because of either a devia- 
tion from the normally expected baseline function 
(e.g., the normal or baseline level of a particular gas 
in the blood) or in situations where there is an excess of 
a particular substance (e.g., a chemical present on far 
greater quantities than normally expected). 


Microprocessors than can reconfigure and recali- 
brate will also enhance the accuracy of microarrays 
utilized for DNA analysis and of biosensors currently 
capable of performing chemical analysis via capillary 
electrophoresis or other microfluidic analysis (exami- 
nation of small samples of fluids). 


The task of analyzing massive amounts of data 
generated by DNA microarrays is often daunting. 
Bio-flip technologies along with specialized algo- 
rithms and specialized computer programs offer scien- 
tists hope of improved abilities to detect variation in 
genetic structure. Accordingly, improvement in bio- 
flip like microprocessors should improve genotype 
analysis and improve identification of more DNA 
biomarkers (e.g., single nucleotide polymorphisms 
(SNP)) that can be used in determining genetic related- 
ness, disease susceptibility risk, and the effectiveness 
(efficacy) of drug treatments. 


Advances in bio-flip microprocessors depend on 
advances in both microprocessor design and micro- 
fabrication technology. 


See also Biological and biomimetic systems; DNA 
recognition instruments. 
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Bioaccumulation 


| Bioaccumulation 


Bioaccumulation is the gradual build up over time 
of a chemical in a living organism. This occurs either 
because the chemical is taken up faster than it can be 
used, or because the chemical cannot be broken down 
for use by the organism (that is, the chemical cannot be 
metabolized). 


Bioaccumulation need not be a concern if the 
accumulated compound is not harmful. Compounds 
that are harmful to health, such as mercury, however, 
can accumulate in living tissues. 


Chemical pollutants that are bioaccumulated 
come from many sources. Pesticides are an example 
of a contaminant that bioaccumulates in organisms. 
Rain can wash freshly sprayed pesticides into creeks, 
where they will eventually make their way to rivers, 
estuaries, and the ocean. Anther major source of toxic 
contaminants is the presence of compounds from 
industrial smokestacks and automobile emissions 
that return to the ground in rainfall. Deliberate dis- 
charge of compounds into water is another source of 
chemical pollutants. 


Once a toxic pollutant is in the water or soil, it can 
easily enter the food chain. For example, in the water, 
pollutants adsorb or stick to small particles, including 
a tiny living organism called phytoplankton. Because 
there is so little pollutant stuck to each phytoplankton, 
the pollutant does not cause much damage at this level 
of the food web. However, a small animal such as a 
zooplankton might then consume the particle. One 
zooplankton that has eaten ten phytoplanktons 
would have ten times the pollutant level as the phyto- 
plankton. As the zooplankton may be slow to metab- 
olize or excrete the pollutant, the pollutant may build 
up or bioaccumulate within the organism. A small 
fish might then eat ten zooplankton. The fish would 
have 100 times the level of toxic pollutant as the 
phytoplankton. This multiplication would continue 
throughout the food web until high levels of contam- 
inants have biomagnified in the top predator. While 
the amount of pollutant might have been small enough 
not to cause any damage in the lowest levels of the 
food web, the biomagnified amount might cause seri- 
ous damage to organisms higher in the food web. This 
phenomenon is known as biomagnification. 


Mercury contamination is a good example of the 
bioaccumulation process. Typically, mercury (or a 
chemical version called methylmercury) is taken up 
by bacteria and phytoplankton. Small fish eat the 
bacteria and phytoplankton and accumulate the 
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mercury. The small fish are in turn eaten by larger 
fish, which can become food for humans and animals. 
The result can be the build up (biomagnification) of 
large concentrations of mercury in human and animal 
tissue. 


One of the classic examples of bioaccumulation 
that resulted in biomagnification occurred with an 
insecticide called dichlorodiphenyltrichloroethane 
(DDT). DDT is an insecticide that was sprayed in 
the United States prior to 1972 to help control mos- 
quitoes and other insects. Rain washed the DDT into 
creeks, where it eventually found its way into lakes and 
the ocean. The toxic pollutant bioaccumulated within 
each organism and then biomagnified through the 
food web to very high levels in predatory birds such 
as bald eagles, osprey, peregrine falcons and brown 
pelicans that ate the fish. Levels of DDT were high 
enough that the birds’ eggshells became abnormally 
thin. As a result, the adult birds broke the shells of 
their unhatched offspring and the baby birds died. The 
population of these birds plummeted. DDT was 
finally banned in the United States in 1972, and since 
that time there have been dramatic increases in the 
populations of many predatory birds. 


The bioaccumulation and biomagnification of 
toxic contaminants also can put human health at 
risk. When humans eat organisms that are relatively 
high in the food web, we can get high doses of some 
harmful chemicals. For example, marine fish such as 
swordfish, shark, and tuna often have bioaccumulated 
levels of mercury, and bluefish and striped bass some- 
times have high concentrations of polychlorinated 
biphenyls (PCBs). Humans can also bioaccumulate 
poisons through the consumption of contaminated 
filter-feeding marine life such as mussels, oysters, and 
coral fish. The federal government and some states 
have issued advisories against eating too much of 
certain types of fish because of bioaccumulated and 
biomagnified levels of toxic pollutants. 


Bioaccumulation can also occur in humans who 
are exposed for a long time to noxious chemicals in 
their home or workplace. Over time, even accumula- 
tion of a toxin at a low rate can produce a deterimental 
level of the compound in the body, particularly if the 
compound accumulates in fatty tissues. One example 
of a poison that bioaccumulates in fat is lead. While 
lead-based paints have been banned from sale, older 
homes may still contain lead painted surfaces. 


Advances are being made in efforts to lessen the 
bioaccumulation of toxic compounds. Legislation 
banning the disposal of certain compounds in water 
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helps to reduce the level of toxic compounds in the 
environment that are capable of being accumulated in 
the food chain. As well, microorganisms are being 
genetically engineered so as to be capable of using a 
toxic material such as mercury as a food source. Such 
bacteria can directly remove the compound from the 
environment. 
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! Bioassay 


A bioassay is the use of a living organism to test 
for the presence of a compound or to determine the 
amount of the compound that is present in a sample. 
The organism used is sensitive to the compound for 
which the test is conducted. Thus, the effect observed 
is typically the death or deteriorated health of the test 
organism. Depending on the test organism, soil, air, or 
liquid samples can be assayed. 


The classic historical example of a bioassay was 
the use of canaries by miners in past centuries. Because 
canaries are more sensitive than humans to noxious 
gases like methane, they reacted quickly to even small 
amounts of the gas. This would give the miners time to 
escape. 


Today’s bioassays are more sophisticated than the 
canary. The ASTM (formerly known as the American 
Society for the Testing of Materials) has catalogued 
over 70 different bioassays. These are used to analyze 
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soil, freshwater, and the sediment at the bottom of 
watercourses like streams and rivers, saltwater, and air. 


Plants can be used as indicators of the presence of 
toxic compounds in the soil. In this bioassay, seeds or 
the mature plant is introduced into the soil of a site 
that is suspected of being contaminated. Failure of the 
seeds to germinate, or failure of the mature plant to 
thrive, can be evidence of contamination. If the assay 
is done in a controlled manner with the use of stand- 
ards to provide reference points, then the geographical 
area of contamination can be determined. 


Some species of plants can also be used to accom- 
plish bioassays in the water. More commonly, how- 
ever, the test organisms are single-celled organisms 
such as algae, water fleas (in particular a species called 
Daphnia magna, or fish (in particular the fathead 
minnow). 


Bacteria can be used in bioassays. For example, 
the use of bacteria to detect and determine the amount 
of antibiotics or compounds that might be carcinogens 
in a sample has been practiced for decades. Another 
particularly useful bacterial bioassay involves the use 
of bacteria that have been designed to fluoresce (to 
emit light). If the bacteria are harmed by a toxic com- 
pound in the test sample, they fail to fluoresce. The 
decrease in fluorescence of bacterial populations is 
measured in a device called a spectrophotometer. 
The degree of decrease can be compared to standards 
in order to determine the concentration of the toxic 
compound. 


With the wide variety of bioassays available, the 
investigator must choose the assay with care. The test 
organism used needs to be appropriate for the task, 
and must provide a result that is readily apparent. 
Being able to determine the level of the toxic agent 
(in other words being able to quantify the agent) can 
be very useful. 


Bioassays continue to be developed. For example, 
bioassays can now detect the presence of some human 
hormones in the environment, the growth and meta- 
bolic activity of cells, and the potential therapeutic 
action of compounds. 


Resources 
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l Biochemical oxygen demand 


The biochemical oxygen demand (BOD) is the 
amount of oxygen that is required for the performance 
of the activities of a biological organism (one example 
is a bacterium) or a portion of the organism (one 
example is the digestion of food by the human body). 


Oxygen helps liberate biochemical energy from 
food by acting as the electron acceptor for the reaction 
that metabolizes adenosine triphosphate, ATP, one of 
the body’s major chemical energy sources. Metabolic 
processes that require oxygen are called aerobic. 
Naturally occurring oxygen is in the form of molecular 
oxygen, O2. Atmospheric oxygen is obtained by the 
body in the lungs in tiny air sacs called alveoli. Within 
the alveoli, red blood cells (RBCs) in narrow blood 
vessels absorb oxygen and carry it to cells throughout 
the body. Respiration, the inhalation and exhalation 
of air, is subconsciously controlled by the brain in 
response to fluctuations in carbon dioxide levels. The 
average human body of 139 Ib (63 kg) consumes 250 ml 
of oxygen (O2) each minute. The major single-organ 
oxygen consumers are the liver, brain, and heart (con- 
suming approximately 20%, 18%, and 12%, respec- 
tively), while the body’s skeletal muscles in total 
consume about 20%. In addition, the kidneys use up 
about 7%, and the skin uses about 5%. The rest of the 
body consumes the remaining 18% of the oxygen. 
Oxygen use can also be measured per 100 gm of an 
organ to indicate concentrations of use; heart usage is 
highest, followed by the kidneys, brain, and liver. 
During exercise, the biochemical oxygen demand 
increases for active tissues including the heart and 
skeletal muscles. 


Oxygen is the molecule used by animals as a final 
electron acceptor for metabolism. Two electrons (one 
at a time) from metabolic products can chemically 
bind each oxygen molecule. While numerous mole- 
cules combine with oxygen in the human body, one 
of the major chemical reactions involving oxygen is the 
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synthesis of the high-energy phosphate bonds in ATP. 
ATP is the cell’s currency for generating muscle con- 
tractions and driving certain ions through membrane- 
bound ion channels. Oxygen facilitates aerobic ATP 
production in mitochondria of cells throughout the 
body. Aerobic production of 36 molecules of ATP 
from one glucose molecules occurs in the citric acid 
metabolic cycle. About 1 L of oxygen can release the 
chemical energy stored in 1 g of food. 


Oxygen is carried through the body in a number of 
chemical forms including simple O, water (HO), car- 
bon dioxide (CO), and oxyhemoglobin. Unbound 
oxygen radicals can be highly toxic to cells. Allowing 
random oxidation reactions to occur throughout the 
cell, these radicals can be very destructive, and cellular 
defenses have evolved to combat them. In fact, the 
oxygen radical H»O; is highly toxic to cells and can 
be used as a bactericidal agent. H2O and CO; are end 
products for several aerobic reactions. Oxyhemoglobin 
is the oxygen shuttle complex that carries oxygen to 
needy cells. One RBC contains around 350 million 
hemoglobin molecules. Hence, a single RBC can 
carry about 1.5 billion oxygen molecules. 


Hemoglobin is a large globular protein made up 
of four polypeptide chains (two alpha and two beta 
hemoglobins, in adults) that each contain one heme 
complex. Heme complexes are sophisticated ring 
structures that contain a central ferrous iron atom. 
The iron atoms can each bind one O, molecule. 
Hence, one hemoglobin molecule can bind four O» 
molecules. This is conventionally represented as 
Hb,Og. The four Hb components can alter their ori- 
entation to favor uptake or release of the oxygen. 
When the Hb bonds are relaxed, they favor uptake, 
and when they are tense they favor release. Affinity is 
the chemical term used to indicate how eager multiple 
units are to interact with one another. The chemical 
affinity for the first oxygen to bind is lower than the 
affinity for the later oxygens to bind. In other words, 
once one oxygen has bound to the hemoglobin, the 
binding of the other three oxygen molecules is more 
favorable. In addition, the amount of oxygen bound 
or released depends on the concentration of oxygen in 
two locations (where it is coming from and where it is 
being absorbed). 


Oxygen flow is greatly determined by local partial 
pressure gradient. As it is more difficult to push water 
up a waterfall, so it is difficult to absorb oxygen into 
an area that already has more oxygen than the place it 
is coming from. In both cases, a certain amount of 
pressure is causing something to flow one way. As 
RBCs travel through arteries and veins around the 
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human body, they collect oxygen in the alveoli where 
the partial pressure of oxygen is higher than it is in the 
blood cells. Usual average atmospheric pressure is 
measured as 1 atmosphere (1 atm) or 14.7 pounds 
per square inch (14.7 psi). Since oxygen makes up 
about 21% of atmospheric air, the partial pressure of 
oxygen is 0.21 atm or 3.09 psi. Because venous oxygen 
partial pressure is less than 3.09 psi, oxygen is driven 
into the blood in the lungs. 


Although a small amount of O> gas dissolves into 
the plasma (the fluid surrounding the blood cells), 
most is bound by hemoglobin. The reverse process 
occurs as capillaries supply tissues with oxygen. The 
partial pressure of oxygen in the tissue is lower than in 
the blood, so oxygen flows into the tissue. CO, travels 
a reverse course where high tissue partial pressures 
push CO, out into the veins that carry it to the lungs 
for release into the atmosphere. The CO partial pres- 
sure of the atmosphere is significantly lower than that 
of body tissues. The relationship of gaseous absorp- 
tion to atmospheric pressure makes it crucial for 
mountain climbers and scuba divers to calculate their 
expected partial pressure gaseous exposure before 
climbing or diving. Miscalculations could lead to 
death. 


Body tissues vary in their oxygen dependency. 
Hypoxia is the condition of existing with a lowered 
oxygen supply. The brain and heart are the two most 
hypoxia sensitive organs. A severe drop in available 
oxygen can cause brain death in five minutes. Less 
severe hypoxia can lead to other mental problems 
such as dizziness, headache, disorientation, drowsi- 
ness, or impaired judgment. Although basic brain 
functions may recover fully from a short hypoxic 
period, higher neural functions can be severely 
impaired. 


During rigorous exercise, oxygen demand may 
increase to up to 15 times the normal demand. As 
muscles deplete their oxygen supplies, the lowered 
muscular oxygen partial pressure steepens the pressure 
gradient, so that even more oxygen leaves the blood 
and enters the muscles. If aerobic metabolism is 
unable to supply enough ATP to muscle cells, then 
anaerobic metabolism can provide some ATP. 
However, anaerobic metabolism temporarily adds lac- 
tic acid to the muscle creating an oxygen debt whereby 
the muscle fatigues and requires a recovery period to 
get rid of the lactic acid. An initial oxygen debt is also 
always present for about the first 30 seconds of exer- 
cise until circulation can accelerate to provide addi- 
tional oxygen. 
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KEY TERMS 


Hemoglobin—An iron-containing, protein com- 
plex carried in red blood cells that binds oxygen 
for transport to other areas of the body. 


Hypoxia—State of deficient oxygen supply. 


Various life forms are classified on the basis of 
their tolerance or requirement of oxygen. Different 
types of bacteria are aerobic, facultatively aerobic, or 
anaerobic. Aerobes use oxygen to generate energy. 
Facultative aerobes can use oxygen but survive with- 
out it. Oxygen is highly toxic to anaerobes which die 
rapidly when exposed to it. 


See also Cellular respiration; Circulatory system. 
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l Biochemistry 


Biochemistry is the study of the molecular chem- 
ical basis of life. The study of biochemistry includes 
the knowledge of the structure and function of mole- 
cules found in the biological world and an understand- 
ing of the precise biochemical pathways by which 
organic molecules are either put together or broken 
down. Biochemistry seeks to describe the structure, 
organization, and functions of living matter in molec- 
ular terms. 


The physical elements of living matter obey the 
same fundamental laws that govern all living and 
non-living matter. Therefore, the full potential of 
modern chemical and physical theory can be brought 
in to solve certain biological problems. Additionally, 
biophysics and molecular biology techniques are per- 
mitting scientists to ask questions about the basic 
process of life. 


Biochemistry draws on its major themes from 
many disciplines. For example from organic chemis- 
try, which describes the properties of biomolecules; 
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from biophysics, which applies the techniques of 
physics to study the structures of biomolecules; from 
medical research, which increasingly seeks to under- 
stand disease states in molecular terms and also from 
nutrition, microbiology, physiology, cellbiology and 
genetics. 


Origins of and development of biochemistry 


Biochemistry draws strength from all of these 
disciplines but is also a distinct discipline, with its 
own identity. It is distinctive in its emphasis on the 
structures and relations of biomolecules, particularly 
enzymes and biological catalysis on the elucidation 
of metabolic pathways and their control and on 
the principle that life processes can, at least on the 
physical level, be understood through the laws of 
chemistry. It has its origins as a distinct field of 
study in the early nineteenth century, with the 
pioneering work of Friedrich Wohler (1800-1882). 
Prior to WGohler’s time it was believed that the sub- 
stance of living matter was somehow quantitatively 
different from that of nonliving matter and did not 
behave according to the known laws of physics and 
chemistry. 


In 1828 Wohler showed that urea, a substance of 
biological origin excreted by humans and many ani- 
mals as a product of nitrogen metabolism, could be 
synthesized in the laboratory from the inorganic com- 
pound ammonium cyanate. Later, in 1897, two 
German brothers, Eduard and Hans Buchner, found 
that extracts from broken and thoroughly dead cells 
from yeast, could nevertheless carry out the entire 
process of fermentation of sugar into ethanol. This 
discovery opened the door to analysis of biochemical 
reactions and processes in vitro (Latin “in glass”), 
meaning in the test tube rather than in vivo (in living 
matter). In succeeding decades many other metabolic 
reactions and reaction pathways were reproduced in 
vitro, allowing identification of reactants and prod- 
ucts and of enzymes, or biological catalysts, that pro- 
moted each biochemical reaction. 


Until 1926, the structures of enzymes (or “fer- 
ments”) were thought to be far too complex to be 
described in chemical terms. But in 1926 J.B. Sumner 
showed that the protein urease, an enzyme from jack 
beans, could be crystallized like other organic com- 
pounds. Although proteins have large and complex 
structures, they are also organic compounds and 
their physical structures can be determined by chem- 
ical methods. 
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Modern biochemistry 


Today, the study of biochemistry can be broadly 
divided into three principal areas: (1) the structural 
chemistry of the components of living matter and the 
relationships of biological function to chemical struc- 
ture; (2) metabolism, the total chemical reactions that 
occur in living matter; and (3) the chemistry of proc- 
esses and substances that store and transmit biological 
information. The third area is also the province of 
molecular genetics, a field that seeks to understand 
heredity and the expression of genetic information in 
molecular terms. 


Biochemistry is having a profound influence in the 
field of medicine. The molecular mechanisms of many 
diseases, such as sickle cell anemia and numerous 
errors of metabolism, have been elucidated. Assays 
of enzyme activity are today indispensable in clinical 
diagnosis. For example, liver disease is routinely diag- 
nosed and monitored by measurements of blood levels 
of enzymes called transaminases and of a hemoglobin 
breakdown product called bilirubin. Deoxyribonucleic 
acid (DNA) probes enable the detection of some 
genetic disorders, infectious diseases, and cancers. 
Genetically engineered strains of bacteria contain- 
ing recombinant DNA are producing valuable pro- 
teins such as human insulin and growth hormone. 
Biochemistry is also a fundamentally important part 
of drug design. 


Identifying and sequencing genes responsible for 
causing diseases, and genetic cloning technology has 
led to remarkable progress in understanding the rela- 
tionships of genes and proteins. In addition, the 
molecular bases of several diseases, such as sickle cell 
anemia, and numerous inborn errors of metabolism 
are now known. Biochemical assays for enzyme activ- 
ities have become indispensable in clinical diagnosis. 
Indeed, the field of biochemistry, which investigates 
the relationship between molecular structure and 
function of living things at a molecular level, has 
been profoundly transformed by recombinant DNA 
technology. This has led to the integration of molec- 
ular genetics and protein biochemistry. The intricate 
interplay of the genetic make-up (genotype) and how 
the molecular structure influences function and the 
various physical traits (phenotype) is being unraveled 
at the molecular level. 
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[ Biodegradable substances 


The term biodegradable describes materials that 
decompose through the actions of bacteria, fungi, and 
other living organisms. Temperature and sunlight may 
also play roles in the decomposition of biodegradable 
plastics and other substances. If such materials are not 
biodegradable, they remain in the environment for a 
long time, and, if these same substances are toxic, may 
pollute the soil and water. Some nonbiodegradable pol- 
lutants may harm organisms in the environment. 


Common everyday substances that are biodegrad- 
able include food refuse, tree leaves, and grass clip- 
pings. Many communities now encourage people to 
compost these materials and use them as humus (an 
organic-rich material in soil) for gardening. Because 
plant materials are biodegradable, composting is one 
way to reduce amounts of solid waste that towns and 
cities otherwise have to dispose in landfills. 


In many cases, scientists can come up with biode- 
gradable alternatives to nonbiodegradable products. 
For example, when household detergents were devel- 
oped and came into wide use, foam began to clog 
streams and sewage treatment plants. The foam was 
caused by the presence of a complex phosphate, 
sodium tripolyphosphate, an ingredient in the deter- 
gent that reacted with, and removed dirt from, the 
surfaces of clothes. These complex phosphates, collec- 
tively called surfactants (for their actions on material 
surfaces), were not biodegradable, and appeared harm 
plants and fish in streams. Detergent manufacturers 
responded by replacing phosphates with enzymes like 
protease and amylase, which are biodegradable. 


Nonbiodegradable plastics are a particular prob- 
lem, because they take up so much room in landfills or 
require special handling at waste incinerators. Most 
plastics are petroleum-based, meaning they are made 
from oil and other petroleum products. Until recently, 
plastics were nonbiodegradable. Today, however, var- 
ious techniques for producing biodegradable plastics 
are being explored, developed, and marketed. In some 
cases, organic compounds like sugar, cornstarch, silk, 
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and bamboo are being incorporated into the plastic 
production process. While this allows large pieces 
of plastic to break down into smaller units, on a 
molecular level many of these plastics remain nonbio- 
degradable. Other researchers have come up with 
nonpetroleum based plastics, using bioengineered 
organisms such as bacteria to produce plastic. In 
some cases, enzymes produced by the same organism 
can be used to break down the biologically produced 
plastic. Currently, these plastics are expensive to pro- 
duce, but as the technology becomes more readily 
available, they are likely to become much more 
common. 


Governments and industries have taken various 
measures to replace nonbiodegradable materials with 
those that will degrade or decompose. For example, 
the plastic rings that bind six-packs of soda and beer 
are required by law to be biodegradable in Oregon and 
Alaska. Italy has banned all nonbiodegradable plas- 
tics. The packaging industry continues to experiment 
with biodegradable packaging for food and fast food. 
Several coalitions have been formed to address biode- 
gradable products in the oil and plastics industries, 
and to evaluate the benefits of recycling stable but 
nonbiodegradable materials versus developing biode- 
gradable substances that may be costly for both indus- 
try and the consumer. 


The Council for Solid Waste Solutions and the 
Council on Plastics and Packaging in the Environment 
are action groups led by industry. Environmental 
groups like Keep America Beautiful also advocate 
recycling out of concern that biodegradability tells 
consumers littering is acceptable, but really, toxic 
chemicals that may leach out of biodegradable 
substances can poison groundwater. Grain growers 
and processors strongly favor biodegradable plastics 
because in some cases, cornstarch is used to replace 
some of the plastic resin during manufacture. 


Successful moves toward biodegradable substan- 
ces have been made in some markets. Europeans have 
used degradable plastic shopping bags as mulch to 
cover new crops since 1975. Lawn bags that degrade 
benefit the composting business because nonbiode- 
gradable bags have to be removed before yard waste 
can be composted. In landfills, where bagged yard 
waste occupies approximately 20% of the space, 
decomposing waste and degradable bags produce 
methane gas that can be recovered and sold for 
power generation. Marine and coastal environments 
can benefit from the use of biodegradable plastics in 
the fishing and boating industries; public outrage over 
the killing of dolphins, game fish, whales, and sea 
turtles fuels interest in these industries. In fact, the 
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public is ultimately the driving force behind the devel- 
opment of biodegradable substances because litter on 
beaches, roadsides, and parks is an eyesore with appa- 
rent potential to harm the environment. 


See also Aerobic; Hazardous wastes; Landfill; 
Waste management. 


tl Biodiversity 


Biodiversity is the total richness of biological var- 
iation. The scope of biodiversity is usually considered 
to range from the genetic variation of individual 
organisms within and among populations of a species, 
to different species occurring together in ecological 
communities. Biodiversity ranges from local to 
regional, state or provincial, national, continental, 
and ultimately to global. 


Biodiversity at all scales is severely threatened by 
human activities; this is one of the most important 
aspects of the global environmental crisis. Humans 
have already caused permanent losses of biodiversity 
through the extinction of many species and extensive 
losses of distinctive, natural ecosystems. Ecologists 
predict that unless there are substantial changes in 
the ways that humans affect ecosystems, there will be 
much larger losses of biodiversity in the near future. 


Species richness of the biosphere 


About 1.7 million of Earth’s species have been 
identified and designated with a scientific name. 
About 5% of the identified species live in boreal or 
polar latitudes, about 60% in the temperate zones, and 
the remaining 35% in the tropics. However, the 
knowledge of Earth’s species is highly incomplete, 
especially for tropical countries. According to some 
estimates, there could be as many as 30-50 million 
species on Earth, with 90% of them occurring in trop- 
ical ecosystems. Tropical ecosystems are much richer 
in species than are those at higher latitudes. 


Most of the described species on Earth are inver- 
tebrates, particularly insects, and most of the insects 
are beetles (order Coleoptera). Some biologists believe 
that beetles account for most of the undescribed trop- 
ical insects. 


Studies conducted in tropical rainforest indicate 
that beetles account for most of the insect species and 
that most of the beetles have a local distribution and 
are found nowhere else. For example, the tree Luehea 
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seemanii, has more than 1,100 species of beetle in its 
canopy, of which 15% are specific to that plant. The 
emerging conclusion from this and other descriptive 
research is that there is an enormous abundance of 
undescribed species of insects and other invertebrates 
living in tropical forests. 


Compared with invertebrates, the numbers of spe- 
cies (that is, the species richness) of other groups of 
tropical-forest organisms are better known. Although 
it is extremely difficult to do so, the numbers of species 
of vascular plants have been described for a few trop- 
ical forests. For example: a plot of only 0.0004 sq mi 
(0.1 ha) in a moist forest in Ecuador had 365 species of 
vascular plants; there were 98 species of large trees in 
0.006 sq mi (1.5 ha) of forest in Sarawak, Malaysia; 
there were 90 tree species in 0.0032 sq mi (0.8 ha) of 
forest in Papua New Guinea; 742 woody species 
occurred in 0.012 sq mi (3 ha) of forest in Sarawak, 
with 50% of the species recorded as single individuals; 
and more than 300 species of woody plants were dis- 
covered on a 2-sq mi (50-ha) area of forest in Panama. 
These tropical forests are much richer than temperate 
forests, stands of which typically support fewer than 
12-15 species of trees. The Great Smokey Mountains 
of the eastern United States have some of the richest 
temperate forests in the world, and they typically con- 
tain 30-35 species, far fewer than tropical rainforests. 


It is extraordinarily difficult to determine the 
numbers of birds in tropical forest because the dense 
foliage and darkness of the understory make it incon- 
venient to see small animals, even if they are brightly 
colored. Asa result, few studies have been made of the 
birds of tropical rainforest. However, one study in 
Peru discovered 245 resident and 74 transient species 
in 0.4 sq mi (97 ha) of Amazonian forest. Another 
study of rainforest in French Guiana recorded 239 
species of birds, and another found 151 species in a 
forest in Sumatra. In comparison, stands of temperate 
forest in North America typically support only 15-30 
species of birds. 


Almost no systematic surveys have been made of 
all of the species of tropical ecosystems. In one case, a 
42 sq mi (108 sq km) reserve of dry forest in Costa Rica 
was estimated to support about 700 plant species, 400 
vertebrate species, and 13,000 species of insects, 
including 3,140 species of moths and butterflies. 


Why is biodiversity important? 


Biodiversity is valuable for a number of reasons. 
Firstly, biodiversity has its own intrinsic value, regard- 
less of its worth in terms of human needs. Because of 
its intrinsic merit, there are ethical considerations to 
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any degradation of biodiversity. For example, do 
humans have the “right” to diminish or exterminate 
elements of biodiversity, all of which are unique and 
irretrievable? Is the human existence itself diminished 
by losses of biodiversity? Ethical issues cannot be 
resolved through science, but enlightened people 
would mourn any loss of species, or of natural 
ecosystems. 


Secondly, humans have an absolute requirement 
for the products of other species. Because of this need, 
wild and domesticated species and their communities 
are exploited in many ways to provide food, materials, 
energy, and other goods and services. This fact can be 
illustrated in many ways. In the United States, for 
example, about one-quarter of prescription drugs 
have active ingredients obtained from higher plants, 
and these uses contribute about $14 billion per year to 
the U.S. economy, and $40 billion per year worldwide. 
Potentially, harvests of biodiversity can be conducted 
in ways that foster their renewal. Unfortunately, 
potentially renewable biodiversity resources are often 
harvested too intensively or inadequate attention is 
paid to regeneration, so the resource is degraded or 
becomes extinct. 


Thirdly, biodiversity provides many ecological 
services that are directly or indirectly important to 
human welfare. Examples of these services include 
biological productivity, nutrient cycling, cleaning 
water and air of pollutants, control of erosion, provi- 
sion of atmospheric oxygen, removal of carbon diox- 
ide, and other functions related to the integrity of 
ecosystems. 


There are many cases of the discovery, through 
research on previously unexploited plants and ani- 
mals, of bio-products useful to humans as food, med- 
icine, or for other purposes. Consider the case of the 
rosy periwinkle (Catharantus roseus), a small plant 
native to the tropical island of Madagascar. During 
an extensive screening of wild plants for anti-cancer 
chemicals, an extract of rosy periwinkle was observed 
to inhibit the growth of cancerous cells. The active 
biochemicals are several alkaloids in foliage of the 
plant, which probably serve to deter herbivores. 
These natural substances are now used to prepare the 
drugs vincristine and vinblastine, which can be suc- 
cessfully used to treat childhood leukemia and a lym- 
phatic cancer known as Hodgkin’s disease. In this 
case, a species of wild plant known only to a few 
botanists has proven to be of great benefit to humans 
by treating previously incurable diseases, in the proc- 
ess sustaining a large pharmaceutical economy. There 
is a tremendous undiscovered wealth of other 
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biological products useful to humans in unexplored 
biodiversity. 


Biodiversity and extinction 


Extinction refers to the loss of some species or 
other taxonomic unit (e.g., subspecies, genus, family, 
etc.; each is known as a taxon), occurring over all of its 
range on Earth. The extinction of any species is an 
irrevocable loss of part of the biological richness of 
Earth, the only place in the universe known to support 
living creatures. Extinction can be a natural occur- 
rence caused by an unpredictable catastrophe, chronic 
environmental stress, or ecological interactions such 
as competition, disease, or predation. However, there 
have been dramatic increases in extinction rates since 
humans have become Earth’s dominant large animal 
and the cause of global environmental change. 


Extinction has always occurred naturally. Almost 
all species that have ever lived on Earth have become 
extinct. Perhaps they could not cope with changes 
occurring in their environment, such as climate 
changes, the intensity of predation, or disease. 
Alternatively, many extinctions may have occurred 
simultaneously as a result of unpredictable catastro- 
phes. From the geological record it is known that 
species, families, and even phyla have appeared and 
disappeared over time. For example, numerous phyla 
of invertebrates proliferated during an evolutionary 
radiation occurring at the beginning of the Cambrian 
era about 570 million years ago, but most of these 
animals are now extinct. The 15-20 extinct phyla 
from that period are known from the Burgess Shale 
of British Columbia, and they represent unique 
experiments in invertebrate form and function. 
Similarly, entire divisions of plants have appeared, 
radiated, and disappeared, such as the seed ferns 
Pteridospermales, the cycad-like Cycadeoidea, and 
woody plants known as Cordaites. Of the 12 orders 
within the class Reptilia, only three survive today: 
crocodilians, turtles, and snakes/lizards. Clearly, the 
fossil record displays a great deal of evidence of natu- 
ral extinctions. 


Overall, the geological record suggests that there 
have been long periods of time characterized by uni- 
form rates of extinction, but punctuated by about nine 
catastrophic episodes of mass extinction. The most 
intense extinction event occurred at the end of the 
Permian period some 245 million years ago, when 
54% of marine families, 84% of genera, and 96% of 
species are estimated to have become extinct. 


Another famous, apparently synchronous, extinc- 
tion of vertebrate animals occurred about 65 million 
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KEY TERMS 


Binomial—The scientific name of organisms con- 
sists of two words, and is therefore a binomial. 
Humans, for example, are named Homo sapiens, 
which designates our genus as Homo, and our spe- 
cies within that genus as sapiens. Binomials are 
always latinized words, and are written in italics, or 
underlined. 


Endangerment—Refers to a situation in which a spe- 
cies is vulnerable to extinction or extirpation. 


Endemic—Refers to species with a relatively local 
distribution, sometimes occurring as small popula- 
tions confined to a single place, such as an oceanic 
island. Endemic species are more vulnerable to 
extinction than are more widespread species. 


years ago at the end of the Cretaceous period. The 
most renowned extinctions were of the last of the 
reptilian dinosaurs and pterosaurs, but many plants 
and invertebrates also became extinct at that time. In 
total, perhaps 76% of species and 47% of genera 
became extinct in the end-of-Cretaceous crisis. One 
hypothesis to explain the cause of this mass extinction 
involves a meteorite impacting the Earth, causing huge 
quantities of fine dust to be spewed into the atmos- 
phere, and resulting in a climatic deterioration that 
most large animals could not tolerate. However, 
some scientists believe that the extinctions of the last 
dinosaurs were more gradual. 


However, humans have been responsible for 
almost all of Earth’s recent extinctions. These extinc- 
tions are occurring so quickly that they represent a 
modern mass extinction of similar intensity to those 
documented in the geological record. Examples of 
recent extinctions caused by humans include such 
well-known cases as the dodo, passenger pigeon, and 
great auk. Many other high-profile species have been 
taken to the brink of extinction, including the plains 
bison, whooping crane, right whale, and other marine 
mammals. These losses have been caused by insatiable 
overhunting and intense disturbance or conversion of 
natural habitats. 


Beyond these well-known and tragic cases involv- 
ing large animals, Earth’s biodiversity is experiencing 
an even larger loss. This ruin is mostly being caused 
by extensive conversions of tropical ecosystems, par- 
ticularly rainforest, into agricultural habitats that sus- 
tain few of the original species. As was described 
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Extinction—The condition in which all members of 
a group of organisms have ceased to exist. 
Extirpation means that a species no longer occurs 
ina place or country, although it survives elsewhere. 


Species diversity—An indicator of biodiversity at the 
community level, which accommodates both the 
number of species present (i.e., richness) and their 
relative abundance. Ecologists consider species 
diversity to be a good indicator of biodiversity within 
communities, because it accommodates differences 
amongst species in rarity and commonness. 


Species richness—The number of species occurring 
ina community, a landscape, or some other defined 
area. 


previously, tropical ecosystems sustain extremely 
large numbers of species, most of which have restricted 
distributions. The conversion of tropical forest into 
other habitats inevitably causes the loss of most of 
the locally endemic biota. This is a great tragedy, and 
the lost species will never occur again. 


The increased rate of extinction and endanger- 
ment of biodiversity during the past several centuries 
is best documented for vertebrates because, as noted 
previously, most invertebrate species, particularly 
insects, have not yet been described by scientists. 
During the last four centuries there have been more 
than 700 known extinctions globally, including about 
100 species of mammals and 160 species of birds, all 
because of human influences. 


Protection of endangered biodiversity 


Biodiversity can be protected in ecological 
reserves, protected areas established for the conserva- 
tion of natural values, usually the known habitat of 
endangered species, threatened ecosystems, or repre- 
sentative examples of widespread communities. The 
World Conservation Union, World Resources 
Institute, and United Nations Environment Program 
are three important agencies whose mandates center 
on the conservation of the world’s biodiversity. These 
agencies have developed the Global Biodiversity 
Strategy, an international program to help protect 
biodiversity. The broad objectives are to preserve bio- 
diversity, maintain Earth’s ecological processes and 
life-support systems, and ensure that biodiversity 
resources are used in a sustainable manner. As such, 
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the Global Biodiversity Strategy is a mechanism by 
which countries and peoples can initiate meaningful 
actions to protect biodiversity for the benefit of 
present and future generations of people, and also 
for its intrinsic value. 


See also Biological community; Ecosystem. 
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l Bioenergy 


Bioenergy is energy derived using organic mate- 
rial, especially plant matter, as fuel. Biomass, the feed- 
stock material burned or processed to produce 
bioenergy, has been an energy source for as long as 
humans have used wood fires to warm themselves and 
cook food. Wood is still the most commonly used 
biomass fuel. In some developing countries, crop and 
logging residues, and a dried mixture of straw and 
animal dung are also common biomass fuels. Unlike 
most other sources of energy, biomass is a potentially 
renewable resource. 


Technically, bioenergy sources also include coal, 
petroleum, and natural gas, because these fossil fuels 
are derived from ancient plant biomass laid down in 
early geologic ages. However, these are nonrenewable 
sources of energy and by convention are omitted when 
discussing bioenergy. In fact, the big advantage of 
bioenergy is that its use reduces the use of such non- 
renewable energy sources. 


Primary ways of using bioenergy 


There are three major ways in which the energy in 
plants is utilized: direct burning, conversion to gas, 
and conversion to alcohol. 
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Direct burning 


Biomass materials can be burned directly as fuel, 
as when wood logs are put on a fire. A major environ- 
mental problem in many developing countries is that 
forests are disappearing as people use up nearby trees 
as fuel for cooking. Without a forest cover to hold soil, 
the land can erode and become unproductive, making 
it difficult to raise crops or regenerate another forest. 
Deforestation has contributed to severe environmen- 
tal damage, including widespread famine, in large 
regions of Africa and elsewhere. The direct burning 
of biomass also releases many of the same pollutants 
into the air as does the burning of fossil fuels. 


Less damaging than deforestation of natural for- 
est is the use of biomass grown specifically for that 
purpose. As fossil fuel resources become scarce, such 
bioenergy crops will undoubtedly be much more 
important sources of energy in the future. The organic 
material in municipal and industrial solid waste is also 
a biomass fuel, and can be combusted in “waste-to- 
energy” incinerators, which generate electricity for 
local use. 


Conversion to gas 


Biomass can also be converted into methane gas, 
also called biogas, which can be burned as a source of 
energy. When bacteria digest organic materials in the 
absence of oxygen (anaerobic digestion), the gas pro- 
duced is about two-thirds methane, CHy, the main 
component in natural gas. Methane is also produced 
in landfills as organic waste is digested anaerobically. 
The gas can be collected and piped out of landfills and 
used as a fuel. Biogas can also be obtained from the 
anaerobic digestion of sewage sludge. 


In China, many farmers use small closed pits as 
anaerobic digesters. Agricultural waste and sewage is 
placed in the pit, and the biogas given off is used as a 
fuel for cooking. On a larger scale, some dairy farmers 
in the United States have begun to produce biogas 
from cow manure. The gas is used to run electrical 
generators. In addition, the heat given off by the gen- 
erators can be fed back into the manure digesters to 
speed up the process, as well as into the barns for space 
heating. 


Conversion to alcohol 


About one-fourth of all energy use in the United 
States is for transportation. Biomass can be converted 
by microbial fermentation into liquid alcohol, which 
can be used to fuel vehicle engines. The fermentation is 
essentially the same natural process that has been used 
to make alcoholic beverages since civilization began: 
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yeast feeds on sugars and starches in the plant bio- 
mass, producing ethyl alcohol, or ethanol, (C,H,O; 
also written as CH;CH,OH). A ratio of | part ethanol 
to 9 parts gasoline is used to produce a fuel that can be 
burned in a standard automobile engine. Ethanol has 
a higher octane rating and produces less carbon mon- 
oxide than gasoline. Brazil, which makes ethanol from 
sugarcane, has many cars that run this on mixture. An 
alternative fuel called E85, a mixture of 85% ethanol 
and 15% gasoline can also be used in modified internal 
combustion engines. 


Most ethanol in the United States has been by a 
fermentation of corn and sorghum grain. This can be 
done in the U.S., where there is an excess of farmland, 
but in most countries the agricultural land is needed to 
grow food. To solve this problem, researchers are 
trying to convert cornstalks, instead of grain, into 
ethanol. The industrial fermentation results in some 
emissions of pollutants to the atmosphere from the 
fossil fuel used in the distillation process. However, 
burning ethanol in vehicles can reduce the amount of 
carbon monoxide emitted. 


Fermented organic material also gives off carbon 
monoxide and hydrogen, which can be heated in the 
presence of a catalyst to synthesize a poisonous but 
energy-efficient alcohol called methanol, or wood alco- 
hol (CH,O or CH30H). Methanol can also be substi- 
tuted for gasoline in motor vehicles and other 
machinery. However, compared with ethanol, the pro- 
duction of methanol is less efficient and its wider use as 
a fuel is not yet commercially realistic. Also, burning 
methanol produces toxic formaldehyde, although this 
could be controlled by pollution control equipment on 
vehicles. 


Biomass sources 


There are four major sources of biomass: agricul- 
tural and forestry residues, municipal solid waste, 
industrial waste, and specifically grown bioenergy 
crops. 


Agricultural and forest residues 


In some respects, converting crop-quality biomass 
to energy is a dubious strategy. It is less efficient to 
produce biofuel than food on Earth’s limited arable 
land. However, many people in developing countries 
use crop residues and woody debris left after logging 
as a fuel source. Although they may seem a viable 
energy resource, crop and forest residues are often 
parts of plants containing high concentrations of 
nutrients. If the residues are harvested as biofuel, the 
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nutrients are lost to the field or forest, and synthetic 
chemical fertilizers may have to be applied later. 
However, burning secondary wastes from processing, 
such as rice hulls, sawdust, or paper sludge, is an 
efficient use of material that might otherwise have 
been wasted. 


Municipal solid waste 


Municipal solid waste (MSW), much of which is 
organic, is being incinerated in some cities both as a 
means of keeping the waste out of landfills, and also as 
a way to acquire relatively inexpensive fuel to generate 
electrical power. On average, burning one ton of typ- 
ical MSW produces as much heat as one barrel of oil. 


However, unexpected problems can arise when 
cities do such a good job of recycling that not enough 
high-energy organic waste is available for the waste- 
to-energy incinerator. Plastics, for example, are a 
high-energy waste that can be efficiently recycled, 
while food waste can be composted. Another problem 
is that the content of MSW is usually not known. It 
often contains materials that after incineration can 
send toxic pollutants into the air, or that make the 
final residue toxic, so it must be treated as hazardous 
waste. 


Industrial waste 


Some industrial wastes are a good source of bio- 
energy, especially if its use involves a cogeneration 
facility. Cogeneration is the use of heat or material 
left over from manufacturing, often in combination 
with a conventional fuel such as oil, to produce elec- 
tricity. The electricity can be used to run the factory, 
with any power left over put into the regional trans- 
mission grid. The U.S. pulp and paper industry satis- 
fies about 8% of its energy needs by the cogeneration 
of wood waste. In south Florida’s Palm Beach 
County, an extremely large cogeneration facility pro- 
duces enough electricity to power 46,000 homes. It 
burns bagasse, a byproduct of milling sugar plus 
wood waste obtained from building and demolition 
firms. 


Bioenergy crops 


Wood and other high-biomass crops can be grown 
specifically for use as bioenergy sources. Growing 
annual crops such as corn may not be efficient enough 
in the long run for this purpose; too much labor and 
energy are required to grow these annual plants. 
However, perennial grasses such as switchgrass can 
be cultivated more efficiently. Grass biomass can 
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KEY TERMS 


Biogas—Methane derived from the anaerobic diges- 
tion of biomass. 


Biomass—Any biological material used to produce 
energy. 


Cogeneration—The generation of electricity from 
the heat derived as a “waste” from an industrial 
process. The electricity generated is used to carry 
out the industrial processes. 


Digester—A sealed, enclosed volume in which anae- 
robic digestion of biological material is carried out. 


Emission—Any byproduct of combustion, especially 
from industrial processes and vehicle engines. 


Fermentation—A process by which complex organic 
molecules are enzymatically broken down to simpler 
molecules. For example, in alcohol fermentation glu- 
cose is reduced to ethyl alcohol and carbon dioxide. 


be compressed into dense pellets, and efficiently trans- 
ported and burned in this form. Woody crops, such as 
high-yield hybrid poplar trees, can be grown on plan- 
tations with the biomass harvested on a 3-to-10-year 
cycle, and then regenerated from stump sprouts. New 
trees might have to be replanted every 15-20 years. 


The best biomass crops grow fast, use nutrients 
and water efficiently, grow densely, are hardy, are 
perennial, and regenerate easily after harvesting. 
Ideally, they would also have nitrogen-fixing capabil- 
ity, which would limit the need for fertilizer applica- 
tion. In the future, bioengineering may increase the 
nitrogen-fixing capability of certain plants and 
increase their rate of productivity. Bioengineering 
has already improved the bioenergy qualities of such 
trees as black cottonwood and hybrid poplar. Other 
trees with good potential as bioenergy sources include 
eucalyptus, sweetgum, and black locust. 


Advantages and disadvantages of bioenergy 


Although burning or converting biomass does not 
fully relieve pollution of the atmosphere, it does have 
several major benefits. In many regions, biomass is 
more reliable than solar or wind energy. This is 
because the energy in plants is captured and stored, 
while in solar and wind energy this must be done by 
manufactured technology. Another advantage of 
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Methane—A biogas resulting from the anaerobic 
digestion of organic matter by bacteria; CH4. 


Methanol—Methy| alcohol, or CH4O (also written 
CH3OH). 


Municipal solid waste—The entire waste of a munic- 
ipality, its homes, and businesses, but not including 
those of industry or sewage; also called MSW. 


Octane—A number indicating the ability of a petro- 
leum compound to burn smoothly in an engine, 
rather than with power-losing explosions. The 
higher the octane number, the smoother the engine 
burns. 


Organic—Refers to material made of the material of 
organisms. In pure chemistry, however, organic 
refers to compounds that include carbon, whether 
or not they are biological in origin. 


bioenergy is that it can be produced using organic 
waste material that might otherwise be discarded; 
this saves the environmental and economic costs of 
their disposal. Used in mass quantities, bioenergy 
could boost the economy of any nation that must 
now import fossil fuels. If crops grown for their bio- 
mass increase the biomass of growing plants on the 
planet, this would reduce the amount of carbon diox- 
ide in the atmosphere. Perhaps the most significant 
advantage of bioenergy is that it is a potentially renew- 
able natural resource that would help supply energy 
needs indefinitely. 


There are, however, some disadvantages to using 
bioenergy. Biomass has a smaller energy content for 
its bulk than fossil fuels. Therefore the labor, trans- 
portation, and storage costs are higher. Water and 
nutrients, which are in short supply in many areas, 
must be used to grow biomass crops. 


Perhaps the major difficulty with bioenergy, how- 
ever, is the same problem that has arisen with recy- 
cling. People will not demand bioenergy until there is a 
considerable cost saving in doing so, but there will not 
be much savings until there is a much larger demand 
for bioenergy, or the nonrenewable sources become 
significantly more expensive. 


See also Alternative energy sources; Hazardous 
wastes; Hydrocarbon; Landfill. 
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| Biofeedback 


Biofeedback is a means by which a person can 
mentally influence a natural physiologic process that 
may or may not be consciously regulated under nor- 
mal conditions. This could include lowering blood 
pressure, regulating the heart rate, or influencing the 
skin temperature. 


Deliberate control of bodily functions is not a new 
accomplishment. Many historical accounts exist of 
Indian yogis who controlled their body temperature 
with such precision that they could make the palm of 
one hand warmer or cooler on one side than the other. 
Biofeedback also played a role in the performances of 
the famous escape artist Harry Houdini who con- 
sciously suppressed his gag reflex to suspend a key in 
his throat so as to regurgitate it later to unlock his 
elaborate bindings. 


Development of modern biofeedback 
methods 


As a form of therapy, biofeedback is a relatively 
recent development that has begun to gain acceptance 
among some members of the medical community. 
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Research in the topic began in the 1960s, and by the 
end of the decade a number of research projects had 
demonstrated its effectiveness. In particular, the 
research of Neal Miller of Yale University demon- 
strated that rats could be trained to alter their heart 
rate and brain activity in response to stimulation of the 
region of the brain responsible for sensations of pleas- 
ure. His work refuted the previously held view that 
that physiologic processes not usually under conscious 
control and so could not be consciously influenced. 


During the 1970s biofeedback developed a devout 
following and as a result an entire industry was created 
for the manufacture and marketing of the instruments 
used to measure biofeedback alterations and alpha 
rhythms in the brain. Alpha rhythms are electrical 
waves formed by the brain at the rate of 8-13 cycles 
per second. Because they are associated with the state 
of meditation attained by practitioners of yoga or 
transcendental meditation, they were accepted as the 
optimal state of biofeedback. Instruments to detect 
and measure alpha rhythms soon became readily 
available. 


Biofeedback training 


Biofeedback training must begin with an auditory 
or visual signal to measure the activity of the organ 
being influenced and to indicate any changes that take 
place in it. Heart rate, for example, can be signaled by 
a beeping sound that occurs with each heartbeat. A 
subject can detect any increase or decrease in the num- 
ber of heartbeats per minute by the increasing or 
decreasing rapidity of the beeping. A visual signal 
also could be devised—for example, spikes in a hori- 
zontal line that appear closer together or farther apart 
as the heartbeat changes. The ultimate objective is to 
develop a such a high level of consciousness that such 
changes can be determined without the signal device. 


Biofeedback can be separated into three processes 
or steps. The first involves detecting the biological 
process being measured and amplifying it so as to be 
seen or heard. The second step is to convert the elec- 
trical signal into an easily understood form from 
which its alterations can be read. The third step is to 
make this signal available to the subject as soon as 
possible after the event being measured has occurred. 


Uses of biofeedback 


Clinical applications for biofeedback include the 
control of blood pressure for patients with hyperten- 
sion, relief or control of migraine headaches, easing of 
muscle cramps, and relief of insomnia. 
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Biofeedback training begins with the basic control 
of heart rate or other readily accessible and control- 
lable functions. The subject is provided an auditory or 
visual signal at first and is gradually weaned from it as 
he becomes more skillful at the practice. Once the 
basic skill has been learned he or she can then shift 
concentration to a specific problem. Ideally, patients 
will continue to practice biofeedback techniques and 
so increase their effectiveness over time. 


Biofeedback has gained acceptance in the United 
States as its clinical use has increased. Most major 
cities have a biofeedback association, and practi- 
tioners can be certified by a national certification 
institute. Certification standards are rigorous to 
assure that the practitioner has a thorough under- 
standing of physiology and psychology to better 
apply the methodology. 


See also Alternative medicine. 


Resources 
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Larry Blaser 


l Biofilms 


A biofilm is a population of bacteria, algae, yeast, 
or fungi that is growing attached to a surface. The 
surface can be living or nonliving. Examples of living 
surfaces where biofilms may grow include the teeth, 
gums, and the cells that line the intestinal and vaginal 
tracts. Examples of nonliving surfaces include rocks in 
watercourses, and implanted medical devices such as 
catheters. 


Rudimentary knowledge of the presence of bio- 
films has been known for centuries. For example, the 
bacterium Acetobacter aceti attached to wood chips 
has been used to manufacture vinegar since the nine- 
teenth century. Despite this history, biofilms were 
viewed as more of a curiosity until the 1980s. Indeed, 
much of what is known about microorganisms and 
about specific areas such as bacterial antibiotic 
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resistance has resulted from the use of bacteria grow- 
ing as floating (planktonic) populations in liquid 
growth sources. 


Beginning in the 1980s, evidence accumulated that 
has led to the recognition that the floating form of 
bacterial growth is artificial, and that the biofilm form 
of growth is the natural and preferred mode of growth 
for microbes. Now, it is accepted that virtually every 
surface that comes into contact with microorganisms 
is capable of sustaining biofilm formation. 


Much of what is known about biofilms has come 
from the study of bacteria. Typically, the biofilm 
studied in the laboratory consists of one bacterial 
type. Observation of only one growing bacteria 
makes study of the formation and behavior of the 
biofilm easier to accomplish. In a natural setting, how- 
ever, a biofilm is often comprised of a variety of bac- 
teria. Dental plaque is a good example. Hundreds of 
species of bacteria can be present in the biofilm that 
forms on the surface of the teeth and gums. 


The formation of a biofilm begins when floating 
bacteria encounter a surface. Attachment can occur 
nonspecifically or specifically. Specific attachment 
involves the recognition of a surface molecule by 
another molecule on the surface of the microorganism. 
Bacterial attachment can be aided by appendages such 
as flagella, cilia, or the holdfast of Caulobacter 
crescentus. 


Attachment is followed by a more long-lasting 
association with the surface. For bacteria, this associ- 
ation involves structural and genetic changes. Genes 
are expressed following surface attachment. A partic- 
ularly distinctive result of this preferential genetic 
activity is the production of a large amount of a sugary 
material known as the glycocalyx or the exopolysac- 
charide. The sugar layer buries the bacterial popula- 
tion, creating the biofilm. 


As times passes, a biofilm can become thicker. An 
older, more mature, biofilm differs from a younger 
biofilm. Studies using instruments that can probe 
into a biofilm without physically disturbing its struc- 
ture have demonstrated that the bacteria deeper 
within a biofilm stop producing the expopolysacchar- 
ide and slow their growth rate to become almost dor- 
mant. In contrast, the bacteria at the edge of the 
biofilm grow faster and produce large amounts of 
exopolysaccharide. These activities occur at the same 
time and indeed are coordinated. The bacteria can 
chemically communicate with one another. This phe- 
nomenon, which is called quorum sensing, allows a 
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biofilm to grow and encourages bacteria to leave a 
biofilm and form new biofilms elsewhere. 


Another difference in biofilms that develop over 
time concerns their three-dimensional structure. A 
young biofilm is fairly uniform in structure, with the 
bacteria arranged evenly throughout the biofilm. In 
contrast, a well-established biofilm consists of bacteria 
clustered together in microcolonies, with surrounding 
regions of exopolysaccharide and open channels of 
water that allow food to easily reach the bacteria and 
waste material to easily pass out of the biofilm. 


Bacterial biofilms are important in the establish- 
ment and treatment of infections. Within the biofilm, 
bacteria are very resistant to chemicals like antibiotics 
that would otherwise kill the bacteria. Antibiotic 
resistant biofilms occur on inert surfaces such as arti- 
ficial heart valves and urinary catheters, and on living 
surfaces, such as gallstones and in the lungs of those 
afflicted with cystic fibrosis. In cystic fibrosis, the bio- 
film formed by bacteria, mainly Pseudomonas aerugi- 
nosa, protects the bacteria from the host’s immune 
system. The immune response may persist for years, 
which irritates and damages the lung tissue. 


Research has established that the interior of a bac- 
terial biofilm involves chemical communication between 
individual bacteria that aids in coordinating the develop- 
ment of the biofilm and the sloughing off of peripheral 
bacteria, which settle on more remote surfaces to form a 
new biofilm. Knowledge of these chemical signals may 
help retard or even prevent the formation of biofilms in 
cystic fibrosis and other diseases and infections. 


Resources 


BOOKS 

Ghannoum, Mahmoud and George A. O’Toole. Microbial 
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| Bioinformatics and 


computational biology 


Bioinformatics, or computational biology, refers to 
the development of new database methods to store geno- 
mic information, computational software programs, 
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and methods to extract, process and evaluate this 
information, and the refinement of existing techniques 
to acquire the genomic data. Finding genes and deter- 
mining their function, predicting the structure of pro- 
teins and RNA (ribonucleic acid) sequences from the 
available DNA (deoxyribonucleic acid) sequence, and 
determining the evolutionary relationship of proteins 
and DNA sequences are also part of bioinformatics. 


The genome sequences of some bacteria, yeast, a 
nematode, the fruit fly Drosophila, and several plants 
have been obtained in the recent past, with many more 
sequences having been completed or nearing comple- 
tion. Although work continues in order to refine the 
data, the initial sequencing (a rough draft) of the 
human genome was completed in 2000. It was 
announced in April 2003 that the complete genome 
sequence was completed. In May 2006, the sequence of 
the last chromosome was published in the journal 
Nature. Although publicly stated that the Human 
Genome Project has been completed, work continues. 
As of 2005, the number of genes in the human genome 
was re-stated as 20,000 to 25,000, down from the 
estimated number of 30,000 to 40,000. Experts predict 
that it will take geneticists several more years before a 
precise number can be given. 


In addition, to this accumulation of nucleotide 
sequence data, elucidation of the three-dimensional 
structure of proteins coded for by the genes has been 
accelerating. The result is a vast ever-increasing amount 
of databases and genetic information. The efficient and 
productive use of this information requires the special- 
ized computational techniques and software. Bioinfor- 
matics has developed and grown from the need to 
extract and analyze the reams of information pertain- 
ing to genomic information like nucleotide sequences 
and protein structure. 


Bioinformatics utilizes statistical analysis, step- 
wise computational analysis and database manage- 
ment tools in order to search databases of DNA or 
protein sequences to filter out background from useful 
data and enable comparison of data from diverse data- 
bases. This sort of analysis is ongoing. The exploding 
number of databases, and the various experimental 
methods used to acquire the data, can make compar- 
isons tedious to achieve. However, the benefits can be 
enormous. The immense size and network of biolog- 
ical databases provides a resource to answer biological 
questions about mapping, gene expression patterns, 
molecular modeling, molecular evolution, and to 
assist in the structural-based design of therapeutic 
drugs. 
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Obtaining information is a multi-step process. 
Databases are examined, or browsed, by posing 
complex computational questions. Researchers who 
have derived a DNA or protein sequence can submit 
the sequence to public repositories of such informa- 
tion to see if there is a match or similarity with their 
sequence. If so, further analysis may reveal a putative 
structure for the protein coded for by the sequence as 
well as a putative function for that protein. Four 
primary databases, those containing one type of infor- 
mation (only DNA sequence data or only protein 
sequence data), currently available for these purposes 
are the European Molecular Biology DNA Sequence 
Database (EMBL), GenBank, SwissProt and the 
Protein Identification Resource (PIR). Secondary data- 
bases contain information derived from other data- 
bases. Specialist databases, or knowledge databases, 
are collections of sequence information, expert com- 
mentary, and reference literature. Finally, integrated 
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databases are collections (amalgamations) of primary 
and secondary databases. 


The area of bioinformatics concerned with the 
derivation of protein sequences makes it conceivable 
to predict three-dimensional structures of the protein 
molecules, by use of computer graphics and by com- 
parison with similar proteins, which have been 
obtained as a crystal. Knowledge of structure allows 
the site(s) critical for the function of the protein to be 
determined. Subsequently, drugs active against the site 
can be designed, or the protein can be utilized to 
enhance commercial production processes, such as in 
pharmaceutical bioinformatics. 


Bioinformatics also encompasses the field of com- 
parative genomics. This is the comparison of function- 
ally equivalent genes across species. A yeast gene is 
likely to have the same function as a worm protein 
with the same amino acid. Alternately, genes having 
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similar sequence may have divergent functions. Such 
similarities and differences will be revealed by the 
sequence information. Practically, such knowledge 
aids in the selection and design of genes to instill a 
specific function in a product to enhance its commer- 
cial appeal. 


The most widely known example of a bioinfor- 
matics driven endeavor is the Human Genome Project 
(HGP, which has been mentioned earlier). Charles 
DeLisi, who at the time was Director of the Health 
and Environmental Research Programs, under the 
U.S. Department of Energy (DOE), began the HGP 
in 1986. The project was formally established in the 
United States in 1990 as a joint project of the DOE and 
the U.S. National Institutes of Health. International 
cooperation occurred among geneticist from the 
United States, Japan, Germany, France, and the 
United Kingdom. Work related to the Human 
Genome Project has allowed dramatic improvements 
worldwide in molecular biological techniques and 
improved computational tools for studying genomic 
function. 


See also Chromosome mapping; Deoxyribonu- 
cleic acid (DNA); Genetic engineering; Genetic 
testing; Genome; Molecular biology; Proteomics; 
Ribonucleic acid (RNA). 


I Biological and biomimetic 


systems 


Animals depend on a variety of adaptations and 
behaviors for reacting to their environment including 
locomotion, navigation, and the compilation of sen- 
sory input into recognizable patterns. The success of 
these various behaviors is determined by an animal’s 
fitness, which is defined in evolutionary terms as the 
number of offspring that live to reach reproductive 
age. Among other effects, these adaptations and 
behaviors may increase the amount of food an animal 
forages; increase the number of mates an animal has; 
or decrease the number of predators an animal 
encounters. These strategies, which animals have 
developed through evolutionary pressures, are ideal 
for incorporation into military systems that navigate, 
maneuver, sense, analyze, and respond to complex 
environments. 


The Defense Advance Research Projects Agency 
(DARPA) of the United States government supports a 
program called Controlled Biological and Biomimetic 
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Systems, whose goal is to incorporate biological evolu- 
tionary strategies into new animals or robots that can 
detect and report the presence of environmental dan- 
gers. Some of the applications of the program include 
developing the capability for mapping the concentra- 
tion and distribution of toxins within the air, land or 
water in real time; gathering information on environ- 
mental conditions in inaccessible locations or using 
biological organisms to make the environment more 
hospitable for troops. The program’s aims are entirely 
defensive. Both private corporations and public labo- 
ratories and institutions have been awarded grants 
within the program. 


There are currently three major thrusts of research 
in the Controlled Biological and Biomimetics Systems 
program. The goal of the vivisystems program is to 
exploit live animals, in particular insects, as sentinels 
for reporting on environmental dangers, including 
biological weapons. The hybrid biosystems program 
focuses on developing neural probes that can be used 
to extract sensory information from animals, in par- 
ticular insects. The objective of the biomimetics pro- 
gram is to synthesize the biomechanics, neural systems 
and materials found in organisms for the use in robotic 
systems. 


See also Microchip. 


Resources 


OTHER 

Defense Advanced Research Projects Agency, Defense 
Sciences Office <http://www.darpa.mil/dso/thrust/ 
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Controlled Biological Systems <http://www.darpa.mil/dso/ 
thrust/biosci/cbs/index.html.> (accessed October 18, 
2006) 


Judyth Sassoon 


tl Biological community 


A biological community is the ecological term 
describing all of the populations living and interacting 
within a particular geographic area. A population is 
defined as all of the members of a species living in a 
given area. A species refers to all organisms of the 
same kind that are potentially capable, under natural 
conditions, of breeding and producing fertile off- 
spring. The biological community together with their 
non-living or abiotic environment make up an ecosys- 
tem. A biological community can be a few mosquito 
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larvae, algal cells and bacteria living in a rain puddle 
or all of the predators, prey, plants, fungi and bacteria 
found in a rain forest in Australia. 


A biological community is a term used by ecolo- 
gists to organize relationships among organisms; the 
boundaries between biological communities are not 
precisely defined. Organisms may spend part of their 
lives as members of one biological community and 
part in another. An insect may fall into the lake and 
be eaten by a fish. Amphibians may leave a lake to 
hunt on shore. The cycling of water, nutrients, sedi- 
ment, and other abiotic factors are affected by inter- 
actions among members of biological communities. 
Worms aerate and erode soil which runs off the land 
and fertilizes the water. Plants use minerals from the 
soil and slow erosion. 


Ecological categorize biological communities in 
several ways. Productivity describes the amount of bio- 
mass produced by autotrophs, especially through pho- 
tosynthesis. A tropical rainforest or a Midwest cornfield 
usually have very high rates of productivity, while 
deserts and arctic tundra tend to be less productive. 


Trophic structure, the predator-prey relationships 
among organisms, is also used to describe biological 
communities. Trophic levels describe the position that 
an organism occupies in an ecological food chain. At 
the base of the food chain, primary producers are 
autotrophs that obtain energy from light or the energy 
stored in inorganic chemical bonds. In most biological 
communities plants that perform photosynthesis are 
the primary producers. The second trophic level is 
made up of primary consumers, which are the herbi- 
vores that eat plants. The third tropic level consists of 
secondary consumers, the carnivores who feed on her- 
bivores. Top carnivores are large, predators who 
occupy the highest trophic level. Scavengers (like vul- 
tures and hyenas) and decomposers (like fungi and 
bacteria) recycle dead organisms into inorganic 
compounds. 


The second law of thermodynamics maintains 
that energy is lost with each transfer between trophic 
levels within a biological community. This means that 
each successive trophic level generally has far fewer 
members than the prey on which they feed. Roughly, 
the biomass, or amount of biological material, found 
in any trophic level is only 10% of that of the previous 
level. Most biological communities are made up of 
many primary producers, but very few top predators. 


Biological communities are often described by the 
terms abundance, which is the total number of organ- 
isms in a biological community, and diversity, which is 
the number of different species in that community. 
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The arctic tundra of Alaska has vast clouds of insects, 
enormous flocks of migratory birds, and great herds of 
caribou mammals during the brief summer growing 
season. Thus, it has high abundance but very little 
diversity. The tropical rainforest, on the other hand, 
might have several thousand different tree species and 
an even larger number of insect species in only a few 
hectares, but there may be only a few individuals 
representing each of those species in that area. Thus, 
the forest could have extremely high diversity but low 
abundance of any particular species. The term com- 
plexity is a description of the variety of ecological 
processes or the number of ecological niches (ways of 
making a living) within a biological community. The 
tropical rainforest is likely to be highly complex, while 
the arctic tundra has relatively low complexity. 


Biological communities may undergo a series of 
developmental changes over time known as succes- 
sion. The first species to colonize a newly exposed 
surface, for example, are known as pioneers. In terres- 
trial environments, organisms such as lichens, grasses, 
and weedy flowering plants with a high tolerance for 
harsh conditions tend to fall in this category. Over 
time, the pioneers trap sediments, build soil, and retain 
moisture. They provide shelter and create conditions 
that allow other species like shrubs and small trees to 
grow. Larger plants accumulate soil faster than do 
pioneer species. They also provide shade, shelter, 
higher humidity, protection from sun and wind, and 
living space for organisms that could not survive on 
open ground. Eventually these successional processes 
result in a biological community very different from 
the one first established by the original pioneers. Some 
successions terminate in a climax community such as 
an oak forest or prairie grassland that are stable over 
long periods of time. Other ecosystems experience 
continuous disturbance and the biological community 
undergoes continuous change. For example, many 
chaparral regions are continuous subject to forest 
fires, clearing the way for successional changes on an 
almost continuous basis. 


Many biological communities that are relatively 
stable over long periods of time and are able to with- 
stand many kinds of disturbance and change are con- 
sidered resilient. An oak forest, for example, tends to 
remain an oak forest because the species that make it up 
tend to resist change. When an oak tree falls, others 
grow to replace it. Ecologists study the relationships 
between increased complexity and diversity and resil- 
ience in biological communities. Theoretical models sug- 
gest that a population of a few very hardy, weedy 
species, such as dandelions and box elder bugs, might 
be more resistant to change than a more highly 
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specialized and more diverse community such as a trop- 
ical forest. Recent empirical evidence suggests that in at 
least some communities, such as prairies, higher diver- 
sity does impart greater resistance to change and a better 
ability to repair damage after stress or disturbance. 


l Biological rhythms 


Biological rhythms are often referred to as bio- 
logical clocks, since they operate on daily, monthly, 
seasonal, or annual schedules. Some biological 
rhythms even occur on the basis of fractions of sec- 
onds. These internal clocks operate independent of the 
environment, but are controlled by environmental 
conditions in changing situations. During times of 
change, such as seasonal decreases of light, or those 
caused by east-west or west-east travel, human beings 
are able to reset their biological clocks to become 
synchronized with the environment. 


History 


Daily rhythms in plants and animals have been 
noticed as early as the fourth century BC, when 
Alexander the Great’s scribe Androsthenes noted 
that the leaves of certain trees opened during the day 
and closed at night. Two centuries before modern 
gardeners noticed their day lilies closed at night, the 
famous taxonomist Carolus Linnaeus (1707-1778) 
discovered the petals of many flowerspecies opened 
and closed at regular times. He even created a garden 
with flowers that opened at various times so that he 
could tell the time of day by looking in his garden. 


Karl von Frisch (1886-1982) observed that bees 
visited flowers only at specific times. He and Ingeborg 
Beling trained bees to visit a nectar feeding station 
between 4:00 and 6:00 p.m. The bees did not visit at 
other times, and they still visited even when the nectar 
was removed. When outside cues such as light were 
removed in laboratory trials, the bees still fed at pre- 
scribed times. Although von Frisch did not know it, 
the bees were operating on an internal clock. It wasn’t 
until the 1950s that Gustav Kramer and Klaus 
Hoffmann proved the existence of a biological clock. 


With an ingenious apparatus, Kramer demon- 
strated that starlings used the sun as a compass to 
migrate even though the sun itself moves throughout 
the day. That is, the bird’s internal clock reorients it in 
the direction of the moving sun. Hoffmann showed 
that the clock persisted in dim light and thus is 
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endogenous to the animal. He showed that the ani- 
mal’s clock was synchronized to local time by the 
influence of the local environment. 


Research in the area of biological clocks did not 
begin with humans. Early studies were done on a 
variety of animals including rats, hamsters, sparrows, 
lizards, marine snails, and fruit flies. The choice of an 
animal depended on many considerations—-size, rate 
of reproduction, expense to maintain, and availabil- 
ity—as well as behavioral issues, such as whether it 
could be trained easily and which environmental fac- 
tors seemed to affect its behavior. 


In 1920, a landmark paper written by W.W. 
Garner and H.A. Allard showed that tobacco plants 
would flower only if exposed to a certain number of 
hours of light. The term “photoperiodism” was used 
to designate the response of organisms to relative 
length of day and night. This ability is an important 
one for plants that allows them to grow, reproduce, 
and develop during favorable times of the year. The 
changing times of dawn and dusk contain seasonal 
information as well as time of day information so 
that the organisms have, in effect, an internal clock 
and calendar. In plants, a photoperiodic clock not 
only controls flowering, but also induction and termi- 
nation of dormancy in buds and bulbs, seed germina- 
tion, and daily rhythms such as leaf movements, petal 
movements, and nectar secretion. 


The study of biological rhythms is called chrono- 
biology, a relatively new scientific specialty that began 
in the 1950s when researchers used new heart and lung 
monitors to answer some of the basic questions that 
chronobiologists ask. Some of these questions deal 
with sleep/wake cycles, time of day energy and pro- 
ductivity levels, and mood changes. Other important 
study areas in chronobiology deal with growth pat- 
terns, hormone secretions, and menstruation. 


Types of internal clocks 


Biological rhythms that occur more than once a 
day are called ultradian rhythms. The release of hor- 
mones from the male pituitary gland of mammals 
occurs about every one to two hours during the day. 
Sleep cycles, that is, the cycle from drowsiness to REM 
(rapid eye movement, dream sleep) to dozing, then 
light and deep sleep, and finally slow-wave sleep, is a 
90-minute sleep cycle that repeats itself each night. 
Constant breathing and the beating of our hearts are 
also ultradian rhythms, but these activities are also 
affected by the daily sleep/wake cycle, which is a cir- 
cadian rhythm. Heart rate and breathing both slow 
during sleep. 
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Circadian rhythms occur once a day and relate to the 
sun. The one that dominates our activities is the sleep/ 
wake cycle people experience every 24 hours. Body tem- 
perature, response to medications, blood alcohol level, 
alertness, and fatigue all this daily up and down cycle. 
Circadian rhythms also control such activities as eating. 
Chronobiologists explain that of circadian rhythms are 
synchronized to sunlight. This external factor helps the 
body regulate its daily activities. When people travel in an 
east or west direction through many time zones, they may 
suffer from jet lag and will need several days to adjust 
their sleep/wake cycle to the daylight and darkness in 
their new environment. 


The clock in humans is located in the suprachias- 
matic nucleus (SCN), a distinct group of cells within 
the hypothalamus. The SCN is only one part of the 
mechanism by which “time” is kept. There are light 
receptors in the retina that have a pathway, called the 
retinohypothalamic tract, leading to the SCN. The 
pineal gland, a pea-like structure found behind the 
hypothalamus in humans, receives information indi- 
rectly from the SCN. It appears that the SCN takes the 
information on day length from the retina, interprets 
it, and passes it on to the pineal gland, which secretes 
the hormone melatonin in response to this message. 
Nighttime causes melatonin secretion to rise, while 
daylight inhibits it. Even when light cues are absent, 
melatonin is still released in a cyclic manner; yet if the 
SCN is destroyed, circadian rhythms disappear 
entirely. 


Infradian cycles are monthly, the most common 
of which is menstruation. IIIness and death have been 
correlated to certain times within infradian cycles, 
with more deaths occurring in the second half of the 
menstrual cycle. Research with men has shown that 
weight fluctuations, hormone levels, growth of beards, 
body temperature, pain threshold, lung capacity, and 
physical strength all demonstrate monthly cyclical 
patterns. More men experience symptoms of prostate 
enlargement during the new moon period, while more 
deaths and accidents occur around the time of a full 
moon. 


Lunar cycles are somewhat longer than circadian 
ones. They last about 24 hours and 50 minutes. Some 
marine invertebrates (animals without a spinal col- 
umn), such as the fiddler crab, synchronize daily activ- 
ity to the tides, which are affected by the moon. The 
change in water levels during the tides influences the 
activity of many marine invertebrates. 


The longest cycle is of course the life cycle, which 
has the distinct stages of growth, maturation, decline, 
and death in all forms of life. 
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The circannual cycle is a yearly occurring one. 
Some people and animals periodically gain or lose 
weight at certain times of the year. Transplant patients 
respond better to certain drug treatments at certain 
times of the year than at others. 


A disorder called SAD (seasonal affective disor- 
der) afflicts many people during the winter months of 
the year when the days are shorter, leading to depres- 
sion, overeating, and increased need for sleep. This 
may be because melatonin production is greatest dur- 
ing the night, and when there is more darkness during 
a 24-hour period, as there is in winter, there is a 
tendency for some people to become depressed. An 
effective treatment is to expose the person to bright, 
intense natural-spectrum light. 


Adaptations to time 


The basic time adaptation in biological rhythms is 
entrained, or influenced by external cues. Other 
aspects of our biological rhythms are so influential 
that most of us adapt our activities to the time of day 
during which we function best. Some people are morn- 
ing people, while others are night people. Morning 
people (sometimes called larks) wake up with lots of 
energy and perform their best work in the early hours 
of the day. Night people are sluggish in the morning 
and do their best work late in the day or in the evening. 
They are often called owls. Work environments in our 
society are not adjusted to these differences, though, 
and many people have to work at times when they are 
least likely to be productive. 


An experiment that took place in New Mexico in 
1989, when a woman spent 130 days in isolation in a 
cave that had no natural light, demonstrated how 
external cues affect our biological clocks. After six 
weeks, she was functioning within a 44-hour cycle of 
sleeping and wakefulness. Her perception of time was 
also compressed to a considerable degree. In other 
experiments, volunteers drifted into a 25-hour day, 
while others have experienced 50-hour days or irregu- 
lar cyclical patterns. 


Problems due to circadian desynchrony 


Diminished performance is not the only problem 
caused by being out of phase with one’s environment. 
Worker and public safety also can be compromised. 
Researchers have found that the neural processes con- 
trolling alertness and sleep produce an increased sleep 
tendency and diminished capacity to function during 
certain early morning hours (circa 2:00-7:00 a.m.) and, 
to a lesser degree, during a period in the midafternoon 
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(circa 2:00-5:00 P.M.), whether or not one has slept. 
Several studies of single-vehicle car accidents judged 
to be fatigue-related have shown two peak times for 
accidents—a major one between midnight and 7:00 
A.M., and a secondary peak between 1:00 and 4:00 p.m. 


Shift work is a necessity in an industrially devel- 
oped country. Manufacturing, transportation, and 
health care rely on shift workers to maintain opera- 
tions around the clock. A shift worker can be defined 
as someone who works evenings, nights, rotating 
shifts, or extended shifts. Unlike jet lag, which is usu- 
ally a temporary disruption, shift work schedules and 
their disruptions can last for years. Humans are diur- 
nal creatures (active during the day), and shift workers 
are often out of sync with environmental and social 
cues. Circadian adjustment to a new shift is gradual 
(taking a week or more), and changing to a new shift 
before adjustment is complete can cause perpetual 
desynchronization. Research shows that shift workers 
suffer from sleep disruption and fatigue, domestic dis- 
turbances, and health problems such as gastrointesti- 
nal disorders and increased risk of cardiovascular 
disease. Task performance is also poorer at night. To 
minimize circadian disruptions, many large companies 
employ consulting firms to advise them on how to 
manage or prevent problems caused by shift work. 
Other than adjusting schedules, implementing educa- 
tional and support programs regarding biological 
rhythms, sleep, and family counseling may be a good 
way to improve the coping ability of shift workers. 


Compromised performance among health care 
workers can jeopardize patients’ lives. The medical 
profession is notorious for having its doctors-in-train- 
ing work very long hours. In the case of a young 
woman who died eight hours after being admitted to 
the emergency room, the intern and resident had each 
been on duty for 18 hours before treating her. The 
grand jury examining the case determined that the 
number of hours the residents and interns were 
required to work contributed to her death. Some 
improvements may be on the way in the medical pro- 
fession as well. The Accreditation Council for 
Graduate Medical Education (ACGME), which sets 
standards for medical residency training programs, 
has begun within the past few years to introduce new 
standards for residents’ work hours. 


Medical uses 


The work of chronobiologists in the area of bio- 
logical rhythms has helped doctors diagnose illness 
more accurately. Twenty-four hour monitoring of 
heart rate and blood pressure gives the treating 
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KEY TERMS 


Chronobiology—The study of biological clocks. 


Circadian rhythm—The_ rhythmical biological 
cycle of sleep and waking which, in humans, usu- 
ally occurs every 24 hours. 


Entrainment—Regulation of the biological cycle to 
the environment. 


Free-running clock—Response to internal clocks 
without any influence from the external world. 


Infradian cycle—The monthly biological cycle. 


Lunar rhythm—The regulation of the biological 
cycle to the movement of the moon. 


Synchrony—The adjustment of biological rhythms 
to the environment. 


Ultradian rhythm—Biological cycles of less than a 
day. 


physician a better picture of health problems. 
Newborn infants of families with histories of heart 
disease can be monitored and abnormalities can be 
seen. Early detection of breast cancer can be made by 
recording skin-temperature fluctuations. Noncancerous 
breast skin temperature has a greater fluctuation cycle 
than temperatures recorded on the skin of cancerous 
breasts. 


Research on biological clocks has shed new light 
on standard medication prescribing _ practices. 
Cortisone injections to treat adrenal gland malfunc- 
tions, for example, are given in the morning. 
Hormones in various glands throughout the human 
body are released when needed by major organs, and 
the chemical changes that occur manage our biological 
rhythms. As new ways of monitoring them are discov- 
ered, early warning signs of disease will become more 
apparent. Evidence shows that certain medical ill- 
nesses whose symptoms show a circadian rhythm 
respond better when drugs are coordinated with that 
rhythm. Medications for asthma, epilepsy, cancer, 
cardiovascular disease, and allergies all have shown 
better results with fewer side effects when given at 
particular times. 


Researchers are trying to re-educate the medical 
profession about the greater potential benefits of 
administering medication at the most appropriate 
time. In the future, other research will no doubt pro- 
vide even stronger arguments for coordinating medi- 
cal tests and procedures more closely with temporal 
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information and influences of the biological clock that 
have not yet been discovered. 


See also Depression. 
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I Biological warfare 


Biological warfare, as defined by the United 
Nations, is the use of any living organism (e.g., bacte- 
rium, virus) or an infective component (e.g., toxin), to 
cause disease or death in humans, animals, or plants. In 
contrast to bioterrorism, biological warfare is defined 
as the “state-sanctioned” use of biological weapons on 
an opposing military force or civilian population. 


Biological weapons include viruses, bacteria, rick- 
ettsia, and biological toxins. Of particular concern are 
genetically altered microorganisms, whose effect can 
be made to be group-specific. In other words, persons 
with particular traits are susceptible to these 
microorganisms. 


The use of biological weapons by armies has been 
a reality for centuries. For example, in ancient records 
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of battles exist the documented use of diseased bodies 
and cattle that had died of microbial diseases to poison 
wells. There are even records that infected bodies or 
carcasses were catapulted into cities under siege. 


In the earliest years of the twentieth century, how- 
ever, weapons of biological warfare were specifically 
developed by modern methods, refined, and stock- 
piled by various governments. 


During World War I, Germany developed a bio- 
logical warfare program based on the anthrax bacillus 
(Bacillus anthracis) and a strain of Pseudomonas 
known as Burkholderia mallei. The latter is also the 
cause of Glanders disease in cattle. 


Allied efforts in Canada, the United States, and 
Britain to develop anthrax-based weapons were also 
active in World War II. During World War IJ, Britain 
actually produced five million anthrax cakes at the 
U.K. Chemical and Biological Defense Establishment 
at Porton Down facility that were intended to be 
dropped on Germany to infect the food chain. The 
weapons were never used. Against their will, prisoners 
in German Nazi concentration camps were mali- 
ciously infected with pathogens, such as hepatitis A, 
Plasmodia spp., and two types of Rickettsia bacteria, 
during studies allegedly designed to develop vaccines 
and antibacterial drugs. 


Japan also conducted extensive biological weapon 
research during World War IJ in occupied Manchuria, 
China. Unwilling prisoners were infected with a vari- 
ety of pathogens, including Neisseria meningitis, 
Bacillus anthracis, Shigella spp., and Yersinia pestis. 
It has been estimated that over 10,000 prisoners died 
as a result of either infection or execution following 
infection. In addition, biological agents contaminated 
the water supply and some food items, and an esti- 
mated 15 million potentially plague-infected fleas were 
released from aircraft, affecting many Chinese cities. 
However, as the Japanese military found out, biolog- 
ical weapons have fundamental disadvantages: they 
are unpredictable and difficult to control. After infec- 
tious agents were let loose in China by the Japanese, 
approximately 10,000 illnesses and 1,700 deaths were 
estimated to have occurred among Japanese troops. 


A particularly relevant example of a microorgan- 
ism used in biological warfare is Bacillus anthracis. 
This bacterium causes anthrax. Bacillus anthracis can 
live as a vegetative cell, growing and dividing as bac- 
teria normally do. The organism has also evolved the 
ability to withstand potentially lethal environmental 
conditions by forming a near-dormant, highly resist- 
ant form known as a spore. The spore is designed to 
hibernate until conditions are conducive for growth 
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KEY TERMS 


Epidemic—A situation in which a particular infec- 
tion is experienced by a very large percentage of 
the people in a given community within a given 
time frame. 

Microorganism—An organism so small that it can 
be seen only with the aid of a microscope. 


Pathogen—Any organism capable of causing a 
disease. 


Plague—A highly contagious disease that spreads 
rapidly through a population. 


Toxin—A poisonous substance. 


and reproduction. Then, the spore resuscitates and 
active metabolic life resumes. The spore form can be 
easily inhaled to produce a highly lethal inhalation 
anthrax. The spores quickly and easily resuscitate in 
the warm and humid conditions of the lung. Contact 
with spores can also produce a less lethal but danger- 
ous cutaneous anthrax infection. 


One of the attractive aspects of anthrax as a weapon 
of biological warfare is its ability to be dispersed over the 
enemy by air. Other biological weapons also have this 
capacity. The dangers of an airborne release of biowea- 
pons are well documented. British open-air testing of 
anthrax weapons in 1941 on Gruinard Island in 
Scotland rendered the island inhabitable for five deca- 
des. The United States Army conducted a study in 1951- 
52 called “Operation Sea Spray” to study wind currents 
that might carry biological weapons. As part of the 
project design, balloons were filled with Serratia mar- 
cescens (then thought to be harmless) and exploded over 
San Francisco, California. Shortly thereafter, there was 
a corresponding dramatic increase in reported pneumo- 
nia and urinary tract infections. And, in 1979, an acci- 
dental release of anthrax spores, a gram at most and 
only for several minutes, occurred at a bioweapons 
facility near the Russian city of Sverdlovsk. At least 77 
people were sickened and 66 died. All the affected 
were some 2.5 miles (4 km) downwind of the facility. 
Sheep and cattle up to 31 miles (50 km) downwind 
became ill. 


The first diplomatic effort to limit biological warfare 
was the Geneva Protocol for the Prohibition of the Use in 
War of Asphyxiating, Poisonous or Other Gases, and of 
Bacteriological Methods of Warfare. This treaty, ratified 
in 1925, prohibited the use of biological weapons. The 
treaty has not been effective. For example, during the 
“Cold War” between the United States and the then 
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Soviet Union in the 1950s and 1960s, the United States 
constructed research facilities to develop antisera, vac- 
cines, and equipment for protection against a possible 
biological attack. As well, the use of microorganisms as 
offensive weapons was actively investigated. 


See also Anthrax; Poisons and toxins. 
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t Biology 


Biology is the scientific study of all forms of life, 
including plants, animals, and microorganisms. 


Among the numerous fields in biology are micro- 
biology, the study of microscopic organisms like bac- 
teria; cytology, the study of cells; embryology, the 
study of embryo development; genetics, the study of 
heredity; biochemistry, the study of the chemical 
structures in living things; morphology, the study of 
the anatomy of plants and animals; taxonomy, the 
identification, naming, and classification of organ- 
isms; and physiology, the study of how organic sys- 
tems function and respond to stimulation. Biology 
often interfaces with subjects like psychology. For 
example, animal behaviorists would need to under- 
stand the biological nature of the animal they are 
studying in order to evaluate the animal’s behavior. 
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Important discoveries in biological science 


The history of biology begins with the careful 
observation of the external aspects of organisms and 
continues with investigations into the functions and 
interrelationships of living things. 


The ancient Greek philosopher Aristotle is credited 
with establishing the importance of observation and 
analysis as the basic approach for scientific investigation. 
By AD 200, studies in biology were centered in the Arab 
world. Most of the investigations during this period were 
made in medicine and agriculture. Arab scientists con- 
tinued this activity throughout the Middle Ages. 


When ancient Greek and Roman writings were 
revived in Europe during the Renaissance, scientific 
investigations began to accelerate. Renaissance artists 
Leonardo da Vinci (1452-1519) and Michelangelo 
(1475-1564) produced detailed anatomical drawings 
of human beings. At the same time da Vinci and others 
were dissecting cadavers (dead bodies) and describing 
internal anatomy. By the seventeenth century, formal 
experimentation was introduced into the study of 
biology. William Harvey (1578-1657), an English 
physician, demonstrated the circulation of the blood, 
initiating the biological discipline of physiology. 


So much work was being done in biological sci- 
ence during this period that academies of science and 
scientific journals were formed, the first of which being 
the Academy of the Lynx in Rome in 1603. In 
Massachusetts, the Boston Philosophical Society was 
founded nearly a hundred years before the American 
Revolution. The first scientific journals were estab- 
lished in 1665 with the French Journal des Savants 
and the British Philosophical Transactions of the 
Royal Society. 


The invention of the light microscope opened the 
way for biologists to investigate living organisms at 
the cellular level, and ultimately at the molecular level. 
The first drawings of magnified life were made by 
Francesco Stelluti, an Italian who published drawings 
of a honeybee at a ten-times magnification in 1625. 


During the eighteenth century, Carolus Linnaeus 
(1707-1778) proposed a system for naming and classi- 
fying plants and animals is the basis of that used 
today. In his book Species plantarum, published in 
1753, Linnaeus described 6,000 plants, each one 
assigned a binomial name—genus and species. For 
example, the binomial name for the wolf is Canis 
lupus, and for humans, Homo sapiens. 


In the nineteenth century, many explorers con- 
tributed to biological science by collecting plant and 
animal specimens from around the world. In 1859 
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KEY TERMS 


Genetic engineering—The manipulation of genetic 
material to produce specific results in an organism. 


Germ theory of disease—The theory that some 
types of disease are caused by microorganisms. 


Metabolism—The chemical changes within an 
organism’s cells that produce energy for vital activ- 
ity and the assimilation of nutrients. 


Microorganisms—Living units that cannot be seen 
without magnification under a microscope. 


Molecular biology—tThe study of the cellular struc- 
ture of living units. 


Prokaryote—A cell that lacks a distinct nucleus, 
such as bacterium or alga. 


Spontaneous generation—Also known as abiogen- 
esis. The belief that living organisms could arise 
from nonliving matter; this belief was used to 
explain the origin of life. 


Charles Darwin (1809-1882) published On the Origin 
of Species, in which he outlined the theory of evolution 
by means of natural selection. This was an important 
postulate; it refuted the idea that organisms generated 
spontaneously. Later, French chemist Louis Pasteur 
(1822-1895) discovered that certain bacteria caused 
diseases. Pasteur also developed the first vaccines. By 
the end of the nineteenth century the germ theory of 
disease was established by Robert Koch (1843-1910), 
and by the early twentieth century, chemotherapy was 
developed. The use of antibiotics began with penicillin 
in 1928 and steroids were discovered in 1935. 


From the nineteenth century until the present, the 
amount of research and discovery in biology has been 
voluminous. Two fields of rapid growth in biological 
science today are molecular biology and genetic 
engineering. 


See also Biodiversity; Biological community; 
Biological rhythms; Botany; Ecology; Ecosystem; 
Evolution, convergent; Evolution, divergent; Evolution, 
evidence of; Evolution, parallel; Evolutionary change, 
rate of; Evolutionary mechanisms. 


Resources 


BOOKS 
Byatt, Andrew, et al. Blue Planet. New York: D.K. 
Publishing, 2002. 


559 


ASojo1g 


Bioluminescence 


Campbell, Neil A., and Jane B. Reese. Biology, 6th ed. San 
Francisco: Benjamin/Cummings, 2001. 

Perlman, Dan L., and Edward O. Wilson. Conserving Earth’s 
Biodiversity Washington, DC: Island Press, 2000. 

Purves, William K. Life: The Science of Biology, 6th ed. New 
York: W.H. Freeman, 2001. 

Starr, Cecie, and Ralph Taggart. Biology: The Unity and 
Diversity of Life. Pacific Grove, CA: Brooks/Cole Pub. 
Co., 2000. 

Wilson, Edward O. The Diversity of LifeNew York: W.W. 
Norton, 1999. 


OTHER 

Estrella Mountain Community College. “Online Biology 
Book” <http://www.emc.maricopa.edu/faculty/ 
farabee/BIOBK/BioBookTOC.html> (accessed 
November 1, 2006). 

University of Arizona. “The Biology Project” <http:// 
www. biology.arizona.edu/> (accessed November 1, 
2006). 

WGBH Educational Foundation and Clear Blue Sky 
Productions. “Evolution: A Journey into Where We’re 
from and Where We’re Going” <http://www.pbs.org/ 
wgbh/evolution/> (accessed November 1, 2006). 


Vita Richman 


| Bioluminescence 


Bioluminescence is the production of light by liv- 
ing organisms. Some single-celled organisms (bacteria 
and protista) as well as many multicellular animals 
and fungi demonstrate bioluminescence. 


Marine environments support a number of bio- 
luminescent organisms including species of bacteria, 
dinoflagellates, jellyfish, coral, shrimp, and fish. On 
any given night one can see the luminescent sparkle 
produced by the single-celled dinoflagellates when 
water is disturbed by a ship’s bow or a swimmer’s 
motions. Many multicellular marine organisms have 
specialized light emitting organs that project light in a 
particular direction or convey a unique shape to the 
light. The anglerfish has a light-emitting organ that 
projects from its head, which serves as a bait to attract 
smaller prey fish. The light emitted from this organ in 
the anglerfish is actually produced by bacteria, living 
in a symbiotic relationship in which both the fish and 
bacteria profit from their shared existence. 


Bioluminescence that occurs in some species 
of marine bacteria may be related to the number of 
bacteria in a given unit of water (such as a milliliter 
or liter). Specifically, the luminescent reaction is 
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Fireflies have a bioluminescent organ in their abdomen that 
they use to attract mates. Enzymes within the organ react 
with oxygen to produce light. The insect controls the flashes 
by regulating the flow of oxygen. (© Roy Morsch/Corbis.) 


triggered in the bacteria when the cells reach a critical 
density. Scientists who have studied this phenomenon 
think that this is related to the production of a chem- 
ical by the bacteria. As the bacterial density increases, 
more of the chemical is present. The formation of 
bioluminscence is triggered by a threshold concentra- 
tion of the chemical. This involves the sensing of the 
chemical by the bacteria and communication between 
adjacent bacteria (the latter is termed quorum 
sensing). 


Bioluminescent organisms in the terrestrial envi- 
ronment include species of fungi and insects. The most 
familiar of these is the firefly, which can often be seen 
glowing during the warm summer months. In some 
instances organisms use bioluminescence to commu- 
nicate, such as in fireflies, which use light to attract 
members of the opposite sex. Certain reef fish use light 
produced from organs under their eyes to illuminate 
the interior of crevices and caves. This not only helps 
the fish to navigate, but also allows it to locate prey. 
Organisms that are unpalatable or dangerous, such as 
jellyfish, use bioluminescence as a signal to warn off 
attacks by predators. A newly-discovered deep sea 
octopus has bioluminescent organs in place of suckers. 


Light is produced by most bioluminescent organ- 
isms when a chemical called luciferin reacts with oxy- 
gen to produce light and oxyluciferin. The reaction 
between luciferin and oxygen is catalyzed by the 
enzyme luciferase. Luciferases, like luciferins, usually 
have different chemical structures in different 
organisms. 


In addition to luciferin, oxygen, and luciferase, 
other molecules (called cofactors) must be present for 
the bioluminescent reaction to proceed. Cofactors are 
molecules required by an enzyme (in this case 
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KEY TERMS 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a foreign 
substance or particle). It marks foreign microorgan- 
isms in the body for destruction by other immune cells. 
Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it directs 
an immune response. 

Assay—Method used to quantify a_ biological 
compound. 

ATP—Adenosine triphosphate; a high energy mole- 
cule that cells use to drive energy-requiring proc- 
esses such as biosynthesis, transport, growth, and 
movement. 


Cofactor—Molecule required by an enzyme to per- 
form its catalytic function. 
Dinoflagellate—Chloroplast containing protists that 
primarily inhabit marine environments. 


DNA—Deoxyribonucleic acid; the genetic material 
ina cell. 


luciferase) to perform its catalytic function. Common 
cofactors required for bioluminescent reactions are 
calcium and ATP, a molecule used to store and release 
energy that is found in all organisms. 


The terms luciferin and luciferase were first intro- 
duced in 1885. The German scientist Emil Du Bois- 
Reymond-Reymond obtained two different extracts 
from bioluminescent clams and beetles. When Du 
Bois-Reymond-Reymond mixed these extracts they 
produced light. He also found that if one of these 
extracts was first heated, no light would be produced 
upon mixing. Heating the other extract had no effect 
on the reaction, so Du Bois-Reymond concluded that 
there were at least two components to the reaction. Du 
Bois-Reymond hypothesized that the heat-resistant 
chemical undergoes a chemical change during the 
reaction, and called this compound luciferin. The 
heat sensitive chemical, Du Bois-Reymond concluded, 
was an enzyme which he called luciferase. 


The two basic components needed to produce a 
bioluminescent reaction, luciferin and luciferase, can 
be isolated from the organisms that produce them. 
When they are mixed in the presence of oxygen and 
the appropriate cofactors, these components will pro- 
duce light with intensity dependent on the quantity of 
luciferin and luciferase added as well as the oxygen 
and cofactor concentrations. Luciferases isolated 
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Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Extract—Solution from a biological material that 
contains an active compound. 


Gene promoter—Regions of DNA that control gene 
activity. 

Luciferase—An enzyme that catalyzes the reaction 
between oxygen and luciferin. 


Luciferin—Complex carbon molecules that produce 
light when oxidized. 


Oxidation—The process where a molecule loses one 
or more electrons. 


Oxyluciferin—An oxidized luciferin molecule 
which is the product of a bioluminescent reaction. 


Protista—Kingdom composed of single-celled 
organisms whose DNA is enclosed by a nucleus. 


from fireflies and other beetles are commonly used in 
research. 


Scientists have used isolated luciferin and lucifer- 
ase to determine the concentrations of important bio- 
logical molecules such as ATP and calcium. After 
adding a known amount of luciferin and luciferase to 
a blood or tissuesample, the cofactor concentrations 
may be determined from the intensity of the light 
emitted. Scientists have also found numerous other 
uses for the bioluminescent reaction such as using it 
to quantify specific molecules that do not directly 
participate in the bioluminescence reaction. To do 
this, scientists attach luciferase to antibodies—molecules 
produced by the immune system that bind to specific 
molecules called antigens. The antibody-luciferase 
complex is added to a sample where it binds to the 
molecule to be quantified. Following washing to 
remove unbound antibodies, the molecule of interest 
can be quantified indirectly by adding luciferin and 
measuring the light emitted. Methods used to quantify 
particular compounds in biological samples such as 
the ones described here are called assays. 


Luciferase is often used as a reporter gene to study 
how individual genes are activated to produce protein 
or repressed to stop producing protein. Most genes are 
turned on and off by DNA located in front of the part 
of the gene that codes for protein. This region is called 
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the gene promoter. A specific gene promoter can be 
attached to the DNA that codes for firefly luciferase 
and introduced into an organism. The activity of the 
gene promoter can then be studied by measuring the 
bioluminescence produced in the luciferase reaction. 
Thus, the luciferase gene can be used to “report” the 
activity of a promoter for another gene. 


In recent studies, luciferase has been used to study 
viral and bacterial infections in living animals and to 
detect bacterial contaminants in food. The luciferase 
reaction also is used to determine DNA sequences, the 
order of the four types of molecules that comprise 
DNA and code for proteins. 
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I Biomagnification 


Biomagnification (or bioaccumulation) refers to 
the ability of living organisms to accumulate certain 
chemicals to a concentration larger than that occur- 
ring in their inorganic, non-living environment, or in 
the case of animals, in the food that they eat. 
Organisms accumulate any chemical needed for their 
nutrition. The major focus of biomagnification, how- 
ever, is the accumulation of certain non-essential 
chemicals, especially certain chlorinated hydrocar- 
bons that are persistent in the environment. These 
compounds are insoluble in water, but highly soluble 
in fats. Because almost all fats within ecosystems occur 
in the living bodies of organisms, chlorinated hydro- 
carbons such as 4,4’-(2,2,2-trichloroethane-1, 1-diyl)- 
bis(chlorobenzene) (DDT) and __ polychlorinated 
biphenyls (PCBs) tend to selectively accumulate in 
organisms. This can lead to ecotoxicological prob- 
lems, especially for top predators at the summit of 
ecological food webs, who ingest the toxic prey. 
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Biomagnification and food-web 
accumulation 


Organisms are exposed to a myriad of chemicals 
in their environment. Some of these chemicals occur in 
trace concentrations in the environment, and yet they 
may be selectively accumulated by organisms to much 
larger concentrations that can cause toxicity. This 
tendency represents biomagnification. 


Some of the biomagnified chemicals are elements 
such as selenium, mercury, nickel, or organic derivatives 
such as methylmercury. Others are in the class of chem- 
icals known as chlorinated hydrocarbons (or organo- 
chlorines). These are extremely insoluble in water, but 
are freely soluble in organic solvents, including animal 
fats and plant oils (these are collectively known as lipids). 
Many of the chlorinated hydrocarbons are also very 
persistent in the environment, because they are not easily 
broken down to simpler chemicals through the metabo- 
lism of microorganisms, or by ultraviolet radiation or 
other inorganic processes. Common examples of bioac- 
cumulating chlorinated hydrocarbons are the insecticides 
DDT and dieldrin, and a class of industrial chemicals 
abbreviated as PCBs. 


Food-web accumulation is a special case of bio- 
magnification, in which certain chemicals occur in their 
largest ecological concentration in predators at the top 
of the food web. An ecological food web is a complex of 
species that are linked through their trophic interac- 
tions, that is, their feeding relationships. In terms of 
energy flow, food webs are supported by inputs of solar 
energy, which is fixed by green plants through photo- 
synthesis. Some of this fixed energy is used by the plants 
in their own respiration, and the rest, as plant biomass, 
is available to be passed along to animals, which are 
incapable of metabolizing any other type of energy. 
Within the food web, animals that eat plants are 
known as herbivores. These are eaten by carnivores, 
which in turn may be eaten by other carnivores. Top 
predators (examples include wolves, bears, and seals) 
occur at the summit of the food web. In general, food 
webs have a pyramidal structure, with plant productiv- 
ity being much greater than that of herbivores, and 
these being more productive than their predators. Top 
predators are usually quite uncommon. Within food 
webs, biomagnifying chemicals such as DDT, dieldrin, 
and PCBs have their largest concentrations, and cause 
the greatest damage, in top predators. 


Biomagnification of inorganic chemicals 
All of the naturally occurring elements occur in the 


environment. Some occur at very low concentration, 
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while others are more abundant. This contamination 
is always detectable, as long as the analytical chemis- 
try method of detection is sensitive enough to detect 
even trace amounts of the target chemical. About 25 of 
the elements are required by plants and/or animals, 
including the micronutrients copper, iron, molybde- 
num, zinc, and rarely, aluminum, nickel, and sele- 
nium. However, under certain ecological conditions 
these micronutrients can biomagnify to very large con- 
centrations, and even cause toxicity to organisms. 


One example is serpentine soil and the vegetation 
that grows in it. Serpentine minerals contain relatively 
large concentrations of nickel, cobalt, chromium, and 
iron. Soils derived from this mineral can be toxic to 
plants. However, some plants grown on serpentine 
soils are physiologically tolerant of these metals, and 
can bioaccumulate them to very large concentrations. 
For example, the normal concentration of nickel in 
plants is about 1-5 ppm (parts per million, a concen- 
tration equivalent to mg/kg). However, on sites with 
serpentine soils much larger concentrations of nickel 
occur in plant foliage and other tissues. Nickel con- 
centrations as large as 16% occur in tissues of a plant 
in the mustard family, Streptanthus polygaloides, in 
California, and 11-25% nickel occurs in the blue- 
colored latex of Sebertia acuminata on the island of 
New Caledonia in the Pacific Ocean. It is common for 
plants growing on serpentine soils to have nickel con- 
centrations of thousands of parts per million, which 
is usually considerably larger than the concentration 
in soil. 

Another case of biomagnification occurs on some 
sites in semiarid regions in which the soil is contami- 
nated by selenium, which may then be hyperaccumu- 
lated (i.e., extremely accumulated) by specialized 
species of plants. These plants are poisonous to graz- 
ing livestock and other large animals, causing a toxic 
reaction called “blind staggers.” The most important 
selenium-accumulating plants in North America are 
milk vetches in the genus Astragalus, in the legume 
family. There are 500 species of Astragalus in North 
America, of which 25 are accumulators of selenium. 
The foliage of these plants can contain thousands of 
parts per million (ppm; equivalent to 1 milligram per 
liter) of selenium, to a maximum of about 15,000 ppm, 
much larger than the concentration in soil. Sometimes, 
accumulator and non-accumulator Astragalus spe- 
cies grow together, as in the case of a place in 
Nebraska with 5 ppm selenium in soil, and 5,560 
ppm in Astragalus bisulcatus, but only 25 ppm in 
A. missouriensis. 


Mercury can also be biomagnified from trace con- 
centrations in the environment. In this case, trace 
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concentrations of mercury in water can result in large 
contaminations of fish and other predators. For exam- 
ple, fish species known to bioaccumulate mercury in 
offshore waters of North America include Atlantic 
swordfish, Pacific blue marlin, tunas, and halibut, 
among others. These fish can accumulate mercury 
from trace concentrations in seawater (less than 0.1 
ppm) to concentrations in flesh that commonly exceed 
0.5 ppm of the fresh weight of the fish, the maximum 
acceptable concentration in fish for human consump- 
tion. The contamination of oceanic fish by mercury is 
probably natural, and is not only a modern phenom- 
enon. Studies have found no difference in mercury 
contaminations of modern tuna and museum speci- 
mens collected before 1909, or concentrations in feath- 
ers of pre-1930 and post-1980 seabirds collected from 
islands in the northeast Atlantic Ocean. In this phe- 
nomenon of mercury biomagnification, there is a ten- 
dency for larger, older fish to have relatively large 
concentrations. In a study of Atlantic swordfish, for 
example, the average mercury concentration of ani- 
mals smaller than 51 Ib (23 kg) was 0.55 ppm, com- 
pared with 0.86 ppm for those 51-99 lb (23-45 kg) in 
weight, and 1.1 ppm for those heavier than 45 kg. 
Large concentrations of mercury also occur in fish- 
eating marine mammals and birds that are predators 
at or near the top of the marine food web. 


Biomagnificaiton of chlorinated 
hydrocarbons 


Chlorinated hydrocarbons such as some insecti- 
cides (examples include DDT, dieldrin, and methoxy- 
chlor), PCBs, and dioxin have a low solubility in 
water. In other words, they tend not to dissolve in 
water to forma solution. As a result, these chemicals 
cannot be diluted into the larger volume of water. 
However, chlorinated hydrocarbons are highly solu- 
ble in lipids. Because most lipids within ecosystems 
occur in biological tissues, the chlorinated hydrocar- 
bons have a strong affinity for living organisms, and 
they tend to biomagnify by many orders of magnitude 
from vanishingly small aqueous concentrations. 
Furthermore, because chlorinated hydrocarbons are 
persistent in the environment, they accumulate pro- 
gressively as organisms grow older, and they accumu- 
late into especially large concentrations in top 
predators, as described previously. In some cases, 
older individuals of top-predator animals such as rap- 
torial birds and fish-eating marine mammals have 
been found to have thousands of ppm of DDT and 
PCBs in their fatty tissues. The toxicity caused by these 
animals accumulated exposures to DDT, PCBs, and 
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other chlorinated hydrocarbons is a well-recognized 
environmental problem. 


The biomagnification and food-web accumula- 
tion characteristics of DDT are especially well 
known. Typically, DDT has extremely small concen- 
trations in air and water, and, to a lesser degree in soil. 
However, concentrations are much larger in organ- 
isms, especially in animals at or near the top of their 
food web, such as humans and predatory birds. The 
food-web biomagnification of DDT can be illustrated 
by the case of Lake Kariba, Zimbabwe. Although 
banned in most industrialized countries since the 
early 1970s, DDT is still used in many tropical coun- 
tries for agriculture purposes and to control insect 
vectors of human diseases. The use of DDT in agri- 
culture was banned in Zimbabwe in 1982, but DDT 
continues to be used to control mosquitoes and tsetse 
flies, insects that spread malaria and diseases of live- 
stock. The concentration of DDT in the water of Lake 
Kariba was less than 0.002 ppb, but concentrations in 
sediment were 0.4 ppm (because sediment contains a 
relatively large concentration of organic matter, it 
contains much more DDT than the overlying water). 
Planktonic algae contained 2.5 ppm. A filter-feeding 
mussel had 10 ppm (values for animal tissues are for 
DDT in fat), while two species of plant-eating fish 
contained 2 ppm, and a bottom-feeding fish contained 
6 ppm. A predatory fish and a fish-eating bird, the 
great cormorant, contained 5-10 ppm. The Nile croc- 
odile is the top predator in Lake Kariba (other than 
humans), and it had 34 ppm. Therefore, the data for 
Lake Kariba illustrates a substantial biomagnification 
of DDT from water, and to a lesser degree from sedi- 
ment, as well as a marked food-web accumulation 
from herbivores to top carnivores. 


The widespread occurrence of food-web biomag- 
nification of DDT and other chlorinated hydrocar- 
bons caused chronic, ecotoxicological damage to 
birds and mammals of many species, even in habitats 
remote from sprayed sites. In some species, effects on 
predatory birds were severe enough to cause large 
declines in abundance beginning in the early 1950s, 
and resulting in local or regional losses of populations. 
Prominent examples of North American birds that 
suffered population decreases because of exposure to 
chlorinated hydrocarbons include bald eagle, golden 
eagle, peregrine falcon, osprey, brown pelican, and 
double-crested cormorant, among others. However, 
since the banning of the use of DDT in North 
America in the early 1970s, these birds have increased 
in abundance. In the case of the peregrine falcon, this 
increase was enhanced by a captive-breeding and 
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KEY TERMS 


Biomagnification—Tendency of organisms to 
accumulate certain chemicals to a concentration 
larger than that occurring in their inorganic, non- 
living environment, such as soil or water, or in the 
case of animals, larger than in their food. 


Ecotoxicology—tThe study of the effects of toxic 
chemicals on organisms and _ ecosystems. 
Ecotoxicology considers both direct effects of 
toxic substances and also the indirect effects 
caused, for example, by changes in habitat struc- 
ture or the abundance of food. 


Food-web accumulation—Tendency of certain 
chemicals to occur in their largest concentration 
in predators at the top of the ecological food web. 
As such, chemicals such as DDT, PCBs, and mer- 
cury in the aquatic environment have their largest 
concentrations in predators, in comparison with 
the non-living environment, or with plants and 
herbivores. 


Hyperaccumulation—A syndrome in which a 
chemical is bioaccumulated to an extraordinary 
degree. 


release program over much of its former range in east- 
ern North America. 


In some African countries where malaria is a 
problem, the use of DDT to control mosquitoes 
(which can transfer the malaria-causing microorgan- 
ism from person-to-person as they obtain their blood 
meal) has been advocated. If implimented, DDT 
spraying programs would have to be controlled, so 
as not to contaminate ground- and surface-water 
supplies. 


See also Food chain/web. 
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| Biomass 


Biomass consists of all of the biological material 
in a community, including living organisms, or parts 
of living organisms, as well as waste products and 
incompletely decomposed remains of living organ- 
isms. The term broadly includes plants (referred to as 
phytomass), bacteria, fungi, and animal material, or 
zoomass. Biomass density is a distinguishing feature of 
ecological systems and is usually presented as the 
amount of dry biomass per unit area. To insure a 
uniform basis for comparison, biomass samples are 
dried at 221°F (105°C) until they reach a constant 
weight. 


In most settings, phytomass is by far the most 
important component of biomass. A square yard 
(0.84 m7) of the planet’s land area has, on average, 
about 18-22 lb (8.4-10 kg) of phytomass, although 
values may vary widely depending on the type of 
biome. Tropical rain forests contain four or five 
times the average while desert biomes may have a 
value near zero. The global average for non-plant 
biomass is approximately 1% of the total. Organic 
compounds typically constitute about 95% by weight 
of biomass, and inorganic compounds account for the 
remaining 5%. An exception occurs in species that 
incorporate large amounts of inorganic elements 
such as silicon or calcium, in which case the inorganic 
portion may be several times higher. 


Photosynthesis is the principle agent for biomass 
production. Lightenergy is used by chlorophyll-con- 
taining green plants to remove (or fix) carbon dioxide 
from the atmosphere and convert it to energy rich 
organic compounds or biomass. It has been estimated 
that on the face of Earth approximately 200 billion 
tons of carbon dioxide are converted to biomass each 
year. Carbohydrates are usually the primary constitu- 
ent of biomass, and cellulose is the single most impor- 
tant component. Starches are also important and 
predominate in storage organs such as tubers and 
rhizomes. Sugars reach high levels in fruits and in 
plants such as sugarcane and sugar beet. Lignin is a 
very significant non-carbohydrate constituent of 
woody plant biomass. 


In the energy industry, the term biomass is used to 
indicate the amount of recently living organic material 
that can be used as fuel. It is very often used in con- 
junction with the study of biofuels such as corn and 
soybeans, but it may also refer to manure and other 
animal products. In this context, biomass does not 
refer to organic materials that have undergone geo- 
logic processes. 
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I Biome 


A biome is a major, geographically extensive eco- 
system, structurally characterized by its dominant life 
forms. 


Terrestrial biomes are usually distinguished on the 
basis of the major components of their mature or 
climax vegetation, while aquatic biomes, especially 
marine ones, are often characterized by their domi- 
nant animals. Most of the oceans are considered part 
of a single biome, although areas with particularly 
unusual or unique physical characteristics or inhabi- 
tants may be considered as separate biomes. 


Similar biomes can occur in widely divergent pla- 
ces as long as the environmental conditions are appro- 
priate for their development. Some environmental 
conditions affecting the location of biomes include 
climate, latitude, topography, and fire. Often, differ- 
ent species having similar, convergent growth forms 
will dominate at different places within the same 
biome. For example, the boreal coniferous forest 
occurs in suitable environments of northern North 
America and Eurasia. In northeastern North 
America this biome is dominated by stands of black 
spruce, while in the northwest white spruce is domi- 
nant. Norway spruce is most important in this biome 
in northwestern Europe, while in parts of Siberia spe- 
cies of pine and larch are dominant. Because biomes 
are described according to the structural character- 
istics of their dominant organisms (in this example, 
coniferous trees growing under a particular climatic 
regime) all of these different forest types are consid- 
ered convergent ecosystems within the same biome, 
the boreal coniferous forest. 


Major biomes and their characteristics 


Most biomes are delineated on the basis of their 
naturally occurring communities of plants, animals, 
and microorganisms. Exceptions are the so-called 
anthropogenic biomes, which are strongly influenced 
by humans and their activities, as in the case of cities 
and agroecosystems. 


Terrestrial biomes 
Tundra 


Tundra is a treeless biome occurring in areas with 
cold climates and a short growing season. Alpine tun- 
dra occurs at high altitudes on mountains, while arctic 
tundra occurs at high latitudes. Most tundras receive 
very small inputs of water as precipitation, but 
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Biome 


Tundra 
Northwest 
territories, 
Canada 


Urban-industrial 
techno-ecosystem 
London, England 


Arboreal forest 
Ontario, Canada 


Lentic 
Lake Michigan 


Agroecosystem 
Bloomfield, Indiana, U.S.A. 


Coral reef 
Cozumel 


Evergreen tropical rainforest 
Honduras 


Open ocean 
Pacific Ocean 


Temperate deciduous forest 
Western France 


Lotic 
Loire River 


Chaparral 
Eastern Spain 


Desert 
Central Algeria 


Tropical grassland and savanna 
Burkina Faso 


Biomes along 87 degrees west longitude and along 0 degrees longitude. (Hans & Cassidy. Courtesy of Gale Group.) 
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nevertheless their soil may be moist or wet because 
there is little evaporation in such cold climates, and 
deep drainage may be prevented by frozen soil. The 
coldest, most northern, high-arctic tundras are very 
unproductive and dominated by long-lived but short- 
statured plants, typically less than 1.97-3.94 in (5-10 cm) 
tall. Low-arctic tundras are dominated by shrubs as 
tall as 3.28 ft (1 m), while wet sites develop relatively 
productive meadows of sedge, cottongrass, and grass. 
In North America, arctic tundras can support small 
densities of mammalian herbivores such as caribou 
and muskox (although during migration these animals 
can occur in locally large densities), and even smaller 
numbers of their predators, such as wolves. 


Boreal coniferous forest 


The boreal coniferous forest, or taiga, is an exten- 
sive northern biome occurring in moist climates with 
cold winters. The boreal forest is dominated by con- 
iferous trees, especially species of fir, larch, pine, and 
spruce. Some broad-leaved, angiosperm trees are also 
important in the boreal forest, especially species of 
aspen, birch, poplar, and willow. Usually, particular 
stands of boreal forest are dominated by only one or 
several species of trees. Most regions of boreal forest 
are subject to periodic events of catastrophic disturb- 
ance, most commonly caused by wildfire and some- 
times by insects, such as spruce budworm, that kill 
trees through intensive defoliation. Montane forests, 
also dominated by conifers and similar in structure to 
the boreal forest, can occur at sub-alpine altitudes on 
mountains in southerly latitudes. 


Temperate deciduous forest 


Forests dominated by species-rich mixtures of 
broad-leaved trees occur in relatively moist, temperate 
climates. Because these forests occur in places where 
the winters can be cold, the foliage of most species is 
seasonally deciduous, meaning that all leaves are shed 
each autumn and re-grown in the springtime. 
Common trees of this forest biome in North America 
are species of ash, basswood, birch, cherry, chestnut, 
dogwood, elm, hickory, magnolia, maple, oak, tulip- 
tree, and walnut, among others. These various tree 
species segregate into intergrading communities on 
the basis of site variations of soil moisture, fertility, 
and air temperature. 


Temperate rainforest 


Temperate rainforests develop under climatic 
regimes characterized by mild winters and an abun- 
dance of precipitation. Because these systems are too 
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moist to support regular, catastrophic wildfires, they 
often develop into old-growth forests, dominated by 
coniferous trees of mixed age and species composition. 
Individual trees can be extremely large, and in extreme 
cases can be more than 1,000 years old. Common trees 
of this biome are species of Douglas fir, hemlock, 
cedar, redwood, spruce, and yellow cypress. In North 
America, temperate rainforests are best developed on 
the humid west coast. 


Temperate grassland 


These grasslands occur under temperate climatic 
regimes that are intermediate to those that support 
forest and desert. In the temperate zones, grasslands 
typically occur where rainfall is 10-24 in (25-60 cm) 
per year. Grasslands in North America are called prai- 
rie (they are often called steppe in Eurasia), and this 
biome occupies vast regions in the interior. The prairie 
is often divided into three types according to height of 
the dominant vegetation—tall-grass, mixed-grass, and 
short-grass. The once extensive tall-grass prairie is 
dominated by various species of grasses and herba- 
ceous broad-leaved plants such as sunflowers and 
blazing stars, some as tall as 10-13 ft (3-4 m). Fire 
was an important natural factor that prevented much 
of the tall-grass prairie from developing into an open 
forest. The tall-grass prairie is now an endangered 
natural ecosystem, because it has been almost entirely 
converted to agriculture. The mixed-grass prairie 
occurs where rainfall is less, and it supports shorter 
species of grasses and other herbaceous plants. The 
short-grass prairie has even less precipitation, and is 
subject to unpredictable years of severe drought. 


Tropical grassland and savanna 


Tropical grasslands can occur in regions with as 
much as 50 in (approximately 120 cm) of rainfall per 
year, but under highly seasonal conditions with a pro- 
nounced dry season. Savannas are dominated by 
grasses and other herbaceous plants, but they also 
have scattered shrub and tree-sized woody plants, 
which form a very open canopy. Tropical grasslands 
and savannas can support a great seasonal abundance 
of large, migratory mammals, as well as substantial 
populations of resident animals. This is especially true 
of savannas in Africa, where this biome supports a 
very diverse assemblage of large mammals, including 
gazelles and other antelopes, rhinos, elephant, hippo- 
potamus, and buffalo, and some of their predators, 
such as lion, cheetah, wild dog, and hyena. 
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Biome 


Chaparral 


Chaparral is a temperate biome that develops in 
environments with seasonally extreme moisture gra- 
dients, characterized by a so-called Mediterranean 
climate with winter rains and summer drought. The 
chaparral biome is typically composed of dwarf forest 
and shrubs, and interspersed herbaceous vegetation. 
Chaparral is highly prone to events of catastrophic 
wildfire. In North America, chaparral is best devel- 
oped in parts of the southwest, especially coastal 
southern California. 


Desert 


Desert is a temperate or tropical biome, com- 
monly occurring in the center of continents, and in 
the rain shadows of mountains. The distribution of 
this biome is determined by the availability of water, 
generally occurring where there is less than 9.9 in 
(25 cm) of precipitation per year. Not surprisingly, 
the productivity of desert ecosystems is strongly influ- 
enced by the availability of water. The driest deserts 
support almost no plant productivity, while less-dry 
situations may support communities of herbaceous, 
succulent, and annual plants, and somewhat moister 
places will allow a shrub-dominated ecosystem to 
develop. 


Semi-evergreen tropical forest 


This type of tropical forest develops when there is 
a seasonality of water availability due to the occur- 
rence of pronounced wet and drier seasons during the 
year. Because of this seasonality, most of the trees and 
shrubs of this biome are seasonally deciduous, mean- 
ing that they shed their foliage in anticipation of the 
drier season. This biome supports a great richness of 
plant and animal species, though somewhat less than 
in tropical rainforests. 


Evergreen tropical rainforest 


This biome occurs under tropical climates with 
abundant precipitation and no seasonal drought. 
Because wildfire and other types of catastrophic dis- 
turbance are uncommon in this sort of climate regime, 
tropical rainforests usually develop into old-growth 
forests. As such, they contain a diverse size range of 
trees, a great richness of species of trees and other 
plants, as well as an extraordinary diversity of animals 
and microorganisms. Many ecologists consider this 
biome to represent the peak of ecosystem development 
on land, because of the enormous variety of species 
that are supported under relatively benign climatic 
conditions in old-growth tropical rainforests. 


568 


Freshwater biomes 


Ecosystems such as lakes and ponds occur in 
basins containing standing water. Depending on the 
rates of input and output of water, the flushing time of 
these ecosystems can range from days, in the case of 
small pools, to centuries, in the case of the largest 
lakes. The biological character of these freshwater 
ecosystems is strongly influenced by water chemistry, 
especially nutrient concentration and water transpar- 
ency. Waters with a large nutrient supply are highly 
productive (eutrophic), while infertile waters are 
unproductive (oligotrophic). Commonly, shallow water 
bodies are much more productive than deeper water 
bodies of the same surface area. However, plant 
productivity is also influenced by how far light can 
penetrate into the water column. This factor is 
restricted in waters with large concentrations of tur- 
bidity associated with silt, or with a brown color 
caused by dissolved organic matter. In such cases, 
primary productivity is smaller than might be expected 
on the basis of nutrient supply. The ecosystems of 
lentic waters are usually highly zonal in two dimen- 
sions. Horizontal zonation is associated with varia- 
tions of water depth, usually related to slope and 
length of the shoreline. Vertical zonation of deeper 
waters is determined by light availability, water tem- 
perature, and nutrient and oxygen concentrations. 
There are also distinct, benthic ecosystems in the sedi- 
ment of lentic ecosystems. 


Wetlands 


Freshwater wetlands (or mires) occur in shallow 
waters, usually having pronounced seasonal varia- 
tions of water depth, sometimes including dry periods 
during which water does not occur at the surface. The 
four major wetland types are: marsh, swamp forest, 
bog, and fen. Marshes are the most productive wet- 
lands, and are typically dominated by relatively tall, 
emergent species of angiosperm plants such as reed, 
cattail, and bulrush, and by floating-leaved plants 
such as water lily and lotus. Swamps are forested wet- 
lands, seasonally or permanently flooded, and in 
North America, dominated by tree-sized plants such 
as bald cypress or silver maple. Bogs are acidic, unpro- 
ductive wetlands that develop in relatively cool but 
wet climates. Bogs depend on atmospheric inputs for 
their supply of nutrients, and are typically dominated 
by species of sphagnum moss. Fens also develop in 
cool and wet climates, but they have a better nutrient 
supply than bogs, and are consequently less acidic and 
more productive. 
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Marine biomes 
Open ocean 


The character of the open-water biome is deter- 
mined by physical and chemical environmental fac- 
tors, particularly waves, tides, currents, salinity, 
temperature, light intensity, and nutrient concentra- 
tion. Primary productivity of this biome is small, and 
comparable to some of the least productive terrestrial 
biomes, such as deserts. Primary production in the 
open ocean is carried out by phytoplankton of diverse 
species, ranging in size from extremely small photo- 
synthetic bacteria, to larger but microscopic unicellu- 
lar and colonial algae. The phytoplankton are grazed 
by small crustaceans known as zooplankton, and these 
are eaten in turn by small fish. At the top of the 
oceanic food web are very large predators such as 
bluefin tuna, sharks, squid, and whales. The deep 
benthic ecosystems of this biome are supported by a 
sparse rain of dead biomass from its surface waters. 
The benthic ecosystems are not well known, but they 
appear to be extremely stable, rich in species, and low 
in productivity. 


Continental shelf waters 


Near-shore waters of the oceans are relatively 
shallow, because they overlie continental shelves. 
Compared with the open ocean, waters over continen- 
tal shelves are relatively warm, and are well supplied 
with nutrients. The nutrients originate with inputs 
from rivers, and from occasional movements of 
deeper, more fertile waters to the surface, stirred 
from the bottom by turbulence caused by storms. 
Mostly as a result of the nutrient inputs, the phyto- 
plankton of these waters are relatively productive, and 
they support a larger biomass of animals than occurs 
in the open ocean. Some of the world’s most important 
pelagic and benthic fisheries are supported by the 
continental shelf biome, for example, those in the 
North Sea and Barents Sea of western Europe, the 
Grand Banks and other shallow waters of northeast- 
ern North America, the Gulf of Mexico, and inshore 
waters of much of western North America. 


Upwelling regions 


In certain places or regions, oceanographic con- 
ditions favor upwellings to the surface of relatively 
deep, nutrient rich waters. Because of the enhanced 
nutrient supply, upwelling areas are relatively fertile, 
and they sustain this highly productive, open-ocean 
biome. Because of their large foundation of primary 
production, upwelling regions support sizable popula- 
tions of animals, including large species of fish and 
shark, marine mammals, and seabirds. Some of 
Earth’s most productive fisheries occur in upwelling 
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areas, such as that off the west coast of Peru and 
elsewhere off South America, and large regions of 
the Antarctic Ocean. 


Estuaries 


Estuaries are a complex group of coastal ecosys- 
tems that are semi-enclosed, but open to the sea. 
Estuaries display characteristics of both marine and 
freshwater biomes, because they typically have sub- 
stantial inflows of fresh water from the nearby land, 
along with large fluctuations of salt water resulting 
from tidal cycles. Examples of estuaries include 
coastal bays, sounds, river mouths, salt marshes, and 
tropical mangrove forests. Because their large water- 
borne inputs of terrestrial nutrients are partially 
retained by their semi-enclosed water circulation, 
estuaries are highly productive ecosystems. Estuaries 
provide important habitat for juvenile stages of many 
commercially important species of fish, shellfish, and 
crustaceans, and they are often characterized as “nurs- 
ery” habitat for these species. 


Seashores 


The seashore biome is a complex of ecosystems 
occurring at the interface of terrestrial and oceanic 
biomes. The local character of the seashore biome is 
determined by environmental factors, such as the 
intensity of wave action, the frequency of major events 
of disturbance, and bottom type. In temperate waters, 
hard-rock and cobble bottoms often develop ecosys- 
tems dominated by large species of macroalgae, 
broadly known as seaweeds, or kelp. In some cases, 
kelp forests can develop. These are highly productive 
ecosystems, which maintain large quantities of bio- 
mass, mostly of macroalgae. In situations character- 
ized by softer bottoms of sand or mud, ecosystems are 
typically dominated by benthic invertebrates, espe- 
cially mollusks, echinoderms, crustaceans, and marine 
worms. 


Coral reefs 


Coral reefs are a distinctive marine biome of trop- 
ical seas, occurring locally in shallow but relatively 
infertile areas close to land. The physical structure of 
coral reefs is provided by the calcium carbonate exo- 
skeletons of dead coral polyps. This structure supports 
a species-rich population of living coral, crustose 
algae, invertebrates, and fish. This biome is dominated 
by corals, a diverse group of coelenterate animals, 
living in symbiosis with unicellular algae. Because 
this symbiosis is highly efficient in the acquisition 
and recycling of nutrients, coral reefs typically sustain 
a high productivity, even though they occur in 
nutrient-poor waters. 
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KEY TERMS 


Anthropogenic—A situation that occurs because 
of, or is influenced by, the activities of humans. 


Biome—A geographically extensive ecosystem, 
usually characterized by its dominant life forms. 


Community—In ecology, a community is an assem- 
blage of populations of different species that occur 
together in the same place and at the same time. 


Convergence—An evolutionary pattern by which 
unrelated species that fill similar ecological niches 
tend to develop similar morphologies and behav- 
ior. Convergence occurs in response to similar 
selection pressures. 


Monoculture—An ecosystem dominated by a sin- 
gle species. 


Species richness—The number of species occur- 
ring in a community, a landscape, or some other 
defined area. 


See also Continental shelf; Desert; Ecosystem; 
Forests; Grasslands; Lake; Ocean; Savanna; Tundra; 
Wetlands. 
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| Biometrics 


Biometrics refers to the measurement of specific 
physical or behavioral characteristics and the use of 
that data in identifying subjects. With wide application, 
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biometric-based identification techniques are increas- 
ingly an important part of forensic science investiga- 
tions because biometric data is difficult, if not 
impossible, to duplicate or otherwise falsify. 
Examples of such data include retinal or iris scans, 
fingerprints, hand geometry and facial features. 
Accordingly, biometric systems offer highly accurate 
means of comparison of measured characteristics to 
those in a pre-assembled database. 


Biometric identification points include gross mor- 
phological appearance that is most often subjectively 
interpreted upon superficial examination (e.g., gender, 
race or color of skin, hair and eye color). Other gross 
biometric data can include more quantifiable—and 
therefore less subjective—data (e.g., weight, height, 
location of scars or other visible physical markings). 
Some biometric data is easily changeable and there- 
fore not reliable (e.g., presence of facial hair, wearing 
of glasses, etc.). 


Because even objective features such as weight can 
change over time, systems of identification that rely on 
changeable or gross features are not as reliable as 
biometric systems that measure more stable anatomi- 
cal and physiological characteristics such as finger- 
prints, retinal blood vessel patterns, specific skull 
dimensions, dental and skeletal x-rays, earlobe capil- 
lary patterns, and hand geometry. 


The most specific and reliable of biometric data is 
obtained from DNA sequencing. 


More controversial and, at present, less reliable 
biometric studies seek to enhance quantification of 
social behaviors, voice characteristics—including lan- 
guage use patterns and accents—handwriting, and 
even keystroke inputs patterns. 


Biometric data can be encoded into magnetic 
stripes, bar codes, and integrated circuit “smart” cards. 


On a global scale, biometric data interchange and 
interoperability standards are at present fragmented 
into different measurement and input format schemes. 
The Common Biometric Exchange File Format 
(CBEFF), in development by the International 
Biometric Industry Association (IBIA), seeks to inte- 
grate such measurement schemes to enhance reliability 
and use of biometric data. Other integration efforts 
include the Biometric Application Programming 
Interface (BioAPI) specification program used by 
the United States Department of Defense. The 
Depart of Defense has also established a Biometrics 
Management Office (BMO). BioAPI protocols are 
also being used by other governmental agencies and 
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the financial service industry in the development of 
smart cards. 


The National Institute of Standards and 
Technology (NIST) also dedicates programs to bio- 
metric research and exchange. NIST developed the 
initial data protocols used in the Face Recognition 
Vendor Test (FRVT) and established the format for 
data collection used by most face recognition 
technologies. 


Finally, reflecting the power of biometrics in for- 
ensic science, police forces are increasingly equipping 
themselves with the technical and personnel expertise 
to undertaken biometric examinations. These efforts 
are aided by the Internet, which allows police forces to 
access databases and share information on a global 
scale. 


See also Computer modeling; Crime scene inves- 
tigation; Forensic science; Skeletal analysis. 


Lee Lerner 


l Biophysics 


Biophysics, an abbreviation of biological physics, 
is the integration and application of the principles of 
physics to explain and explore the form and function 
of living things. The most familiar examples of the role 
of physics in biology are the use of lenses to correct 
visual defects and the use of x rays to reveal the struc- 
ture of bones. Principles of physics have been used to 
explain some of the most basic processes in biology 
such as osmosis, diffusion of gases, and the function of 
the lens of the eye in focusing light on the retina. 


The study and research in biophysics uses such 
interdisciplinary scientific fields as biology (such as 
biochemistry, genetics, molecular biology, microbiol- 
ogy, structural biology, and virology), chemistry (such 
as computational chemistry and physical chemistry), 
computer science, genetics, mathematics (such as 
mathematical modeling), medicine, pharmacology, 
physiology, physics (such as quantum mechanics), 
and neuroscience. The science of biophysics developed 
as a result of World War II (1939-1945). The nuclear 
weapons program initiated during the war was applied 
to biological systems such as the effects radiation 
would have on living organisms. Such research led to 
the formation of the field of biophysics after the war. 


The understanding that living organisms obey the 
laws of physics as non-living systems do has had 
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profound effects on the study of biology. The discov- 
ery of the relationship between electricity and muscle 
contraction by Italian physician and physicist Luigi 
Galvani (1737-1798) initiated a field of research that 
had continued to give information about the nature of 
muscle contraction and nerve impulses. It has led to 
the development of such instruments and devises as 
the electrocardiograph, electroencephalograph, and 
cardiac pacemaker. Medical technology in particular 
has benefited from the association of physics and biol- 
ogy. Medical imaging with 3-D (three-dimensional) 
diagnostic techniques such as computer tomographic 
(CAT) scanning, magnetic resonance imaging (MRI) 
and positron emission tomography (PET) have per- 
mitted researchers to look inside living things without 
disrupting life processes. Today, lasers and x rays are 
routinely used in medical treatments. 


The use of non-invasive imaging traces it roots to 
advances in the understanding of the fundamentals 
and biophysical interactions of electromagnetism dur- 
ing the nineteenth century. By 1900, German physicist 
Wilhelm Konrad Réntgen’s (1845-1923) discovery of 
high energy electromagnetic radiation in the form of x 
rays found use in medical diagnosis. Developments in 
radiology progressed throughout the first half of the 
twentieth century, finding extensive use in the treat- 
ment of soldiers during World War II. 


Although nuclear medicine—heavily based upon 
advances in biophysics—traces its clinical origins to 
the 1930s, the invention of the scintillation camera in 
the 1950s brought nuclear medical imaging to the 
forefront of diagnostics. 


The use of a wide array of instruments and tech- 
niques, which was furthered by discoveries in physics, 
especially electronics, has helped biology to change 
from a descriptive science to an analytical one. An 
example of this advancement is one of the most impor- 
tant events of the twentieth century: the deciphering 
the structure of the DNA (deoxyribonucleic acid) mol- 
ecule using x-ray diffraction. The technique has also 
been used to determine the structure of hemoglobin, 
viruses, and a variety of other biological molecules and 
microorganisms. The ability to apply information dis- 
covered in physics to the study of living things led to 
the development and use of the electron microscope 
and ultracentrifuge, instruments that have revealed 
much information about cell structure and function. 
Other applications have been sensors for heat and 
pressure detection that give information about body 
functions under a variety of conditions which have 
been of great importance in the space program. 


The development of biophysics was also helped 
along by the study of how information is transmitted 
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within the human body and in other animals. Impulses 
within nerve cells transmit information. This activity 
was not well understood until scientists researched the 
area with mathematical modeling methods, electronics 
such as computers, and electrochemistry. Today, bio- 
physics is involved, for instance, with nanotechnology, 
the study and development of technologies at the scale 
of a nanometer (or one-billionth the length of one 
meter). Quantum physics (theoretical physics at the 
atomic and subatomic levels) has been used in such 
studies, which gives an idea just how far biophysics has 
developed since its beginning in World War II. 


See also Computerized axial tomography; Laser; 
Microscopy; Nanotechnology. 


| Bioremediation 


Bioremediation is any process that cleans an envi- 
ronment degraded by contaminants with the use of 
microorganisms or other such organisms. The process 
has been used for many purposes over the centuries. 
One major use was the desalination of agricultural 
lands. In modern times, George M. Robinson is cred- 
ited with being the first person to use bioremediation 
to solve a major environmental problem. In the 1960s, 
while a petroleum engineer in California, Robinson 
experimented with mixtures of microbes in his garage. 
In 1968, he successfully applied his microbial mixture 
onto a commercial oil spill—what is considered the 
first full-scale use of biorediation. 


As a type of biotechnology, bioremediation uses 
living organisms or ecological processes to deal with 
some environmental problem. The most common use 
of bioremediation is to metabolically break down or 
otherwise remove toxic chemicals before or after they 
have been discharged into the environment. In such 
uses, bioremediation takes advantage of the fact that 
certain microorganisms can utilize toxic chemicals as 
metabolic substrates, in the process rendering them 
into simpler, less toxic compounds. Bioremediation is 
a relatively new and actively developing technology. 


In general, bioremediation methodologies focus 
on: (1) enhancing the abundance of certain species or 
groups of microorganisms that can metabolize toxic 
chemicals (this is also known as bioaugmentation) 
and/or (2) optimizing environmental conditions for 
the actions of these organisms (also known as biosti- 
mulation). Bioaugmentation may involve the deliberate 
addition of strains or species of microorganisms that 
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are specifically effective at treating particular toxic 
chemicals, but are not indigenous to or abundant in 
the treatment area. Biostimulation usually involves 
fertilization, aeration, or irrigation in order to 
decrease the importance of environmental factors in 
limiting the activity of microorganisms. Biostimulation 
focuses on rapidly increasing the abundance of 
naturally occurring, ubiquitous microorganisms capa- 
ble of dealing with certain types of environmental 
problems. 


Bioremediation of spilled hydrocarbons 


Accidental spills of petroleum or other hydrocar- 
bons on land and water are regrettable but frequent 
occurrences. Such spills can range in size from a few 
gallons that may be spilled during refueling to enor- 
mous spillages of millions of tons as occurred, for 
instance, to both the sea and land during the Gulf 
War of 1991. Once spilled, petroleum and its various 
refined products can be persistent environmental con- 
taminants. However, these organic chemicals can also 
be metabolized by certain microorganisms, whose 
processes transform the toxins into simpler com- 
pounds, ultimately to carbon dioxide, water, and 
other inorganic chemicals. 


Numerous attempts have been made to increase 
the rates by which microorganisms break down spilled 
hydrocarbons. In some cases, specially prepared con- 
centrates of bacteria that are highly efficient at metab- 
olizing hydrocarbons have been introduced, or seeded, 
into spill areas in an attempt to increase the rate of 
degradation of the spill residues. Although this tech- 
nique has sometimes been effective, it commonly is 
not. This frequently occurs because the indigenous 
microbial communities of soils and aquatic sediments 
contain many species of bacteria and fungi that are 
capable of utilizing hydrocarbons as a metabolic sub- 
strate. After a spill, the occurrence of large concentra- 
tions of hydrocarbons in soil or sediment stimulates 
rapid growth of those microorganisms. Consequently, 
seeding of microorganisms that are metabolically spe- 
cific to hydrocarbons does not always make much of a 
difference to the overall rate of degradation. 


More important, however, is the fact that the 
environmental conditions under which spill residues 
occur are almost always highly sub-optimal for their 
degradation by microorganisms. Most commonly, the 
rate of microbial breakdown of spilled hydrocarbons 
is limited by the availability of oxygen or of certain 
nutrients such as nitrate and phosphate. Therefore, 
the microbial breakdown of spilled hydrocarbons on 
land can be greatly enhanced by occasionally tilling 
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the soil to keep conditions aerated and by fertilizing 
with nitrogen and phosphorus while keeping condi- 
tions moist but not wet. Thus, bioremediation systems 
for dealing with soils contaminated by spilled gasoline 
or petroleum can be based on simple tillage and 
fertilization. 


Similarly, petroleum refineries may utilize a bio- 
remediation process called land farming, in which oily 
wastes are spread onto land, which is then tilled and 
fertilized until microbes reduce the residue concentra- 
tions to an acceptable level. 


After some petroleum spills, more innovative 
approaches may prove to be useful. For example, it is 
difficult to fertilize aquatic habitats because the nutrients 
simply wash away and are therefore not effective for very 
long. In the case of the Exxon Valdez spill in Alaska in 
1989, research demonstrated that nutrients could be 
applied to soiled beaches as an oleophilic (that is, oil- 
seeking), nitrogen- and phosphorus-containing fertilizer. 
Because of its oleophilic nature, the fertilizer adhered to 
the petroleum residues and was able to significantly 
enhance the rate of oil degradation by the naturally 
occurring community of microorganisms. This treatment 
was applied to about 73 mi (118 km) of oiled beach. It 
proved successful in speeding up the process of degrada- 
tion of the residues by increasing the rate of oxidation by 
about 50%. No attempts were made in this case to seed 
the microbial community with species specifically 
adapted to metabolizing hydrocarbons. It was believed 
that hydrocarbon-specific microbes were naturally 
present in the beach sediment and that their activity 
and that of species with broader substrate tolerances 
only had to be enhanced by making the ecological con- 
ditions more favorable; that is, by fertilizing. 


Bioremediation of metal pollution 


Metals are common pollutants of water and land 
because they are emitted by many industrial, agricul- 
tural, and domestic sources. In some situations, organ- 
isms or ecological processes can be successfully 
utilized to concentrate metals that are dispersed in 
the environment, especially in water. The metals can 
then be removed from the system by harvesting the 
organisms. For example, metal polluted wastewaters 
can be treated by encouraging the vigorous growth of 
certain types of algae, fungi, or vascular plants, usu- 
ally by fertilizing the water within some sort of con- 
structed lagoon. This bioremediation system works 
because the growing plants and microorganisms 
absorb metals from the water (acting as so-called bio- 
sorbents), and thereby reduce their concentrations to a 
more tolerable range. The plants can then be harvested 
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to remove the metals from the bioremediation system. 
In some cases, the plant biomass may even be proc- 
essed to yield metal products of economic value. 


Bioremediation of acidification 


In some situations, artificial wetlands can be engi- 
neered to treat acidic waters associated with coalmin- 
ing or other sources of acidity. Coal mining disturbs 
soil and fractures rocks exposing large quantities of 
pyritic sulfur to atmospheric oxygen. Under such con- 
ditions, certain species of bacteria oxidize the sulfide 
of the mineral pyrites to sulfate, generating large 
quantities of acidity in the process known as acid 
mine drainage. The resulting acidity is often treated 
by adding large quantities of acid-neutralizing chem- 
icals such as lime or limestone. However, it has also 
been recently demonstrated that natural, acid- 
consuming, ecological processes operate in wetlands. 
These processes can be taken advantage of in con- 
structed wetlands to decrease much of the initial acid- 
ity of acid mine drainages, and thereby reduce the 
costs of conventional treatments with acid-neutralizing 
chemicals. The microbial processes that consume acid- 
ity are various, but they include: (1) the chemical 
reduction of sulfate to sulfide at the oxygen-poor 
interface between the sediment and the water column 
and around plant roots, (2) the reduction of ferric iron 
to ferrous in the same anoxic microhabitats, as well as 
(3) the primary productivity of phytoplankton, which 
also consumes some acidity. 


A less intensive type of bioremediation can be 
used to mitigate some of the deleterious ecological 
effects associated with the acidification of surface 
waters, such as lakes and ponds. In almost any fresh 
waters, fertilization with phosphate will greatly 
increase the primary productivity of algae and vascu- 
lar plants. In acidic waters, this process can be taken 
advantage of to reduce the acidity somewhat, but the 
most important ecological benefit occurs through 
enhancement of the habitat of certain aquatic animals. 
Ducks and muskrat, for example, can breed very suc- 
cessfully in fertilized acidic lakes, because their habitat 
is improved through the vigorous growth of vegeta- 
tion and of aquatic insects and crustaceans. However, 
the productive but still acidic habitat remains toxic to 
fish. In this case, manipulation of the ecosystem by 
fertilization mitigates some but not all of the negative 
effects of acidification. 


Bioremediation of sewage 


Sewage is a very complex mixture of wastes, usu- 
ally dominated by fecal materials but also containing 
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KEY TERMS 


Bioaugmentation—Increasing the abundance of 
microorganisms that are specifically effective at 
bioremediation. 

Biostimulation—Optimizing environmental con- 
ditions for the actions of microorganisms important 
in bioremediation, usually by fertilizing or aerating. 


toxic chemicals that have been dumped into the disposal 
system by industries and homeowners. Many advanced 
sewage-treatment technologies utilize microbial proc- 
esses to both oxidize the organic matter associated with 
fecal wastes and to decrease the concentrations of soluble 
compounds or ions of metals, pesticides, and other toxic 
chemicals. The latter effect, decreasing the aqueous con- 
centrations of toxic chemicals, is accomplished by a 
combination of chemical adsorption as well as microbial 
biodegradation of complex chemicals into their simpler, 
inorganic constituents. Microbial processes are relied 
upon in many sewage treatment systems including acti- 
vated sludges, aerated lagoons, anaerobic digestion, 
trickling filters, waste stabilization ponds, composting, 
and disposal on land. 


Bioremediation of soils contaminated 
with toxins 


Many of the chemicals commonly used in industry 
or agriculture, or produced as by-products of indus- 
trial processes are persistent poisons, such as DDT 
(dichlorodiphenyltrichloroethane) and other organo- 
chlorines that are dangerous to humans and wildlife 
and that do not readily breakdown under natural 
processes. In most cases, contaminated soils would 
be burned and then hauled away for storage as hazard- 
ous waste. However, new bioremediation techniques 
that use bacteria to break down the toxins are being 
tested around the world. These techniques involve 
many varieties of bacteria, working in a carefully 
orchestrated sequence. By controlling environmental 
conditions around the contaminated site—for exam- 
ple, by enclosing the site in a large tentlike construc- 
tion and controlling heat and moisture inputs as well 
as oxygen levels—clean-up experts believe they can 
encourage the proper series of bacterial relationships 
required to break down the contaminates. The bacte- 
ria used in such projects are not genetically altered or 
specially bred strains. If successful, this approach to 
the bioremediation of contaminated sites will offer a 
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cheaper, less environmentally damaging alternative to 
traditional clean-up technologies. 


See also Hazardous wastes; Oil spills. 
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tl Biosphere 


The biosphere is the space on and near Earth’s 
surface that contains and supports living organisms 
and ecosystems. The biosphere is, in the broadest 
sense, the global ecosystem. The biosphere interacts 
with the lithosphere, atmosphere, and hydrosphere. 
The lithosphere is the outer surface of Earth composed 
of solid soil and rock, the atmosphere is the surround- 
ing gaseous envelope, and the hydrosphere refers to 
Earth’s liquid water including lakes, rivers, and 
oceans. In order to study the processes associated 
with the biosphere, a multi-disciplinary effort has 
been employed by scientists from such fields as chem- 
istry, biology, geology, and ecology. 


History 


The Austrian geologist Eduard Suess (1831-1914) 
first used the term biosphere in 1875 to describe the 
space on Earth that contains life. The concept intro- 
duced by Suess had little impact on the scientific com- 
munity until it was resurrected by the Russian scientist 
Vladimir Vernadsky (1863-1945) in 1926 in his book, 
La biosphere. In that work Vernadsky extensively 
developed the modern concepts that recognize the 
interplay between geology, chemistry, and biology. 
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KEY TERMS 


Decomposition—The breakdown of the complex 
molecules composing dead organisms into simple 
nutrients that can be reutilized by living organisms. 


Energy—The ability to do work. Energy occurs in 
various forms. The most important ones in bio- 
spheric processes are solar (electromagnetic), 
kinetic, heat (or thermal), and chemical-bond 
energies. 


Global warming—Atmospheric warming caused by 
an increase in the concentration of greenhouse 
gases, which absorb infrared energy emitted by 
Earth’s surface, thereby slowing its rate of cooling. 
Carbon dioxide and water vapor are particularly 
important in this respect. 


Requirements for life 


In order for organisms to survive, appropriate 
temperature ranges, moisture conditions, energy sup- 
ply, and nutrient supply must be present in the 
environment. 


Energy is needed for metabolic functions, includ- 
ing growth, movement, waste removal, and reproduc- 
tion. In most ecosystems, this energy is supplied from a 
source outside the biosphere, in the form of electro- 
magnetic energy received from the Sun. This electro- 
magnetic radiation is captured and stored by plants 
through the process of photosynthesis. Photosynthesis 
involves a light-induced, enzymatic reaction between 
carbon dioxide and water, which produces oxygen and 
glucose, an organic compound. The glucose is used, 
through an immense diversity of biochemical reac- 
tions, to manufacture the huge range of other organic 
compounds found in organisms. Potential energy is 
stored in the chemical bonds of organic molecules 
and can be released through the process of respiration; 
this involves enzymatic reactions between organic 
molecules and oxygen to form carbon dioxide, water, 
and energy. The growth of organisms is achieved by 
the accumulation of organic matter, also known as 
biomass. Plants and some microorganisms are the 
only organisms that can form organic molecules by 
photosynthesis. Nearly all heterotrophic organisms, 
including animals, ultimately rely on photosynthetic 
organisms to supply their energy needs. 


The major elements that comprise the chemical 
building blocks of organisms are carbon, oxygen, 
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Nutrient cycle—The cycling of biologically impor- 
tant elements from one molecular form to another, 
and eventually back to the original form. 


Nutrients—The molecules organisms obtain from 
their environment and are used for growth, energy, 
and other metabolic processes. 


Photosynthesis—Enzymatic, sunlight-induced reac- 
tion between carbon dioxide and water, which 
produces oxygen and organic molecules. Plants, 
algae, and certain bacteria are photosynthetic 
organisms. 


Respiration—Enzymatic chemical reactions between 
organic molecules and oxygen, which result in 
the production of carbon dioxide, water, and energy. 


nitrogen, phosphorus, sulfur, calctum, and magne- 
sium. Organisms can only acquire these elements if 
they occur in chemical forms that can be assimilated 
from the environment; these are termed available 
nutrients. Nutrients contained in dead organisms and 
biological wastes are transformed by decomposition 
into compounds that organisms can reutilize. In addi- 
tion, organisms can utilize some mineral sources of 
nutrients. All of the uptake, excretion, and transfor- 
mation reactions are aspects of nutrient cycling. 


The various chemical forms in which carbon occurs 
can be used to illustrate nutrient cycling. Carbon occurs 
as the gaseous molecule carbon dioxide, and in the 
immense diversity of organic compounds that make 
up living organisms and dead biomass. Gaseous carbon 
dioxide is transformed to solid organic compounds 
(simple sugars) by the process of photosynthesis. The 
process of respiration returns carbon dioxide to the 
atmosphere at about the same rate that it is consumed. 


Evolution of the biosphere 


During the long history of life on Earth (about 3.8 
billion years), organisms have drastically altered the 
chemical composition of the biosphere. At the same 
time, the biosphere’s chemical composition has influ- 
enced which life forms could survive. For example, 
when life first evolved, the atmospheric concentration 
of carbon dioxide was much greater than today, and 
there was almost no free oxygen. After the evolution of 
photosynthesis there was a large decrease in atmospheric 
carbon dioxide and an increase in oxygen. Much of 


575 


asaydsoig 


Biosphere Project 


carbon once present in the atmosphere as carbon dioxide 
now occurs in fossil fuel deposits and limestone rock. 


The increase in atmospheric oxygen concentration 
had an enormous influence on the evolution of life. It 
was not until oxygen reached similar concentrations to 
what occurs today (about 21%, by volume) that het- 
erotrophic multicellular organisms were able to 
evolve. Such organisms require high oxygen concen- 
trations to accommodate their high rate of respiration. 


Current research 


Much research investigating the biosphere is 
aimed at determining the effects of human activities. 
Pollution, fertilizer application, changes in land use, 
fuel consumption, and other human activities affect 
interactions with the hydrosphere, atmosphere and 
lithosphere and damage functional components of 
the biosphere. Depletion of the ozone layer that pro- 
tects organisms from intense exposure to solar ultra- 
violet radiation and the greenhouse effect that 
moderates the surface temperature of the planet are 
two examples of human-induced perterbations to the 
atmosphere that impact the biosphere. An example of 
interatctions between the lithosphere, hydrosphere 
and biosphere are evidenced in the agricultural use of 
fertilizer, which increases the amounts of nitrogen, 
phosphorus, and other nutrients in the soil and 
increases crop yeild. However, excess nutrients in the 
soil run off into lakes resulting in algal blooms and in 
some cases massive fish kills. 


Recent interest in long-term, manned space oper- 
ations has spawned research into the development of 
artificial biospheres. Extended missions in space 
require that nutrients are cycled in a volume no larger 
than a building. The Biosphere 2 project, which 
received a great deal of popular attention in the early 
1990s, has provided insight into the difficulty of man- 
aging such small, artificial biospheres. Human civili- 
zation is also finding that it is difficult to sustainably 
manage the much larger biosphere of planet Earth. 


See also Lithosphere. 
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I Biosphere Project 


The Biosphere 2 Project was an experiment in 
which scientists, engineers, and some intrepid bio- 
spherians (or dwellers) within the Biosphere recreated 
several of the main terrains and habitats of the planet 
Earth and attempted to co-habit with these environ- 
ments to the environments’ benefit. Many environ- 
mentalists see Earth as the first, original, and only 
known biosphere endangered by pollution, acid rain, 
global warming, the destruction of tropical rainfor- 
ests, and a thousand other artificially produced ills. 
The Biosphere 2 Project was an experiment to prove 
that humans can live in the most precious terrains on 
Earth successfully and nondestructively. 


The physical structure 


Biosphere 2 is located in the Sonora Desert at the 
foot of the Santa Catalina Mountains not far from 
Tucson, Arizona. It is one of the most spectacular struc- 
tures ever built. It is the world’s largest greenhouse, made 
of tubular steel and glass, covering an area of three foot- 
ball fields (137,416 sq ft [12,766 sq m]), and rising above 
the desert floor to a height of 85 ft (25.9 m). Within the 
structure, there is a human habitat and a farm for 
the biospherians to work to provide their own food. 
There are five other wild areas representing the savanna 
(extensive grasslands), a rainforest, a marsh, a desert, and 
the ocean. These five areas plus the Human Habitat and 
the farm are called biomes, which might be interpreted to 
mean biological homes or dwellings for life forms. 


Biosphere 2 was completely sealed during the 
experiment so no moisture or air could flow in or 
out. Beyond the Biosphere, two large white domes 
also dominate the landscape and capture the imagina- 
tion. These are balloonlike structures that operate like 
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a pair of lungs for Biosphere 2 in maintaining air 
pressure inside the biosphere. Only sunlight and elec- 
tricity are provided from outside. 


The residents 


Within the biosphere, four women and four men 
from three countries lived in the Human Habitat dur- 
ing a two-year experiment; later a six-month experi- 
ment was performed. During this time, they ran the 
farm and grew their own food in the company of some 
pigs, goats, and many chickens. They shared the other 
biomes with over 3,800 species of animals and plants, 
which are native to those habitats. It was the respon- 
sibility of the humans, scientists, and environmental- 
ists to make sure the model of the planet in miniature 
survived and thrived. In 1991, the doors to Biosphere 2 
were sealed for the two-year-long initial program of 
survival and experimentation. 


Scientific objectives 


The idea behind Biosphere 2 was to establish a 
planet in miniature where the inhabitants not only 
survived but learned to live cooperatively and happily 
together. The resident scientists observed the interac- 
tions of plants and animals, their reactions to change, 
and their unique methods of living. In the real world, 
scientists still know little about many of these relation- 
ships and how Earth achieves a balance or regains 
balance after some disruption. The residents also 
had the assignment of experimenting with new meth- 
ods of cleaning air and water. Lessons learned from 
Biosphere 2 may help engineers to design workable 
living environments and life-support systems for space 
stations and settlements on other planets. Other bio- 
spheres may also be adaptable to less hospitable parts 
of the own planet. They may be used to house endan- 
gered species or environments, along with providing 
recreational areas of vastly different terrains near 
cities and, perhaps most importantly, they may be 
used as living classrooms to educate future generations 
about preservation of the original biosphere, Earth. 


Earlier Biosphere experiments 


Scientists have struggled for generations to under- 
stand the complex interrelationships of life forms 
and the atmospheric and hydrologic cycles that pro- 
vide life on Earth with its essentials. Russian scientist 
Vladimir Vernadsky (1863-1943) was the first scientist 
to understand that the life systems of Earth are per- 
fectly balanced and able to self-correct. Efforts to 
recreate these water, air, and life cycles began in 1968 
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when American experimenter Clair Folsome, while in 
Hawaii, accidentally discovered that microbes, sea- 
water, and algae trapped and sealed in a glass bottle 
did not die but created their own tiny environment in 
which the materials recycled naturally. Folsome’s 
sealed bottles survived for some years, and, even 
after he added shrimp, the shrimp were able to live 
although they did not reproduce. 


In Russia scientists sealed humans into small 
buildings to study methods of creating life-support 
systems in space. These experiments were known as 
BIOS-3, but the dwellers only had to produce half 
their food, and waste was disposed outside the build- 
ings. When the Biosphere 2 Project was conceived, its 
creators met with Folsome, the Soviet scientists who 
had worked on the BIOS-3 experiments, and experts at 
the National Atmospheric and Space Administration 
(NASA) whose spacecraft and lunar module designs 
had allowed Americans to land on the moon. 


Designing Biosphere 2 


The design of the Biosphere habitats was the work 
of an international team of hundreds of engineers, 
scientists, and specialists in agriculture and diverse 
life species. The site in the Arizona desert was chosen 
because of the relative ease, in the United States, 
of obtaining building permits and of importing 
the species that would reside in the Biosphere. The 
project was funded by Ed Bass, a billionaire from 
Texas, and initiated by John Allen, a leading ecologist. 
The name was chosen in deference to Earth; there was 
no Biosphere 1 Project because the home planet of 
Earth is the original biosphere. The five wild zones, 
the human microcity, and the farm were selected to 
show diversity representing the planet Earth but also 
to improve survival of as many species as possible. 
Roof heights for each zone had to be selected to 
allow air and rain to rise and fall as it does in nature, 
sunlight was essential to the survival of all zones, and 
the habitats had to be somewhat separated so desert 
life would not relocate to the rainforest. 


To be perfectly isolated, Biosphere 2 needed a 
floor separating it from the supporting ground. After 
the groundbreaking in 1987, construction of this 
sealed floor began. To support the extensive glass, 
steel space frames consisting of 5-ft (1.5-m) lengths 
of strong but lightweight tubular steel were con- 
structed. During building, the glass panes were lifted 
by cranes into place. They were sealed with liquid 
silicone to retain interior air and moisture and to 
keep out the exterior. The surface of Biosphere 2 con- 
sists of 170,000 sq ft (15,794 sq m) of glass. Because of 
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the purpose of the project and the huge expanse of 
glass, Biosphere 2 was nicknamed the Glass Ark. The 
domelike lungs were needed to equalize air pressure as 
the air inside Biosphere expands under the heat of the 
sun; the domes do not provide or replenish any of 
Biosphere’s air, they only provide room for heated 
air to evacuate. 


A smaller Biosphere module was made as a prov- 
ing ground. The test module was only 1/400th of the 
size of Biosphere. The test module was sealed to make 
sure it was leak-proof, and then a living test was 
performed using plants. A plants-only habitat was 
installed, along with the correct moisture and air bal- 
ance, and the module was sealed for a month. Opening 
the door and smelling the air immediately indicated 
whether or not the test had succeeded; if the plants had 
not adjusted to this environment, they would have 
produced gas that smelled. The test was a success 
with healthy, growing plants. 


In 1988, the first of three humans moved into the 
test module for a three-day period. John Allen had his 
health monitored constantly as he lived exclusively on 
a small tropical garden and in the fully sealed environ- 
ment. The second scientist occupied the module for 
a five-day-long test, and the third lived in the module 
for three weeks. These three early experimenters were 
all amazed at the cause-and-effect relationships they 
witnessed in the module, which were much more 
obvious than those in the larger world. 


Mechanical devices were needed to regulate the 
temperature and to provide rain, but the moisture 
supply remained constant in Biosphere 2. Soil-bed 
reactors were constructed to use the properties of soil 
and its microbes to clean the air. An artificial moun- 
tain was built to provide stream flow by gravity to add 
moisture to the rainforest, flow past the savanna, enter 
the marsh, and empty in the ocean. 


The animal residents of the biomes were chosen 
by the captain of each biome. No large predators were 
allowed, and many species were rejected because their 
needs were greater than the scale of Biosphere 2 could 
support. Hummingbirds were an easy choice because 
they are surprisingly hardy and are excellent pollinators. 
Bees, bats, moths, and butterflies were also brought in 
as pollinators. About 40 land dwelling species included 
snakes, reptiles, and turtles. The resident mammals were 
bats and bushbabies. Of Earth’s thousands of species of 
insects, ants, termites, and cockroaches were chosen to 
share the habitat because they break down dead plants 
and animals into recyclable materials that benefit the 
Biosphere. Oysters and crabs were brought in to pop- 
ulate the replica ocean. Even a small coral reef was 


578 


incorporated in the Biosphere 2 ocean. The plants 
were equally important and included medicinal plants, 
the agave, the jojoba, rubber trees, mosses, ferns, and 
trees that produce gums and soaps. Plants and animals 
that were imported into the United States were quar- 
antined before being allowed in Biosphere 2. 


The Human Habitat, or microcity, was also given 
special consideration to prevent the scientists from 
experiencing cabin fever or any feeling of being 
trapped. Windows look out over all other parts of the 
Biosphere, and each biospherian had a private apart- 
ment with an upstairs bedroom and a downstairs sitting 
room. The bathrooms were equipped with showers and 
toilets; but shower time was limited to conserve water, 
and toilet paper was forbidden. Drinking water was 
collected from moisture produced by the plants in the 
Biosphere. The Habitat also includes laboratory space, 
a medical clinic, an exercise room, recreation facilities, 
and a communications center. Kitchen, cooking, and 
cleanup duties were all shared. 


The farm for the humans’ food consisted of eight- 
een separate garden plots designed to produce three 
crops per year. Beans, potatoes, and peanuts for pro- 
tein were key elements of the farm. Oats, barley, and 
rice were grown; and the grains were used by the 
biospherians to bake bread. Fruits included pineapple, 
guava, apples, bananas, grapes, strawberries, oranges, 
and papayas; these produced not only fruit but also 
juice and jam. Sugar cane was grown as a sweetener. 
The biospherians all received special training before 
they were finally selected for their assignments. 
Physical fitness courses, training in emergencies, skin 
diving classes (to care for the ocean), and special train- 
ing in cooking were all provided. 


The pulse of Biosphere was monitored constantly 
by extensive instrumentation. The functions of the 
limited external systems were carefully controlled, 
and internal health including moisture, temperature, 
and other vitals were also monitored both by the bio- 
spherians and scientists working beyond the contain- 
ment. It was up to the biospherians to adjust living 
conditions for all the Biosphere’s residents, but exter- 
nal monitoring provided a final check on the safety of 
the Biosphere population. 


Epilogue 


The eight human residents of Biosphere 2 lived 
inside the containment from September 26, 1991, to 
September 26, 1993, the longest period on record that 
humans have lived in an “isolated confined environ- 
ment.” The biospherians experienced many difficulties, 
including an unusually cloudy year in the Arizona 
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KEY TERMS 


Biome—A geographically extensive ecosystem, 
usually characterized by its dominant life forms. 


Biosphere—Life forms that not only live together, 
but provide functions to maintain their 
environment. 


Soil-bed reactor—A bed of soil that, when air is 
passed through it, works like a filter to clean the air. 


Spaceframe—Steel tubes that form lightweight 
frames to shape and support walls, floors, and 
ceilings. 


desert that stunted food crops, proliferation of some 
ant species, and unusual behavior by bees fooled by the 
glass walls. Another experiment was conducted for six 
months in 1994. Columbia University took over the 
operation of the facility in 1996, a visitors’ center was 
opened later in 1996, and Biosphere 2 has been main- 
tained for study but without human inhabitants. As of 
2005, the new owners of Biosphere 2, the Decisions 
Investments Corporation, announced that Biosphere 
2 was for sale. In February 2006, Fairfield Homes 
purchased Biosphere 2 in order to redevelop it into a 
planned master community. It is unknown at this time 
whether the Biosphere 2 structure and facilities will be 
demolished or saved. As of November 2006, Biosphere 
2 is currently still open daily for visitor tours. 
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l Biotechnology 


Biotechnology is the use of any technique involv- 
ing living organisms to manufacture or change prod- 
ucts, to improve the desired characteristics of a plant 
or animal, or to alter microorganisms for a purpose. 


The word biotechnology was coined in 1919 by 
Karl Ereky to apply to the interaction of biology with 
human technology. Today, biotechnology refers to a 
broad range of technologies from genetic engineering 
(recombinant DNA techniques) to animal breeding 
and industrial fermentation. More precisely, biotech- 
nology is defined as the integrated use of biochemistry, 
microbiology, and engineering sciences in order to 
achieve technological (industrial) application of the 
capabilities of microorganisms, cultured tissue cells, 
and their components. 


Biotechnology has a long history. For example, 
yeast microorganisms were harnessed to prepare wine 
by Egyptians some 4,000 years before the birth of 
Christ. In 1865, Gregor Mendel (1822-1884) presented 
his laws of heredity, which he deduced by the careful 
observation of the results of breeding different types of 
pea plants. Although he did not realize it at the time, 
Mendel was observing the results of the exchange and 
altered expression of genetic material. 


Biotechnology has undergone a dramatic change 
since the 1970s. Modern biotechnology is largely 
based on recent developments in molecular biology, 
especially those in genetic engineering. Organisms 
from bacteria to cows are being genetically modified 
to produce products that include pharmaceuticals and 
foods. New, biotechnology-grounded methods of dis- 
ease gene isolation, analysis, and detection, as well as 
gene therapy, are changing medicine. 


The modern day conception of biotechnology, with 
the deliberate experimental manipulation of genetic 
material, had its roots in the mid years of the twentieth 
century. In 1940, deoxyribonucleic acid (DNA) was 
isolated by Oswald Avery (1877-1955). Thirteen years 
later, James Watson and Francis Crick (1928— and 
1916-2004) described the double helix structure of 
DNA, a feat that earned them a Nobel Prize just a few 
years later. The modern age of biotechnology began in 
1973, when Stanley Cohen (1922-) and Herbert Boyer 
(1936-) devised recombinant DNA technology; the 
deliberate introduction of DNA from one species into 
another. Their work made possible feats such as the 
production of human insulin by the bacterium 
Escherichia coli. This genetically engineered human 
insulin was, in fact, the first genetically engineered prod- 
uct approved for sale in the United States in 1982. 
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An animal cell being microinjected with foreign genetic 
material. (M. Baret/RAPHU. National Audubon Society 
Collection/Photo Researchers, Inc.) 


In theory, the steps involved in genetic engineer- 
ing are relatively simple. First, scientists decide the 
changes to be made in a specific DNA molecule. It 
is desirable in some cases to alter a human DNA 
molecule to correct errors that result in a disease 
such as diabetes. In other cases, researchers might 
add instructions to a DNA molecule that it does not 
normally carry: instructions for the manufacture of a 
chemical such as insulin, for example, in the DNA of 
bacteria that normally lack the ability to make insulin. 
Scientists also modify existing DNA to correct errors 
or add new information. Such methods are now well 
developed. Finally, scientists look for a way to put the 
recombinant DNA molecule into the organisms in 
which it is to function. Once inside the organism, the 
new DNA molecule give correct instructions to cells in 
humans to correct genetic disorders, in bacteria 
(resulting in the production of new chemicals), or in 
other types of cells for other purposes. 


Molecular geneticists use molecular cloning tech- 
niques to replicate various genetic materials such as 
gene segments and cells. The process of molecular 
cloning involves isolating a DNA sequence of interest 
and obtaining multiple copies of it in an organism that 
is capable of growth over extended periods. Large 
quantities of the DNA molecule can then be isolated 
in pure form for detailed molecular analysis. The now- 
routine ability to generate virtually endless copies 
(clones) of a particular sequence is the basis of 
recombinant DNA technology and its application to 
human and medical genetics. 


A technique called positional cloning is used to 
map the location of a human disease gene. Positional 
cloning is a relatively new approach to finding genes. 
A particular DNA marker is linked to the disease if, in 
general, family members with certain nucleotides at 
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the marker always have the disease, and family mem- 
bers with other nucleotides at the marker do not have 
the disease. Once a suspected linkage result is con- 
firmed, researchers can then test other markers 
known to map close to the one found, in an attempt 
to move closer and closer to the disease gene of inter- 
est. The gene can then be cloned if the DNA sequence 
has the characteristics of a gene and it can be shown 
that particular mutations in the gene confer disease. 


Differences between the organization of the genetic 
material of organisms like bacteria and “higher” organ- 
isms such as humans, and the difference in how the 
genetic traits coded for by the material are expressed, 
has complicated the advances in biotechnology. But, 
increasingly, such species differences are being 
understood. 


Genetic engineering has resulted in a number of 
impressive accomplishments. Dozens of products that 
were once available only from natural sources and in 
limited amounts are now manufactured in abundance 
by genetically engineered microorganisms at relatively 
low cost. Insulin, human growth hormone, tissue plas- 
minogen activator, and alpha interferon are examples. 
In addition, the first trials with the alteration of 
human DNA to cure a genetic disorder began in 1991. 


Commercial applications of biotechnology are 
numerous. For example, foods are being genetically 
altered to engineer in more nutritional compounds. 
The nutraceutical industry is growing to become a 
potent economic force, generating billions of dollars 
in sales each year in the United States alone. Genetic 
manipulation can also help preserve foods longer, 
allowing a fresher product to reach the supermarket 
shelves. 


An aspect of biotechnology that has garnered 
much attention since the 1990s is cloning. Until 1997, 
a fully developed organism could not be cloned. But, 
in early 1997, the first success at producing live ani- 
mals by embryo cloning occurred in Edinburgh, 
Scotland. The procedure that produced Dolly the 
sheep was reported in the March 6, 1997 edition of 
Nature. 


While embryo cloning is still a hit or miss proce- 
dure, the consensus among researchers involved in 
embryo cloning is that cloning animal embryos will 
be perfected. The resulting ease of genetic tailoring 
could produce higher yielding and disease-resistant 
livestock. 


Cloning embryos is similar to what happens nat- 
urally when identical twins are created in the womb. 
All human embryos begin as a single cell. Normally, 
millions of rounds of division and the formation 
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KEY TERMS 


Hybridization—Development of new breeds of 
plants or animals achieved by combining the 
desired traits of two or more species in controlled 
breeding. 


Recombinant DNA research—A process of DNA 
modification by which two different DNA mole- 
cules are combined. 


of cells that differ in structure and function from 
other cells gives rise to a human. With identical 
twins, as the cell divides it separates into two separate, 
individual cells. The two separate, individual cells then 
divide and differentiate independently. The result is 
two embryos that are identical in the composition of 
their genetic material. 


In embryo cloning, a cell is mechanically encour- 
aged to divide into two separate, individual cells. 
These grow and develop separately, creating identical 
twins.There is continuing debate around the moral 
and ethical limits on cloning human embryos. As of 
2006, it is illegal to use federal research funds in the 
United States to clone human embryos. In November 
of 2001, the human cloning debate was raised from a 
theoretical discussion to a concrete discussion. Then, a 
company in suburban Boston announced that a 
human cell had been cloned to provide stem cells for 
research. While the experiment was carried on for only 
a few cell divisions, the technology required to develop 
a cloned human being may be almost in place. Indeed, 
early in 2006 the same company announced its success 
in establishing cloned human cells that were capable of 
at least a few cell divisions. 


The prospects offered by biotechnology have not 
been greeted with unanimous enthusiasm by everyone. 
Many scientists and laypersons assert that the hope 
of curing or avoiding genetic disorders through bio- 
technology is a positive advance. Some hold that the 
genetically derived nutritional enhancement of foods, 
such as the nutritional supplementation of rice grown 
in developing countries, is a worthy aim. Others 
oppose all forms of genetic engineering, or warn of 
the dangers of having such technology as the commer- 
cial property of a few large companies. There are also 
concerns about genetic privacy, the effects of trans- 
genic organisms on other organisms and the environ- 
ment, and animal rights. 


See also DNA technology; Human Genome 
Project; Ribonucleic acid (RNA). 
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l Bioterrorism 


Bioterrorism is the use of a biological weapon 
against a civilian population. As with any form of 
terrorism, its purposes include the undermining of 
morale, creating chaos, or achieving political goals. 
Biological weapons use microorganisms and toxins 
to produce disease and death in humans, livestock, 
and crops. 


Biological, chemical, and nuclear weapons can all 
be used to achieve similar destructive goals, but unlike 
chemical and nuclear technologies that are expensive 
to create, biological weapons are relatively inexpen- 
sive. They are easy to transport and resist detection by 
standard security systems. In general, chemical weap- 
ons act acutely, causing illness in minutes to hours at 
the scene of release. For example, the release of Sarin 
gas by the religious sect Aum Shinrikyo in the Tokyo 
subway in 1995 killed 12 and hospitalized 5,000 peo- 
ple. In contrast, the damage from biological weapons 
may not become evident until weeks after an attack. If 
the pathogenic (disease-causing) agent is transmissible, 
a bioterrorist attack could eventually kill thousands 
over a much larger area than the initial area of attack. 


According to the Centers for Disease Control and 
Prevention, there are over 20 known microbial bioter- 
rorism agents. Examples include Bacillus anthracis 
(the cause of anthrax), Ebola virus, Francisella tular- 
ensis (the cause of tularemia), and Yersinia pestis (the 
cause of plague). 


Bioterrorism can also be enigmatic, destructive, 
and costly even when targeted at a relatively few num- 
ber of individuals. Starting in September 2001, bioter- 
rorist attacks with anthrax causing bacteria distributed 
through the mail, targeted only a few United States 
government leaders, media representatives, and seem- 
ingly random private citizens. As of May 2006, these 
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Cipro is used to treat anthrax. (© FRI/Corbis Sygma.) 


attacks remain unsolved. Regardless, in addition to the 
tragic deaths of five people, the terrorist attacks cost 
the U.S. millions of dollars and caused widespread 
concern. These attacks also exemplified the fact that 
bioterrorism can also strike at the political and eco- 
nomic infrastructure of a targeted country. 


Although the deliberate production and stockpil- 
ing of biological weapons is prohibited by the 1972 
Biological Weapons Convention (BWC)—the United 
States stopping formal weapons programs in 1969— 
unintended byproducts or deliberate misuse of emerg- 
ing technologies offer potential bioterrorists opportu- 
nities to prepare or refine biogenic weapons. Genetic 
engineering technologies can be used to produce a 
wide variety of bioweapons including organisms that 
produce toxins or that are more weaponizable because 
they are easier to aerosolize (suspend as droplets in 
the air). More conventional laboratory technologies 
can also produce organisms resistant to antibiotics, 
routine vaccines, and therapeutics. Both technologies 
can produce organisms that cannot be detected by 
antibody-based sensor systems. 


Among the most serious of protential bioterrorist 
weapons are those that use smallpox (caused by the 
Variola virus), anthrax (caused by Bacillus anthracis), 
and plague (caused by Yersinia pestis). During natu- 
rally occurring epidemics throughout the ages, these 
organisms have killed significant portions of afflicted 
populations. With the advent of vaccines and antibi- 
otics, few U.S. physicians now have the experience to 
readily recognize these diseases, any of which could 
cause catastrophic numbers of deaths. 


Although the last case of smallpox was reported in 
Somalia in 1977, experts suspect that smallpox viruses 
may be in the biowarfare laboratories of many nations 
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around the world. At present, only two facilities—one 
in the United States and one in Russia—are author- 
ized to store the virus. As recently as 1992, United 
States intelligence agencies learned that Russia had 
the ability to launch missiles containing weapons- 
grade smallpox at major cities in the U.S. A number 
of terrorist organizations—including the radical 
Islamist Al Qaeda terrorist organization—actively 
seek the acquisition of state-sponsored research into 
weapons technology and pathogens. 


There are many reasons behind the spread of 
biowarfare technology. Prominent among them are 
economic incentives; some governments may resort 
to selling bits of scientific information that can be 
pieced together by the buyer to create biological weap- 
ons. In addition, scientists in politically repressive or 
unstable countries may be forced to participate in 
research that eventually ends up in the hands of 
terrorists. 


A biological weapon may ultimately prove more 
powerful than a conventional weapon because its 
effects can be far-reaching and uncontrollable. In 
1979, after an accident involving B. anthracis in the 
Soviet Union, doctors reported civilians dying of 
anthrax pneumonia (i.e., inhalation anthrax). Death 
from anthrax pneumonia is usually swift. The bacilli 
multiply rapidly and produce a toxin that causes 
breathing to stop. While antibiotics can combat this 
bacillus, supplies adequate to meet the treatment 
needs following an attack on a large urban population 
would need to be delivered and distributed within 24 
to 48 hours of exposure. The National Pharmaceutical 
Stockpile Program (NPS) is designed to enable such a 
response to a bioterrorist attack. 


Preparing a strategy to defend against these types 
of organisms, whether in a natural or genetically 
modified state, is difficult. Some of the strategies 
include the use of bacterial RNA based on structural 
templates to identify pathogens; increased abilities for 
rapid genetic identification of microorganisms; devel- 
oping a database of virtual pathogenic molecules; and 
development of antibacterial molecules that attach to 
pathogens but do not harm humans or animals. Each 
of these is an attempt to increase—and make more 
flexible—identification capabilities. 


Researchers are also working to counter potential 
attacks using several innovative technological strat- 
egies. For example, promising research with biorobots 
or microchip-mechanized insects with computerized 
artificial systems that mimic biological processes 
such as neural networks, and can test responses to 
substances of biological or chemical origin. These 
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insects can, in a single operation, process DNA, screen 
blood samples, scan for disease genes, and monitor 
genetic cell activity. The robotics program of the 
Defense Advanced Research Project (DARPA) works 
to rapidly identify bio-responses to pathogens, and for 
designs to effectively and rapidly treat them. 


Biosensor technology is the driving force in the 
development of biochips for detection of biological 
and chemical contaminants. Bees, beetles, and other 
insects outfitted with sensors are used to collect real- 
time information about the presence of toxins or 
similar threats. Using fiber optics or electrochemical 
devices, biosensors have detected microorganisms in 
chemicals and foods, and offer the promise of rapid 
identification of biogenic agents following a bioterro- 
rist attack. The early accurate identification of bio- 
genic agents is critical to implementing effective 
response and treatment protocols. 


To combat biological agents, bioindustries are 
developing a wide range of antibiotics and vaccines. 
In addition, advances in bioinformatics (1.e., the com- 
puterization of information acquired during, for 
example, genetic screening) also increases flexibility 
in the development of effective counters to biogenic 
weapons. 


In addition to detecting and neutralizing attempts 
to weaponize biogenic agents (i.e., attempts to develop 
bombs or other instruments that could effectively dis- 
burse a bacterium or virus), the major problem in 
developing effective counter strategies to bioterrorist 
attacks involves the breadth of organisms used in 
biological warfare. For example, researchers are ana- 
lyzing many pathogens in an effort to identify com- 
mon genetic and cellular components. One strategy is 
to look for common areas or vulnerabilities in specific 
sites of DNA, RNA, or proteins. Regardless whether 
the pathogens evolve naturally or are engineered, the 
identification of common traits will assist in develop- 
ing counter measures (i.e., specific vaccines or 
antibiotics). 


See also Contamination; Genetic identification of 
microorganisms. 
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l Bipolar disorder 


Bipolar disorder, formerly known as manic 
depression, is one of the mental illnesses designated 
as mood disorders. Several million Americans have 
been diagnosed with bipolar disorder. But, this likely 
represents a small portion of the actual number of 
sufferers, since many people go undiagnosed. Indeed, 
experts have suggested that about one in five families 
has a family member who has or will experience a 
manic episode or depression. 


Consistent with the designation bipolar, this ill- 
ness is typically apparent as two extreme moods; 
depression and mania, where aspects of behavior 
such as irritability or outright rage become extreme. 


Bipolar disorder is characterized by drastic emo- 
tional changes and extreme mood swings. The mood 
may be one of an emotional high where a person has 
excessive energy, which produces exuberance and bursts 
of creativity. The person may feel that he or she needs 
little sleep and may even get only three or four hours of 
sleep during the manic episode. People in this mode of 
the illness may have racing thoughts, may have auditory 
hallucinations, and may suffer from delusions of gran- 
deur. The person often exhibits a great deal of irrita- 
bility and can become quite argumentative. 


The other side of bipolar disorder is a state of 
depression during which the person feels that every- 
thing is hopeless. The mood in the depressed state is 
flat. The person may have a poor appetite, may sleep 
too much or too little, feel tired, lose interest in other- 
wise pleasurable activities, experience difficulty in con- 
centrating, may feel worthless or extremely guilty, and 
may have thoughts of suicide. 
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Bipolar disorder 


Diagnosis and Treatment 


Bipolar disorder exhibits a spectrum of symp- 
toms, from which psychiatrists make their diagnosis. 
One of the factors they examine is whether the person 
isin a depressed, manic, or hypomanic state. The latter 
is one in which a person experiences a more controlled 
mania. The person may become excessively active and 
feel elated, but does not become disorganized or 
delusional. People with these symptoms may be cyclo- 
thymic, that is they exhibit periods of depression and 
mania, but for shorter and less intense durations. 


While there is no known single cause of bipolar 
disorder, there appears to be some genetic predisposi- 
tion, although no specific genetic defect has yet been 
detected. It usually appears in late adolescence or early 
adulthood and continues throughout life. Potential 
causes, such as increased stress or a traumatic emo- 
tional event, are many and varied; experts believe a 
combination of factors may act as a trigger. 


In bipolar disorder, the person who experiences 
periods of depression that alternate with periods of 
mania is said to have bipolar disorder I, while the 
person who suffers mild hypomanic periods alternat- 
ing with periods of depression is classified as having 
bipolar disorder HI. In both illnesses, episodes are 
limited in time, lasting from several weeks to several 
months, although depression can last for more than a 
year without going into remission. If bipolar disorder 
is not treated, however, recurrences tend to become 
more severe over time. 


Complicating diagnosis of bipolar disorder is the 
fact that other medical conditions can cause similar 
symptoms. Among them are illnesses such as thyroid 
diseases, infectious diseases (the flu), cancers of the 
central nervous system, neurological disorders (multi- 
ple sclerosis), blood diseases, and even some reactions 
to metal toxicity. 


Lithium has been the treatment of choice for bipo- 
lar disorder for several decades. Lithium is a trace 
element found in plants and in mineral rocks. While 
there has been a great deal of success in treating bipo- 
lar patients with lithium and returning them to a rela- 
tively normal life, researchers are not sure how it 
works. It is a nonaddictive and nonsedating medica- 
tion, but it must be carefully monitored for possibly 
dangerous side effects. 


More recently, carbamazepine and valproate 
have been particularly useful with patients who do 
not respond to lithium. These two anticonvulsants 
also have to be monitored for proper dosages. 
Antidepressants may be necessary during severe depres- 
sive episodes but may push a patient into the manic 
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KEY TERMS 


Bipolar | disorder—An illness characterized by one 
or more manic episodes, along with a depressive 
episode. 

Bipolar II disorder—An illness characterized by a 
depressive episode and a hypomanic episode. 


Cyclothymic disorder—An illness in which there 
are many hypomanic episodes and many periods of 
depression during a period of time lasting at least 
two years. 


Depression—A mood disorder where the predom- 
inant symptoms are apathy, hopelessness, sleeping 
too little or too much, loss of pleasure, self-blame, 
and possibly suicidal thoughts. 


Hypomania—A condition in which a person is in 
an elevated mood and exhibits manic behavior that 
is not as severe as full-blown mania. 


Mania—A condition in which the person’s mood is 
elevated, is hyperactive, and has racing thoughts. 


Mood disorder—An illness that is characterized by 
a disturbance of mood, which may be depressed or 
elevated and must be of a significant duration. 


state. In severe cases, hospitalization and even electro- 
convulsive therapy (where electricity is used to alter the 
transmission of signals in the brain) may be necessary. 


Therapy for bipolar disorder combines drug treat- 
ment with an educational program for the patient and 
family, and psychological counseling to help the 
patient adjust to the medication and learn how to 
deal with the illness. Because this disorder can be 
debilitating and is associated with a greater risk of 
suicide, recognition and accurate diagnosis is essential. 
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tl Birch family (Betulaceae) 


The birch family is a group of flowering plants of 
tree or shrub form that includes the birches (Betula), 
alders (Alnus), hornbeams (Carpinus), and hazels 
(Corylus). Members of the birch family have simple 
and alternate leaves that bear appendages (stipules) 
where they join the branch. The leaves are deciduous, 
generally thin, and often doubly toothed along the 
margin. The flowers are densely borne on elongate, 
spikelike structures called catkins. Each catkin bears 
flowers of only one sex, but male and female catkins 
occur on the same plant. Female catkins are stiffer and 
fewer-flowered than male catkins. The flowers lack 
petals or sepals, although some species have small 
scale-like appendages that represent reduced perianth 
parts. Pollination occurs in the spring by the wind. The 
fruit is a one-seeded nut or nutlet that is often winged 
and enclosed or surrounded at the base by leaf-like 
appendages called bracts. 


The family includes six genera and about 170 
species worldwide. The Betulaceae occur throughout 
the temperate and boreal regions of the Northern 
Hemisphere, where they are prominent members of 
forest communities. Some alders and dwarf birches 
extend into the southern Arctic where they are com- 
mon shrubs. Members of the family occur only in a 
few regions of the Southern Hemisphere, notably in 
the tropical mountains of the northern Andes of 
Colombia and in Argentina. 


Ecologically, this an important family. Many mem- 
bers of the Betulaceae play pivotal roles in early succes- 
sional stages following disturbance. In North America, 
for example, the paper or white birch (Betula papyri- 
fera) is a transcontinental species that rapidly recolo- 
nizes areas disturbed by fire or logging, thus stabilizing 
the soil and providing suitable conditions for recoloni- 
zation by other species. Paper birch is able to invade 
disturbed areas by dispersing its winged seeds. In addi- 
tion, birches typically resprout from the base when the 
main trunk is killed. Birches grow fast and die young; 
paper birch, for example, reaches maturity in 60-75 
years and seldom live longer than 140. 


Alders are also important early successional spe- 
cies. In northern regions, cold soils limit the activity of 
nitrogen-producing soil bacteria, thus, northern soils 
frequently lack adequate quantities of nitrogen for vig- 
orous plant growth. Alders are among the few plants 
that form symbiotic relationships with nitrogen-fixing 
bacteria. In alders, filamentous bacteria known as 
actinomycetes form nodules on the roots. The nitrogen 
compounds produced by the actinomycetes are in a 
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A birch tree (Betula pendula). (© K. G. Vock/Okapia, National 
Audubon Society Collection/Photo Researchers, Inc.) 


form directly usable by the host alder plant. In addition, 
some of the nitrogen compounds are leached from the 
nodules or released when nodule-bearing roots die. 
These compounds accumulate in the soil where they 
remain available for use by other plants of later succes- 
sional stages that cannot produce their own nitrogenous 
compounds. 


In the United States there are five genera and 
about 25 species of Betulaceae. Yellow birch (Betula 
alleghaniensis) and paper birch are common in the 
northern hardwood forests of northern New 
England. The American hornbeam, also called blue 
beech, is the only North American member of the 
genus Carpinus (C. caroliniana). It grows in moist 
woods as a tall shrub or small tree reaching heights 
of 39 feet (10 m) and with a smooth, gray, ridged trunk 
that is often described as fluted. American hornbeam 
has a curious range that covers much of eastern North 
America, parts of Texas, and then skips to southern 
Mexico, Guatemala, and Honduras. Eastern hop 
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KEY TERMS 


Perianth—A collective term for the calyx and cor- 
olla that generally form the most obvious, showy 
part of a flower 


Succession—A process of ecological change, 
involving the progressive replacement of earlier 
communities with others over time, and generally 
beginning with the disturbance of a previous type 
of ecosystem. 


hornbeam (Ostrya virginiana) has a similar distribu- 
tion to American hornbeam. However, eastern hop 
hornbeam is taller, reaching heights of 65 feet (20 m), 
and has scaly bark that breaks off in short strips. The 
wood of eastern hop hornbeam is extremely dense, 
making it difficult to drive a nail into it, hence its 
other common name of ironwood. A variety of alder 
species occur as shrubs in moist ground throughout 
North America. In the Pacific Northwest, however, 
red alder (A. rubra) is an abundant, fast-growing tree 
of disturbed areas that attains heights of 131 feet 
(40 m). Hazel (Corylus) is a widespread shrub (3-10 
feet [1-3m] tall) in eastern North America and parts 
of the Midwest, with the beaked hazel (C. cornuta) 
reaching Oregon. 


The birch family is economically valuable. In 
North America, yellow and sweet birch are important 
sources of wood for cabinetmaking, furniture of var- 
ious kinds, floors, and doors. Paper birch is excellent 
as firewood and is used in the making of plywood and 
boxes. The bark of paper birch was once used by 
indigenous North Americans for making canoes. In 
northern Europe and especially in Russia, birch 
switches are traditionally used to beat one’s skin dur- 
ing sauna baths. The sap of birches is sweet and can be 
collected and condensed into syrup. Hazels produce 
edible nuts that are sometimes called filberts or cob- 
nuts. Store-bought hazelnuts generally come from cul- 
tivated European species, most commonly Corylus 
avellana, C. colurna, and C. maxima. Turkey is the 
largest producer of hazelnuts at 300,000 metric tons 
annually, followed by Spain and Italy. In the United 
States, hazelnuts are produced mostly in Oregon with 
annual harvests of about 10,000 metric tons. 


Most species of alder are shrubs of no commercial 
value, but red alder of the Pacific Northwest and a 
number of European species reach tree-size and are 
valuable sources of wood. Alder wood produces a 
superior charcoal that imparts a delicious flavor to 
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meat. Charcoal made from red alder is preferred for 
smoking salmon on the west coast of North America. 
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| Birds 


Birds are vertebrate animals in the class Aves. 
There are approximately 8,800 species of birds, div- 
ided among 28 living orders. Of these, slightly more 
than 900 species are found in North America. There 
has been considerable disagreement among ornithol- 
ogists about the appropriate level for differentiating 
species, leading to multiple classification schemes. But 
however one distinguishes between species, each spe- 
cies belongs to a larger group, called a genus; each 
genus belongs to a family; and each family belongs to 
an order. One order, the Passeriformes or perching 
birds, accounts for more than half of the living species 
of birds. 


Birds are believed to have evolved from sauri- 
schian dinosaurs about 150 million years ago. The 
first truly birdlike animal was Archaeopteryx lithog- 
raphica, which lived during the Jurassic period, about 
130 million years ago. This 3-foot (1 m) long animal is 
considered to be an evolutionary link between the 
birds and the dinosaurs. Archaeopteryx had teeth 
and other dinosaurian characters, but it also had a 
feathered body and could fly. 


Characterization 


Birds can often be characterized by their habitats. 
Species are more likely to be found in a single habitat 
in the tropics, than in more temperate regions, 
with variable climates, where they may have to accom- 
modate several environments. During times of migra- 
tion, birds may show up in very nontraditional places. 
Major habitats that serve as homes to birds include 
polar regions; tundra; alpine regions; coniferous forests; 
deciduous forests; tropical rainforests; grasslands; 


GALE ENCYCLOPEDIA OF SCIENCE 4 


deserts; freshwater lakes, ponds, and streams; shore 
and marshes; and seas. 


Most species of birds will defend their territories, 
particularly in nesting season, against other birds that 
happen to stray into the area, and are perceived to bea 
threat to the nest. Territories generally fall into the 
following categories: mating, nesting and feeding; 
mating and nesting; mating; narrowly restricted nest- 
ing; feeding; wintering; roosting; and group territory. 


Some birds prefer to live apart from other birds, 
while others are more social. Certain mated wood- 
peckers, for example, seem to constantly resent each 
other, and go out of their way to avoid each other’s 
presence. Australian wood swallows, on the other 
hand, feed, bathe, roost, attack predators, breed, 
preen, perform aerial acrobatics, and feed each other 
in a communal fashion. Assembly into a flock (con- 
sisting of either a single species or several different 
species) offers the advantage of more eyes and ears 
for spotting predators and finding new food sources. 


Most birds have distinctive calls. Males may sing 
to warn off rivals, or to attract a mate. Some species 
have separate calls for courtship and for communica- 
tion. Bird calls serve several functions including: 
reproductive functions (to proclaim the sex of an indi- 
vidual, advertise for a mate, or establish territorial 
sovereignty); social functions (space out birds in a 
given environment, teach the young their species’ 
song, or convey information about food and enemies); 
or individual functions (provide emotional release, 
identify individuals to each other, or simply to perfect 
a song). 


All birds have feathers, and in this way are unlike 
any other type of animals. Most birds lose their old 
feathers each year, and have them replaced by new 
ones in a process called molting. Usually, molting 
occurs when the bird is neither nesting nor migrating. 
Some birds will undergo a complete molt in the 
summer or fall, and then a partial molt in the spring 
(replacing feathers of the body and head). The chief 
functions of feathers are to protect the body and to 
promote flight. 


Because birds have four limbs, they are referred to 
as tetrapods. However, the forelimbs are highly modi- 
fied into structures known as wings, which are used 
primarily for flying or gliding. The hind limbs are used 
mostly for walking or hopping, so these animals are 
bipedal when moving on the ground. Some species of 
birds are flightless, but most can fly or soar well. 


The bones of all flying birds are modified for flight, 
and are relatively light with many hollow regions. The 
flying birds have a strongly keeled breastbone, or 
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sternum, to which the flight muscles are attached. The 
pelvic bones are fused into a structure known as a 
synsacrum. Birds have a relatively long neck and their 
mandibles are modified into a keratinous beak. They 
do not have teeth. Birds have a four-chambered heart 
and a double circulation of the blood, with complete 
separation of oxygenated and de-oxygenated blood. 


Approximately 90% of all birds are monoga- 
mous, which is to say that one male bonds with one 
female. Bonds may last for one nesting period (e.g., 
house wrens), an entire breeding season (most species), 
several seasons (e.g., American robins), or life (e.g., 
geese, swans, hawks, albatrosses, and loons). Current 
thinking is that most monogamous birds probably 
mate outside of the primary pair bond, but the pair 
contributes substantially only to the raising of young 
in their own nest. Most birds whose young are reared 
in a nest form monogamous pairs. But monogamous 
versus polygamous relationships are not rigidly fixed 
in some species. Swans, hawks, doves, finches, and 
thrushes, for example, normally show monogamous 
behavior but occasionally form polygamous bonds. 


Situations in which one male mates with more 
than one female, while each female mates with only 
one male, are referred to as polygyny. Scientists have 
noted that when male birds hold territories that vary 
greatly in the quality of resources, females tend to 
choose males with high-quality territories as mates. 
Given the choice between a poor nesting territory 
and becoming the second mate of a male with a high 
quality territory, many females will opt for the latter 
course. In other cases, where territoriality does not 
appear to be a factor, an over-abundance of resources 
may also lead to polygyny. In North America, red- 
winged blackbirds and yellow-headed blackbirds 
sometimes form polygynous relationships. 


There are also rare mating systems in which one 
female mates with more than one male, while each 
male mates with only one female (known as polyan- 
dry). Two forms of polyandry are known. In one case, 
the female holds a large territory that includes the 
nesting territories of two or more males who care for 
the eggs and the young, such as the spotted sandpipers 
and red phalaropes of North America. In an even rarer 
type of polyandry, more than one male may mate with 
a single female with the resultant offspring reared 
collectively by the female and her mates. The North 
American acorn woodpecker occasionally exhibits this 
type of cooperative polyandry. 


Courtship behavior may include dances, feeding 
rituals, flights, posturing, and cries. Frequently, court- 
ship displays highlight some distinctive feature of the 
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male bird’s plumage. In addition to singing, male birds 
may vibrate their wings, fluff their body feathers, raise 
their bills, thrust their head forwards, or run by taking 
short steps. But other birds may advertise their skills 
rather than their coloring to attract a mate. In its 
courtship behavior, for example, the male tern finds 
it sufficient to display a freshly caught fish to a poten- 
tial mate. 


Female birds are fertilized internally. They are 
oviparous, laying relatively large, hard-shelled eggs, 
with a discrete yolk. The eggs are incubated by one or 
both parents. The young of almost all species of birds 
are cared for by their parents. 


Birds tend to build nests to cradle their eggs, 
rather than residences. (Compared to nesting behav- 
ior, nighttime roosting behavior is poorly under- 
stood.) The construction of nests can range from 
very basic to highly complex. Some birds will use a 
nest repeatedly, while others will build a new nest for 
each new brood. Although each type of bird has a 
preferred site for its nest, some birds may be very 
adaptable in their choice of sites. The female usually 
builds the nest, though the males of some species may 
assist. Materials used in building may be of animal, 
vegetable, or mineral origin, but plant materials are 
most commonly used. 


The number of eggs laid varies widely from species 
to species. This number may depend on the temper- 
ature of the environment, the time in the season, or the 
size of the food supply. Birds incubate eggs by sitting 
on them and keeping them warm. During the brood- 
ing period, some birds may develop a brooding patch 
on their bellies where feathers and extra blood vessels 
develop to provide warmth. The number of broods 
raised in a single year depends on the length of the 
available season, and the time it takes for one brood to 
reach independence. There is some evidence that birds 
living under crowded conditions are less likely to lay 
extra clutches in a given year. 


Upon hatching, young birds may be active and 
wide-eyed (precocial), or blind and immobile (altri- 
cial). Some precocial birds are able to find their own 
food immediately after being hatched. Most altricial 
young remain in the nest for several weeks after they 
learn to leave it. Among precocial species, young birds 
may be completely independent of their parents, as in 
the megapodes; or they may follow their parents but 
find their own food (e.g., ducks and shorebirds). 
Others may follow their parents, who point out food 
to them, for example, quail and chickens. Still others, 
like grebes and rails, may follow their parents and be 
fed by them. 
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The young of semiprecocial species are active and 
wide-eyed at birth. They remain in the nest even 
though they are able to walk, so they can be fed by 
their parents (e.g., gulls and terns). Semi-altricial 
young are unable to leave the nest, and may be born 
with their eyes open (e.g., herons and hawks), or with 
their eyes closed (e.g., owls). Passerines are examples 
of altricial species. 


Although few birds are completely vegetarian, 
most eat plant material. Some birds are seed-eaters, 
others feed on fruit and berries, and still others feed on 
buds and green shoots of plants. Waterfowl may eat 
various parts of aquatic plants and aquatic creatures 
such as marine worms. But, without insects and other 
arthropods such as spiders, most birds would starve. 
Some birds employ a variety of foraging methods to 
find their food, while others have a much narrower 
range of techniques. In addition to food, birds must 
have water, which they either drink or obtain from the 
foods they eat. 


Birds require large and dependable sources of rich 
food to sustain their high metabolisms. Although 
some birds are able to sustain themselves by only 
moving a few miles from where they were hatched, 
most birds, at least in the temperate zones, move 
from place to place with the change in seasons. Geese 
and cranes appear to learn their migration routes by 
accompanying their elders, but other birds, including 
many songbirds, seem to reach their wintering 
grounds by pure instinct. Clues to migratory routes 
may be provided by the position of the sun, the posi- 
tions of the stars, the earth’s magnetic field, and the 
sound of the ocean crashing against the shore. 


Man’s fascination with birds dates back 
thousands of years. Old World cave drawings show 
ostriches, auks, grouse, passerines, snowy owls, swans, 
ducks, eagles, and others. Men were even painted with 
birds’ heads. Ancient myths suggest that early humans 
viewed birds not only as food sources, but as colorful 
mystical creatures capable of flight and disappear- 
ance, with the gift of song. 


Although there is little doubt that most birds are 
beneficial, or at least not harmful, to human interests, 
they are frequently perceived as pests. While birds 
have wreaked economic havoc on some agricultural 
activities, they also feed on insects, rodents, and other 
species that destroy crops. 


Both intentionally and unintentionally, humans 
has destroyed many bird species. Two hundred years 
ago, birds were considered such an inexhaustible 
resource that the wholesale slaughter of a species, 
leading to its extinction, hardly raised an eyebrow. 
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KEY TERMS 


Brood—To sit on or hatch eggs. 


Molt—To periodically shed all or part of a bird’s 
feathers. 


Monogamy—The practice of having only one 
mate. 


Ornithology—The branch of zoology concerned 
with the study of birds. 


Oviparous—Producing eggs that hatch outside of 
the body. 


Passeriformes—Perching birds, an order whose 
members have four toes, three directed forward 
and one backward, and all joining the foot at the 
same level. 


Passerines—Members of the order Passeriformes, 
which includes perching birds and songbirds such 
as jays, blackbirds, warblers, and sparrows. 


Polyandry—A mating pattern in which a female 
mates with more than one male in a single breeding 
season. 


Polygyny—A mating pattern in which a male mates 
with more than one female in a single breeding 
season. 


But the greatest impact man has had on birds occurred 
through expansion into their natural habitats with the 
construction of farms, cities, roads, and industrial 
buildings. A by-product of industrial development 
has been widespread environmental pollution, includ- 
ing pesticides and other noxious species. Intended to 
rid fields of such insects as the fire ant, pesticides have 
accumulated in many places traditionally frequented 
by birds, where they have been subsequently ingested 
by them. Oil spills have also taken their toll on bird 
populations. Not surprisingly, many species have dis- 
appeared as a result of encroachment into their natu- 
ral environment. According to one estimate, 85 species 
of birds, representing 27 families, have become extinct 
since 1600. 


The best approach to limiting human impact on 
birds is the simplest: if people would limit destruction 
of the natural environment, many threatened species’ 
habitats could be preserved. Other interventions that 
could protect bird populations include checks on 
unbridled commercial and residential development, 
and the dumping of environmental pollutants. But 
for man to adopt these measures would require a 
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fundamental change in attitude toward the environ- & 
ment, which is paradoxically only likely to occur a 
through gaining greater first-hand knowledge ofnature © 
in its unspoiled state. z 
See also Birds of prey; Chordates; Shore birds; 5 
Song birds. 6 
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l Birds of paradise 


The birds of paradise are some of the most fasci- 
nating birds in the world. This is due to the striking 
coloration of the males of most species, and the wide 
range of behaviors demonstrated in the group. 
Researchers of animal behavior are particularly inter- 
ested in the elaborate mating displays performed by 
male birds of paradise. 


Birds of paradise are members of the family 
Paradisaeidae, which probably evolved on the island 
of New Guinea. The family is comprised of 42 species, 
38 of which are found mainly or entirely on New 
Guinea. Two species are found only in the Moluccan 
Islands to the west of New Guinea, and four others are 
found mainly or entirely in northeastern Australia. 
Included within the family are such birds as astrapias, 
manucodes, paradisaeas, parotias, riflebirds, and 
sicklebills. 
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Birds of paradise 


An Emperor of Germany’s bird of paradise in Baiyer River 
Sanctuary, New Guinea. (Tom McHugh. National Audubon 
Society Collection/Photo Researchers, Inc.) 


Description 


The birds of paradise have a crow-like body shape, 
with strong feet and bill. However, in some species this 
basic pattern has been modified substantially. For 
example, the sicklebills have evolved a long, curved 
beak used to probe for insects in thick moss and tree- 
bark. In many species the plumage of the males is 
modified with fantastic plumes, streamers, and wiry 
head and tail extensions. Although the body of most 
of the birds of paradise is 10-17 in (25-45 cm) long, the 
head plumes may reach 16 in (40 cm) in length, and the 
tail feathers up to 27 in (70 cm) long. 


The females of most species are colored drab buff 
to black, with patterning that helps them remain hid- 
den in the forest canopy while sitting on a nest. (This 
type of coloration is called cryptic.) Nests of most 
species are cup-shaped, and are built in forks of trees 
using leaves, twigs, and other plant material. Females 
lay one or two eggs, which average 1.4 in (37 mm) long 
and 1 in (26 mm) wide. Incubation periods are 17-21 
days, and young birds remain in the nest 17—30 days. 


Habitat and diet 


New Guinea is an extremely mountainous island. 
Its equatorial location results in a tropical climate near 
sea level, but cooler conditions higher in the moun- 
tains. In fact, the highest peaks have glaciers. In addi- 
tion, the prevailing oceanic winds carry moisture- 
laden air over the island, resulting in as much as 27 ft 
(8.5 m) of rain per year in some places. Sites on the lee 
side of mountains, however, may be quite dry. The 
great variations of climate in New Guinea result in 
numerous different habitats. The various species of 
birds of paradise are rather specific to particular 
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kinds of habitat. For example, the crested bird of 
paradise (Cnemophilus macgregorii) is only found in 
upper montane forest and subalpine shrubland, while 
the trumpet manucode (Manucodia keraudrenii) is 
found only in lowland and lower mountain forests, 
and the blue bird of paradise (Paradisaea rudolphi) 
prefers mid-montane forest. 


In addition to inhabiting different ecological 
zones in New Guinea, the various birds of paradise 
use different food resources. The two basic kinds of 
foods eaten are fruits and insects. There are also two 
groups of fruits: simple fruits rich in carbohydrates, 
such as figs, and complex fruits with high levels of fat 
and protein, such as those of mahogany and nutmeg. 
Species of birds of paradise tend to eat mainly simple 
fruits (e.g., the trumpet manucode), mainly complex 
fruits (e.g., the raggiana bird of paradise, Paradisaea 
raggiana), or complex fruits plus significant quantities 
of insects (e.g., the magnificent bird of paradise, 
Cicinnurus magnificus). 


When animals eat tree fruits, they may also digest 
the seeds, or the seeds may pass through the digestive 
system intact. If seeds are not digested, a tree seedling 
may sprout from them, helping the forest regenerate. 
In most forest habitats worldwide, the main fruit- 
dispersing animals are mammals. In New Guinea, 
however, this role is largely played by birds of para- 
dise, which eat fruits and distribute the seeds, helping 
to ensure the dispersal of important species of forest 
trees. 


Mating behavior 
Polygynous birds of paradise 


As mentioned above, many species of birds of 
paradise are sexually dimorphic, meaning the males 
and females have different appearances. The males 
have elaborate plumage patterns, which are used in 
their mating displays. The females of these species are 
drab and cryptic. Sexually dimorphic species are usu- 
ally also polygynous, meaning the males may mate with 
more than one female. To attract a female, a male may 
perform a mating dance on the ground while conspic- 
uously displaying its bright plumage and calling loudly, 
or it may display while perched on a shrub, or while 
hanging upside down on a tree branch. Males may 
perform these displays alone, or in competitive groups 
in a place called a lek. The females watch the displays 
and choose which male to mate with. The female choice 
appears to be based on the vigor of the display of the 
male, and the condition and color of his feathers. By 
choosing a vigorous mate, the female presumably 
ensures that her offspring will also be relatively healthy. 
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Therefore, the strongest, most brightly-feathered males 
have a better chance of being chosen as a mate by 
females, while less attractive males may be passed 
over. The elaborate plumage of the males is thought 
to have evolved through this evolutionary process of 
sexual selection (i.e., females choosing mates on the 
basis of their desirable behavioral and anatomic traits, 
including color). After mating, the female returns to 
her nest and raises her offspring alone. 


Researchers have noticed a relationship between 
the mating system and diet in the birds of paradise. 
Polygynous bird of paradise species that display in 
leks (such as the raggiana bird of paradise) tend also 
to eat mainly complex fruits. This is thought to be 
because females searching for these fruits fly long dis- 
tances in the forest, and thus are likely to encounter 
groups of males displaying together. Polygynous spe- 
cies in which solitary males display (such as the mag- 
nificent bird of paradise) tend to eat insects plus 
complex fruits. To catch insects, females need not fly 
long distances, so a male is more likely to be seen and 
chosen as a mate if he displays alone near the small 
home range of the female. 


Interestingly, the polygynous birds of paradise 
also show sexual bimaturism. This means that males 
and females become sexually mature at different ages. 
Females of these species are thought to begin to breed 
when 2-3 years old, while males do not acquire mature 
plumage (and do not breed) until age 4~7 years. 
However, males of these species will grow adult plu- 
mage at a younger age when kept alone in captivity. 
This suggests that the delay in male maturation in the 
wild is due to hormonal suppression related to the 
presence of already-mature adult males. 


Monogamous birds of paradise 


Nine species of birds of paradise, including the 
manucodes, are sexually monomorphic. The males 
and females have coloring that is the same or nearly 
so (they tend to be brown or black), and both lack the 
elaborate plumage that characterizes most other birds 
of paradise. These species are monogamous, meaning 
the males and females mate with only one partner at a 
time, and in some species pair for life. As in most 
monogamous species, the males help the females 
raise the young. 


These species typically feed mainly on simple 
fruits, such as figs. This type of fruit is relatively low 
in nutrients, compared to complex fruits and insects. 
Scientists think that the monogamous mating system 
may have developed in these species because two 
parents are necessary to provide enough nutrition to 
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KEY TERMS 


Cryptic—Drab, usually brownish coloration that 
makes an organism difficult to see in its natural 
habitat and allows it to hide from predators. 


Lek—A central area in which many males of a 
species perform mating displays simultaneously. 


Montane—Habitat on relatively cool, moist moun- 
tain slopes below the tree line. 


Sexual bimaturism—A condition in which the 
males and females of a species become sexually 
mature at different ages. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


Subalpine—Habitat on high mountain slopes, 
above the treeline. 


raise the young. Thus, in the birds of paradise, it 
appears that the diet of a species has influenced the 
evolution of its social system. 


Habitat loss 


Although much of New Guinea is still covered 
with rainforest, extensive areas are being logged 
or converted to agriculture. Moreover, because of pop- 
ulation growth and economic development the habitat 
destruction by deforestation will increase in the future. 
Some species of birds of paradise are found in highly 
limited ranges, so deforestation of their local habitat 
could result in their extinction. Other species are found 
throughout New Guinea, but only within a particular 
altitudinal range. For example, the blue bird of 
paradise occurs only between 4,200 and 5,900 ft 
(1,300-1,800 m). This species is under pressure from 
habitat loss associated with human colonization at 
these altitudes and is classified as vulnerable by the 
World Conservation Union (IUCN). 


In addition to habitat loss, many species are 
threatened by overhunting. After Europeans discov- 
ered the birds, the demand for their plumage to use as 
decoration increased, so that by 1900 the populations 
of many species were greatly reduced. At present, 
the importation of bird of paradise feathers into the 
United States and most of Europe is illegal. However, 
bird of paradise feathers and skins continue to be of 
great cultural importance for the indigenous high- 
landers of New Guinea, who use the feathers in head- 
dresses and other decorations. 


591 


asipeied jo spaig 


Birds of prey 


Six of 24 species of New Guinea birds thought to 
require urgent conservation action are birds of para- 
dise. To conserve the birds of paradise of New Guinea, 
a network of large rainforest reserves must be desig- 
nated. The network of protected areas should be 
designed to include large areas of the habitat of all 
New Guinea birds of paradise. The reserves would 
also provide habitat for many other rare species of 
New Guinea wildlife. If these reserves are to be suc- 
cessfully established, they must be managed in a man- 
ner that also provides sustainable livelihoods for the 
indigenous people of the area. One of the great chal- 
lenges of the future will be to balance human develop- 
ment with environmental conservation. 
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! Birds of prey 


Birds of prey are predators that catch and eat 
other animals. These birds are called raptors (from 
the Latin rapere, meaning to snatch), a reference to 
their specialized, powerful feet, which are used to seize 
their prey. Raptorial birds eat birds, small mammals, 
reptiles, amphibians, fish, and large insects. 


Birds of prey are members of five avian families 
within the order Falconiformes. The Accipitridae 
include the hawks, eagles, kites, harriers, and Eurasian 
vultures. Some widespread North American species in 
this family are the bald eagle (Haliaeetus leucocephalus), 
the red-tailed hawk (Buteo jamaicensis), the sharp- 
shinned hawk (Accipiter striatus), and the northern har- 
rier (Circus cyaneus). The Falconidae include the falcons 
and caracaras, such as the peregrine falcon (Falco 
peregrinus) and the merlin (F. columbarius). The 
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Pandionidae include only one species, the osprey 
(Pandion haliaetus), which has an almost worldwide dis- 
tribution. The Sagittartidae of Africa include only the 
secretary bird (Sagittarius  serpentarius). Finally, 
the Cathartidae (American vultures) live only in 
North, Central, and South America and include the 
turkey vulture (Cathartes aura), the black vulture 
(Coragyps atratus), and the endangered California con- 
dor (Gymnogyps californianus). 


Owls are also birds of prey. Their order 
Strigiformes include two families, the Tytonidae 
(barn owls), represented in North America by the 
barn owl (Tyto alba), and the Strigidae, including the 
eastern screech owl (Otus asio), the great horned owl 
(Bubo virginianus), the snowy owl (Nyctea scandiaca), 
and the tiny elf owl (Micrathene whitneyi), which is 
only 5 inches (13 cm) long. 


As a group, birds of prey eat large numbers of 
small mammals that might otherwise be pests of agri- 
culture or homes. Many people find raptors fascinat- 
ing because of the grace, speed, ferocity, and power 
that most species display as predators. However, 
others dislike them because certain species hunt game 
birds and songbirds, and in the past, raptors have been 
killed in large numbers. Large numbers of raptors 
have also been indirectly poisoned by the use of insec- 
ticides. For example, the widespread agricultural use 
of persistent, bioaccumulating, chlorinated-hydrocarbon 
insecticides such as DDT and dieldrin caused the col- 
lapse of populations of peregrine falcons, bald eagles, 
and other species of birds. The use of these pesticides is 
now restricted, and their effect on raptors is becoming 
less significant. The peregrine falcon, for example, has 
recovered somewhat in abundance and is no longer 
considered an endangered species in the United States. 
Nevertheless, populations of many birds of prey 
remain perilously small. 


See also Condors. 


I Birth 


Birth, or parturition, in mammals is the process in 
which a fully developed fetus is expelled from the 
mother’s uterus by the force of strong, rhythmic 
muscle contractions. The birth of live offspring is a 
reproductive feature shared by mammals, some fishes, 
and select invertebrates (such as scorpions), as well as 
some reptiles and amphibians. Animals who give birth 
to live offspring are called viviparous (“live birth”). 
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A hippopotamus mother with newborn and afterbirth. (Animals Animals/Earth Scenes.) 


In contrast to viviparous animals, other animals 
produce eggs; these animals are called oviparous (“egg 
birth”). Some oviparous species, such as birds, retain 
their eggs inside their bodies for long periods of time; 
in these animals, the eggs are laid at an advanced stage 
of development. Other animals, such as frogs, give 
birth to less developed eggs, which undergo develop- 
ment outside the mother’s body. 


Viviparous animals 


In both viviparous and oviparous animals, fertil- 
ization of the mother’s egg with the father’s sperm 
takes place inside the mother’s body. One of the 
advantages to giving birth to live young is that the 
mother protects the fetus inside her body as it devel- 
ops. The developing fetus derives nutrients from the 
mother’s body, and so is assured of receiving all the 
nourishment it needs to complete development. 


The length of time between fertilization and birth 
in viviparous animals is the gestation period, which 
varies according to species. The gestation period of 
mice is 21 days, of rabbits is 30-36 days, and of dogs 
and cats is 60 days. The largest mammal, the baleen 
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whale, has a gestation period of 12 months—only 
three months longer than the gestation period of 
humans. Elephants have one of the longest gestation 
periods of all animals, 22 months. 


Some viviparous animals such as humans, horses, 
and cows, usually give birth to only one offspring at a 
time, although occasionally these animals produce 
twins or triplets. Other animals give birth to many 
offspring at a time. Usually, multiple offspring in a 
litter are each derived from a separate eggs, but the 
armadillo gives birth to four identical offspring that 
are derived from the same fertilized egg. 


How does birth begin? 


At the end of the gestation period, the mother’s 
uterus begins to contract rhythmically, a process called 
labor. The initiation of labor leading up to birth is the 
result of a number of hormones, notably oxytocin. 


Maternal progesterone 


Shortly after fertilization the hormone progester- 
one increases and is maintained at high levels in the 
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Birth 


Physician at a Moscow maternity hospital holding a newborn 
baby. (© David & Peter Turnley/Corbis.) 


mother’s bloodstream. The high levels of progesterone 
prevent the uterus from contracting. The progesterone 
prepares the lining of the uterus (the endonestrium) 
for its supporting role in nurturing the developing 
fetus, and helps form the placenta. Maternal proges- 
terone levels begin to drop during the last weeks of 
gestation, while the levels of estrogen begin to rise. 
When progesterone levels drop to very low levels and 
estrogen levels are high, the uterus begins to contract. 


Oxytocin 


Oxytocin is a hormone released from the pituitary 
gland in the brain, which stimulates uterine contrac- 
tions and also controls the production of milk in the 
mammary glands of the breast (a process called lacta- 
tion). Synthetic oxytocin is sometimes given to women 
in labor to induce labor. 


The mechanism that prompts the secretion of oxy- 
tocin from the pituitary during labor is thought to be 
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Stage 1: Dilation of the cervix 


Stage 1: Dilation of the cervix. (Illustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


initiated by the pressure of the fetus’s head against the 
cervix, the opening of the uterus. As the fetus’s head 
presses against the cervix, the uterus stretches, and 
relays a message along nerves to the pituitary, which 
responds by releasing oxytocin. The more the uterus 
stretches, the more oxytocin is released. 


Fetal endocrine control 


Fetal hormones are also thought to play a role in 
initiating labor. At the end of gestation, the fetal adre- 
nal glands secrete steroid hormones called corticoste- 
roids, which stimulate the production of hormonelike 
substances known as prostaglandins that contribute to 
the contraction of the uterus during labor. 


Birth in humans 


Labor culminating in birth in humans begins with 
the rhythmic contractions of the uterus, which dilate 
the cervix. This causes the fetus to move down the 
birth canal and be expelled together with the placenta, 
which had supplied the developing fetus with nutrients 
from the mother. Usually the entire birth process takes 
about 16 hours, but it can range anywhere from less 
than one hour to 48 hours. 


The first stage: Dilation of the cervix 


In order for the fetus to leave the uterus and to 
enter the birth canal, it must pass through the cervix, 
the opening of the uterus. The cervix is normally 
tightly closed, and sealed with a plug of mucus during 
gestation to protect the fetus from invading micro- 
organisms. During the first stages of labor, the con- 
tractions of the uterus dilate the cervix, which widens 
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to about 4 inches (10 cm), to accommodate the passage 
of the baby’s head. 


In the last weeks of pregnancy, before labor 
begins, the uterus undergoes irregular contractions, 
which serve to exercise the muscles of the uterus and 
may even dilate the cervix; it’s not unusual for a 
woman to go into active labor with a cervix that 
is already dilated to 1 or 2 centimeters. During the 
last weeks of pregnancy, the cervix also thins out (or 
effaces), which makes dilation easier. 


In preparation for birth, the fetus moves further 
down into the mother’s pelvis. When labor begins, the 
fetus is usually positioned with its head engaged with 
the top of the cervix. This engagement is called “light- 
ening” or “dropping.” When labor begins, the con- 
tractions loosen the mucus plug in the cervix causing 
small capillaries in the cervix to break, and the mucus 
and blood are discharged from the vagina. This dis- 
charge is sometimes called “bloody show” and signals 
the onset of labor. 


Another sign that may signal the beginning of 
labor is the rupturing of the amniotic sac. In the uterus 
the fetus is encased in a membrane and literally floats 
in amniotic fluid. When uterine contractions begin, 
this sac ruptures and the amniotic fluid can leak 
from the uterus. Not all women experience an abrupt 
rupturing of the amniotic sac; in some, the amniotic 
fluid gradually leaks out as labor progresses. Once the 
amniotic sac has ruptured, or the amniotic fluid begins 
to leak, labor usually progresses more rapidly. During 
the first stage of labor, the cervix dilates about 0.5-0.6 
inches (1.2-1.5 cm) an hour. The uterine contractions 
are 5-30 minutes apart, and last for 15-40 seconds. The 
end of the first stage of labor is associated with the 
strongest uterine contractions. Contractions are two 
to five minutes apart, and last for 45-60 seconds. The 
cervix opens rapidly at this point. This period of labor, 
sometimes called transition, is usually the most diffi- 
cult for the mother. The contractions are very strong 
and close together, and nausea and vomiting are com- 
mon. After the cervix has dilated to its full width of 4 
inches (10 cm), the contractions slow down somewhat 
to about three to five minutes apart. The fetus is then 
ready to be born, and the second stage of labor begins. 


The second stage: Birth 


During the second stage, lasting about one to two 
hours, the mother uses her abdominal muscles to push 
the fetus through and out of the birth canal. 


The pushing is actually a reflex action, but if a 
woman can help the reflex by actively using her 
muscles, birth goes much faster. As the fetus moves 
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Stage 2: Expulsion of the fetus 


Stage 2: Expulsion of the fetus. (I//ustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


down the birth canal to the vaginal opening, the head 
begins to appear. The appearance of the head at the 
opening of the vagina is called crowning. After the 
head is delivered, first one shoulder is delivered, then 
the other. The rest of the body follows. 


After the baby is born, the umbilical cord that has 
attached the fetus to the placenta is clamped. The 
clamping cuts off the circulation of the cord, which 
eventually stops pulsing due to the interruption of its 
blood supply. The baby now must breathe air through 
its own lungs. 


The third stage: Delivery of the placenta 


Before delivery, the placenta separates from the 
wall of the uterus. Since the placenta contains many 
blood vessels, its separation from the wall of the uterus 
causes bleeding. This bleeding, if not excessive, is nor- 
mal. After the placenta separates from the uterine 
wall, it moves into the birth canal and is expelled 
from the vagina. The uterus continues to contract 
even after the placenta is delivered, and it is thought 
that these contractions serve to control bleeding. 


History of childbirth 


Until the twentieth century, childbirth was the 
province of women. A woman giving birth was 
attended by her female relatives and perhaps a woman 
in the community known for her midwifing skills. As 
the scientific revolution of the seventeenth century took 
place, concerned physicians noticed that childbirth was 
a dangerous, often fatal, process. Infections, injury, and 
even death were the result to both baby and mother 
when unskilled midwives attempted to manage 
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Stage 3: Expulsion of the placenta 


Stage 3: Expulsion of the placenta. (I//ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


complications. Gradually, childbirth changed from an 
entirely female-centered activity to a medical process 
overseen by predominantly male physicians. By the 
early twentieth century, childbirth moved from the 
home to the hospital. By the mid-twentieth century, 
childbirth had become a completely medical process, 
attended by physicians and managed by medical equip- 
ment and procedures, such as fetal monitors, anesthe- 
sia, and surgical interventions. 


Later in the twentieth century, some women 
became dissatisfied with this medical approach to 
birth. Many felt that the medical establishment had 
taken control of a natural biological process. Women 
wanted more control over labor and birth and new 
ways of giving birth that sought to reduce or eliminate 
the medical interventions became popular. With the 
increasing concern about the effect of anesthesia on 
the fetus, many women refused artificial means of 
controlling pain, and instead relied on breathing and 
relaxation techniques. Fathers, once banished from 
labor and delivery rooms, were now welcomed as 
partners in the birth process. 


Today, women have many options for labor and 
birth. Some women deliver in a hospital with doctors 
and nurses close by to supervise the birth process. 
Others choose a nurse-midwife, a person who has 
been trained to deliver babies but who is not a doctor. 
Still others choose home birth, attended either by a 
doctor or midwife, or sometimes both. Whichever 
option a woman chooses, it is important to get good 
medical care throughout pregnancy. Periodic prenatal 
checkups are one of the best ways to avoid birth 
complications. 
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KEY TERMS 


Amniotic fluid—The fluid in which the fetus lives 
in the uterus. 


Amniotic sac—The sac that contains amniotic 
fluid. 


Gestation—The period of carrying developing off- 
spring in the uterus after conception; pregnancy. 
Labor—Strong, rhythmic uterine contractions lead- 
ing to birth. 

Placenta—The organ that develops during gesta- 
tion through which a fetus receives nourishment 
from the mother. 


Prostaglandins—A substance released by uterine 
cells that cause uterine contractions. 


Umbilical cord—tThe cord that attaches the fetus to 
the placenta. 


Types of childbirth preparation 


Many childbirth experts believe that the more a 
mother knows about the birth process, the less fear 
and apprehension she will feel. Many childbirth prep- 
aration methods prepare both mother and father for 
the birth experience and teach relaxation and breath- 
ing techniques. The Read method, for instance (named 
after its founder, British physician Grantley Dick- 
Read), is based on the notion that fear leads to pain. 
The Read method includes childbirth education, exer- 
cises to improve muscle tone, and relaxation techni- 
ques. The Lamaze method (named for Dr. Ferdinand 
Lamaze) takes a psychological approach to managing 
labor. The Lamaze method teaches women to relax 
and breathe in response to pain, the theory being that 
this substitution of favorable activity for negative sen- 
sations reduces pain. The Bradley method focuses on 
deep relaxation and slow, deep breathing, and ascribes 
an important role to the father. 


Types of anesthesia 


Two types of anesthesia are commonly used dur- 
ing labor and birth. In general anesthesia, the mother 
is given drugs that put her to sleep, but this type of 
anesthesia is rarely used today, since the drugs can 
depress the fetal heartbeat. In regional anesthesia, 
drugs are injected to deaden sensation around the 
spinal nerves that carry sensations from the pelvic 
region. Controversy about whether these drugs affect 
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the fetus is ongoing, although some kinds of regional 
anesthesia affect the fetus less than others. 


See also Embryo and embryonic development; 
Reproductive system; Sexual reproduction; Viviparity. 
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Birth control see Contraception 


| Birth defects 


Birth defects or congenital defects are those 
present at birth. They result from heredity, environ- 
mental influences, or maternal illness. Such defects 
range from the very minor, such as a dark spot or 
birthmark that may appear anywhere on the body, to 
more serious conditions that may result in marked 
disfigurement, impaired functioning, or decreased life- 
span. A classification of structural defects can be as 
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follows: Malformation (poor formation), deformation 
(due to fetal constraint that can result in damage 
(e.g., central nervous system damage or limb reduc- 
tion) and disruption of previous normally formed 
structures (due to vascular damage, vascular exchange 
of necrotic debris). 


A number of factors individually or in combina- 
tion may cause birth defects. Heredity plays a major 
role in passing birth defects from one generation to the 
next. Inherited conditions are passed on when a baby 
receives a flawed gene from one or both parents. 
Conditions such as sickle cell anemia, color blindness, 
deafness, and extra digits on the hands or feet are 
hereditary. The condition may not appear in every 
generation, but the defective gene usually is passed on. 


Causes of defects 


Low birth weight deriving from a fetal growth 
restriction (FGR) is the most common birth defect, 
with one in every 15 babies being born at less than 
their ideal weight. A baby whose weight lies in lowest 
10% of the normal population is designated as having a 
FGR. A baby who weighs 5 pounds, 8 ounces (2,500 g) 
at birth has a low birth weight. One weighing 3 pounds, 
5 ounces (1,500 g) has a very low birth weight. A low— 
birth weight baby born after a normal gestation period 
is called a small-for-date or small-for-gestational-age 
baby. 


A mother’s exposure to chemicals (such as mer- 
cury) or to radiation during the first three months of 
pregnancy may abnormally alter the baby’s growth or 
development. Poor maternal nutrition may also be a 
factor in a baby’s birth defect. A balanced and healthy 
diet is essential to the proper formation of the fetus 
because the developing baby receives all of its nutri- 
tion from its mother. 


Prenatal fetal development may also be affected 
by disease that the mother contracts, especially those 
that occur during the first trimester (three months) of 
pregnancy. For example, if a pregnant woman catches 
rubella (German measles), the virus crosses the pla- 
centa and infects the fetus, where it interferes with 
normal metabolism and cell movement and can cause 
blindness (from cataracts), deafness, heart malforma- 
tions, and mental retardation. The risk of the fetal 
damage resulting from maternal rubella infection is 
greatest during the first month of pregnancy (50%) 
and declines with each succeeding month. 


It is especially important that the mother not 
smoke, consume alcohol, or take drugs while she is 
pregnant. Drinking large quantities of alcohol can 
cause fetal alcohol syndrome (FAS), a condition that 
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Birth defects 


produces small eyes and a short, upturned nose that 
is broad across the bridge, making the eyes appear 
farther apart than normal. These babies also are 
underweight at birth and do not catch up as time 
passes. They often have some degree of mental retar- 
dation and may exhibit behavior problems. A mother 
who takes illicit drugs such as heroin, crack, or cocaine 
will give birth to a baby who is already addicted. The 
addiction may not be fatal, but the newborn may 
undergo severe withdrawal, unless the addiction is 
revealed and carefully treated. Furthermore, some 
behavior problems and cognitive deficits are suspected 
to be associated with fetal drug exposure and 
addiction. 


Even some therapeutic drugs taken by pregnant 
women have been shown to produce birth defects. The 
most notorious example is thalidomide, a mild sedative- 
hypnotic agent. During the 1950s women in more than 
20 countries who took this drug gave birth to more 
than 7,000 severely deformed babies. The pattern of 
malformation seen in affected infants included phoco- 
melia, in which long bones in the arms and legs are 
extremely short or missing altogether; polydactyly, 
which produces extra digits on hands and/or feet; 
syndactyly, in which digits are fused together; facial 
capillary hemangiomas, or “strawberry marks,” 
benign blood vessel tumors; hydrocephalus, an accu- 
mulation of cerebrospinal fluid in the skull, which can 
lead to brain damage; as well as renal, cadiovascular, 
ear, eye, and intestinal anomalies. 


Physical birth defects 
Clubfoot 


Approximately 1 newborn out of every 735 has a 
form of clubfoot. In the most serious form, known as 
equinovarus, the foot is twisted inward and downward 
and the foot itself is cupped or flexed. If both feet are 
clubbed in this manner the toes point to each other 
rather than straight ahead. Often the heel cord or 
Achilles tendon is taut so that the foot cannot be 
straightened without surgery. 


A milder and more common type of clubfoot is 
called calcaneal valgus, in which the foot is bent 
upward and outward in the same way that you 
would flex your foot at the ankle. Still other forms 
include talipes cavus in which the instep is abnormally 
elevated; talipes valgus in which the heel is turned 
outward, and talipes varus in which the heel is turned 
inward. Seriously deformed clubfeet require surgery to 
realign the bones and ligaments. Milder forms often 
can be cured by fitting the baby with corrective shoes 
to gradually move the bones back into alignment. 
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Cleft lip and cleft palate 


Approximately 7,000 newborns (1 of every 930 
births) are born with cleft lip and/or palate each year 
in the United States. These are conditions in which the 
fetus’s palatal plates remain split after the second 
month of gestation, when they would normally fuse. 
Although cleft lip and palate are two distinct anoma- 
lies, they frequently occur together. The cleft may 
involve only the upper lip, may extend into the palate, 
or may be located on the back of the palate. Cleft lip 
with or without cleft palate occurs in 60-75% of the 
cases. Twenty-five to 40% are isolated cleft palate. 
These failures are a consequence of the abnormal 
migration and proliferation of facial embryonic tissues 
called mesenchyme. The defect occurs most often 
among Asians and certain Native American groups, 
less frequently among whites, and least often among 
African Americans. 


Approximately 25% of infants born with cleft 
palate inherit the trait from one or both parents. The 
cause for the other 75% remains unknown, but may be 
a combination of heredity, poor nutrition, drug use, or 
disease. Maternal smoking represents the most con- 
troversial association. 


Surgery is especially important to correct palate 
defects. Feeding a baby with cleft palate is difficult 
because the food can pass through the palate into the 
nasal cavity, where it can be inhaled and cause chok- 
ing. In the newborn, whose bones have not completely 
hardened, surgery is relatively simple. As the child 
ages, however, correction is more difficult and the 
child will require speech therapy. 


Spina bifida 


Spina bifida or open spine occurs once in 2,000 
births in the United States. The term spina bifida 
means the spine is cleft, with an opening or space, in 
two parts. It is a type of neural tube defect that, after 
cardiac malformations, is the second-most prevalent 
neonatal anomaly in the United States. Spina bifida 
occurs when the edges of the spine, which should grow 
around the spinal cord, do not meet. An open area 
remains, which can mean that an area of the spinal 
cord (or, in the most severe cases, the entire spinal 
cord) are unprotected. The mildest form may be so 
slight that the defect does not have any effect on the 
child and is discovered by accident, usually when an 
x-ray is taken for another reason. 


Spina bifida may present itself as a cyst, ranging in 
size from a walnut to a grapefruit, in which some parts 
of the meninges (layers of connective tissue covering 
the spinal cord), spinal cord, or both are contained. 
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The lump can be removed surgically. In the most 
serious form, the lump or cyst has little skin or cover- 
ing so spinal fluid may leak from it. Roots of spinal 
nerves are contained within the cyst, which may also 
be covered with sores. Infection is a serious risk until 
surgery has been performed and the area has healed. 
Unfortunately, this condition may leave the child’s 
legs partially or completely paralyzed and without 
feeling. Other associated problems may include blad- 
der and bowel control. 


Newborns with spina bifida often have an associ- 
ated condition called hydrocephalus, which literally 
means water in the head. In this condition, cerebro- 
spinal fluid collects and is trapped in and around 
the brain. Brain damage and mental retardation can 
result if the fluid is not allowed to drain. This can be 
accomplished by implanting a special tube (called a 
shunt) leading from the brain down into a vein in the 
child’s neck or chest to allow the fluid to drain. 
Hydrocephalus also can occur in infants who do not 
have spina bifida. 


Spina bifida can be diagnosed before birth by 
amniocentesis (by dosing the intra-amniotic alpha- 
feto protein) or ultrasound. The Spina Bifida 
Association urges women to take at least 400 mg of 
folic acid just before and throughout pregnancy; this 
can reduce the chance of spina bifida and other neural 
tube defects by as much as 70%. 


Heart defects 


Congenital heart defects occur in 1 of every 115 
births in the United States. The defect may be so mild 
that it is not detected for some years, or it may be fatal. 
A baby with a heart defect may be born with a bluish 
tinge around its lips and on its fingers. This condition, 
called cyanosis, is a signal that the body is not receiv- 
ing enough oxygen. The blue color may disappear 
shortly after birth, indicating that all is normal, or it 
may persist, indicating that further testing is needed to 
determine the nature of the heart defect. 


A normal heart has four chambers; two upper, 
called the atria (singular: atrium) and two lower, called 
the ventricles. The right side of the heart receives 
deoxygenated blood that is returning from the body. 
This oxygen-poor blood arrives in the right atrium, 
where it is pumped into the right ventricle. The right 
ventricle sends the blood to the lungs, where it is picks 
up plenty of oxygen. This oxygen-rich blood then 
enters the left atrium and is pumped into the left 
ventricle, which pumps oxygen-rich blood through 
the aorta to all the organs and tissues of the body. 
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During fetal development, blood circulates differ- 
ently, because the fetus’s blood does not need to flow 
through its lungs. It receives its oxygen from the 
mother through the placenta via the umbilical cord. 
Since the atria communicate during fetal life, blood 
rich in oxygen coming from inferior vena cava crosses 
the foramen ovale and flows into the left atrium, 
bypassing the lungs. (Eventually the foramen ovale is 
closed from the higher pressure generated at the left 
side after the lungs expand at birth.) 


Another special shunt, the arterious duct connects 
the main pulmonary artery to the aorta. In this way, 
bloodflow that enters the right atrium also enters the 
right ventricle, then the main pulmonary artery, then 
into the ductus arteriosus, which connects to the aorta. 
In this way the vast majority of blood flow bypasses 
the lungs during fetal development. Normally the 
shunts should close at birth, and the baby’s lungs 
should deliver oxygen to the blood. Sometimes, how- 
ever, the shunt does not close properly, and blood is 
not appropriately circulated through the lungs. When 
this occurs, surgery is required to close the shunt and 
restore normal circulation. 


If undetected at birth, a heart defect may impair a 
child’s growth. He will be unable to exert the energy 
that other children do at play because he cannot sup- 
ply sufficient oxygen to his body. He may become 
breathless at small amounts of exertion and may 
squat frequently because it is easier to breathe in that 
position. 


Some minor defects may disappear over time as 
the child grows. A small hole in the wall between the 
left and right sides of the heart, which allows the 
mixing of oxygen-poor and -rich blood, for example, 
may spontaneously close over time. A larger defect 
requires surgical patching. 


Some newborns may have only one upper cham- 
ber or only a single lower chamber of the heart. The 
aorta, where it begins at the heart, may be narrowed 
(stenosed) and impair the blood flow from the heart. 
Some heart valves may not function correctly, and 
occasionally the vessels may be transposed so that 
the aorta leads from the right side of the heart, deliv- 
ering oxygen-poor blood to the organs and tissues. 


These are only a few of the heart anomalies that 
can be present in newborn children. The heart is a 
complicated organ and its formation can be influenced 
by hereditary factors as well as by alcohol consump- 
tion or smoking. Fortunately, most heart defects cor- 
rect themselves over time or can be corrected with 
surgery. 
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Birth defects 


Other physical deformities 


Physical defects in newborns are common. They 
can affect any of the bones or muscles in the body and 
may or may not be correctable. Among the more 
common are the presence of extra fingers or toes (pol- 
ydactyly), which presents no health threat and can be 
corrected surgically. Similarly, webbed fingers and 
toes, a genetic disorder, seen in approximately one of 
every 1,700 to 2,000 births, can be treated surgically to 
create a normal appendage. 


A more serious, though relatively rare, condition 
is called achondroplasia; this term means “without 
cartilageformation” and refers to the supposed lack 
of cartilage growth plates near the ends of a child’s 
bones. In fact, the plates are present, but grow poorly. 
Achondroplasia is a type of dwarfism. This genetic 
disorder is seen in one in 20,000 births and is one of 
the oldest-known birth defects. Ancient Egyptian art 
shows individuals with this condition. The cause is not 
known, nor is there a cure. Children who have this 
condition will be slow to walk and sit because of their 
short arms and legs, and this may be interpreted as 
mental retardation. However, they have normal 
intelligence. 


Hereditary diseases and syndromes 


In addition to physical deformities, certain dis- 
eases and syndromes also are passed to the infant 
through the parents’ genes. Some of these conditions 
can be controlled or cured while others are untreatable 
and fatal. 


Sickle cell anemia 


Sickle cell anemia is an inherited disease of the 
blood cells that occurs in about | of every 400 African 
Americans. An individual can be a carrier of sickle cell 
anemia, in which case he or she has the gene but does 
not show any active signs of the disease. If two carriers 
produce a child, however, it may have sickle cell 
anemia. 


The disease gets its name because certain red 
blood cells assume a sickle shape and lodge in small 
blood vessels. This altered shape is a function of the 
hemoglobin molecule present in red blood cells. Two 
forms of hemoglobin make up these cells: hemoglobin 
A (Hb A) and hemoglobin B (Hb B). In individuals 
with sickle cell anemia, Hb B is instead produced as 
Hb S, a form of hemoglobin with a rigid, sickle shape 
that deforms the red blood cell. When the cell becomes 
wedged in a small blood vessel it prevents the flow of 
blood through the vessel and can initiate what is called 
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a sickle cell crisis. The lack of blood flow to the tissues 
being blocked causes pain and inflammation of the 
oxygen-deprived tissue. 


Abnormal red blood cells are removed from the 
circulatory system by the spleen, but removing large 
numbers of such cells can lead to anemia, an inad- 
equate number of red blood cells. Unfortunately, the 
breakdown of abnormal red blood cells can in itself 
cause a serious condition in which excess iron, scav- 
enged from the hemoglobin molecule, is deposited in 
tissues such as the heart and liver. So, although 
replacement of the destroyed red blood cells could be 
achieved with blood transfusion, the replacement cells 
will only add to the iron content of blood. There is no 
cure for sickle cell anemia, though scientists are learn- 
ing how to better control it to prevent sickling of the 
blood cells. 


Tay-Sachs disease 


Tay-Sachs disease affects Ashkenazi Jews of east- 
ern European origin, and is a condition that is fatal at 
an early age. A carrier will have a gene for Tay-Sachs 
disease and another gene that is normal. If two carriers 
have children, every pregnancy will have a 25% chance 
of producing a completely normal child; a 50% chance 
of producing a child who will carry the trait, but reveal 
no symptoms; and a 25% chance of producing a child 
who actually suffers from the disease. 


Newborn Tay-Sachs children lack a blood enzyme 
called hexosaminidase A, which breaks down certain 
fats in the brain and nerve cells. When first born, the 
baby appears totally normal. However, over a short 
period of time, the brain cells become clogged with 
fatty deposits, and the child begins to lose functioning. 
As the disease progresses, the child will no longer be 
able to smile, crawl, or turn over, and will ultimately 
become blind and unaware of his surroundings. The 
child usually dies by the age of three or four years. 


There is currently no cure for Tay-Sachs disease, 
although carriers can be detected by a simple blood 
test that measures the amount of hexosaminidase A. A 
carrier will have half the amount of the enzyme as a 
normal person, and two carriers can be counseled to 
explain the probability of producing an offspring with 
Tay-Sachs disease. Researchers are trying to find a 
way to provide sufficient levels of the missing enzyme 
in the newborn, or to find a suitable substitute that 
could be supplied as the child ages, much like insulin is 
used to treat diabetes. A more _ technologically 
advanced line of research is examining the possibility 
of transplanting a normal gene to replace the defective 
one in carriers. 
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KEY TERMS 


Hemoglobin—The iron-containing substance 
within red blood cells that gives blood its red 
color and carries oxygen to the body’s cells. 


In utero—In the uterus; prior to birth. 


Phocomelia—from the Greek for “seal limbs,” a 
congenital defect in which long bones are 
extremely short or absent altogether, and the 
hands and feet are are flipper-like. 


Placenta—The flat, plate-like organ of exchange 
between the blood of the mother and that of the 
embryo. It attaches to the wall of the uterus and 
provides nutrients and oxygen for the embryo and 
removes wastes from the embryo. 


Down syndrome 


One in every 800-1,000 babies is born with Down 
syndrome. Down syndrome babies may have eyes that 
slant upward, small ears that may turn over at the top, 
a small mouth and nose that also is flattened between 
the eyes (at the bridge). Mental retardation is present 
in varying degrees, but most Down syndrome children 
have only mild to moderate retardation. Generally 
these children walk, talk, dress themselves, and are 
toilet trained later than children with normal 
intelligence. 


Down syndrome results when either the egg or the 
sperm that fertilizes it has an extra chromosome. 
Normally a human has 23 pairs of chromosomes, for 
a total of 46. An extra chromosome, specifically an 
extra number 21 chromosome, present when the egg is 
fertilized, leads to a baby with Down syndrome. Of 
course, if either parent has Down syndrome, the prob- 
ability of passing the condition on to the offspring is 
increased. Also, parents who have had one Down 
syndrome child and mothers older than 35 years of 
age are at increased risk of having a Down syndrome 
baby. There is no cure, though many of these children 
can go on to attend school and hold jobs. 


It should be apparent from this small sample, that 
some birth defects are hereditary, passed from parents 
to offspring; genetic therapy offers hope that this sit- 
uation may change in the future. Other birth defects 
result from infections the mother contracts during 
pregnancy, or from maternal consumption of alcohol 
or drugs, use of tobacco, or exposure to radiation or 
chemicals during pregnancy. In some cases, these birth 
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defects can be prevented through education or 
improved prenatal care. 


See also Embryo and embryonic development; 
Genetics. 
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Bismuth see Element, chemical 


l Bison 


The American bison (Bison bison) is a large, her- 
bivorous land mammal native to the grasslands and 
open forests of North America. It is a member of the 
family Bovidae, which also includes cattle, sheep, and 
goats. When French explorers first saw these large, 
shaggy, cow-like animals, they called them boeufs, 
the French word for “cattle.” This later became angli- 
cized into the word “buffalo,” a name still applied to 
the bison, despite the fact that there are other bovids in 
Africa and Asia more properly known as buffalo. 


There are two subspecies of American bison, the 
plains bison (B. b. bison) and the wood bison (B. b. 
athabascae). The wood bison lives west and north of 
the plains bison, and is larger and darker in color. 
Because its habitat is open woodland and muskeg, 
it does not live in such huge herds as the plains bison 
once did. However, some taxonomists do not recog- 
nize wood bison and plains bison as separate 
subspecies. 
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Bison 


Bison (Bison bison) in Golden Gate Park, California. (Robert J. 
Huffman. Field Mark Publications.) 


Bison probably came to North America from 
Eurasia during the most recent ice age. They did this 
perhaps 25,000 years ago, by traveling along a land- 
bridge across the present-day Bering Strait. The land- 
bridge existed because sea level was lower then, owing 
to so much of Earth’s water being on land in the form 
of glacial ice. The only Eurasian remnant is the 
European bison or wisent (B. bonasus), which now 
only survives in a few small free-ranging and captive 
herds (about 2,900 animals as of 2000) in Belorussia, 
Poland, Ukraine, and Russia. Another population of 
wisents in the Caucasus Mountains became extinct in 
1925. The wisent is somewhat smaller than the 
American bison and does not have as large a hump. 


America’s largest mammal 


The male (or bull) bison can reach 6.5 ft (2 m) in 
height and measure up to 12 ft (3.7 m) long, and is 
twice as large as the female (or cow). Male bison 
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commonly weigh 2,000 lb (900 kg), but animals twice 
as large have been reported. American bison have a 
huge hump across the shoulders, which rises 1 ft (30 
cm) or more above the top of their head. The dark 
brown hair growing on the hump is long and shaggy, 
and the thick body fur allows bison to tolerate air 
temperatures as low as -49°F (-45°C). In the spring, 
bison molt their winter coat and great quantities of 
their hair falls off. The back half of their body has 
short, lighter-colored hair. The head is covered with a 
helmet of thick black hair that terminates under the 
chin as a “goatee.” Extremely rare white bison are 
revered by Native Americans of the Plains. When 
one was born in 1994, people traveled long distances 
to Wisconsin to see it. As the calf grew older, however, 
its fur turned darker. 


Bison have large, curved, hollow horns growing 
sideways from their big, heavy head, which are never 
shed. The horns may reach a length of 24-26 in (60-65 
cm), but are usually much shorter. The horns of 
females curve back toward the head more than that 
of males. Bison have no front teeth, and eat grass and 
other herbaceous plants by wrapping them around 
their tongue and pulling to break them off the root- 
stock. Bison are ruminant animals. As such, they have 
a four-chambered stomach and chew a cud. 


Their short tail is used both as a flyswatter and as 
an indicator of excitement, for the normally drooping 
tail rises into the air when a bison is angry or otherwise 
excited. Bison are subject to attack by numerous biting 
flies and ticks, and they have a habit of rolling in 
dirt or mud to relieve their itchiness. Because of their 
hump they cannot roll over completely, so they rock 
and kick first on one side and then on the other. This 
maneuver is called wallowing, and it also helps get rid 
of molting hair. 


Life in the herd 


Estimates of the prehistoric numbers of bison on 
the American plains, before the arrival of Europeans, 
vary from 30-80 million. At the time, bison were a 
“pantry on the hoof” for the Plains tribes of Native 
Americans, who used the animals for food, clothing, 
fuel, and shelter, killing only what they needed to 
survive. 


Bison herds move around constantly in search of 
food and water, and typically travel several miles a 
day. Unlike many migrating animals, bison do not 
follow set paths each year, and even minor stimuli 
can change their direction of travel. This might be a 
strange scent in the wind, an unfamiliar animal cross- 
ing their path, or a dried-up water hole. The only set 
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pattern to their migration is that they meander north 
to find a good place to raise their young in the summer, 
and then south to ride out the winter. The herd follows 
experienced, lead animals. Bison in herds continually 
make noises to each other, using roars, grunts, sneez- 
ing, snorts, and bawling to communicate different 
meanings. 


The least hint of danger can set a herd stampeding 
across the prairie. The stampede speed may reach 35 
mph (56 km/h), although they cannot keep that speed 
up for more than about half an hour. If running does 
not shake their pursuers, bison may turn abruptly and 
charge. The animal’s skull in the forehead is double- 
thick, protecting the brain from damage during 
impact. 


Bison reproduction 


In the early summer, bulls and cows gather for the 
rut. During the rut, bulls challenge each other for the 
right to mate with cows. Cows first mate when about 
two years old, but bulls do not do so until they are 
older and strong enough to challenge dominant males. 
A few loud roars and an enthusiastic demonstration of 
kicking and wallowing is usually enough to convince a 
lower-ranked bull to look elsewhere for a mate. Only 
rarely does an actual fight occur, when bulls lock 
horns and charge each other. 


When a dominant bull selects a mate, he bonds 
with her by grazing side by side for some hours, away 
from the rest of the herd. After a brief nocturnal 
mating, the companionship may continue for a brief 
time, but then the male departs, looking for another 
female. The females usually mate only once. 


The gestation period lasts nine-and-a-half 
months, and new calves are born in the spring. This 
begins about mid-April, though births may continue 
into the early autumn. Newborn calves are cinnamon- 
colored, weigh about 50 lb (23 kg), and can walk and 
nurse within 2-3 hours of birth. The calves start to eat 
grass within about 15 days, and at about two months 
of age their hump and horns begin to show and their 
coat darkens to the adult color. Bison typically live to 
an average age of about 20 years in the wild, but can 
reach 40 years in captivity. 


The disappearing bison 


The enormous bison herds of North America 
shrank rapidly in the face of relentless over-hunting 
during the westward migration of European settle- 
ment. The presence of bison conflicted with the aspi- 
rations of people looking for land to settle and farm, 
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KEY TERMS 


Bovid—An animal of the Bovidae, or cow family, 
characterized by a grazing habit and having hollow 
horns. 


Molt—To lose one type of hair in preparation for a 
new type to grow in. Bison molt twice a year as the 
seasons change. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Rut—The period during which males challenge 
each other to acquire access to females. 


Wallowing—Rolling and kicking in the dust to 
eliminate insect pests and scratch itchy skin. 


and with the aims of government, which wanted to 
subdue the native tribes of Plains Indians. As the rail- 
roads were built through the Central Plains, travelers 
were encouraged to shoot bison from the windows of 
the train, for fun and excitement. The carcasses were 
often left to rot. More important, however, was the 
huge market hunt for the plains bison, with trainloads 
of butchered carcasses and hides being shipped to 
markets in American cities. By 1905, the excessive 
hunting resulted in only an endangered 500 bison left 
surviving on their range in the United States. A herd of 
endangered wood bison, discovered in northwestern 
Canada in 1957, is protected in Wood Buffalo 
National Park and nearby areas. 


Although bison are still a threatened species, there 
has been some recovery and there are now substantial 
wild herds in some places, such as Yellowstone 
National Park. Some ranchers are raising semi-domestic 
animals and sell buffalo meat, which has less choles- 
terol than beef. It has even been suggested that herds 
of bison might once again be allowed to roam free on 
parts of the North American prairie, creating a tourist 
attraction to bring money to economically depressed 
areas. However, not much suitable habitat is left in a 
natural condition, and the enormous bison herds of 
the past will never again be seen. 
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Biting lice see Lice 


| Bitterns 


Bitterns are about 12 species of wading birds in 
the subfamily Botaurinae of the family Ardeidae, 
which also includes herons and egrets. There are two 
genera: four species of the relatively large and stocky 
true bitterns (Botaurus spp.), and eight species of 
the much smaller and more slender, least bitterns 
(Ixobrychus). 


Bitterns have brown-and-black, vertically streaked 
plumage, which renders them well camouflaged in 
their marshy or reed-fringed habitats. Male and 
female bitterns have identical plumage. When a poten- 
tial predator is in the vicinity, bitterns will try to blend 
in with their surroundings by extending their neck and 
bill upright, compressing their brownish-streaked 
breast plumage, and facing the intruder. Bitterns 
may also sinuously wave their body to emulate the 
movements of the surrounding, wind-blown reeds 
and bulrushes. 


Bitterns are unobtrusive animals, and many people 
are unaware of the presence of these animals, even in 
marshes where they are breeding. Bitterns fly with a 
slow wingbeat, low over the tops of the marsh vegeta- 
tion, and then suddenly drop down out of sight to land. 


Bitterns mostly eat fish, but they also take aquatic 
invertebrates, snakes, frogs, baby birds, and small 
mammals when these are available. Bitterns slowly 
and deliberately stalk their prey, and then capture 
their victim by quickly spearing it with a rapid thrust 
of the beak. 

Bitterns usually nest on rough platforms that they 
construct out of sticks or marsh vegetation. The nest 
may be placed in a concealed place on the ground, or 
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An American bittern in Florida. (JLM Visuals.) 


in a shrub or low tree. Bitterns lay three to six eggs, 
which are incubated by the female, who is also mostly 
or totally responsible for rearing the brood. 


Species of bitterns 


The American bittern (Botaurus lentiginosus) breeds 
in freshwater and brackish marshes over most of the 
temperate zone of North America, and as far south as 
central Mexico. Most North American populations 
migrate to the southern United States and Central 
America to spend their non-breeding season. American 
bitterns mostly eat fish, but they will also prey on other 
appropriately sized, aquatic prey. Male American bit- 
terns have a distinctive song in the springtime, when 
they are establishing a breeding territory and attempting 
to attract a mate. This booming call can be heard over a 
distance of several miles, and more or less sounds like a 
pumping, “ong-ka-chonk.” Some local names of the 
American bittern reflect its call: “thunder pump” and 
“stake driver.” Other species of Botaurus occur in non- 
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KEY TERMS 


Marsh—A type of productive wetland that is domi- 
nated by tall, emergent plants, such as reeds, bul- 
rushes, and cattails. 


Superspecies—A complex of closely related groups 
of organisms that are geographically, ecologically, 
and morphologically distinct, but are nevertheless 
considered to be the same species. The seasise 
sparrows are a superspecies, in which many of the 
various subspecies were formerly believed to be 
separate species. 


Wader—This is a general term for various long- 
legged, long-necked, long-beaked, short-tailed 
birds of marshes and swamps that stand in shallow 
water while stalking their prey. Waders include 
species in the heron family, as well as birds in 
other families, such as storks, ibises, flamingos, 
spoonbills, and cranes. 


overlapping ranges on other continents. These species 
are all rather similar, and although considered to be 
taxonomically distinct, they form a closely-related, 
“superspecies.” The other species of bitterns include 
the Eurasian bittern (Botaurus stellaris) of Europe and 
Asia, the Australian bittern (B. poiciloptilus), and the 
South American bittern (B. pinnatus). 


The least bittern (xobrychus exilis) is the smallest 
species of heron in North America. This secretive 
species breeds widely in freshwater and coastal 
marshes in the eastern United States and southeastern 
Canada. Least bitterns also breed in a disjunct, west- 
ern range in California and Oregon, and south to 
Brazil, Paraguay, and northern Argentina. Northern 
populations of the least bittern migrate to northern 
Mexico and Baja California for the winter. The least 
bittern mostly feeds on small fish, which it stalks 
patiently and then spears with its bill. 


The various species of Jxobrychus also have non- 
overlapping ranges, and also form a closely-related 
“superspecies.” The species include the little bittern 
(I. minutus) of Europe, Asia, Africa, and Australia, 
and the Chinese little bittern (/. sinensis) of eastern Asia. 


Conservation of bitterns 


Habitat losses associated with the drainage of wet- 
lands for agricultural and residential developments 
are the most important threats to bitterns in North 
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America and elsewhere. Pollution may also be signifi- 
cant in degrading habitat in some regions. 


As a result of these and other stressors, the pop- 
ulations of both American bitterns and least bitterns 
are widely acknowledged as having declined substan- 
tially in North America. There is significant concern 
about the population status of both species in most 
parts of their ranges in the United States and Canada. 


Like so many other species that require wetlands 
as habitat, the survival of bitterns can only be ensured 
by caring for the ecosystems of which they are an 
integral part. In this case, the key is the conservation 
and protection of wetlands. 
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| Bivalves 


Bivalve molluscs belong to the class Bivalvia (or 
Lamellibranchia) of the phylum Mollusca. Known by 
such common names as clams, mussels, cockles, oys- 
ters, and scallops, bivalves are among the most famil- 
iar aquatic invertebrates. They occur in large numbers 
in marine, estuarine, and freshwater habitats all over 
the world. More than 30,000 living species of bivalves 
have been described. The main divisions of the 
Bivalvia are the Protobranchia (the primitive nut- 
shells), the Filibranchia (the mussels, scallops, and 
oysters), and the Enamellibranchia (the cockles, 
clams, venus shells, razor shells, and shipworms). 


The name bivalve refers to the shell, which con- 
sists of two pieces or valves, right and left, held closed 
by a pair of adductor muscles, and joined together by 
an elastic hinge ligament. The internal, compressed 
body is completely enclosed by the shell valves, except 
for a hatchet-shaped, muscular foot, which can be 
extended between the lower edges of the shell so that 
the mollusk can burrow in soft sand or mud. The two 
halves of the shell are secreted by the two lobes of the 
body wall (the mantle), and consist of layers of cal- 
cium carbonate crystals embedded in a protein matrix. 
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Those glochidia that reach a fish 
clamp their valves onto its gills or 


With some clam species, the 
presence of a fish stimulates 
the female to expell glochidia 
at it; with others, the larvas are 
simply released into the water 
where the passing of a fish 
prompts them to begin moving 
about by clapping their shells. 


The zygotes develop within 
the mother into bivalved 
larvas called glochidia, 

which do not develop further 
unless they become attached 
to a fish. 


A female clam's eggs are held 
within her gills and fertilized by 
sperm carried from a male clam 
on the current. 


S. ast majo 


don't find 


The parasitic stage lasts 
for 3-12 weeks, after which 
the juveniles are sufficiently 
developed to drop off and 
survive as independent 


The life cycle of a typical freshwater clam. For species that do not have the parasitic larval stage, the fertilized eggs develop into 
young clams within the gills of the mother. (Hans & Cassidy. Courtesy of Gale Group.) 


The innermost shell layer, which is often shiny and 
iridescent, is called mother of pearl. If a grain of sand 
or other hard foreign matter gets lodged between the 
mantle and the shell, a layer of this pearly material is 
secreted around it, forming, in some species, a pearl. 
The space between the body wall and the mantle is 
known as the mantle cavity. This cavity contains a pair 
of large, perforated, plate-like gills that have a ciliated 
surface and function in both respiration and feeding. 
The posterior edges of the mantle lobes join to form 
two tubes, or siphons. The beating of the gill cilia 
causes water to be drawn into the mantle cavity 
through the lower incurrent siphon; after passing 
across the gills where oxygen is extracted, the water 
is expelled by the excurrent siphon. Bivalves lack a 
well-developed head, and so their sense organs (such 
as eyes) are located on the fringe of the mantle. 


Bivalves are filter feeders, using their perforated 
gills as a sieve, which collects minute algae and other 
food particles suspended in the incoming respiratory 
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water. These particles are trapped in strings of mucus 
secreted by the gills and conveyed to the mouth by 
cilia. Marine bivalves reproduce by releasing prodi- 
gious numbers of eggs and sperm into the water, where 
external fertilization occurs. The fertilized eggs then 
float in the surface plankton. Within 48 hours after 
fertilization, the embryo develops into a minute, 
planktonic, trochophore larvae. This stage is followed 
by another larval form, the veliger, which settles to the 
seabed and transforms into an adult. In freshwater 
bivalves, the eggs are retained in the gill chambers of 
the female, where they undergo fertilization and 
develop into a peculiar larval form, the glochidium. 
Upon its release, the larva attaches to passing fish, and 
lives as an ectoparasite for several weeks before 
settling. 


Mussels and oysters do not burrow, but remain 
permanently fixed to a hard substrate. Mussels are 
attached to rocks by clumps of byssus threads. In 
oysters, only the left valve is cemented to the rock. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Scallops are able to swim by clapping their valves and 
ejecting water through an opening near the hinge area 
to produce a jet action. Scallops also have rows of eyes 
on the lower edges of the mantle. Other bivalves are 
able to bore into limestone, clay, or wood. 


Bivalves range in size from the fingernail-sized 
“nut shells” of the Atlantic coast of North America 
to the giant clam of the Indo-Pacific, which measures 
up to 4.9 ft (1.5 m) in length and weighs more than 495 
Ib (225 kg). 


Bivalves are of great economic importance as a 
food source, and as a source of valuable products such 
as pearls. Some bivalves cause important economic 
damage. Shipworms bore into and destroy the wooden 
hulls of ships and wharf pilings. The zebra mussel 
recently colonized inland waters of North America 
by hitchhiking from Eurasia in ships’ ballast water. 
This prolific species is causing extensive damage by 
clogging water pipes and displacing native species of 
bivalve molluscs. 


Because bivalves feed by filtering material, they 
can concentrate noxious compounds that per present 
in the water. Eating a contaminated mussel can cause 
discomfort and even serious illness in humans. 


| BL Lacertae object 


BL Lacertae objects, abbreviated BL Lac, are one 
subclass of active galactic nuclei (AGN), the extremely 
energetic nuclei of active galaxies. Roughly 40 BL Lac 
objects are known. Perhaps the most obvious property 
of BL Lac objects is that they look like stars. 
Astronomers originally thought the prototype, BL 
Lac, was a star. In fact, BL Lacertae is normally a 
variable star designation, two letters followed by a 
constellation name, because astronomers originally 
thought that BL Lac was a variable star, one whose 
brightness varies. BL Lac objects do, however, have 
properties that are clearly not stellar. 


Unlike most stars, BL Lac objects are very strong 
sources of radio and infrared emission. This emission, 
called synchrotron emission, arises from electrons 
traveling near the speed of light in spiral paths in 
strong magnetic fields. Synchrotron emission gener- 
ally is polarized, so BL Lac objects have polarized 
emission. When light or other electromagnetic radia- 
tion is polarized, the directions of the oscillations are 
the same. The amount of polarization and the bright- 
ness of BL Lac objects is highly variable. This 
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variability is very rapid and erratic. It can change 
very significantly in times as short as 24 hours or 
less. The rapid variability tells us that the energy 
source is very small. Nothing can travel faster than 
the speed of light, including whatever signal or mech- 
anism causes the BL Lac object to change its bright- 
ness. Therefore, if a BL Lac object changes its 
brightness significantly in a day its energy source 
must be less than one light day in radius. 


The spectrum of a BL Lac object contains very 
few if any absorption or emission lines, which are 
caused by interstellar gas. Their essentially featureless 
spectra tell us that there is very little interstellar gas 
around BL Lac objects. There is evidence for a faint 
fuzziness in some pictures of BL Lac objects. This 
fuzziness is most likely the host galaxy, of which the 
BL Lac object is the active nucleus. 


Currently, the most popular explanation of BL 
Lac objects is that they are the central very energetic 
nuclei of galaxies. The small central energy source in 
the nucleus is probably a supermassive black hole. 
However, astronomers are still very uncertain of 
their nature. We need to continue studying BL 
Lacertae objects to better understand them. 


| Black hole 


A sufficiently intense gravitational field can pre- 
vent the escape not only of matter, but even of light. 
Bodies known as black holes produce such gravita- 
tional fields. In 2004, astronomers, while searching 
quasars, found over 30 possible black holes. A black 
hole was discovered in June of 2004. Scientists believe 
that its discovery helps to confirm that gigantic black 
holes were created early in the formation of the uni- 
verse. In 2005, a black hole was discovered to be 
traveling at twice the escape velocity of the galaxy as 
it exited the Milky Way. Scientists think that such a 
black hole may help to support the theory that a black 
hole exists in the center of the Milky Way galaxy. 


The maximum intensity of a spherical object’s 
gravitational field is a function both of the amount 
of matter it contains and of its volume. The more 
matter is contained in an object and the smaller its 
volume—in other words, the higher its density—the 
more intense the gravitational field at its surface will 
be. If the Earth were compacted so that it had the same 
mass, but half its present radius, the force of gravity at 
its surface would be four times as great as it is now; ifit 
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were compacted further, a density would eventually be 
reached at which its constituent subatomic particles 
would be unable to support their own weight and 
would collapse to a state of (theoretically) infinite 
density, producing a black hole. Black holes can (and 
some do) contain very large amounts of matter—amil- 
lions or billions of times the mass of the sun—but may 
be formed by even a small amount of matter suffi- 
ciently compressed. 


The idea of black holes is not new. French math- 
ematician Pierre Simon Laplace (1749-1847) reasoned 
in 1795 that if the corpuscular theory of light proposed 
by English physicist Isaac Newton (1642-1727) were 
correct, there could exist massive objects from which 
light could not escape. The theory of general relativity, 
put forward by German physicist Albert Einstein 
(1679-1959) in 1915 and today basic to physicists’ 
understanding of the universe, also predicts the exis- 
tence of black holes, though on from rather different 
reasoning. In recent decades, much observational evi- 
dence has been gathered to support the existence of 
black holes; there is no debate among astronomers 
today about whether black holes exist, only regarding 
their precise properties. 


The event horizon 


According to general relativity, the path taken by 
a beam of light is the shortest distance between two 
points; such a path is called a geodesic. Furthermore, 
gravity warps space, bending geodesics; the stronger a 
gravitational field is in a certain region, the more bent 
the geodesics are in that region. Within a certain 
radius of a black hole, all geodesics are so warped 
that a photon of light cannot escape to another part 
of the universe. Essentially, there are no straight lines 
connecting any point that is within a certain radius of a 
black hole (which, in theory, means there is no dimen- 
sion) to any point that is farther away. The spherical 
surface defined by this radius is termed the event 
horizon of the black hole because events inside the 
event horizon can have no effect on events outside it. 
Whatever is inside the event horizon is sealed off 
forever from the space-time of outside observers. 


The event horizon, thus, imposes a form of cen- 
sorship on the makeup of a black hole; the only prop- 
erties of a black hole that can be ascertained from the 
outside are its mass, net charge, and rate of spin. No 
internal time-dependent processes can be detected in 
the external environment, for that would involve send- 
ing signals from inside the black hole to the outside— 
which is impossible, for not even light can escape. This 
censorship, or inability to produce information from 
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within the black hole, is what is responsible for the 
fewness of a black hole’s measurable properties: mass, 
spin, and charge. 


Although there are complications in defining the 
size of a black hole—due to the fact that the everyday 
concept of size assumes Euclidean three-dimensional 
space and such space does not exist even approximately 
in the near vicinity of a black hole—one can uniquely 
specify a black hole’s circumference and thus its radius 
as the circumference divided by 21, where mt is a math- 
ematical constant equal approximately to 3.1459. This 
value is known as the Schwarzschild radius (R,) after 
German astronomer Karl Schwarzschild (1873-1916), 
who first defined it as R, = 2GM/c? where G is the 
gravitational constant, M is the mass of the black 
hole, and c is the speed of light. 


R,, however, cannot be interpreted as the radius of 
a Euclidean sphere—that is, as the distance from a 
spherical surface (the event horizon) to its center (the 
black hole). As mentioned above, the geometry of 
space-time in the interior of the black hole is so warped 
that Euclidean notions of distance no longer apply. 
Nevertheless, R, does provide a measure of the space 
around a black hole of mass M. R, for an object having 
the mass of the sun is about 3 kilometers (km). Thus, in 
order to turn the sun into a black hole, one would have 
to compress it from a sphere with a radius of 696,000 
km to a sphere with a radius of just 3 km. Squeezing 
any mass into a volume dictated by its Schwarzschild 
radius presents a serious assembly problem. In fact, 
the only processes that might lead to the formation of 
a sizable black hole are the explosive death of a mod- 
erately massive star or the formation of a supermas- 
sive star by sheer accumulation. Physicists also 
speculate that extremely small black holes might be 
created by the collision of subatomic particles at high 
energies. In fact, they estimate that as many as 100 
subatomic-size black holes may be produced in the 
atmosphere of the Earth every year by cosmic rays. 
The European Laboratory for Particle Physics 
(CERN, for Conseil Européen pour la Recherche 
Nucléaire) hopes to produce such microscopic black 
holes on demand in its new Large Hadron Collider, 
due to begin operation in November 2007. As of 2006, 
the artificial formation of mini-black holes in particle 
accelerators has been reported, but their creation has 
not yet been confirmed. 


Very small black holes are predicted by theory to 
be short-lived, however, due to a quantum phenom- 
enon termed evaporation. Only large black holes are 
long-lived enough to have cosmic effects—to swallow 
millions of suns’ worth of mass, to squeeze sufficient 
energy from the matter approaching their event 
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horizons to outshine entire galaxies, to organize the 
orbits of billions of stars into well-defined galaxies, 
and so forth. Large black holes are thought to form 
primarily from exploding stars or by direct gravita- 
tional accumulation of large quantities of matter. A 
black hole may be produced by an exploding star 
(nova) as follows: An older star eventually exhausts 
the nuclear fuel that enables it to produce energy at its 
core, thus supporting its own weight (and shining 
steadily for many millions of years). It then begins a 
rapid collapse. The crushing pressure of the collapsing 
matter may be sufficient to form a black hole with the 
mass of several times that of the sun. Such black holes 
would have Schwarzschild radii of several to a few tens 
of kilometers. Considering the amount of mass filling 
that space, such objects are truly tiny. 


Detection of black holes 


In their near vicinity, black holes produce bizarre 
effects; from a distance, however, they are well- 
behaved. If one were to replace the sun with a black 
hole of the same mass as the sun, there would be a 
region of space a few kilometers in size, located where 
the center of the sun currently resides, in which space 
would be extremely warped. The gravitational field of 
this object, measured at the distance of Earth, would 
be exactly that of the present-day sun. Earth and 
planets would continue in their orbits and the solar 
system would continue much as it does today—only in 
the dark. 


Normally, an observer must get within a few 
Schwarzschild radii in order to feel the distinctive 
effects of the black hole. Indeed, one of the observatio- 
nal tests for the presence of a black hole in binary (two- 
body) systems is to look for the characteristic radiations 
of matter being heated as it is squeezed during its final 
plunge toward the black hole’s event horizon. Such 
matter will emit fluctuating x rays because of being 
squeezed. The rate of fluctuation is tied to the size of 
the emitting region. Astronomers find that in such 
systems the x rays come from a volume of space only 
a few kilometers in diameter. In several instances, anal- 
ysis of the orbital motions in a binary star system with 
only one visible member (a conventionally shining star) 
indicates that the dark, unseen member of the binary 
system is much more massive than the sun. A dark 
stellar component more massive than the sun confined 
to a volume smaller than a few kilometers is a prime 
candidate for a black hole. 


There is at least one other situation in which 
astronomers suspect the existence of a black hole. 
Because a black hole that is not actively swallowing 
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large amounts of matter does not radiate significantly, 
astronomers must detect it indirectly, through the 
effect of its gravitational field on neighboring objects. 
In the centers of many galaxies, the stars, gas, and dust 
of the galaxy are moving at very high speeds, suggest- 
ing they are orbiting some very massive, compara- 
tively small object. If the object was a tightly packed 
collection of massive stars, it would shine so brightly 
as to dominate the light from the galactic center. The 
absence of light from the massive, central object sug- 
gests it is a black hole. Recent astronomical observa- 
tions have confirmed many galaxies, including the 
Milky Way, have supermassive black holes at their 
centers. Some scientists believe that all galaxies may 
be organized around such black holes; after the Big 
Bang, supermassive black holes may have formed first, 
then gathered the galaxies around them. 


In one galaxy, the Hubble Space Telescope (HST) 
has photographed a spiraling disk of matter that 
appears to be accreting onto a central massive dark 
object that is likely to be a black hole. Recently a large 
team of astronomers reported the results of a world- 
wide study involving the HST, the International 
Ultraviolet Explorersatellite, and many ground based 
telescopes. Instruments were able to detect light that 
was emitted by the accreting matter as it spiraled into 
the black hole that was subsequently absorbed and re- 
emitted by the orbiting clouds just a few light-days 
away from the central source. Mass estimates of the 
central source determined from the motion of these 
clouds suggests that the object has a mass of at least 
several million times the mass of the sun. So much 
material contained in a volume of space no larger 
than a few light-days in diameter provides some of 
the clearest evidence yet for the existence of a black 
hole at the center of any galaxy. 


In another study with the HST and a ground- 
based telescope in Hawaii, scientists were able to 
observe a black hole in a two-star system in the con- 
stellation Cygnus. This black hole is sucking material 
from its companion star in a swirling disk of material 
and hot gases, swallowing nearly 100 times as much 
energy as it radiates. The material being pulled in 
toward the black hole stores its energy as heat until 
the critical moment. The observations show gas at 
temperatures of over a million degrees falling toward 
the event horizon of the black hole. 


Centerpiece of the galaxy 


The concept of massive black holes at the centers 
of some galaxies is supported by theoretical investiga- 
tions of the formation of very massive stars. Stars of 
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KEY TERMS 


Binary system—Any system of two stellar-like 
objects that orbit one another under the influence 
of their combined gravity. 


Galaxy—A large collection of stars and clusters of 
stars, containing anywhere from a few million to a 
few trillion stars. 


General relativity—A theory of gravity put forth by 
Albert Einstein in 1915 that basically describes grav- 
ity as a distortion of space-time by the presence of 
matter. 


Interstellar material—Any material that resides 
between the stars. It makes up the material from 
which new stars form. 


Perfect radiator—Also known as a black body (not 
to be confused with a black hole). Any object that 


more than about a hundred times (and less than about 
a million times) the mass of the sun cannot form 
because they will explode from nuclear energy released 
during their contraction before the star can shrink 
enough for its self-gravity to hold it together. 
However, if a collapsing cloud of interstellar material 
contains more than about a million times the mass of 
the sun, the collapse will occur so fast the nuclear 
processes initiated by the collapse will not be able to 
stop the collapse. The collapse will continue unre- 
strained until the object forms a black hole. 


Such objects appear to be required to understand 
the observed behavior of the material in the center of 
some galaxies. Indeed, it is now certain that black 
holes reside at the centers of many normal galaxies, 
including the Milky Way. Evidence comes from the 
motion of gas clouds near the galactic center and from 
the detection of x-rays bursts from the galactic center, 
such as would typically be produced by a supermassive 
black hole swallowing matter. 


Quantum physics and black holes 


All that has been said so far involves black holes 
as described by the general theory of relativity (as 
written by Einstein). However, in the realm of the 
very small, quantum mechanics has proved to be the 
proper theory to describe the physical world. To date, 
no one has successfully combined general relativity 
with quantum mechanics to produce a fully consistent 
theory of quantum gravity; however, in 1974, British 
physicist Stephen Hawking (1942—) suggested that 
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absorbs all radiant energy that falls upon it and sub- 
sequently re-radiates that energy. The radiated 
energy can be characterized by a single dependant 
variable, the temperature. 


Quantum gravity—A theory resulting from the appli- 
cation of quantum principles to interaction between 
two objects normally attributed to gravity. 


Quantum mechanics—The theory that has been 
developed from Max Planck’s quantum principle to 
describe the physics of the very small. The quantum 
principle, basically, states that energy only comes in 
certain indivisible amounts designated as quanta. 
Any physical interaction in which energy is 
exchanged can only exchange integral numbers of 
quanta. 


quantum principles showed that a black hole should 
radiate energy like a perfect radiator having a temper- 
ature inversely proportional to its mass. This radia- 
tion—termed Hawking radiation—does not come 
about by the conventional departure of photons 
from the black hole’s surface—which is impossible— 
but as a result of certain effects predicted by quantum 
physics. While the amount of radiation for any astro- 
physical black hole is very small (e.g., the radiation 
temperature for a black hole with the mass of the Sun 
would be 10~’K [Kelvin]), the suggestion that loss of 
energy from a black hole was possible at all was revo- 
lutionary. It suggested a link between quantum theory 
and general relativity. The suggestion has spawned a 
host of new ideas expanding the relationship between 
the two theories. It is the ability of a black hole to lose 
mass via Hawking radiation (i.e., to evaporate) that 
prevents microscopic black holes, such as those that 
physicists hope to produce at CERN, from swallowing 
up the Earth. These black holes evaporate faster than 
they can grow. 


See also Relativity, general; Stellar evolution; 
Supernova. 
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Black smoker see Hydrothermal vents 


Blackberry see Rose family (Rosaceae) 


l Blackbirds 


The blackbird family (Icteridae) consists of about 
100 medium-sized species of birds that occur only in 
the Americas. Blackbirds are found in widespread 
habitats, ranging from wetlands, to prairies, to forests. 
The most common members of the family are various 
species of blackbirds, grackles, cowbirds, orioles, 
meadowlarks, bobolink, and others. 


Biology of blackbirds 


Blackbirds tend to have conical shaped, pointed 
beaks. Most species are sexually dimorphic, particu- 
larly the relatively northern, migratory species. Males 
often have brilliant hues in their plumage and are 
commonly iridescent, while female blackbirds are usu- 
ally relatively drab and cryptically marked. Some male 
blackbirds incorporate splendid yellow, orange, and 
red colors in their plumage. 


Some species of the blackbirds are accomplished 
vocalists, displaying a complex repertoire of loud and 
clear whistles and calls. Orioles are among the most 
musical of the blackbirds, producing rather pleasing, 
flute-like melodies. 


Species of blackbirds 


Blackbirds exploit a wide range of habitats. Most 
species occur in tropical forests of various sorts, but 
virtually all types of terrestrial and wetland habitats 
are utilized by some species. In North America, the 
northern oriole (/cterus galbula) is a species of open 
forests, where it builds its characteristic, pendulous 
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A male brown-headed cowbird in Kirtland’s warbler breeding 
territory near Mio, Michigan. Because the cowbird lays its 
eggs in the nests of other birds, where its aggressive 
hatchlings often out-compete their nest mates for food, the 
cowbird has been identified as a factor in the decline of the 
Kirtland’s warbler, an endangered species known only to 
nest in north-central Michigan. (Robert J. Huffman. Field Mark 
Publications.) 


nests, often in elm trees. The bobolink (Dolichonyx 
oryzivorus) and meadowlarks (Sturnella spp.) are 
more typical of open grasslands and prairies, while 
the red-winged blackbird (Agelaius phoeniceus) and 
yellow-headed blackbird (Xanthocephalus xanthoce- 
phalus) are typical of marshes and some other wet 
habitats. 


The most widespread species is the red-winged 
blackbird, which ranges from the subarctic to 
Central America. This common and familiar bird 
breeds in tall marshes and other wet places. The male 
red-winged blackbird is colored as its name implies, 
with a jet-black body and richly red epaulets on the 
shoulders. Female red-winged blackbirds have a 
streaky, brown plumage, and look much like large 
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spaiqyoeid 


Blackbody radiation 


sparrows. After the breeding season, red-winged 
blackbirds aggregate into large flocks that forage 
widely for small grains, and can cause agricultural 
damage. Red-winged blackbirds generally spend the 
winter in these flocks, mostly in southern parts of their 
range, where they forage during the day and roost 
communally at night in woodlands and marshes. 


The most northerly blackbird is the rusty black- 
bird (Euphagus carolinus), which in some places breeds 
as far as the limits of the mainland in the western 
Arctic. The most southerly species is the red-breasted 
blackbird (Leistes militaris) of the Falkland Islands. 


Blackbirds that breed in the north are migratory. 
The longest migrations are undertaken by the bobo- 
link. This species breeds in prairies and hayfields as far 
north as southern Canada, and winters in pampas and 
other grasslands as far south as Argentina. Tropical 
members of the blackbird family are not migratory, 
but they may undertake local, seasonal movements. 


Cowbirds, such as the brown-headed cowbird 
(Molothrus ater) of North America, are species of 
open habitats. As their name implies, these birds 
often associate with grazing livestock, feeding on 
insects that these animals flush as they move through 
vegetation. Cowbirds have an unusual breeding strat- 
egy. Instead of building their own nest and raising 
their young, cowbirds are nest parasites. They surrep- 
titiously lay single eggs in the nests of other species, 
and sometimes remove eggs of the host bird. If the host 
birds do not recognize the cowbird egg as being alien, 
they will brood it and care for the hatchling until it 
fledges. Many of the approximately 200 species of 
birds known to be parasitized by the brown-headed 
cowbird are relatively small, such as vireos, warblers, 
and thrushes. The nestlings of these birds suffer as a 
result of the disproportionate demands placed by the 
voracious cowbird chick on its foster parents, and in 
many cases this causes the reproductive effort of the 
host birds to fail. The cowbird chick develops rapidly, 
and can fly in only nine or ten days after hatching. 


The blackbird (Turdus merula) of Europe, is 
actually a member of the thrush family, Turdidae. 


Blackbirds and humans 


Cowbirds are considered to be an important pest 
in those parts of North America to which the species 
has expanded its range as a result of the fragmentation 
of the initially forested landscape by humans. Birds in 
those regions tend not to be well adapted to cowbird 
parasitism, and the reproductive success of their pop- 
ulations can be markedly reduced by this relationship. 
In some cases, cowbirds are sought out and killed by 


612 


conservation biologists, in order to reduce the negative 
impact of parasitism on rare and endangered species 
of birds, such as the Kirtland’s warbler (Dendroica 
kirtlandii) of Michigan. 


Some species of blackbirds are highly gregarious, 
especially during autumn and winter when they aggre- 
gate into flocks that can contain millions of birds. 
Winter flocks of the red-winged blackbird are some- 
times regarded as an agricultural nuisance because of 
damages caused to fields of winter wheat and some 
other crops. Sometimes, pest-control actions are 
mounted against these flocks, and millions of these 
native birds may be killed when they are sprayed 
with chemicals at their communal roost sites. 
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[ Blackbody radiation 


The term blackbody radiation refers to electro- 
magnetic radiation emitted by a perfectly black object. 
Such an object is referred to as a blackbody since it 
absorbs all of the radiation that falls on it and thus 
appears to be colorless, or black. According to 
Kirchoff's law, first stated by Gustav Kirchoff 
(1824-1887) in 1859, any blackbody must also be a 
perfect emitter of radiation. 


No real object fits the definition of a blackbody 
since any material reflects some small fraction of the 
light falling upon it. Soot, carbon black, platinum 
black, and carborundum are among the real-world 
materials that come closest to having blackbody 
properties. 


The concept of an idealized blackbody is impor- 
tant in physics. It serves as a standard for heat and 
temperature measurements just as the wavelength of 
light emitted by krypton-86 atoms is a standard for 
measurements of length. 


For research purposes, physicists replicate the 
principle of a blackbody with a device known as a 
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cavity radiator. A cavity radiator is a hollow sphere 
with a small hole through which radiation can enter 
and leave. Radiation that enters the hole is reflected 
continuously within the sphere until it is completely 
absorbed (as would be the case with a blackbody). It 
follows, then, that any radiation emitted by the cavity 
radiator corresponds to the definition of blackbody 
radiation. 

The study of blackbody radiation was of consid- 
erable interest to physicists in the late 1800s. 
Experiments showed that for any given temperature, 
the intensity (brightness) of blackbody radiation is a 
maximum for a relatively narrow range of wave- 
lengths, dropping off sharply at shorter and longer 
wavelengths. A number of attempts were made to use 
classical electromagnetic theory to derive a mathemat- 
ical formula that would describe the intensity/wave- 
length relationship, but all failed for one or another 
part of the curve. Finally, in 1900, the German phys- 
icist Max Planck (1858-1947) solved the problem. By 
assuming that radiation travels not in continuous 
waves, but in discrete “packages” (called quanta), 
Planck was able to derive a formula for the blackbody 
radiation curve. That formula is as follows: 


1 = (hc’?/d*) [exp (AC/AkT — 1]7! 


where n is Planck’s constant, & is Boltzmann’s con- 
stant, i is the wavelength of the radiation, and T is 
temperature in Kelvins. 


| Bleach 


Bleaches are substances that whiten textiles and 
paper by chemical reaction. These reactions usually 
involve processes that degrade color. They may 
destroy or modify chemical bonds or groups that 
give fabrics their characteristic colors. This process 
degrades color bodies into smaller more soluble units 
that are easily removed in laundering. There are two 
types of bleaching agents: chlorine-based bleaches, 
such as sodium hypochlorite, and peroxygen bleach- 
ing agents such as hydrogen peroxide and sodium 
perborate. 


Textile bleaching 
Textile bleaching appears to have been known as 


early as 300 BC when soda ash was prepared from 
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burned seaweed and used to clean cloth. The cloth 
was then treated with soured milk to reduce its alka- 
linity. The bleaching process was completed when the 
cloth was exposed to the sun. This type of sun bleach- 
ing typically took several weeks. 


A Swedish chemist discovered chlorine gas in 1784 
and succeeded in demonstrating its use for decolorizing 
vegetable dyes. Fifteen years later a patent was awarded 
for a bleaching powder formed by the absorption of 
chlorine gas into dry hydrate of lime. Following World 
War I (1914-1918) the technology for shipping liquid 
chlorine was developed. This allowed for on-site pro- 
duction of sodium hypochlorite in textile mills and led 
to the development of other chlorine-based bleaches. In 
1928, the first dry calcium hypochlorite bleach contain- 
ing 70% available chlorine was produced in the United 
States. This material largely replaced bleaching powder 
in commercial bleaching. 


Hydrogen peroxide was prepared as early as 1818 
but did not find use in the bleaching of textiles until 
much later. By 1930, the prices of peroxides had 
dropped sufficiently to allow the use of hydrogen per- 
oxide in the bleaching of cotton, wool, and silk. By 
1940, 65% of all cotton bleaching was done with 
hydrogen peroxide. 


Pulp bleaching 


Pulp and textile bleaching share many parallels 
because early paper was commonly made from rags. 
In the 1700s sunlight was used to bleach paper. After 
1800, bleaching powder was used to whiten the rags 
used to make paper. In the early 1800s wood came into 
use as a source of paper and calcium hypochlorite was 
used as the bleaching agent. 


After World War I chlorine bleaching came into 
use in paper production because compressed chlorine 
gas became available. By the 1950s, chlorine dioxide 
had become the principal pulp-bleaching agent. More 
recently, peroxygens such as hydrogen peroxide have 
been used. 


Household and commercial laundering 


Before the twentieth century, home laundry 
bleaching in the United States was done by the same 
method used by the Romans: Clothes were first laun- 
dered in a mildly alkaline bath then subjected to sun- 
light. In 1910, twenty sodium hypochlorite solutions 
were developed and distributed regionally in the 
United States. By the mid-1930s these solutions had 
become available nationwide. In the 1950s, dry 


613 


yorard 


Blennies 


KEY TERMS 


Chlorine dioxide—The principal pulp bleaching 
agent used from the 1950s until recently. 


Sodium perborate—A peroxygen bleaching agent 
first used in Europe in the early 1900s. 


sources of hypochlorite were introduced but these 
products had disappeared by the late 1960s because 
consumers preferred liquid hypochlorites. 


In Europe sodium perborate was first used as a 
bleaching agent in the early 1900s. The perborate dis- 
solves during bleaching to release hydrogen peroxide. 
Sodium perborate continues to be used in European 
laundering because their laundering temperatures 
tend to be higher than those used in America. 


See also Sodium chloride. 
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I Blennies 


Blennies are small, primarily tropical and sub- 
tropical marine fish. They are elongated and often 
eel-like in shape, with a dorsal fin running from the 
back of the head almost to the tail fin, and small 
abdominal fins; the pelvic fin is often completely 
absent. Many species also lack scales. The blenny’s 
anatomy is well suited for hiding in cracks and crevices 
along shallow, rocky shorelines, their preferred hab- 
itat. Some species, however, dwell in deeper waters. 
Living and foraging close to the ocean floor, blennies 
are either carnivorous (meat eaters) or omnivorous 
(eating both meat and vegetation). A wide variety of 
body shapes, colors, patterns, and behaviors are dis- 
played by the approximately 750 species in the six 
families belonging to the suborder Blennioidei. 
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Many species of scaleless blennies (family 
Blenniidae) are distributed throughout the world. 
Scaleless blennies are often found in tide pools and 
complete their entire life cycle in one general location. 
These species are divided into two groups—the sub- 
family Blenniinae, which have immovable teeth firmly 
rooted in the jaw, and the subfamily Salariinae, which 
have moveable teeth rooted in the gums. 


Scaled blennies belong to the very large family 
Clinidae, or clinids. They inhabit temperate oceans 
primarily south of the Equator. Dazzling and varied 
colors and markings differentiate the species. The larg- 
est clinid, one of the many pointy-headed blennies, is 
the 24-in (61 cm) kelpfish (Heterostichus rostratus), 
which inhabits the Pacific shoreline from British 
Columbia to Southern California, while the 8-in 
(20 cm), blunt-headed, hairy blenny (Labrisomus 
nuchipinnis) lives in the tropical waters off both 
Atlantic coastlines. The pike blenny (Chaenopsis ocel- 
lata) is a tube-dwelling species found in Florida. Male 
pike blennies jealously defend their territories from 
other intruding males by aggressively displaying a 
stiffly raised dorsal fin and a widely gaping mouth. 
Two males may literally face off, gaping mouths 
touching, until one snaps its mouth shut on the 
other. Some of the smallest blennies are also found in 
the Clinidae family—the female of the species 
Tripterygion nanus found in the Marshall Islands, is 
fully grown at less than 0.75 in (1.9 cm) in length. 


The largest blennies, often reaching 9 ft (2.7 m) in 
length, are found among the nine species of wolf fish and 
wolf eels belonging to the family Anarhichadidae. These 
cold water fish are found in the Northern Hemisphere. 
They have prominent canine teeth in the front of 
their jaws and massive grinding teeth in the back of 
their mouths. Two species, the Atlantic wolf fish 
(Anarhichas lupus) and the spotted wolf fish (A. minor), 
are fished commercially along the European coasts. This 
family is sometimes classified in a different suborder, 
Zoarcoidei, with the eelpouts and the pricklebacks. 


Blindness see Vision disorders 


l Blindness and visual 


impairments 


Blindness is a complete loss of vision, although 
“legally blind” people may retain some vision. Visual 
impairment is partial loss of vision that adversely 
affects daily living. 
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There are many causes of visual impairment or 
blindness, and all parts of the eye (cornea, retina, 
lens, optic nerve) can be affected. The causes can be 
genetic (inherited eye diseases), accidental (mechanical 
injury), inflammation of the eye tissues (uveitis), acute 
or extended exposure to harmful chemicals (acids, 
alkalis, or tobacco smoke) radiation (UV radiation), 
dietary imbalance (lack of vitamin A), medications 
(corticosteroids), systemic diseases (diabetes, renal 
failure), or simply age. 


Most impairments do not lead to blindness and 
are related to the refractive power of the lens and 
cornea. They are, however, often troublesome and 
may restrict one’s choice of job. Many people, for 
example, have problems focusing due to a variety of 
conditions. These can include near-sightedness (myo- 
pia), far-sightedness (hyperopia), astigmatism (inabil- 
ity to obtain a sharp focus), presbyopia (difficulty in 
accommodation), animetropia (unequal vision in each 
eye), and finally, aniseikonia, which can develop as a 
result of surgery, resulting in images that are perceived 
by the eyes as different sizes and shapes. 


Keratoconus, which arises from the thinning of 
the central stromal layer of the cornea, possibly due to 
abnormalities in collagen metabolism, affects the cor- 
nea and usually causes some impairment of vision, but 
can be treated. 


Cataracts are the leading cause of blindness in 
developing countries and result from increased opac- 
ity of the lens, which interferes with vision. In devel- 
oped countries, cataracts are mainly age-related or 
arise as a diabetic complication. They can also result 
from an environmental trauma (toxic substance expo- 
sure, radiation, mechanical or electrical injury); a 
small proportion are congenital, resulting from the 
over-proliferation of lens epithelial cells. Most cata- 
racts can be removed by surgery, although in rare 
cases, postoperative bacterial infection (endophthal- 
mitis) develops, which can compromise newly restored 
vision. 


Because all eye tissues are interconnected, a prob- 
lem with one can cause a problem with the other. The 
best example is the vitreous humor, which in addition 
to accumulating calcium and cholesterol, which 
decreases transparency and impairs vision, can shrink, 
leading to vitreal or retinal detachment. If the macular 
region is affected, some loss of visual acuity can fol- 
low, and floaters or flushes appear in the visual field. 


Retinal disorders and changes are the leading cause 
of blindness in developed countries. Abnormalities in 
the central retina can affect retinal pigment epithelium, 
leading to blurry vision, or can affect the macular 
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region (photoreceptors) leading to color misperception. 
Color blindness can also originate from the lack of one 
or more type of cones. Total color blindness (mono- 
chromatic vision) is very rare; most commonly various 
levels of single color deficits are found. Central vision 
can also be destroyed by neovascular hemorrhages in 
the retina as a result of the aging process or diabetic 
retinopathy. 


Irreversible vision loss occurs if glaucoma dam- 
ages the optic nerve. Glaucoma is an increase in the 
intraocular pressure (IOP), which develops in the 
aqueous and is transmitted to the back of the eye, 
eventually damaging the optic nerve and consequently 
causing severe visual field reduction and loss of 
peripheral vision. 


In older people, complete or partial blindness is 
most often caused by the aging process, including 
nonenzymatic modifications in proteins, lipids, and 
DNA, which affect their structure, composition, and 
function. Glycosylation, carbamylation and deamina- 
tion of the proteins, oxidation of proteins and lipids, 
UV-induced damage to proteins and DNA are the 
main culprits. An accumulation of these changes 
leads to decreased transparency of the lens (cataracts) 
and retinal degeneration (age-related macular degen- 
eration or AMD); both result in blindness or severe 
visual impairment. Most age-related changes are irre- 
versible, with the exception of cataracts, which can be 
treated surgically. 


Research into the causes of blindness, especially 
glaucoma and AMD, is being undertaken by many 
groups in order to develop preventative measures 
and new treatment methods. 


See also Nerve impulses and conduction of 
impulses; Nervous system; Neuron; Neuroscience; 
Neurosurgery. 
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| Blindsnakes 


These tiny, primitive burrowers live underground 
and forage for ants, termites, soft-bodied insects, and 
insect larvae. The eyes of most blindsnakes are degen- 
erate; they are covered by scales and do not function. 
However, the eyes do have light-sensitive cells (rods), 
so these snakes may not be completely blind. The head 
is large and the mouth, like a shark’s, is below and 
behind the snout, which is blunt or hooked. There is a 
tiny spine under the snake’s stubby tail that anchors 
the animal while burrowing. The body is covered with 
smooth, tough, shiny scales, which cover even the 
belly, making it difficult for the snake to slither on 
solid surfaces. The body is cylindrical, either thin or 
thick. Blindsnakes are commonly black or brown, 
although some species completely lack any pigment. 


Blindsnakes are classified in three families—the 
Typhlopidae (wormsnakes), the Leptotyphlopidae 
(threadsnakes), and the Anolmalepidae. The Typhlo- 
pidae and Leptotyphlopidae are so similar that most 
herpetologists include both in the Scolecophidia. 
Both families have a remnant pelvic girdle, one lung, 
and one oviduct. Threadsnakes have large teeth in the 
lower jaw and none in the upper jaw, while worm- 
snakes have teeth only on the upper. The fifteen spe- 
cies of threadlike Anomalepidae of tropical South 
America are also included in the Scolecophidia, but 
this family has teeth on both jaws and no vestigial 
pelvic girdle. 


The eighty species of threadsnakes are found in 
tropical South America, Africa and the southern 
United States, and range in length from 6-16 inchds 
(15-41 cm). Some species release foul-smelling excre- 
tions to ward off ravaging predators such as army 
ants. The Texas threadsnake incubates her eggs by 
muscular shivering to raise its body temperature, a 
strategy found in only one or two species of python. 


The 200 species of wormsnakes occur in tropical 
and temperate South America, Africa, Madagascar, 
southern Europe, Asia, and Australia. Wormsnakes 
range in length from 4.5 inches (11.5 cm) to about 
3 feet (91.5 cm). The Brahminy wormsnake is 
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parthenogenic, the only species of snake to reproduce 
without mating, and every specimen found so far is 
female. This tiny species lives among plant roots and is 
transported by unsuspecting humans carrying potted 
plants from place to place. A single Brahminy worm- 
snake can populate an entirely new region. 


Blindsnakes are harmless to humans, except for a 
species from India that is reputed to crawl into the ears 
of people sleeping on the ground. 


See also Reptiles. 


Resources 


BOOKS 

Bellairs, Angus. The Life of Reptiles. Vols. I and II. New 
York: Universe Books, 1970. 

Cogger, Harold G., David Kirshner, and Richard Zweifel. 
Encyclopedia of Reptiles and Amphibians. 2nd ed. San 
Diego, CA: Academic Press, 1998. 

Mattison, Christopher. Snakes of the World. New York/ 
Oxford: Facts on File Publications, 1986. 

Zug, George R., Laurie J. Vitt, and Janalee P. 

Caldwell. Herpetology: An Introductory Biology of 
Amphibians and Reptiles. 2nd ed. New York: Academic 
Press, 2001. 


OTHER 

Singapore Zoo Docents. “Blindsnakes (Infraorder 
Scolecophidia)” <http://www.szgdocent.org/resource/ 
rr/c-blind.htm> (accessed November 6, 2006). 


Marie L. Thompson 


Blog see Internet and the World Wide Web 


l Blood 


Blood is a liquid connective tissue that performs 
many functions in the body, including transport of 
oxygen, carbon dioxide, nutrients, waste products, 
and hormones; clotting; and defense against micro- 
organisms. Blood consists of formed elements, or 
blood cells suspended in plasma, a watery liquid that 
contains proteins, salts, and other substances. When a 
blood sample is placed in a test-tube and spun rapidly 
(a process called centrifugation), the heavier blood 
cells sink to the bottom of the test tube, while the 
straw-colored plasma floats on top. 


All vertebrates circulate blood within blood ves- 
sels. Because blood is enclosed within blood vessels, 
the circulatory systems of vertebrates are called closed 
circulatory systems. Some animals without vertebrae, 
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Red blood cells tumble from a sectioned vein. (© Clouds Hill 
Imaging Ltd./Corbis.) 


called invertebrates, have circulatory systems that do 
not contain blood vessels. In these open circulatory 
systems, the fluid analogous to blood is called hemo- 
lymph (Greek, hemo, blood + lympha, water). 
Examples of animals that circulate hemolymph 
include insects and aquatic arthropods such as lobsters 
and crawfish. Like blood, hemolymph transports oxy- 
gen and carbon dioxide and has a limited clotting 
ability. Unlike blood, hemolymph is colorless. Other 
invertebrates have no true circulatory system. In these 
animals, it is not possible to distinguish blood or 
hemolymph from the watery fluid that bathes the 
tissues. This fluid contains a few defensive cells, pro- 
teins, and salts. However, oxygen and carbon dioxide 
are not transported in this fluid. 


Human blood 


The human body contains about 4-6.3 quarts (4-6 
liters) of blood. Men have more blood than women, 
due to the presence of higher levels of testosterone, a 
hormone that regulates sex characteristics and func- 
tion and also stimulates blood formation. Plasma 
makes up 55% of the blood, while the blood cells 
constitute the other 45%. 


Plasma contains mostly water, which accounts for 
about 92% of the plasma content. The water acts as a 
solvent (the fraction that compounds can dissolve in) 
for carrying other substances. 
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Proteins account for 7% of plasma. The most 
prevalent of these proteins in plasma is albumin, a 
protein also found in egg white. Albumin concentra- 
tion is four times higher in the blood than in the 
interstitial fluid (the watery fluid that bathes tissues, 
but is located outside and between cells). This high 
concentration of albumin in plasma serves an impor- 
tant osmotic function. The higher concentration of 
protein in blood prevents water from moving from 
the blood into the interstitial fluid. Without this 
osmotic protection, water would move from the inter- 
stitial fluid into the blood, diluting the plasma and 
swelling the blood volume. A high blood volume 
could have disastrous consequences, because the cir- 
culatory system can only pump so much blood before 
it becomes overloaded. 


Other proteins that are present in plasma are 
immunoglobins and fibrinogen. Immunoglobins, also 
called antibodies, are proteins that function in the 
immune response. Antibodies attach to invading bac- 
teria and other microorganisms, marking them for 
destruction by other immune cells. Fibrinogen is a 
protein that functions in a complex series of reactions 
that leads to the formation of blood clots. 


The other components of plasma are salts, 
nutrients, enzymes, hormones, and nitrogenous waste 
products. Together, these substances account for 1.5% 
of plasma. The salts present in plasma include sodium, 
potassium, calcium, magnesium, chloride, and bicar- 
bonate. These salts function in many important body 
processes. For instance, calcium functions in muscle 
contraction; sodium, chloride, and potassium function 
in nerve impulse transmission in nerve cells; and bicar- 
bonate regulates pH. These salts are also called electro- 
lytes. An imbalance of electrolytes, which can be 
caused by dehydration, can be a serious medical con- 
dition. Many gastrointestinal illnesses, such as cholera, 
cause a loss of electrolytes through severe diarrhea. 
When electrolytes are lost, they must be replaced with 
intravenous solutions of water and salts or by having 
the patient drink solutions of salts and water. 


The remaining substances present in plasma are 
elements that the plasma is transporting from one 
place to another. For instance, plasma contains 
nutrients that nourish tissues. The nutrients found in 
plasma include amino acids, the building blocks of 
proteins; glucose, or sugars; and fatty acids and glyc- 
erol, the components of lipids (fats). In addition to 
nutrients, plasma also contains enzymes, or small 
proteins that function in chemical reactions, and hor- 
mones, which are transported from glands to body 
tissues. Waste products from the breakdown of pro- 
teins are also found in plasma. These waste products 
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Figure 1. The clotting process. (Hans & Cassidy. Courtesy of Gale Group.) 


include creatinine, uric acid, and ammonium salts. 
Blood transports these waste products from the body 
tissues to the kidneys, where they are filtered from the 
blood and excreted in the urine. 


Blood cells make up 45% of the total composition 
of blood. The various types of blood cells are eryth- 
rocytes, or red blood cells; leukocytes (also spelled 
leucocytes), or white blood cells; and platelets. 


Red blood cells 


The human body contains an estimated 25 trillion 
red blood cells; about five million per microliter (10° 
of blood. The structure of a red blood cell enables it to 
transport oxygen from the lungs to body tissues. Red 
blood cells are very small (about 6 nanometers wide; a 
nanometer is 10° meters), disk-shaped, and contain a 
small depression on either side. Their small size allows 
them to squeeze through the tiniest blood vessels, 
called capillaries. In addition, the small size of red 
blood cells allows a greater diffusion of oxygen across 
the blood cells’ plasma membranes than if the cells 
were larger. Because blood contains so many of these 
small cells, the combined surface area of these many 
blood cells translates into an extremely large amount 
of surface area for the diffusion of oxygen. The disk 
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shape and the depressions on either side also contrib- 
ute to a greater surface area. 


Red blood cells are unusual in that they do not 
contain nuclei or mitochondria, the cellular organelle 
in which aerobicmetabolism (the breakdown of nutrients 
that requires oxygen) is carried out. Instead, red blood 
cells acquire energy through metabolic processes that 
do not require oxygen. The lack of nuclei and mito- 
chondria therefore allow the red blood cell to function 
without depleting its cargo of oxygen, leaving more 
oxygen for the body tissues. 


The molecule that binds oxygen in red blood cells 
is called hemoglobin. Hemoglobin is a large, globular 
protein consisting of four protein chains surrounding 
an iron core. Hemoglobin is densely packed inside the 
red blood cell; in fact, hemoglobin accounts for a third 
of the weight of the entire red blood cell. Each red 
blood cell contains about 250 molecules of hemoglo- 
bin. In the lungs, oxygen diffuses across the red blood 
cell membrane and binds to hemoglobin. As blood 
circulates to the tissues, oxygen diffuses out of the 
red blood cells and enters tissues. The waste product 
of aerobic metabolism, carbon dioxide, then diffuses 
across red blood cells and binds to hemoglobin. Once 
circulated back to the lungs, the red blood cells 
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Red blood cells alongside the wall of the blood vessel. 
(Dennis Kunkel. Phototake NYC.) 


discharge their load of carbon dioxide, which is then 
breathed out of the lungs. However, only 7% of car- 
bon dioxide generated from metabolism is transported 
back to the lungs for exhalation by red blood cells; the 
majority is transported in the form of bicarbonate, a 
component of plasma. 


Sickle cell anemia is an inherited disorder caused 
by a defect in one of hemoglobin’s four protein chains. 
The sickle hemoglobin distorts the shape of the red 
blood cells and injures the red blood cell membrane. 
Water and potassium leak from the cells, causing the 
red blood cells to become “sickle-shaped.” The cells 
also become inflexible and rigid. As a result of these 
changes, oxygen transport is severely interrupted and 
circulation of the blood through the blood vessels 
can become blocked. These irregular blood cells do 
not carry as much oxygen as their normally-shaped 
counterparts. Sickle cell anemia is invariably fatal; 
most people with the disease die in early adulthood. 


Red blood cells are formed in red bone marrow 
from precursor cells called pluripotent stem cells. The 
process of red blood cell formation is called hemopoi- 
esis, or hematopoiesis. In adults, hemopoiesis takes 
place in the marrow of ribs, vertebrae, breast bone, 
and pelvis. On average, a red blood cell lives only 3-4 
months. Constant wear and tear on the red blood cell 
membrane, caused by squeezing through tiny capilla- 
ries, contribute to the red blood cell’s short life span. 
Worn out red blood cells are destroyed by phagocytic 
cells (cells that engulf and digest other cells) in the 
liver. Parts of red blood cells are recycled for use in 
other red blood cells, such as the iron component of 
hemoglobin. 


An interesting aspect of red blood cells is that they 
carry certain proteins, called antigens, on their plasma 
membranes. These antigens are responsible for the 
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various blood groups known as A, B, AB, and O. A 
person with A antigens is type A; a person with B 
antigens is type B; a person with both antigens is 
type AB; and a person with none of the antigens is 
type O. A individuals have antibodies to B antigens; B 
individuals have antibodies to A antigens; AB individ- 
uals do not have antibodies to the antigens, and O 
individuals have antibodies to both A and B antigens. 
These combinations are necessary to know for blood 
transfusions. For instance, if a type A individual 
donates blood to a type B individual, the A antibodies 
in the recipient’s B blood will react with the A antigens 
of the donor’s A blood. This reaction, called the agglu- 
tination reaction, causes the blood cells to clump 
together. Agglutination can be fatal. Until blood 
typing was worked out early in the last century, 
many deaths from blood transfusions occurred due 
to incompatibility of antigens and antibodies. 


White blood cells 


White blood cells are less numerous than red 
blood cells in the human body; each microliter of 
blood contains 5,000-10,000 white blood cells. The 
number of white blood cells increases, however, 
when the body is fighting off infection. White blood 
cells, therefore, are maintained at a stable number 
until the immune system detects the presence of a 
foreign invader. When the immune system is activated, 
chemicals called lymphokines stimulate the produc- 
tion of more white blood cells. 


White blood cells function in the body’s defense 
against invasion and are key components of the 
immune system. They usually do not circulate in the 
blood vessels, and are instead found in the interstitial 
fluid and in lymph nodes. Lymph nodes are composed 
of lymphatic tissue and are located at strategic places 
in the body. Blood filters through the lymph nodes, 
and the white cells present in the nodes attack and 
destroy any foreign invaders. 


The human body contains five types of white 
blood cells: monocytes, neutrophils, basophils, eosi- 
nophils, and lymphocytes. Each type of white blood 
cell plays a specific role in the body’s immune defense 
system. 


Under a microscope, three kinds of white blood 
cells appear to contain granules within their cyto- 
plasm. These three types are the neutrophils, baso- 
phils, and eosinophils. Together, these three types of 
white blood cells are called the granular leukocytes. 
The granules are specific chemicals released by these 
white blood cells during the immune response. The 
other two types of white blood cells, the monocytes 
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and lymphocytes, do not contain granules. These 
types are known as the agranular leukocytes. 


Monocytes, which comprise 3-8% of the white 
blood cells, and neutrophils, which comprise 60-70% 
of white blood cells, are phagocytic cells. They ingest 
and digest cells, including foreign microorganisms 
such as bacteria. Monocytes differentiate into cells 
called macrophages. Macrophages can be fixed in 
one place, such as the brain and lymph nodes, or can 
“wander” to areas where they are needed, such as the 
site of an infection. Neutrophils have an additional 
defensive property: they release granules of lysozyme, 
an enzyme that destroys cells. 


Basophils comprise 0.5-1% of the total composi- 
tion of white blood cells and function in the body’s 
inflammatory response. Allergies are caused by 
an inflammatory response to relatively harmless 
substances, such as pollen or dust, in sensitive individ- 
uals. When activated in the inflammatory response, 
basophils release various chemicals that cause the 
characteristic symptoms of allergies. Histamines, for 
instance, cause the runny nose and watery eyes 
associated with allergic reactions; heparin is an anti- 
coagulant that slows blood clotting and encourages 
the flow of blood to the site of inflammation, inducing 
swelling. 


Eosinophils, which comprise 2-4% of the total 
composition of white blood cells, are believed to coun- 
teract the effects of histamine and other inflammatory 
chemicals. They also phagocytize bacteria tagged by 
antibodies. 


Lymphocytes, which comprise 20-25% of the 
total composition of white blood cells, are divided 
into two types: B lymphocytes and T lymphocytes. 
The names of these lymphocytes are derived from 
their origin. T lymphocytes are named for the thymus, 
an organ located in the upper chest region where these 
cells mature; and B lymphocytes are named for the 
bursa of Fabricus, an organ in birds where these cells 
were discovered. T lymphocytes play key roles in the 
immune response. One type of T lymphocyte, the 
helper T lymphocyte, activates the immune response 
when it encounters a macrophage that has ingested a 
foreign microorganism. Another kind of T lympho- 
cyte, called a cytotoxic T lymphocyte, kills cells 
infected by foreign microorganisms. B lymphocytes, 
when activated by helper T lymphocytes, become 
plasma cells, which in turn secrete large amounts of 
antibodies. 


All white blood cells arise in the red bone marrow. 
However, the cells destined to become lymphocytes 
are first differentiated into lymphoid stem cells in the 
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red bone marrow; from the red bone marrow, these 
stem cells undergo further development and matura- 
tion in the spleen, tonsils, thymus, adenoids, and 
lymph nodes. 


HIV, the virus that causes acquired immune defi- 
ciency syndrome (AIDS), attacks and kills T lympho- 
cytes. This disease cripples the immune system and 
leaves the body helpless to stave off infections. As 
AIDS progresses, the number of helper T lymphocytes 
drops from a normal 1,000 to zero. 


Like red blood cells, the plasma membranes of 
white blood cells also contain antigens. These surface 
antigens are called the human leukocyte associated 
(HLA) antigens. Like the red blood cell types, these 
HLA antigens represent different white blood cell 
“groups.” When a person receives an organ trans- 
planted from a donor, the recipient and the donor 
must have the same HLA antigen group for the trans- 
plant to be successful. If the donor and recipient are 
two different HLA antigen groups, the recipient’s 
body will “reject” the organ; in other words, the recip- 
ient’s immune system will be activated by the foreign 
cells of the organ and initiate an immune response 
against the organ. 


Platelets 


Platelets are not cells; they are fragments of cells 
that function in blood clotting. Platelets number about 
250,000-400,000 per liter of blood. Blood clotting is a 
complex process that involves a cascade of reactions 
that leads to the formation of a blood clot. Platelets 
contain chemicals called clotting factors. These clot- 
ting factors first combine with a protein called pro- 
thrombin. This reaction converts prothrombin to 
thrombin. Thrombin, in turn, converts fibrinogen 
(present in plasma) to fibrin. Fibrin is a thread-like 
protein that traps red blood cells as they leak out of a 
cut in the skin. As the clot hardens, it forms a seal over 
the cut. This process works for relatively small cuts in 
the skin. When a cut is large, or if an artery is severed, 
blood loss is so severe that the physical pressure of the 
blood leaving the body prevents clots from forming. In 
addition, in the inherited disorder called hemophilia, 
one or more clotting factors are lacking in the plate- 
lets. This disorder causes severe bleeding from even the 
most minor cuts and bruises. 


Platelets have a short life span; they survive for 
only 5-9 days before being replaced. Platelets are pro- 
duced in red bone marrow and are broken off from 
other red blood cells. 
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KEY TERMS 


ABO blood groups—Blood types established by the A 
and B antigens present on the plasma membrane of red 
blood cells; ABO blood groups include A, B, AB, and O. 


Aerobic metabolism—Metabolic processes that 
require oxygen. 


Agranular leukocyte—A white blood cell without 
granules in its cytoplasm; these white blood cells 
include the monocytes and lymphocytes. 


Albumin—A protein found in plasma. 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a 
foreign substance or particle). It marks foreign micro- 
organisms in the body for destruction by other 
immune cells. 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it directs 
an immune response. 


B lymphocyte—Immune system white blood cell 
that produces antibodies. 


Basophil—A type of white blood cell; functions in 
the inflammatory response by releasing histamines 
and other chemicals that have specific effects on 
tissues. 


Capillary—The smallest blood vessel, which con- 
nects an artery to a vein. 


Centrifugation—A laboratory procedure in which a 
test tube of blood or other liquid is spun at a high 
speed to separate components of differing densities. 


Circulatory system—The body system that circulates 
blood pumped by the heart through the blood vessels 
to the body tissues. 


Clotting factor—A set of substances released by pla- 
telets that function in the clotting mechanism. 


Cytotoxic T lymphocyte—A type of white blood cell 
that attacks and kills cells infected by a foreign 
microorganism. 

Electrolytes—The salts and other substances present 
in the plasma that function in crucial body processes. 
Eosinophil—A type of white blood cell that counter- 
acts the effects of histamine and other inflammatory 
chemicals; also phagocytizes bacteria tagged by 
antibodies. 

Erythrocyte—A red blood cell. 

Fibrin—A protein that functions in the clotting 
mechanism; forms mesh-like threads that trap red 
blood cells. 
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Fibrinogen—The inactive form of fibrin present in 
plasma; activated by clotting factors released by 
platelets. 


Formed elements—The cells present in blood. 


Granular leukocyte—A white blood cell that con- 
tains granules in its cytoplasm; includes basophils, 
eosinophils, and neutrophils. 

Helper T lymphocyte—The “lynch pin” of specific 
immune responses; helper T cells bind to APCs (anti- 
gen-presenting cells), activating both the antibody 
and cell-mediated immune responses. 


Hemoglobin—An iron-containing, protein complex 
carried in red blood cells that binds oxygen for trans- 
port to other areas of the body. 


Hemolymph—tThe blood-like liquid present in the 
open circulatory systems of certain invertebrates. 


Hemophilia—A genetic disorder in which one or 
more clotting factors are not released by the plate- 
lets; causes severe bleeding from even minor cuts 
and bruises. 


Hemopoiesis—The process of red blood cell forma- 
tion in the bone marrow. 


Histamine—A chemical released by basophils dur- 
ing the inflammatory response; causes blood vessels 
to dilate. 


Human leukocyte antigen (HLA)—A type of antigen 
present on white blood cells; divided into several 
distinct classes; each individual has one of these 
distinct classes present on their white blood cells. 


Immunoglobulin—The protein molecule that serves 
as the primary building block of antibodies. 
Inflammatory response—A type of non-specific 
immune response; involves the release of chemicals 
from basophils that increase blood circulation and 
white blood cell migration to the affected area. 
Interstitial fluid—tThe fluid that bathes cells. 
Leukocyte—A white blood cell. 

Lymph node—A small structure located at several 
points in the body; consists of lymphatic tissue that 
filters blood and removes microorganisms. 
Lymphocyte—A type of white blood cell; includes B 
and T lymphocytes. 

Lymphoid stem cell—tThe cell from which B and T 
lymphocytes are derived. 

Lysozyme—An enzyme released by neutrophils that 
kills cells. 
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Macrophage—A type of phagocytic cell derived 
from monocytes. 


Monocyte—A type of white blood cell that phago- 
cytizes foreign microorganisms. 


Neutrophil—A type of white blood cell that phago- 
cytizes foreign microorganisms; also releases 
lysozyme. 

Phagocytosis—The engulfment and digestion of a 
cell. 

Plasma—tThe straw-colored liquid portion of blood 
that contains water, proteins, salts, nutrients, hor- 
mones, and metabolic wastes. 
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l Blood gas analysis 


Blood gas analysis, also called arterial blood gas 
(ABG) analysis, is a means of determining the amount 
of oxygen or carbon dioxide being carried in the 
blood, and in some cases, of discovering the identity 
of a toxic gas, such as carbon monoxide, that may be 
present. In addition, the determination can be made as 
to whether the blood is too acidic or too alkaline, 
which may help the physician in his/her diagnosis. 

An ABG analysis evaluates how effectively the 
lungs are delivering oxygen to the blood and how 
efficiently they are eliminating carbon dioxide from 
it. The test also indicates how well the lungs and 
kidneys are interacting to maintain normal blood pH 
(acid-base balance). Blood gas studies are usually per- 
formed to assess respiratory disease and other condi- 
tions that may affect the lungs, and to manage patients 
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Plasma cell—The cell derived from the B lympho- 
cyte, which secretes antibodies. 


Platelet—A cell that contains clotting factors. 


Pluripotent stem cell—The type of stem cell from 
which red blood cells and more white blood cells are 
derived in the bone marrow. 


Sickle cell anemia—A genetic disorder caused by 
a defect in one of hemoglobin’s four protein chains; 
causes red blood cells to be sickle-shaped. 


Thymus—The organ in which T cells undergo further 
development and maturation. 


receiving oxygen therapy. In addition, the acid-base 
component of the test provides information on kidney 
function. 


Among other functions, blood carries oxygen to 
the body’s tissues and removes carbon dioxide. The 
blood laden with carbon dioxide passes through the 
right side of the heart into the lungs and exchanges the 
carbon dioxide for fresh oxygen. The oxygenated 
blood is then pumped by the left side of the heart out 
into the body to repeat the cycle. 


The red blood cells, or erythrocytes, carry the 
blood gases. Hemoglobin, the substance that gives 
blood its red color, is the molecular substance in the 
erythrocyte that attaches to oxygen and exchanges it 
for carbon dioxide. 


Carbon monoxide, a colorless, very toxic gas, can 
displace oxygen in the bloodstream. Hemoglobin has 
approximately 12 times the affinity for carbon mon- 
oxide as it does for oxygen, so it will pick up carbon 
monoxide if both gases are present. This means that, in 
this case, the body does not get the oxygen it needs, 
and death will eventually occur. 


Testing blood gases is a means to determine 
whether an acid-base (biochemical) disturbance is of 
respiratory or metabolic origin. Respiratory conditions 
such as pneumonia, bronchitis, emphysema, or severe 
asthma can cause the blood to become more acid. 
Respiratory conditions such as aspirin toxicity, stren- 
uous exercise, fever, or overactive thyroid can cause the 
blood to be more alkaline. Kidney failure, burns, heart 
attack, or starvation are the metabolic reasons for the 
blood to become acid, and liver failure, vomiting, ulcer, 
or cystic fibrosis cause metabolic alkaline blood. 


To perform an ABG analysis, blood is obtained 
by arterial puncture (usually in the wrist, although it 
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could be in the groin or arm) or from an arterial line 
already in place. A technician then collects the blood 
with a small sterile needle attached to a disposable 
syringe. After the blood is drawn, the sample must be 
transported to the laboratory as soon as possible for 
analysis. 

When the blood has been drawn, the technician or 
the patient applies pressure to the puncture site for 10 
to 15 minutes to stop the bleeding, and then places a 
dressing over the puncture. Risks are very low when 
the test is performed correctly, but common concerns 
include bleeding or bruising at the site. 


Normal blood gas values are as follows: 


- Partial pressure of oxygen (PaO3): 10 to 13 kilopas- 
cals (75 to 100 millimeters of mercury), 


- Partial pressure of carbon dioxide (PaCO;): 5 to 6 
kilopascals (35 to 45 millimeters of mercury), 


- Oxygen content (O2CT): 15% to 23%, 
- Oxygen saturation (SaO2): 94% to 100%, 


- Bicarbonate (HCO3): 22 to 26 milliequivalents/liter, 
where one milliequivalent is the mass in grams of a 
substance that will react with 6.022 x 107° electrons 
and milli denotes that the equivalent is divided by 
1,000, and 


¢ pH: 7.35 to 7.45. 


Values that differ from those listed above may 
indicate respiratory, metabolic, or kidney disease. 
These results also may be abnormal if the patient has 
experienced trauma that affects breathing (especially 
head and neck injuries). Disorders such as anemia that 
affect the oxygen-carrying capacity of blood, can pro- 
duce an abnormally low oxygen content value. 


See also Bronchitis; Circulatory system. 


l Blood supply 


Blood supply refers to the blood resources in 
blood banks and hospitals that are critical to the 
health care community. The blood supply consists of 
donated blood units (in pints) that are used to replace 
blood lost during surgery or from a trauma such as an 
automobile or workplace accident. 


Blood transfusions were attempted as early as 
1667 when Frend physician Jean-Baptiste Denis trans- 
fused 12 fluid ounces (355 millilters) of lamb’s blood 
into a 15-year-old male patient. The procedure was 
successful and the patient’s condition improved. 
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However, up until the end of the eighteenth century, 
the results were not always as encouraging. Some 
patients who received blood from another person 
improved while others died quickly. The reason 
became clear in 1900, when Austrian physician Karl 
Landsteiner discovered the four types of human 
blood, A, B, O, and AB, and the rules that govern 
their compatibility. Type O can be given to any recip- 
ient and is called the universal donor. Type A can be 
given to type A and AB recipients, and type B to type B 
and AB recipients. Transfusing blood of a type not 
compatible with the patient’s blood can be fatal. 


Donating blood 


Blood units are collected in the United States by 
the American Red Cross and by blood banks at local 
hospitals. Donations are always needed due to the 
constant demands of hospitals and their trauma units 
as well as to the brief shelf-life of stored blood. Some 
12 million units are used every year in the U.S. 


Blood is collected by inserting a needle into a vein 
and allowing the blood to flow into a plastic bag that 
has been specially treated to prevent the blood from 
clotting. The average adult human has approximately 6 
quarts (approximately 6 liters) of blood in their body, 
so the loss of one pint will have little adverse effect. The 
liquid portion of the blood is quickly replaced from 
fluid the donor drinks afterwards and the blood cells 
are regenerated from the bone marrow. Healthy donors 
can make blood donations about every six to eight 
weeks without suffering any ill effects. 


Once the blood has been collected in the bag, 
other small specimens are collected for testing. Blood 
is tested for hepatitis viruses, syphilis, AIDS, or other 
diseases and classified as to type. Technicians also run 
a series of antigen tests to provide information on the 
presence of any factor that may provoke a reaction in 
the recipient. 


After the blood is tested and found satisfactory it 
is refrigerated for use. Blood in blood banks is distrib- 
uted to medical facilities in the region of the blood 
bank. Patients undergoing surgery have blood tests to 
determine their blood type and antigen structure so 
that compatible blood can be selected to replace that 
which is lost during surgery. Patients who arrive in the 
emergency room following a trauma such as an auto- 
mobile accident also are tested for possible blood 
replacement. Loss of between 1-2 quarts (1-2 liters) 
of blood will result in shock and require the immediate 
transfusion of blood. Loss of up to 3 quarts (approx- 
imately 3 liters), half the blood supply in the human 
body, can be fatal. 
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Bloodstain evidence 


Blood components 


Not all of the collected blood is used as whole 
blood transfusions. Some of the supply is broken 
down into its components. Blood plasma, the liquid 
part of blood that remains once the blood has coagu- 
lated (clotted), can be dried into a powder and used as 
a replacement for blood volume lost from wounds. 
Blood plasma need not be refrigerated so it is useful 
in situations such as battlefields and areas that lack 
proper refrigeration. The plasma powder is reconsti- 
tuted by mixing it with sterile water. It is then infused 
into the wounded or injured patient. 


Thousands of units of blood can be combined and 
the clotting factor (Factor VIII) refined from the mix- 
ture. Factor VIII is used by hemophiliacs to provide 
the ingredient they lack to make their blood clot. 
Without the clotting factor a hemophiliac can bleed 
uncontrollably. 


Blood cells also can be separated and used. 
Concentrated red blood cells can improve the blood 
count of an anemic patient. White blood cells and 
platelets also are isolated and transfused into needy 
patients. 


AIDs and the blood supply 


When acquired immune deficiency syndrome 
(AIDS) entered the U.S. population in the late 1970s 
and early 1980s, much was unknown about the disease 
and no test existed to detect the virus in blood. While 
initially confined to populations demonstrating high- 
risk behavior, such as homosexuals and intravenous 
drug users, AIDS began to infect hemophiliacs and 
surgical patients who did not fit into such high-risk 
categories. Members of the medical community soon 
determined that these patients had contracted the dis- 
ease from donated blood and that the process used to 
break blood into its components did not kill the AIDS 
virus. Because of its minute size the virus passed 
through the filters used in the extraction process. 


In 1985 a test was developed to detect the HIV 
virus in blood, and immediately every unit of donated 
blood was tested and those tainted with the virus 
removed from the blood supply. Donors are now care- 
fully screened to eliminate any who might be at high 
risk of contracting AIDS. To eliminate the possibility 
of contracting this or any other blood-borne disease, 
patients who are scheduled to undergo surgery are 
urged to donate blood ahead of time so that their 
own blood can be transfused into them if needed. 


It is important to know that a blood donor cannot 
contract AIDS or any other disease by donating 
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blood. The equipment used to collect donated blood 
is used only the once and then discarded. 


During the 1960s and 1970s in countries including 
the United States, Canada, and Ireland, blood tainted 
with the AIDS virus and the viruses that cause several 
forms of hepatitis was used for transfusions. This 
practice continued even after tests for the accurate 
detection of these viruses had been developed. Some 
compensation has since been negotiated for the 
survivors. 


Larry Blaser 


t Bloodstain evidence 


Bloodstains are an important piece of evidence in 
a forensic examination. The pattern of a stain and the 
quantity of blood present can be important clues to the 
nature of the accident or crime. Moreover, detailed 
analysis of the blood obtained from a stain can reveal 
genetic and other information that can help identify a 
victim or implicate the person responsible. 


Analysis of bloodstains can also help reveal the 
nature of the injury and even the order that the 
wounds were received. The pattern of the bloodstain, 
which is also referred to as blood spatter, can be 
important in identifying the weapon used to inflict 
the injury, and help determine if the victim was moving 
or motionless when injured. 


When initially dealing with a bloodstain, a foren- 
sic investigator will seek to obtain as much informa- 
tion as possible without disturbing the scene. This can 
involve recording the bloodstain by means of a sketch, 
video camera, or digital camera. As well, a chemical 
called luminol can be sprayed over the area of the 
bloodstain. Under ultraviolet illumination, the lumi- 
nol that has bound to blood will fluoresce, which can 
reveal small quantities of blood that might otherwise 
escape detection. 


When establishing the extent and pattern of a 
bloodstain, the use of sufficient illumination is impor- 
tant, to avoid shadows that might contribute to mis- 
leading shapes to blood drops, since the shape of a 
drop can indicate the direction and speed of impact of 
the drop with the surface. 


The pattern of a bloodstain can tell a lot about the 
origin of the blood. For example, blood can drip or 
ooze out of a cut or bullet wound, spurt out at much 
higher speed from a severed artery, or be flung off a 
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weapon as a blow is delivered. The resulting patterns 
will differ. Indeed, the pattern of cast-off blood from a 
weapon can even be used to determine if the assailant 
was right- or left-handed. 


A drop of blood falling from five or six feet above 
a floor will splash upon impact, while a drop falling 
several feet straight down will tend to be somewhat 
circular but with a wavy edge. A drop oozing out of a 
cut that is just a few inches above a floor likely will be 
circular. 


In another example, the high impact of a gunshot 
wound can send blood away from a body at high speed. 
If the blood impacts a wall at an angle, the blood drop 
will assume more of a teardrop shape than if the blood 
impacts the wall straight on. Moreover, the orientation 
of several of the teardrop-shaped bloodstains will allow 
a forensic investigator to apply trigonometric functions 
to produce a three-dimensional recreation of the area 
that the blood came from. 


A smeared bloodstain around a body can be evi- 
dence that the body was dragged to that position. 
Similarly, a trail of blood drops leading to a body 
can be evidence that the person was moving while 
bleeding, or was being carried by someone else. 


A skilled forensic investigator is often able to trace 
these patterns back to their origin; literally, to the 
scene of the crime. 


Bloodstains can also be a treasure trove of other 
information. If someone walked through a bloodstain 
on the floor, an impression of the sole of the shoe may 
have been left. This piece of evidence can help match 
someone to the scene of the crime or accident. The 
blood may also have carried bits of skin, hair, or 
clothing with it. All these materials can be recovered 
and analyzed to provide more information about the 
victim or the assailant. 


Blood naturally carries the genetic information of 
the person from which it originated. Blood cells will 
contain deoxyribonucleic acid (DNA). The DNA can 
be enzymatically digested into many differently sized 
fragments and the fragments can be analyzed to 
deduce the sequence of building blocks (bases) that 
comprise the DNA. Small stretches of DNA that are 
of particular interest can be obtained in large quanti- 
ties using a procedure known as the polymerase chain 
reaction (PCR). Essentially, PCR makes a copy of the 
target region, uses those copies to make more copies, 
and so on. The number of copies grows at a logarith- 
mic rate to quickly generate millions of copies of the 
target region. The unique region can then be studied. 
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In this way, an individual’s DNA sequence can be 
found. This sequence, like a fingerprint, can be almost 
unique to the individual. DNA sequence analysis, if 
properly done, can be a powerful piece of evidence. 


A bloodstain can also be tested to determine the 
blood type. There are four possible blood types: A, B, 
AB and O. These various types can be distinguished 
from one another by virtue of the different proteins 
(antigens) on the surface of the blood cells. The differ- 
ent antigens can be recognized by specific antibodies. 


Blood typing can be another powerful means of 
linking someone to a crime or accident scene, or exon- 
erating them. For example, if a bloodstain at a crime 
scene contains Type A blood and a suspect has Type O 
blood, then the blood did not come from the suspect. 
However, because many people have the same blood 
type, blood typing alone cannot implicate someone. 


Blood also can possess another antigen group 
called the Rh factor. Individuals who produce the Rh 
antigen have Rh positive blood. Those who do not 
produce Rh antigen have Rh negative blood. 


Bloodstain analysis is now recognized as a vital 
facet of a forensic examination. This importance is 
exemplified by the Royal Canadian Mounted Police 
(RCMP), who maintain a Crime Scene Bloodstain 
Section in their Forensic Support Services. This sec- 
tion is one of the most advanced in the world, and is 
the only agency that specifically trains investigators to 
do bloodstain analyses at a crime scene. 


See also Crime scene investigation; Forensic 
science. 


Brian Hoyle 


l Blotting analysis 


Blotting analysis describes a series of techniques 
used to determine and describe protein and nucleic 
acid. Blotting techniques are applicable to deoxyribo- 
nucleic acid (DNA) and ribonucleic acid (RNA). 


Blotting analysis allows scientists to transfer elec- 
trophoretically separated components from a gel, 
which is used to separate the different proteins or 
enyzmatically-generated fragments of nucleic acid, 
to a solid support (nowadays, typically a nylon 
membrane). This support may then be used for prob- 
ing with reagents specific for particular sequences 
of amino acids or nucleotides. In this way, the size 
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Blotting analysis 


and/or quantity of the proteins or nucleic acids under 
study can be gauged. 


Blotting analysis was originally developed in 1975 
by British molecular biologist E. M. Southern while he 
was on a leave of absence from his Edinburgh lab to do 
research in Zurich. This process has since been 
referred to as Southern blotting. Southern’s method 
was designed to transfer fragments of DNA from the 
agarose gel in which they had been separated onto 
cellulose nitrate filters. The DNA fragments are 
deposited onto a filter laid over the gel as a result of 
capillary action, which is established and maintained 
by the flow of buffer from underneath the gel to a 
stack of dry paper towels placed on the filter. 


Additional methods have been developed for the 
transfer of DNA. Electrophoretic transfer can be per- 
formed by mounting the gel and membrane between 
porous pads aligned between parallel electrodes in a 
tank containing buffer of high ionic strength. The 
electric current drives the transfer. However, resulting 
high temperatures require that the tank be cooled. 
This method is most often used with gels made from 
polyacrylamide, not agarose, since polyacrylamide 
has a higher melting temperature. A third method 
involves the use of a vacuum. The gel is placed in 
contact with the membrane on a porous screen above 
a vacuum chamber, and a buffer elutes the DNA from 
the gel onto the membrane. 


After the DNA is deposited onto the solid support, 
the filter is usually dried at a high temperature in order 
to bind the nucleic acid strongly to the membrane. 
Alternatively, the DNA can be covalently attached to 
the filter by cross linking with low doses of ultraviolet 
radiation. The process of attaching the nucleic acids 
allows the filter to be sequentially hybridized to several 
different probes with little loss in sensitivity. 


Originally, the most common solid supports used 
were nitrocellulose filters. However, the filters become 
brittle when dried, and as a result, they can not be used 
for more than one or two cycles of hybridization. 
Currently, charged nylon membranes are a popular 
choice, as the DNA binds irreversibly and the mem- 
brane is more durable to withstand multiple 
hybridizations. 


Once the DNA is bound to the membrane, the 
process of hybridization may begin. Typically, the mem- 
brane is first incubated with a buffer designed to limit 
the amount of non-specific binding of the chosen probe 
to parts of the membrane not covered by DNA. Next, a 
radiolabeled probe is added. This probe is complemen- 
tary to sequences of the DNA of interest and therefore 
binds those sequences with a given affinity. The sort of 
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probe used can vary greatly, from purified RNA to 
cloned complimentary DNA (cDNA; a DNA copy of 
a target stretch of RNA) to short synthetic oligonucleo- 
tides. Unbound probe is then washed away from the 
membrane. Autoradiography of the labeled blot results 
in visualization of bands that correspond to the probe 
sequence. The size of the bands can be determined by 
their placement along the length of the gel in compar- 
ison with markers of known size. Additionally, the 
strength of the band seen can also be used to quantify 
the amount of DNA present. 


Southern blotting has many uses in the field of 
molecular biology. Genomic Southern blots can pro- 
vide a physical map of restriction sites within a gene in 
a chromosome through the analysis of fragments pro- 
duced after digestion of genomic DNA with one or 
more restriction enzymes. Other uses include detecting 
major gene rearrangements and deletions involved in 
disease, identifying structurally related genes within 
the same species or homologous genes in other species, 
and more recently, screening genomes of various 
mutagenized lines in order to identify a mutant in a 
particular gene under investigation. 


After the development of Southern blotting, sim- 
ilar procedures were created to analyze RNA as well as 
proteins. Named Northern and Western blotting, 
respectively, these techniques have many similarities 
to Southern blotting but require several modifications. 


Northern blotting refers to the transfer of RNA to 
a solid support from a denaturing agarose gel. The 
membranes and transfer apparatus used are similar 
to those used in Southern blotting. The RNA run in 
the gel may be total RNA isolated from particular 
samples. Alternatively, RNA containing poly(A) 
tails, a characteristic of messenger RNA (mRNA), 
which is involved in the transfer of genetic information 
from DNA to protein, may be purified from the total 
RNA sample in order to analyze specifically mRNA 
molecules. As with Southern blotting, radiolabeled 
RNA, DNA, or oligonucleotides are used as probes, 
and the blots are hybridized and autoradiographed in 
a similar manner. More recently, additional methods 
of detection that do not require radioactivity are com- 
monly used for both northern and Southern blotting. 
Northerns can be used to determine the size or amount 
of specific mRNAs, to examine in what tissues or 
under what conditions certain genes are expressed 
(i.e., are copied in the form of mRNA), and to study 
conditions that alter the level of particular mRNAs. 


The analysis of proteins is accomplished by western 
blotting. Generally, proteins are put in solution (solu- 
bilized) with detergents and reducing agents, separated 
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KEY TERMS 


Northern analysis—A technique used to identify 
and locate mRNA sequences that are complemen- 
tary to a piece of DNA called a probe. Molecular 
biologists commonly refer to this as a “Northern 
blot.” 


Southern blot—Transfer by absorption of DNA 
fragments separated in electrophoretic gels to 
membrane filters for detection of specific base 
sequences by radiolabeled complementary probes. 


Western blot—A technique used to identify a spe- 
cific protein; the probe is a radioactively labeled 
antibody that binds the protein in question. 


in polyacrylamide gels, and transferred to a nitrocellu- 
lose filter or polyvinylidene fluoride membrane, where 
they become covalently bound to the support. The 
crucial difference between westerns and Southerns is 
the probe. For western blots, specific unlabeled anti- 
bodies, which typically must be produced for each indi- 
vidual protein and which react specifically with their 
target, are used to recognize the protein of interest from 
within the background of other cellular proteins. 
Antibodies, unlike their nucleic acid probe counter- 
parts, do not bind with predictable rates or specificities, 
and therefore require increased levels of optimization in 
order to extract the most useful information. The 
bound antibody is detected on the blot by one of several 
secondary reagents that is either radiolabeled or 
coupled to an enzyme. Activity of the enzyme in the 
presence of its substrate allows the detection of anti- 
bodies bound to the protein of interest. Westerns can be 
used to search for the presence of certain proteins in 
specific samples, tissues, or treatments. They may also 
be used for quantitative analyses or to determine the 
apparent molecular weight of a protein. 
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Blue-green algae see Algae 
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[ Blue revolution (aquaculture) 


The term blue revolution refers to the remarkable 
emergence of aquaculture as an important and highly 
productive agricultural activity. Aquaculture refers to 
all forms of active culturing of aquatic animals and 
plants, occurring in marine, brackish, or fresh waters. 


Aquaculture has long been practiced in China and 
other places in eastern Asia, where freshwater fish have 
been grown as food in managed ponds for thousands of 
years. In recent decades, however, the practice of aqua- 
culture has spread around the world. Many species of 
freshwater and marine organisms are being cultivated 
as highly productive and nutritious crops for consump- 
tion by humans. The tremendous growth of aquacul- 
ture has been stimulated by knowledge that there are 
intrinsic limitations to the productivity of the wild, 
unmanaged aquatic ecosystems that humans have tra- 
ditionally exploited as sources of fish, aquatic inverte- 
brates, and seaweeds. Moreover, in a depressingly large 
number of cases, the usable productivity of natural 
aquatic ecosystems has been overexploited or otherwise 
degraded by humans, and the harvested yields have 
declined substantially. 


In many cases, however, the productivity of val- 
uable aquatic species can be greatly increased under 
managed conditions, and also by genetic selection for 
varieties having desirable traits, such as higher produc- 
tivity. The principal goal of aquaculture science is to 
develop systems by which aquatic organisms can be 
grown and harvested at high but sustainable rates, 
while not causing unacceptable environmental damage. 


Aquaculture production 


Aquaculture accounted for over 40 million tons of 
global fish supplies in 2005. When aquatic plants are 
included, the figure goes up to 51.4 million tons. The 
countries of Asia contribute over 90% of these figures. 
China, by itself, contributes more than 70%. These 
amounts have far exceeded earlier years. For example, 
aquacultural activity in Asia was 16 million tons of 
production in 1995, compared with 1.5 million tons in 
Europe, 0.46 million tons in North America, and 0.60 
million tons in the rest of the world. As of 2006, the top 
ten species of fish caught with aquaculture are (in 
order of total amount): carps and other cyprinids; 
oysters; miscellaneous marine mollusks; clams, 
cockles, and arkshells; salmons, trouts, and smelts; 
tilapias and other cichlids; mussels; miscellaneous 
marine crustaceans; shrimps and prawns; and scallops 
and pectens. 
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Blue revolution (aquaculture) 


Fish farming. (JLM Visuals.) 


In comparison, the global supply of fish in 2004 
was about 135 million tons. Thus, aquaculture con- 
tributes about 30% to fish production worldwide. 
Clearly, aquaculture is an extremely large and rapidly 
growing enterprise. 


Fish farming 


Fish farming is a relatively intensive enterprise. It 
commonly involves the management of all stages in the 
life cycle of the cultivated fish, from the production of 
eggs and larvae, through to growth and eventual har- 
vest of high-quality, market-sized fish. In this sense, fish 
farming is different from fish ranching, which is a less- 
intensive enterprise that usually involves the confine- 
ment and feeding of captured wild fish in order to 
increase their market value. This is done, for example, 
with bluefin tuna (Thunnus thynnus) in some places. 


Fish have many potential benefits as cultivated 
species. Because they are cold-blooded (or poikilother- 
mic), fish divert little energy to maintaining their body 
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temperature, and can therefore convert a relatively 
large proportion of their food into their growing bio- 
mass. In other words, populations of fish can be very 
productive, especially under conditions where the ani- 
mals are well fed and the rates of mortality from dis- 
ease and predation are kept small. Moreover, fish are a 
tasty and highly nutritious food for humans. 
Consequently, the economic value of fish is great, as 
are the potential profits gained from cultivating them 
in large quantities. 


Various species of fish are grown in aquaculture, 
using a variety of cultivation systems. The systems 
most commonly involve confinement in artificial 
ponds, or in cages set into larger bodies of water, 
including the ocean. The fish are fed with a nutritious 
diet, sometimes to excess so that their growth rate is 
maximized. When the fish are economically mature, 
they are carefully harvested and processed so that the 
highest-value economic products can be delivered to 
consumers. 


The oldest fish-farming systems were developed in 
eastern Asia, and involved several species of freshwater 
fish. The first writings about methods of fish culture are 
dated from about 2,500 years ago and were written by 
Fan Lei, a wealthy Chinese fish farmer. The first species 
to be grown in aquaculture was probably the common 
carp (Cyprinus carpio), a species native to China but 
now spread throughout the world. It is still an 
extremely important species in aquaculture. Other so- 
called Chinese carps are also important in Asian fish 
farming, including the grass carp (Ctenopharyngodon 
idella), bighead carp (Aristichtys nobilis), and silver carp 
(Hypophthalmichtys molitrix). Other prominent species 
are tilapia (Tilapia mossambica and other Tilapia spe- 
cies) and Asian catfish (C/arias spp.). 


Freshwater fish are also cultivated in North 
America and Europe. Most commonly grown are spe- 
cies of trout, especially brook trout (Salvelinus fonti- 
nalis) and rainbow trout (Salmo gairdneri). Also 
important are channel catfish (/ctalurus punctatus), 
and the common carp. 


Fewer species and quantities of fish are grown 
under brackish-water conditions in Asia, but they 
include the milkfish (Chanos chanos). Brackish and 
saltwater fish farming are larger enterprises in north- 
ern Europe, North America, and western South 
America, and New Zealand, where species of trout 
and salmon are commonly cultivated, sometimes in 
large, open-water complexes of cages supported by 
rafts. Especially important species are Atlantic salmon 
(Salmo salar), brown trout (S. trutta), and Pacific 
salmon (Oncorhynchus spp.). 
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Invertebrate culture 


Many species of mollusks, crustaceans, and other 
invertebrates are grown in aquaculture, particularly in 
Asia, but increasingly in other regions as well. 


The most important crops are mollusks, especially 
species of oysters (Crassostrea spp.) and mussels 
(Mytilis spp.). Most crustacean production occurs in 
Asia, where species of oriental shrimps are cultivated 
(Penaeus spp. and Metapenaeus spp.), along with giant 
freshwater prawn (Macrobrachium rosenbergii). In 
Europe and North America, attention has focused 
on American and European lobsters (Homarus amer- 
icanus and H. gammarus), and on various species of 
crayfishes. 


Seaweed culture 


Seaweeds are also grown in large quantities for use 
as food and as feedstock for the production of algi- 
nates and other industrial products. Most aquaculture 
production occurs in Asia, although there is also a 
growing industry in North America. 


Environmental impacts of aquaculture 


Aquaculture provides many benefits to people, 
mostly through access to a large production of nutri- 
tious, high-quality foods. However, as with terrestrial 
agriculture, there are adverse environmental impacts 
of aquaculture. 


The most important effects are ecological, and are 
associated with the conversion of natural ecosystems 
into intensively managed aquacultural ecosystems. For 
example, the conversion of tropical mangrove forest 
into aquacultural facilities for the raising of shrimp or 
prawns results in an extensive loss of natural habitat. 
This conversion has important consequences for native 
species, and it may damage offshore ecosystems 
through increased rates of siltation and pollution. In 
addition, aquaculture operations often degrade local 
water quality in various ways. Oxygen concentrations 
may be lowered to unacceptably small concentrations 
because of the consumption of this gas during the 
decomposition of waste feed and animal feces. Other 
impacts are associated with toxic chemicals that are 
applied to aquaculture cages in order to prevent them 
from being colonized or eaten by marine organisms. 
Local waters and species may also become contami- 
nated with antibiotics and other medicines that may 
be used to keep animal crops healthy. In addition, 
non-native species may escape from aquaculture and 
establish themselves in new habitats, possibly compet- 
ing with or degrading the habitat of native species. 
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These and other environmental effects of aqua- 
culture are important considerations. They must be 
dealt with effectively if aquaculture is to be conducted 
as a sustainable enterprise, in the ecological sense. 


See also Trout-perch. 
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Blueberry see Heath family (Ericaceae) 


I Bluebirds 


Bluebirds are small, blue-colored perching birds 
in the thrush family (Turdidae). There are three species 
of bluebirds in North America. All of these bluebirds 
nest in natural cavities or nest boxes. They tend to feed 
from perches, flying down to catch insects as they see 
them, and sometimes hawking insects in the air. 


The eastern bluebird (Sialia sialis) occurs in 
shrubby habitats, old orchards, recent clear-cuts and 
burns, and other open habitats with woody plants in 
eastern and central North America and south to 
Nicaragua in Central America. The male of this spe- 
cies has a bright, blue back and a brick-red breast, 
while the female has a somewhat similar, but more 
subdued coloration. Northern populations of the east- 
ern bluebird are migratory, wintering in the southeast- 
ern United States or further south. 


The male western bluebird (S. mexicana) is rather 
similar in coloration to the eastern bluebird, but it has 
a blue throat, and a red shoulder. This species and the 
mountain bluebird (S. currucoides) are western in their 
distributions. The male mountain bluebird is a strik- 
ing, sky-blue color, and this species tends to occur at 
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Boarfish 


A male mountain bluebird flying to its nest. (Anthony Mercieca 
Photo. National Audubon Society Collection/Photo Researchers, 
Inc.) 


relatively higher elevations than the western bluebird 
during the breeding season. 


Populations of bluebirds have declined greatly in 
large parts of their ranges. In part, this has been caused 
by modifications of their habitat by humans, espe- 
cially agricultural and forestry activities that have 
reduced the availability of the nesting cavities that 
bluebirds require. The use of pesticides has also 
affected bluebirds in some areas. 


Bluebirds have also suffered badly from competi- 
tion for their essential nesting cavities with common 
starlings (Sturnus vulgaris), and, to a lesser degree, the 
house sparrow (Passer domesticus). Both of these spe- 
cies were introduced to eastern North America from 
Europe in the later nineteenth century. The common 
starling is now the most abundant bird in North 
America, and populations of bluebirds have declined 
drastically throughout the range of this invasive pest. 
Fortunately, bluebird populations have been increas- 
ing in many areas during the past several decades, 
although they are still generally depressed. The pop- 
ulation recovery of bluebirds has been substantially 
assisted by volunteer programs that provide these 
lovely and interesting birds with artificial nest boxes. 


See also Thrushes. 


| Boarfish 


Boarfish is a common name, so it is not surprising 
that fish from two different marine families, from two 
different orders, with superficially similar snout- 
shaped faces share this name. 
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One species that bears the common name boarfish 
comprises the few species of the genus Antigonia, 
which according to some experts is the only genus in 
the family Caprioidae. Others add the genus Capros to 
this family. The family falls in the order Zeiformes, 
which extends back into the fossil record at least to the 
Eocene, the time when mammals assumed their present 
position as the dominant land animals. This order also 
includes the families Zeniontidae, Oreosomatidae, and 
Zeidae (dories), all of which are known as zeomorph 
fishes. Similar in shape to other members of the 
Zeiformes, boarfishes possess diamond- or rhombus- 
shaped bodies of medium size, up to 8-9 inches (22 cm) 
long. Their bodies are relatively thin or compressed, 
and are covered with ctenoid scales—scales with saw- 
toothed edges. The boarfishes take their name from the 
snoutlike shape of the end of their heads, which makes 
them look like boars (male pigs). 


Boarfishes from the Caprioidae live in saltwater, 
again like other species in the order Zeiformes, and 
they are commonly found swimming near the bottom 
of their marine environment. Boarfishes inhabit such 
areas from India to the western Pacific and also in the 
Atlantic Ocean. 


Besides the boarfishes of the Caprioidae, this 
common name is also applied to members of the 
marine family Pentacerotidae, or Histiopteridae, 
order Perciformes. Another common name for these 
fishes is armorheads. This family includes the silver- 
colored fishes of the genera Pseudopentaceros and 
Zanclistus, which are sought by commercial fisher- 
men. Some of these fishes undergo a marked change 
in shape as they mature, which includes the develop- 
ment of an elongate snout resembling the snout of a 
pig. Some species from the Pentacerotidae can reach 
almost 40 inches (1 meter) in length. 


The giant boarfish (Paristiopterus labiosus) is a 
relatively rare member of the Pentacerotidae, which 
is known in Australia and New Zealand for excellent 
eating quality and sweet taste. Similarly popular for 
eating is the long-snouted boarfish (Pentaceropsis 
recurvirostris) from the waters off southern Australia. 


l Boas 


Boas are a group of nonvenomous, constricting 
snakes (family Boidae), most of which are found in 
tropical America and in Madagascar. Boas bear live 
young, and in this way they differ from the Old World 
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An Amazon tree boa eating. (Joe McDonald. Bruce Coleman, 
Inc.) 


pythons, which lay eggs. Boas are of ancient deriva- 
tion, retaining some of the features of their lizard-like 
ancestors, such as paired lungs (modern snakes have 
only one), tiny remnants of hind limbs (often called 
spurs), and a characteristic bone in their lower jaw, the 
coronoid, which is not found in advanced snakes. 
Boas have no poison fangs, and they kill their prey 
by squeezing, though their prey is often bitten first. 


Boas are classified in the family Boidae, whose 
members have small nostrils and small eyes with ellip- 
tical, vertical pupils. Boas are among the most ancient 
groups of living snakes, having been present in the 
Cretaceous period, 200 million years ago, when dino- 
saurs still walked the earth. Although boas made up a 
major part of the snake fauna in the past, today only 
about 40 species of boas are known. Two quite distinct 
subfamilies are recognized, the true boas, which are 
mainly tropical rainforest animals from South 
America and Madagascar, and the sandboas from 
the deserts and other arid regions of the Northern 
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Hemisphere. The green anaconda (Lunectes murinus) 
of South America is the largest boid snake and prob- 
ably the heaviest snake species in the world. An aver- 
age individual is 10-15 ft (3-4.6 m) long. A number of 
wild green anacondas weighing more than 300 Ib 
(136 kg) have been recorded. 


True boas 


All primitive snakes (other than the burrowing 
blindsnakes) have eyes with vertically elliptic pupils 
(cat-eyes) that can open widely in the dark. Boas have 
a stout body, short tail, and a green, brown, or yellow 
body with either blotches or diamond patterns. They 
tend to be most active at night, whether they inhabit 
deserts or rainforests. Beyond this general similarity, 
however, the South American boas are highly varied 
in their habits as well as in their overall appearance. 


The boa constrictor, (Boa constrictor) and the 
West Indian boas (Epicrates) are primarily ground- 
dwellers, although they may also climb trees, but 
they show no specializations for a particular life- 
style. As in other boas, the young feed on small ani- 
mals such as lizards, whereas the large adults tend to 
feed on larger mammals and birds. 


The West Indian boas are found on many 
Caribbean islands. In general, each island has a single, 
unique species. The exception is the island of 
Hispaniola (Haiti and the Dominican Republic) 
which has three species—Epicrates fordi and E. graci- 
lis, each only about 3 ft (1 m) long, and E. striatus, a 
much larger snake that reaches a length of 8 ft (2.5 m) 
or more. The latter species is also found on a number 
of islands in the Bahamas. On several Caribbean 
islands boas gather at cave entrances at night, snatch- 
ing bats out of the air as they exit or enter the cave. 


Probably the best known representative of the 
true boas is the boa constrictor of tropical America, 
from Mexico to Argentina. Although often depicted as 
a giant, man-eating snake in lurid stories or movies, 
this boa seldom grows to a length of more than 10 ft 
(3 m); the record is 16 ft (5 m). Boa constrictors are 
gentle and easy to care for, and have become one of the 
favorite pet snakes in recent years. 


The green anaconda (Eunectes murinus) of South 
America may be the largest snake in the world. It has 
fairly reliably been reported to grow to 35 ft (11 m) 
long, although 25 ft (7.6 m) is the maximum seen in 
recent times. These dark green snakes with black 
marking are river-dwellers, and are highly adapted 
for an aquatic existence. The anaconda’s eyes and 
nostrils are positioned on top of its head to allow it 
to see and breathe while the rest of its body is 
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completely submerged. Anacondas lie submerged in 
the water at night waiting for peccaries (pigs) to come 
down to drink. Besides feeding on mammals, anacon- 
das are also known to eat birds, crocodilians (cai- 
mans), and turtles. Like other boas, anacondas give 
birth to 40 or more live young. 


The tree boas (Corallus and relatives) are highly 
modified for a life in the trees. Tree boas have slender 
bodies and their prehensile tails make them excellent 
climbers. They also have large eyes for nocturnal for- 
aging, and long teeth for catching sleeping birds and 
other tree-dwellers, such as lizards, rodents, and opos- 
sums. Tree boas, like all boas, have heat-sensitive 
grooves between the labial scales under their nostrils 
that locate warm-blooded prey, even in total darkness. 
The emerald tree boa (Corallus caninus) and the green 
tree boa (Boa canina) are especially well-adapted for 
an arboreal life, with green, white-marked coloration 
making them almost invisible in the trees. 


The West Indian boas (Epicrates) are common on 
those islands lacking the snake-eating Indian mon- 
goose, which was introduced on several islands in 
the 1800s to control the rats in the sugarcane fields. 
However, boas are almost extinct on most islands 
where the mongoose occurs. As is the case with so 
many attempts to introduce exotic animals for a par- 
ticular purpose, the mongoose did not do the job that 
was expected. Instead of eating rats, the mongoose 
preferred chickens to rats and also ate ground-nesting 
birds and terrestrial lizards and snakes, some of which 
have been driven to extinction. 


The distribution of the true boas is rather odd. 
Although most of them inhabit tropical America, 
there is one group of three species, the Pacific boas 
(Candoia), that are found on the other side of the 
Pacific Ocean, in the Fiji islands and on other islands 
north and east of New Guinea. Although they appear 
to be closely related to the American species, these 
Pacific boas live in an area more than 4,000 mi (6,440 
km) away. It is not easy to explain this disjunct distri- 
bution, but a parallel case is found in the Fiji iguanas 
(Brachylophus), whose closest relatives are also in 
tropical America. 


Sandboas (subfamily Erycinae) 


Most sandboas are relatively small snakes, less 
than 3 ft (1 m) in length, currently found in southern 
Asia and northern Africa, and in western North 
America. In most ways the sandboas are very much 
like the true boas of South America, but because most 
of them live in relatively treeless areas, they are more 
adapted to burrowing in the sand than to climbing. 
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Constricting snake—One that kills its prey by 
wrapping its body around it to stop its breathing 
movements. 


Like the South American boas, they feed on small 
animals, such as lizards and rodents, which they kill 
by constriction. Because of their subterranean habits, 
however, the sandboas tends to have small, compact 
heads that can be pushed through the soil, and short, 
stubby tails that can act as “pushers.” Their tail verte- 
brae are specialized and can be recognized in the fossil 
members of this family. Such sandboa fossils are 
known from many localities in western Europe and 
eastern North America that are very distant from the 
areas sandboas currently inhabit. The two American 
sandboas are the rubber boa of the dry pine forests of 
the western states of Washington and Oregon, and the 
rosy boa of the southwestern desert regions. The latter 
is a handsome snake that is a favorite of pet owners. 


As in the true boas, there is a strange situation in 
sandboa distribution and relationship. On the island 
of Madagascar, off the southeast coast of Africa, there 
are two boas that resemble those of South America. 
One of these is specialized as a tree boa, the other is so 
similar in appearance to the South American boa 
constrictor that some experts have placed it in the 
same genus. Recent research, however, suggests that 
despite their superficial similarities the Madagascan 
boas are related to the sandboas, and probably repre- 
sent an ancient division of that group. 
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| Bohr model 


The Bohr model of atomic structure was developed 
by Danish physicist and Nobel laureate Niels Bohr 
(1885-1962). Published in 1913, Bohr’s model improved 
the classical atomic models of physicists J. J. Thomson 
and Ernest Rutherford by incorporating quantum 
theory. While working on his doctoral dissertation at 
Copenhagen University, Bohr studied physicist Max 
Planck’s (1858-1947) quantum theory of radiation. 
After graduation, Bohr worked in England with 
Thomson and subsequently with Rutherford. During 
this time Bohr developed his model of atomic structure. 


Before Bohr, the classical model of the atom was 
similar to the Copernican model of the solar system 
where, just as planets orbit the sun, electrically negative 
electrons moved in orbits about a relatively massive, 
positively charged nucleus. The classical model of the 
atom allowed electrons to orbit at any distance from the 
nucleus. This predicted that when, for example, a 
hydrogen atom was heated, it should produce a contin- 
uous spectrum of colors as it cooled because its elec- 
tron, moved away from the nucleus by the heatenergy, 
would gradually give up that energy as it spiraled back 
closer to the nucleus. Spectroscopic experiments, how- 
ever, showed that hydrogen atoms produced only cer- 
tain colors when heated. In addition, physicist James 
Clark Maxwell’s influential studies on electromagnetic 
radiation (light) predicted that an electron orbiting 
around the nucleus according to Newton’s laws would 
continuously lose energy and eventually fall into the 
nucleus. To account for the observed properties of 
hydrogen, Bohr proposed that electrons existed only 
in certain orbits and that, instead of traveling between 
orbits, electrons made instantaneous quantum leaps or 
jumps between allowed orbits. 


In the Bohr model, the most stable, lowest energy 
level is found in the innermost orbit. This first orbital 
forms a shell around the nucleus and is assigned a 
principal quantum number (n) of n=1. Additional 
orbital shells are assigned values n=2, n=3, n=4, etc. 
The orbital shells are not spaced at equal distances 
from the nucleus, and the radius of each shell increases 
rapidly as the square of n. Increasing numbers of 
electrons can fit into these orbital shells according to 
the formula 2n*. The first shell can hold up to two 
electrons, the second shell (n=2) up to eight electrons, 
and the third shell (n=3) up to 18 electrons. Subshells 
or suborbitals (designated s,p,d, and f) with differing 
shapes and orientations allow each element a unique 
electron configuration. 


As electrons move farther away from the nucleus, 
they gain potential energy and become less stable. 
Atoms with electrons in their lowest energy orbits are 
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in a “ground” state, and those with electrons jumped to 
higher energy orbits are in an “excited” state. Atoms 
may acquire energy that excites electrons by random 
thermal collisions, collisions with subatomic particles, 
or by absorbing a photon. Of all the photons (quantum 
packets of light energy) that an atom can absorb, only 
those having an energy equal to the energy difference 
between allowed electron orbits will be absorbed. Atoms 
give up excess internal energy by giving off photons as 
electrons return to lower energy (inner) orbits. 


The electron quantum leaps between orbits pro- 
posed by the Bohr model accounted for Planck’s 
observations that atoms emit or absorb electromag- 
netic radiation only in certain units called quanta. 
Bohr’s model also explained many important proper- 
ties of the photoelectric effect described by Albert 
Einstein (1879-1955). 


According to the Bohr model, when an electron is 
excited by energy it jumps from its ground state to an 
excited state (i.e., a higher energy orbital). The excited 
atom can then emit energy only in certain (quantized) 
amounts as its electrons jump back to lower energy 
orbits located closer to the nucleus. This excess energy 
is emitted in quanta of electromagnetic radiation (pho- 
tons of light) that have exactly same energy as the 
difference in energy between the orbits jumped by the 
electron. For hydrogen, when an electron returns to the 
second orbital (n=2) it emits a photon with energy that 
corresponds to a particular color or spectral line found 
in the Balmer series of lines located in the visible portion 
of the electromagnetic (light) spectrum. The particular 
color in the series depends on the higher orbital from 
which the electron jumped. When the electron returns 
all the way to the innermost orbital (n=1), the photon 
emitted has more energy and forms a line in the Lyman 
series found in the higher energy, ultraviolet portion of 
the spectrum. When the electron returns to the third 
quantum shell (n=3), it retains more energy and, there- 
fore, the photon emitted is correspondingly lower in 
energy and forms a line in the Paschen series found in 
the lower energy, infrared portion of the spectrum. 


Because electrons are moving charged particles, 
they also generate a magnetic field. Just as an ampere 
is a unit of electric current, a magneton is a unit of 
magnetic dipole moment. The orbital magnetic moment 
for hydrogen atom is called the Bohr magneton. 


Bohr’s work earned a Nobel Prize in 1922. 
Subsequently, more mathematically complex models 
based on the work of French physicist Louis Victor de 
Broglie (1892-1987) and Austrian physicist Erwin 
Schrodinger (1887-1961) that depicted the particle 
and wave nature of electrons proved more useful to 
describe atoms with more than one electron. The 
standard model incorporating quark particles further 
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E, = ~13.6eV/n* 


~13.6 —~3.40 


"b= radius of Bohr Orbital 
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The Bohr model accounted for quantum phenomena encountered in chemistry and physics by restricting a hydrogen electron’s 
transitions to instantaneous changes between allowed orbits (energy levels). (Argosy. The Gale Group.) 


refines the Bohr model. Regardless, Bohr’s model 
remains fundamental to the study of chemistry, espe- 
cially the valence shell concept used to predict an 
element’s reactive properties. 


The Bohr model remains a landmark in scientific 
thought that poses profound questions for scientists 
and philosophers. The concept that electrons make 
quantum leaps from one orbit to another, as opposed 
to simply moving between orbits, seems counter-intui- 
tive, that is, outside the human experience with nature. 
Bohr said, “Anyone who is not shocked by quantum 
theory has not understood it.” Like much of quantum 
theory, the proofs of how nature works at the atomic 
level are mathematical. 


See also Atomic number; Atomic spectroscopy; 
Atomic theory; Atomic weight; Electromagnetic 
field; Electromagnetic induction; Electromagnetic 
spectrum; Quantum mechanics. 
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Boiling see States of matter 


I Boiling point 


The boiling point of a liquid is the temperature at 
which the vapor pressure of the liquid equals the exter- 
nal pressure on the liquid. When a liquid is raised to its 
boiling point, vapor bubbles form in the liquid, rise to 
the surface, and burst: that is, the liquid boils. 


Below the boiling point of a given liquid, molecules 
may both leave and enter the surface of a body of the 
liquid due to random thermal motion. When the rate of 
movement of molecules into the gas phase from the 
liquid equals the rate of movement of molecules into 
the liquid phase from the gas phase, the two phases are 
in equilibrium. If they are out of equilibrium, the liquid 
may either acquire molecules from the air or given them 
up to the air (evaporate). However, these exchanges 
happen only at the surface of the liquid. 


When the temperature is raised, more molecules 
have enough energy to enter the gas phase. If the glass 
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were left uncovered, the water would disappear more 
quickly. If the glass was kept covered, a new equili- 
brium would be established more quickly. As the tem- 
perature increases, more molecules enter the gas phase 
and the vapor pressure of the liquid increases. 


At some point, as the temperature increases, the 
vapor pressure of the liquid will increase to the point 
where it equals the external or atmospheric pressure. 
At this point, the liquid can enter its vapor phase at 
any point throughout its volume, not just at its sur- 
face. Bubbles form and rise in the liquid, and it is said 
to be boiling. Below this temperature, a bubble cannot 
form because the external pressure is greater than the 
pressure in the bubble and it collapses. 


The temperature at which the external pressure and 
the vapor pressure are equal is called the normal boiling 
point. For water, this temperature is 212 °F (100 °C). 
In general, a liquid with high vapor pressures and a low 
normal boiling point is said to be volatile. Such liquids 
often have strong smells because they are rapidly giving 
up large quantities of molecules to the air. Liquids with 
low vapor pressures and high normal boiling points are 
non-volatile and have little or no odor. 


If the external pressure is less than one atmosphere 
(the typical pressure at sea level), liquids will boil at 
lower temperatures than their normal boiling points. 
At high elevations, the atmospheric pressure is lower 
than one atmosphere. At the top of Mount Everest, for 
example, where the atmospheric pressure is about 5 
pounds per square inch (psi), or 260 mm Hg, versus 
14.7 psi at sea level, the boiling point of water is only 
160 °F (71 °C), versus 212 °F (100 °C) at sea level. At 
such high elevations, it is often necessary to follow 
special instructions for cooking and baking, as the 
water temperature is not high enough to cook food. 
Conversely, if the atmospheric pressure is greater than 
one atmosphere, liquids will boil at higher tempera- 
tures than their normal boiling points. We can use this 
to our advantage. In a pressure cooker, we increase the 
pressure so that it is greater than one atmosphere. As a 
result, water boils at a higher temperature and food 
cooks faster. We can also raise the boiling point of a 
liquid by adding a non-volatile solute to it. For exam- 
ple, adding salt to water raises its boiling point. 


Rashmi Venkateswaran 


! Bond energy 


Bond energy is the strength of a chemical bond 
between atoms, expressed as the amount of energy 
required to break it apart. It is as if the bonded 
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Typical bond energies 


Type of bond or attraction Range of bond energies, kJ/mol 


700-4000 
800-1000 
500-700 
200-500 
40-400 
10-40 


lonic bonds 

Covalent triple bonds 

Covalent double bonds 

Covalent single bonds 

Dipole attractions between molecules 
Hydrogen bonds 


Table 1. Typical Bond Energies. (Thomson Gale.) 


Average bond energies of common bonds 


Bond energies, kJ/mol 


347 
615 
812 
360 
728 
158 
244 
414 
436 
464 
498 


Table 2. Average Bond Energies of Common Bonds. 
(Thomson Gale.) 


atoms were glued together: the stronger the glue is, 
the more energy would be needed to break them apart. 
A higher bond energy, therefore, means a stronger 
bond. 


Bond energies are usually expressed in kilojoules 
per mole (kJ/mol): the number of kilojoules of energy 
that it would take to break apart exactly one mole of 
those bonds. There are several kinds of “glues,” or 
attractions, by which atoms and molecules can stick 
together. Depending upon the type of attractive force, 
the bond energy can vary in strength. For example, an 
ionic bond, which is a simple interaction between a 
positively-charged group and a negatively-charged 
group, is stronger than a type of bond called a covalent 
bond, which involves the sharing of electron between 
the atoms participating in the bond. Among covalent 
bonds, triple bonds, which involve the sharing of three 
electrons, are stronger than double bonds and double 
bonds are stronger than single bonds. Hydrogen 
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Kilojoule—An amount of energy equal to a thou- 
sand joules. One kilojoule is equivalent to 0.239 
kilocalorie. In electrical terms, a kilojoule is the 
amount of energy used by one kilowatt of power 
operating for one second. 


bonds are weakest of all these bonds. However, in a 
molecule there can be many individual hydrogen 
bonds, so their total strength can be considerable. 
Hydrogen bonds play an important role in determin- 
ing the properties of important compounds such as 
proteins and water. 


See also Dipole. 


Robert L. Wolke 


fl Bony fish 


Bony fish (Osteichthyes) are distinguished from 
other fish species that have a cartilaginous skeleton 
(Chondrichthyes—sharks, rays and chimeras, for 
example) by the presence of true bone—a mixture of 
calcium phosphates and carbonates—in their skele- 
tons. Other differences between the two groups are 
modifications in the structure and arrangement of 
the scales and fins and the presence of more specialized 
teeth in bony fish. When feeding, bony fish display a 
far wider range of adaptations than cartilaginous 
species: the former may be either carnivorous (like 
most cartilaginous species), plant-eating, or both. 
Combined, these features have helped them to exploit 
a much wider range of feeding and living habitats. 


Fish breathe and feed in order to obtain sufficient 
energy to meet their daily physical requirements. 
Much of this energy is required for swimming, which 
can range from simple short distances to much greater 
seasonal migrations. However, considerable amounts 
of energy are also required for finding food and mates, 
as well as for avoiding predators. To conserve energy, 
bony fish have evolved a special swim bladder—a gas- 
filled chamber that provides buoyancy and helps keeps 
them weightless in the water column. Through this 
system they may remain at the same level of water 
for several hours without expending too much valua- 
ble energy. 
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With few exceptions, all bony fish require a con- 
stant source of oxygen for respiration. Dissolved oxy- 
gen is freely available in salt and freshwater; to extract 
this, fish pass the water through specialized gill cham- 
bers that are richly supplied with blood vessels. As the 
water passes over the highly convoluted surface of the 
gills, the oxygen passes across the thin membranes and 
enters the red hemoglobin cells of the blood stream. 


The classification of bony fish is complex. Basically 
there are two main groups of bony fish: the Crossopter- 
ygii and Actinopterygii. The latter contains some 
additional small groups of distinct fish such as the 
Polypteridae (bichirs), Acipenseridae (sturgeons), 
Polyodontidae (paddle fish) and Lepisosteidae (gar 
or pikes). It also includes the teleost fish, which are 
by far the most numerous of all fishes, with more 
than 20,000 species identified from a wide range of 
habitats—aquatic, marine, and terrestrial. Although 
these species vary considerably in size, appearance and 
structure, they are all much lighter than primitive 
species, largely through the loss of heavy body armor 
and thickened scales. The smallest known teleost fish 
is the Philippine goby (Pandaka pygmaea) which 
reaches a length of just 0.5 inches (12 mm); the largest 
is the arapamia or pirarucu (Arapamia gigas) of the 
Amazonian waterways, which has been known to 
measure 16 feet (5 m). 


In addition to the wide range of modern bony fish, 
a few primitive representatives still survive and, for 
taxonomic purposes, have been grouped together in 
the Crossopterygii. One of these is the coelacanth 
(Latimera chalumnae), a large blue-gray fish that may 
reach a length of 6.5 feet (2 m). Known only from the 
deep ocean trenches off the tiny Comoros Archipelago 
around northwest Madagascar, this sluggish species 
lives in complete darkness and preys on other fish. 
Many of its features are similar to fossil species, the 
most notable of which are its arrangement of fins. The 
rays of the second dorsal fin, the anal fin, and the 
paired fins rest on a muscular, scale-covered lobe, 
while the powerful tail fin is symmetrical in appear- 
ance. Almost nothing is known about the ecology of 
this species. A recent discovery showed that coela- 
canths actually give birth to live young. 


Other unusual species of this same group are the 
lungfish of Africa, Australia, and South America, the 
only living representatives of a widespread group of 
fish that lived on Earth some 350 million years ago. In 
some of these, the dorsal, anal, and caudal fins are 
fused and modified to form a continuous median fin. 
Some species come to the surface to gulp in air, while 
others have developed a gill system that enables them 
to breathe when submerged. During periods of dry 
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weather, the African and South American species dig 
deeply into the mud at the base of lakes and swamps 
and envelop themselves in a thick coat of mucus. As 
this dries out it provides a protective covering for the 
fish, enabling it to survive periods of drought in a state 
of aestivation. When the rains return, the mucus coat- 
ing is softened and the fish reemerges. 


Features such as these enabled some species to 
withstand periods of adverse weather or avoid excessive 
predation through the development of toughened skins 
that were often reinforced with bulky scales. As the 
world’s climate changed and new species continued to 
evolve, most of these primitive features were lost and an 
explosion of new life forms spread throughout the seas 
and freshwater ecosystems. Witness to this is the 
present staggering diversity and numbers of bony fish 
that occur in almost every aquatic habitat on Earth, 
from the warm tropical waters to the frozen seas of the 
poles and from the margins of the tides to the deepest 
oceanic trenches. 


See also Cartilaginous fish; Fish. 


l Boobies and gannets 


Boobies and gannets are nine species of marine 
birds that make up the family Sulidae, in the order 
Pelecaniformes, which also includes the pelicans, cor- 
morants, anhingas, tropic birds, and frigate birds. 


Boobies and gannets have a narrow, cigar-shaped 
body, a longish, pointed tail, and long, narrow wings. 
Their feet are fully webbed, and are used in swimming. 
The beak is strong, pointed, has a serrated edge for 
gripping slippery prey, and is brightly colored in some 
species. Unlike some of the other groups in the order 
Pelecaniformes, boobies and gannets have fully water- 
proof plumage. 


Gannets and boobies feed on fish, which they find 
by flying over the surface of the ocean at an altitude of 
up to 98 ft (30 m). These birds then catch their prey by 
spectacular, head-long, angled-winged plunges into 
the surface of the sea, seizing their quarry in their 
beak, and swallowing it underwater. During the breed- 
ing season, gannets and boobies are found in near- 
coastal waters. In their non-breeding season, however, 
these birds may occur far out to sea. Almost all species 
of gannets and boobies are colonial nesters. 


Gannets (Morus spp.) are three species of birds of 
temperate and subarctic oceans, and they breed in 
colonies on rocky cliffs and ledges. Both birds of a 
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mated pair incubate their single egg, which they cover 
with their webbed feet before snuggling down to 
brood. After the chick develops its flight feathers and 
is ready to fledge, it is abandoned by its parents. It 
soon leaps into the sea from its cliff-top nest and 
begins to fish for itself. 


The six species of boobies (Sula spp.) are all trop- 
ical and subtropical birds. Boobies breed in nests built 
on near-shore shrubs, or on coastal cliffs. 


Species of gannets 


The northern gannet (Morus bassana) breeds in 
north-temperate and subarctic waters on both sides of 
the Atlantic Ocean. In North America, the largest 
colonies of these birds occur at Cape Saint Mary’s on 
Newfoundland and on Bonaventure Island in the Gulf 
of the Saint Lawrence River. There are another four 
smaller colonies of northern gannets in the western 
Atlantic Ocean and another 28 in the eastern Atlantic. 


Adult northern gannets have a white body, with 
black wing-tips. The head is a bright lemon-yellow. 
During the first year after birth gannets are a dark- 
brown color, while older sub-adults have a dirty-white 
plumage and lack the yellow head of the sexually 
mature adults. The tail of gannets is pointed, as is the 
profile of their head, giving the bird a double-ended 
shape in flight. 


The populations of northern gannets in some of 
their breeding colonies can be quite large. These birds 
are aggressively territorial, and their nests are therefore 
spaced at about twice the distance that a sharp beak can 
be thrust towards a neighbor. Other displays involve 
birds engaging in ritualized posturings to impress their 
neighbors, or to infatuate a potential mate. 


In healthy colonies, all of the suitable space may 
be covered with nests. At Cape Saint Mary’s, popula- 
tion growth in recent decades has resulted in all of the 
prime nesting habitat on cliffs to be fully utilized. This 
has forced many birds to nest on adjacent coastal 
meadows, an accessible habitat in which they are vul- 
nerable to land predators. 


After their breeding season, northern gannets occur 
widely in waters of the continental shelves. During the 
winter, gannets range as far south as the northern Gulf 
of Mexico and the southeastern United States. 


Other species of gannets include the Cape gannet 
(Morus capensis) of South Africa, and the Australian 
gannet (M. serrator) of Australia. These species are 
rather similar to the northern gannet, and some tax- 
onomists consider all of these taxa to be subspecies of 
Morus bassana. 
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Blue-footed boobies in the Galapagos Islands. (Anthony Wolff. Phototake/NYC.) 


Species of boobies 


Three species of boobies are relatively widespread 
in tropical waters. The brown booby (Sula leu- 
cogaster) is the most common species, breeding in all 
of the tropical oceans. This species has dark-brown 
upper parts and breast, and a white belly. Male birds 
have a dark-blue face, while that of females is yellow. 
Immature birds are more uniformly brown. 


The blue-faced or masked booby ( Sula dactyla- 
tra) is the largest species. This species breeds in the 
tropics of the Pacific and Indian Oceans. The blue- 
faced booby has a mostly white body, but the flight 
feathers are all black, resulting in a black stripe run- 
ning the length of the back of the wings. The “mask” is 
an area of black feathers just behind the beak. 


The red-footed booby (Suda sula) is a species of the 
tropical Pacific, Indian, and Atlantic Oceans. This 
species is named after its bright-red feet and legs. The 
red-footed booby nests in shrubs and trees. 


Other, less widespread species are the Peruvian 
booby (Sula variegata) of offshore islands and coastal 
headlands of Peru, the blue-footed booby (S. nebouxii) 
of western Mexican and Central and South American 


waters, and Abbott’s booby (S. abbotti), which only 
occurs in the vicinities of Assumption and Christmas 
Islands in the Indian Ocean. Peruvian boobies can nest 
in huge colonies, which can contain as many as one 
million pairs of birds. 


Boobies do not breed in North America, but sev- 
eral species are regular visitors to coastal waters during 
their non-breeding season. The blue-faced booby 
occurs most frequently in the vicinity of the Dry 
Tortugas off extreme southern Florida, and also in 
the Caribbean Sea, the Gulf of Mexico, and Baja 
California, as well as farther south of all of those places. 
The brown booby and blue-footed booby are also occa- 
sional visitors to the extreme southern United States. 


Boobies, gannets, and people 


Guano is a commercially important product 
obtained by digging the surface of the huge colonies 
of Peruvian boobies and other seabirds off northern 
South America, and at colonies of Cape gannets off 
South Africa. Guano is a natural, phosphorus-rich 
compound derived from the excrement of seabirds 
that is used as a fertilizer. 


KEY TERMS 


Overfishing—Harvesting of fish at a rate that is 
greater than their productivity, leading to a collapse 
in the size of the stocks. 


Plunge-diver—A bird that dives head-long into the 
water to catch prey swimming fairly close to the 
surface. 


For many years, gannets, and to a much lesser 
degree boobies, were considered to be serious compet- 
itors with humans for commercially important marine 
fish. For this reason, gannets were often killed, and 
only a few decades ago their numbers were perilously 
small. This sort of indiscriminate killing is not much of 
a problem anymore, except in a few remote places. 


In some regions, gannets and boobies may be 
killed for their meat and feathers, and where they are 
accessible, their eggs may be collected for eating. 


Boobies and gannets are also vulnerable to collap- 
ses in the populations of the fish that they feed upon. 
For example, Peruvian boobies and other seabirds 
have suffered precipitous population declines when 
their most important prey of anchovies collapsed as a 
result of oceanographic changes associated with El 
Nifio. El Nifio is a warm-water phenomenon that 
impedes nutrient cycling, greatly reducing the produc- 
tivity of phytoplankton, and ultimately, causing a col- 
lapse of fish stocks. 


Since the beginning of the 1990s, there has also 
been a collapse of many fish stocks in coastal waters 
off eastern Canada. The reasons for this ecological 
change are not known for certain, but the leading 
hypotheses include the effects of overfishing and cli- 
mate change. The collapse of the fisheries of the north- 
west Atlantic has led to severe economic hardship for 
many people who are dependent on that natural 
resource for their livelihood. However, there have also 
been severe effects on northern gannets and other sea- 
birds, which depend on those fish stocks as a source of 
food, particularly when they are raising their young. 
Consequently, these birds have experienced unsuccess- 
ful reproduction, and this may pose a threat to the 
longer-term health of their populations in that region. 
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l Boolean algebra 


Boolean algebra is often referred to as the algebra 
of logic. The English mathematician George Boole 
(1815-1864), who is largely responsible for its begin- 
nings, was the first to apply algebraic techniques to 
logical methodology. He showed that logical proposi- 
tions and their connectives could be expressed in the 
language of set theory. Thus, Boolean algebra is also 
the algebra of sets. Algebra is that branch of mathe- 
matics which is concerned with the relations of 
quantities. 


Beginning with the members of a specific set 
(called the universal set), together with one or more 
binary operations defined on that set, procedures are 
derived for manipulating the members of the set using 
the defined operations, and combinations of those 
operations. Both the language and the rules of manip- 
ulation vary, depending on the properties of elements 
in the universal set. For instance, the algebra of real 
numbers differs from the algebra of complex numbers, 
because real numbers and complex numbers are 
defined differently, leading to differing definitions 
for the binary operations of addition and multiplica- 
tion, and resulting in different rules for manipulating 
the two types of numbers. Boolean algebra consists of 
the rules for manipulating the subsets of any universal 
set, independent of the particular properties associ- 
ated with individual members of that set. It depends, 
instead, on the properties of sets. The universal set 
may be any set, including the set of real numbers or 
the set of complex numbers, because the elements of 
interest, in Boolean algebra, are not the individual 
members of the universal set, but all possible subsets 
of the universal set. 
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Boolean algebra 


Properties of sets 


A set is a collection of objects, called members or 
elements. The members of a set can be physical 
objects, such as people, stars, or roses, or they can be 
abstractions such as numbers or even other sets. A set 
is referred to as the universal set (usually called I) if it 
contains all the elements under consideration. A set S 
not equal to I is called a proper subset of I if every 
element of S is contained in I. This is written and read 
“S is contained in I.” (see Figure 1) 


If S equals I, then S is called an improper subset of 
I, that is, lis an improper subset of itself (note that two 
sets are equal if and only if they both contain exactly 
the same elements). The special symbol is given to the 
set with no elements, called the empty set or null set. 
The null set is a subset of every set. 


When dealing with sets there are three important 
operations. Two of these operations are binary (that 
is, they involve combining sets two at a time), and the 
third involves only one set at a time. The two binary 
operations are union and intersection. The third oper- 
ation is complementation. The union of two sets S and 
T is the collection of those members that belong to 
either S or T or both. (see Figure 2) 


The intersection of the sets S and T is the collec- 
tion of those members that belong to both S and T. 
(see Figure 3) 


The complement of a subset, S, is that part of I not 
contained in S, and is written S’. (see Figure 4) 


Properties of Boolean algebra 


The properties of Boolean algebra can be sum- 
marized in four basic rules. 


(1) Both binary operations have the property of 
commutativity, that is, order doesn’t matter. 


SOT =TNS,andSUT = TUS. 


(2) Each binary operation has an identity element 
associated with it. The universal set is the identity 
element for the operation of intersection, and the 
null set is the identity element for the operation of 
union. 


SOI =S,andSUoe=S. 
(3) each operation is distributive over the other. 
SU(TNYV) = SUT)N(SUV), and SN (TU V) 
=(SNT)UGSNY). 


This differs from the algebra of real numbers, for 
which multiplication is distributive over addition, 
a(b+c) = ab + ac, but addition is not distributive 
over multiplication, a+ (bc) not equal (a+b)(a+c). 
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S is contained in | 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The union of S and T 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


(4) each element has associated with it a second 
element, such that the union or intersection of the two 
results in the identity element of the other operation. 


AUA' =LandAnNA =a. 


This also differs from the algebra of real numbers. 
Each real number has two others associated with it, 
such that its sum with one of them is the identity 
element for addition, and its product with the other 
is the identity element for multiplication. That is, 
a + (-a) = 0, and a(1/a) = 1. 


Applications 


The usefulness of Boolean algebra comes from the 
fact that its rules can be shown to apply to logical 
statements. A logical statement, or proposition, can 
either be true or false, just as an equation with real 
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The intersection of S and T 


Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The complement of S 


Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


numbers can be true or false depending on the value of 
the variable. In Boolean algebra, however, variables 
do not represent the values that make a statement true, 
instead they represent the truth or falsity of the state- 
ment. That is, a Boolean variable can only have one of 
two values. In the context of symbolic logic these 
values are true and false. 


Boolean algebra has proved essential in the field 
of computer engineering. By taking the two-valued 
variables of Boolean algebra to represent electronic 
states of on and off (or the binary digits 0 and 1), 
Boolean algebra can be used to design digital compu- 
tational circuitry. It is thus the fundamental design 
language of all modern computers and other digital 
devices. 


See also Computer, digital. 
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KEY TERMS 


Binary operation—A binary operation is a method 
of combining the elements of a set, two at atime, in 
such a way that their combination is also a member 
of the set. 


Complement—The complement of a set, S, written 
S’, is the set containing those members of the uni- 
versal set that are not contained in S. 


Element—Any member of a set. An object in a set. 


Intersection—The intersection of two sets is itself a 
set comprised of all the elements common to both 
sets. 


Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


Set theory—Set theory is the study of the properties 
of sets and subsets, especially those properties 
that are independent of the particular elements in 
a set. 


Subset—A set, S, is called a subset of another set, |, 
if every member of S is contained in I. 


Union—The union of two sets is the set that con- 
tains all the elements found in one or the other of 
the two sets. 


Universal set—The universal set is the set contain- 
ing all the elements being considered. 
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| Boric acid 


Boric acid, also known as boracic acid and 
arthoboric acid, is a very weak acid with the formula 
H3BOs3, often used as a mild antiseptic. Chemically, it 
acts as a tribasic acid—an acid that can dissociate 
successively to produce three hydrogen ions in solu- 
tion. However, because it dissociates to such a small 
extent, it is a very weak acid that is actually used in 
water solution as an eye wash. Pure boric acid is a 
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Botany 


colorless, odorless, white powder or transparent crys- 
tals that melt at about 340°F (171°C). Boric acid loses 
water as it is heated, changing first into metaboric acid 
(HBO3) and then into pyroboric acid (H2B,07). The 
three acids can be thought of as hydrates of boric oxide 
(B,O3). Orthoboric acid is fairly soluble in water (espe- 
cially hot water), alcohol, and glycerine. 


Boric acid has a wide variety of industrial appli- 
cations. It is used in the manufacture of heat-resistant 
borosilicate glass and other ceramics, such as crock- 
ery, porcelains, enamels, and artificial gemstones. It 
also used in waterproofing wood and fireproofing 
textiles. It also finds application as an insecticide for 
cockroaches and black carpet beetles and as an fungi- 
cide on citrus fruits. 


Its use in the last of these applications is carefully 
monitored, however, because of the compound’s tox- 
icity. When swallowed, boric acid can cause nausea, 
vomiting, diarrhea, and other intestinal problems. 
In large doses, it can cause coma and death. The 
toxic level of boric acid in infants can be less than 0.2 
ounces (5 g) and in adults, from 0.2 ounces (5 g) to 0.7 
ounces (20 g). 


Boring machine see Machine tools 
Boron see Element, chemical 


Bosons see Subatomic particles 


fl Botany 


Botany is the study of plants. It is one of the major 
fields of biology, together with zoology (the study of 
animals) and microbiology (the study of bacteria and 
viruses). Specializations within the field of botany 
include the study of mosses, algae, lichens, ferns, and 
fungi. Other specialties in botany include plant phys- 
iology, the study of the vital processes of plants, such 
as photosynthesis, respiration, and plant nutrition. 
Biochemists study the effects of soil, temperature, 
and light on plants, while plant morphologists study 
of the evolution and development of leaves, roots, and 
stems with a focus on the tissues at the tips of stems 
where the cells have the ability to divide. 


Plant pathology studies the causes and control of 
plant diseases. Pathologists may work with a specific 
group of plants, such as forest trees, vegetable crops, 
grain, or ornamental plants, and they may concentrate 
on the interactions between host plants and patho- 
gens, the carriers of disease. Economic botanists 
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study the economic impact of plants as they relate to 
human needs for food, clothing, and shelter, while 
plant geneticists investigate the structure and behavior 
of genes in plants and plant heredity in order to 
develop crops that are resistant to diseases and pests. 
Paleobotany deals with the biology and evolution of 
plants by studying the fossil record in order to recon- 
struct the 600 million year history of plant life on this 
planet. 


The relationship between plants and animals is 
one of interdependence. Without the evolution of 
plants, animals would not have been able to subsist. 
Animals, in turn, contribute to plant distribution, 
plant pollination, and every other aspect of plant 
growth and development. Through this interdepend- 
ence, plants continue to adapt and change. Human 
intervention in the cultivation of plants has contrib- 
uted equally to plant development. Today, the study 
of botany is only one aspect of ecology, the study of 
the environment. Plant ecologists are concerned with 
the effects of the environment on plants. 


History of botany 


Aristotle and Theophrastus, living in ancient 
Greece about the fourth century BC, were both 
involved in identifying plants and describing them. 
Theophrastus is called the father of botany because 
of his two surviving works on plant studies. While 
Aristotle also wrote about plants, he received more 
recognition for his studies of animals. 


The early study of plants was not limited to 
Western cultures. The Chinese developed the study of 
botany along lines similar to the ancient Greeks at 
about the same time. In AD 60, another Greek, 
Dioscorides, wrote De Materia Medica, a work that 
described a thousand medicines, 60% of which came 
from plants. It remained the guidebook on medicines in 
the Western world for 1,500 years until the compound 
microscope was invented in the late sixteenth century, 
opening the way to the careful study of plant anatomy. 


During the seventeenth century progress was made 
in experimenting with plants. Johannes van Helmont 
measured the uptake of water in a tree during the 1640s, 
and in 1727 Stephen Hales (1677-1761), an Englishman 
who is credited with establishing plant physiology as a 
science, published his experiments dealing with the 
nutrition and respiration of plants in a work entitled 
Vegetable Staticks. He developed techniques to meas- 
ure area, volume, mass, pressure, gravity, and temper- 
ature in plants. In the latter part of the eighteenth 
century, Joseph Priestley (1733-1804) laid the founda- 
tion for the chemical analysis of plant metabolism. 
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During the nineteenth century advances were 
made in the study of plant diseases because of the 
potato blight that killed potato crops in Ireland in the 
1840s, an event that led to a mass migration of Irish to 
America. The study of plant diseases developed rapidly 
after this event. When the work in genetics by Gregor 
Mendel (1822-1884), an Austrian monk, was applied 
after 1900 to plant breeding, the development of mod- 
ern plant genetics began. During the early part of the 
nineteenth century, progress in the study of plant fossils 
was made, and ecology began to develop as a science in 
the late nineteenth and early twentieth centuries. 


Technology has helped specialists in botany to see 
and understand the three-dimensional nature of cells, 
and genetic engineering of plants has improved agri- 
cultural output. The study of plants continues as bot- 
anists try to both understand the structure, behavior, 
and cellular activities of plants in order to develop 
better crops, find new medicines, and explore ways of 
maintaining an ecological balance on Earth to con- 
tinue to sustain both plant and animal life. 


See also Taxonomy. 


Resources 


BOOKS 

Campbell, N., J. Reece, and L. Mitchell. Biology. Sth ed. 
Menlo Park: Benjamin Cummings, Inc. 2000. 

Evans, Howard Ensign. Pioneer Naturalists. New York: 
Holt, 1993. 

Heiser, Charles B. Of Plants and People. Norman: 
University of Oklahoma Press, 1985. 

Morton, A.G. History of Botanical Science. London: 
Academic Press, 1981. 

Roth, Charles E. The Plant Observer’s Guidebook. 
Englewood Cliffs, NJ: Prentice-Hall, 1984. 


OTHER 

National Biological Information Infrastructure. “Botany” 
<http://www.nbii.gov/disciplines/botany> (accessed 
November 6, 2006). 


Vita Richman 


| Botulism 


Botulism is an illness produced by a toxin that is 
released by the soil bacterium Clostridium botulinum. 
One type of toxin is also produced by Clostridium 
baratii. The toxins affect nerves and can produce para- 
lysis. The paralysis can affect the functioning of 
organs and tissues that are vital to life. 
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There are three main kinds of botulism. The first is 
conveyed by food containing the botulism toxin. 
Contaminated food can produce the illness after 
being ingested. Growth of the bacteria in the food 
may occur, but is not necessary for botulism. Just the 
presence of the toxin is sufficient. Thus, this form of 
botulism is a food intoxication (as compared with 
food poisoning, where bacterial growth is necessary). 
The second way that botulism can be produced is via 
infection of an open wound with Clostridium botuli- 
num. Growth of the bacteria in the wound leads to the 
production of the toxin, which can diffuse into the 
bloodstream. The wound mode of toxin entry is com- 
monly found in intravenous drug abusers. Finally, 
botulism can occur in young children following the 
consumption of the organism, typically when hands 
dirty from outdoor play are put into the mouth. 


The latter means of acquiring botulism involves the 
form of the bacterium known as a spore. A spore is a 
biologically dormant but environmentally resilient cas- 
ing around the bacterium’s genetic material. The spore 
form allows the organism to survive through prolonged 
periods of inhospitable conditions. When conditions 
improve, such as when a spore in soil is ingested, resus- 
citation, growth of the bacterium, and toxin production 
can resume. For example, foodborne botulism is asso- 
ciated with canned foods where the food was not heated 
sufficiently prior to canning to kill the spores. 


Botulism is relatively rare. In the United States, 
just over 100 cases are reported each year, on average. 
The number of cases of foodborne and infant botulism 
has not changed appreciably through the 1990s to the 
present day. Foodborne cases have tended to involve 
the improper preparation of home-canned foods. 


There are seven known types of botulism toxin, 
based on their antigenic make-up. These are desig- 
nated toxins A through G. Of these, only types A, B, 
E, and F typically cause botulism in humans, although 
involvement of type C toxin in infants has been 
reported, and may be particularly associated with the 
consumption of contaminated honey. 


Infant botulism caused by toxin type C may be 
different from the other types of botulism in that the 
toxin is produced in the person following the ingestion 
of living Clostridium botulinum. 


The toxins share similarities in their gross structure 
and in their mechanism of action. The toxins act by 
binding to the region of nerve cells that is involved in 
the release of a chemical known as a neurotransmitter. 
Neurotransmitters travel across the gap (synapse) 
separating neurons (nerve cells) and are essential to 
the continued propagation of a neural impulse. 
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Bowen/’s reaction series 


Accordingly, they are vital in maintaining the flow of a 
transmitted signal from nerve to nerve. Blocking nerve 
transmissions inhibits the means by which the body can 
initiate the movement of muscles. The result is paraly- 
sis. This paralysis produces a variety of symptoms 
including double or blurred vision, drooping eyelids, 
slurred speech, difficulties in swallowing, muscle weak- 
ness, paralysis of limbs and respiratory muscles. 


The appearance of the symptoms of botulism vary 
depending on the route of toxin entry. For example, 
ingestion of toxin-contaminated food usually leads to 
symptoms within two to three days. However, symp- 
toms can appear sooner or later depending on whether 
the quantity of toxin ingested is low or high. 


The diagnosis of botulism and so the start of the 
appropriate therapy can be delayed, due to the relative 
infrequency of the malady and its similarity (in the 
early stages) with other maladies, such as Guillain- 
Barre syndrome and stroke. Diagnosis can involve 
the detection of toxin in the patient’s serum, isolation 
of living bacteria from the feces, or by the ability of the 
patient’s sample to produce botulism when introduced 
into test animals. 


Clostridium botulinum requires an oxygen-free 
atmosphere to grow. Growth of the bacteria is associ- 
ated with the production of gas. Thus, canned foods 
can display a bulging lid, due to the build-up of inter- 
nal pressure. Recognition of this phenomenon and 
discarding of the unopened can is always a safe pre- 
ventative measure. 


Studies conducted by United States health author- 
ities have shown that the different forms of the botulism 
toxin display some differences in their symptomatology 
and geographic distribution. Type A associated botu- 
lism is most prevalent in the western regions of the US, 
particularly in the Rocky Mountains. This toxin pro- 
duces the most severe and long-lasting paralysis. Type B 
toxin is more common in the eastern regions of the 
country, especially in the Allegheny mountain range. 
The paralysis produced by type B toxin is less severe 
than with type A toxin. Type E botulism toxin is found 
more in the sediments of fresh water bodies, such as the 
Great Lakes. Finally, type F is distinctive as it is pro- 
duced by Clostridium baratii. 


Treatment for botulism often involves the admin- 
istration of an antitoxin, which acts to block the bind- 
ing of the toxin to the nerve cells. With time, paralysis 
fades. However, recovery can take a long time. If 
botulism is suspected soon after exposure to the bac- 
teria, the stomach contents can be pumped out to 
remove the toxic bacteria, or the wound can be cleaned 
and disinfected. In cases of respiratory involvement, 
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KEY TERMS 


Antitoxin—A antidote to a toxin that neutralizes its 
poisonous effects. 


Endospore—A small, protective capsule surround- 
ing a bacterium. 


Toxin—A poisonous substance. 


the patient may need mechanical assistance with 
breathing until lung function is restored. These meas- 
ures have reduced the death rate from botulism to 8% 
from 50% over the past half century. 


As dangerous as botulinum toxin is when ingested 
or when present in the bloodstream, the use of the 
toxin has been a boon to those seeking non-surgical 
removal of wrinkles. Intramuscular injection of the so- 
called “Botox” relaxes muscles and so relieves wrin- 
kles. Thus far, no ill effects of the cosmetic enhance- 
ment have appeared. As well, Botox may offer relief to 
those suffering from the spastic muscle contractions 
that are a hallmark of cerebral palsy. 


See also Poisons and toxins. 
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l Bowen’s reaction series 


Bowen’s reaction series describes the temperature 
dependent formation of common minerals as magma 
cools to form igneous rocks. The temperature of the 
magma and the rate of cooling determine which min- 
erals can form and the size of the mineral crystals 
formed. The slower a magma cools, the larger crystals 
can grow. 
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(Illustration by Argosy. The Gale Group.) 


Named after geologist Norman L. Bowen (1887— 
1956), Bowen’s reaction series allows geologists to 
predict chemical composition and texture based upon 
the temperature of a cooling magma. Alternatively, 
knowing the mineral comosition of an igneous rock a 
geologist can infer the conditions under which it 
crystallized. 


Bowen’s reaction series is usually diagramed as a 
“Y” with horizontal lines representing temperature 
drawn across the “Y.” The first horizontal line—usually 
placed just above the top of the “Y”—represents a 
temperature of 3,272°F (1,800°C). The next horizontal 
line, represents a temperature of 2,012°F (1,100°C) and 
is located one-third of the way between the top of the 
“Y” and the point where the two arms join the base. A 
third line representing a temperature of 1,652° F (900°C) 
is located two-thirds of the way from the top of the “Y” 
to juncture of the upper arms. A fourth horizontal 
line—representing a temperature of 1,112°F (600°C) 
intersects the triple point junction where the upper 
arms of the “Y” meet the base portion. As the magma 
cools, there is a trend toward molecular complexity and 
increased viscosity. 


The horizontal temperature lines divide the “Y” 
into four compositional sections. Mineral formation is 
not possible above 3,272°F (1,800°C). Between 2,012°F 
(1,100°C) and 3,272°F (1,800°C), rocks are ultramafic 
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in composition. Between 1,652°F (900°C) and 2,012°F 
(1,100°C), rocks are mafic in composition. Between 
1,112°F (600°C) and 1,652°F (900°C), rocks are inter- 
mediate in composition. Below 1,112°F (600°C), felsic 
rocks form. 


The upper arms of the “Y” represent two different 
formation pathways. By convention, the left upper 
arm represents the discontinuous arm or pathway. 
The upper right arm represents the continuous arm 
or continuous path of formation. The discontinuous 
arm represents mineral formations rich in iron and 
magnesium. The first mineral to form is olivine—tt is 
the only mineral stable at or just below 3,272°F 
(1,800°C). As the temperature decreases, pyroxene 
becomes stable. The general chemical compositional 
formula—used throughout this article and not to be 
confused with a balanced molecular or empirical 
chemical formula—at the highest temperatures includes 
iron, magnesium, silicon and oxygen (FeMgsiO, but 
no quartz) At approximately 2,012°F (1,100°C), cal- 
cium containing minerals (CaFeMgSiO) become sta- 
ble. As the temperature lowers to 1,652°F (900°C), 
amphibole (CaFeMgSiOOH) forms. As the magmas 
cools to 1,112°F (600°C), biotite (KFeMgSiOOH) 
formation is stable. 


The continuous arm of Bowen’s reaction series 
represents the formation of feldspar (plagioclase) in a 
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continuous and gradual series that starts with calcium 
rich feldspar (Ca-feldspar, CaAISiO) and continues 
with a gradual increase in the formation of sodium 
containing feldspar (Ca-Na-feldspar, CaNaAISiO) 
until an equilibrium is established at approximately 
1,652°F (900°C). As the magmas cool and the calcium 
ions are depleted, the feldspar formation becomes 
predominantly sodium feldspar (Na-feldspar, NaAISi0). 
At 1,112°F (600°C), the feldspar formation is nearly 
100% sodium feldspar (Na-feldspar, NaAISiO). 


At or just below 1,112°F (600°C), the upper arms 
of the “Y” join the base. At this point in the magma 
cooling, K-feldspar (KAISiO) forms and as the tem- 
perature decreases further, muscovite (K AISIOOH) 
becomes stable. Just above the base of the “Y,” the 
temperature is just above the point where the magma 
completely solidifies. At these coolest depicted tem- 
peratures (just above 392°F [200°C]), quartz (SiO) 
forms. 


The time over which the magma is allowed to cool 
determines whether the rock will be pegmatite (pro- 
duced by extremely slow cooling producing very large 
crystals), phaneritic (produced by slow cooling that 
produces visible crystals), aphanitic (intermediate 
cooling times that produce microscopic crystals), or 
glassy in texture (a product of rapid cooling without 
crystal formation). When magmas experience differ- 
ential cooling conditions, they produce porphyritic 
rock containing a mixture of crystal sizes suspended 
in a phaneritic or aphanitic groundmass. Pegmatites 
and phaneritic igneous rocks cool slowly far below 
Earth’s surface and are known as plutonic rocks, 
whereas aphanitic rocks and glasses cool rapidly at 
the surface as volcanic rocks. 


Although the above temperature and percentage 
composition data are approximate, simplified (e.g., 
the formation of hornblende has been omitted), and 
idealized, Bowen’s reaction series allows the predic- 
tion of mineral content in rock and—by examination 
of rock—allows the reverse determination of the con- 
ditions under which the magma cooled and igneous 
rock formed. 


See also Chemical bond; Earth’s interior; Igneous 
rocks; Lithosphere; Mineralogy; Volcano. 


Resources 


BOOKS 


Hamblin, W.K., and Christiansen, E.H. Earth’s Dynamic 
Systems. 9th ed. Upper Saddle River: Prentice Hall, 
2001. 

Hancock P.L., and B.J. Skinner, eds. The Oxford Companion 
to the Earth. New York: Oxford University Press, 2000. 


646 


Klein, C. The Manual of Mineral Science, 22nd ed. New 
York: John Wiley & Sons, Inc., 2002. 

Press, F. and R. Siever. Understanding Earth. 3rd ed. New 
York: W.H Freeman and Company, 2001. 

Tarbuck, Edward. D., Frederick K. Lutgens, and Tasa 
Dennis. Earth: An Introduction to Physical Geology, 7th 
ed. Upper Saddle River, NJ: Prentice Hall, 2002. 


PERIODICALS 
Hellfrich, George, and Wood, Bernard, “The Earth’s 
Mantle.” Nature. (August 2, 2001): 501-507. 


OTHER 

James Madison University, Department of Geology and 
Environmental Science. ““Bowen’s Reaction Series and 
The Igneous Rock Forming Minerals.” August 17, 2000 
<http://csmres.jmu.edu/geollab/Fichter/RockMin/ 
RockMin.html> (accessed January 22, 2006). 


K. Lee Lerner 


l Bowerbirds 


The 20 species of bowerbirds are unique in that 
the males build and decorate a bower—a structure of 
sticks or grass on the ground—for the purpose of 
attracting and courting females. Members of the 
bowerbird family (Ptilonorhynchidae) are found in 
Australia and New Guinea, and are related to lyre- 
birds and birds of paradise. Most bowerbirds are 
about the size of a blue jay or grackle, and as a 
group they show a wide variety of plumage character- 
istics, vocal behavior, and bower-building styles. The 
bowers of some species are quite large (3.3-6.6 ft/1-2 m 
in length), and are decorated with a variety of objects, 
making them some of the most remarkable examples 
of animal architecture. 


Naturalists have been fascinated by bowerbirds for 
decades. Early observers believed that the bower was a 
nest; however, in 1865, the ornithologist John Gould 
suggested that the bower was used for sexual display 
and mating. Not all bowerbirds build a bower; some, 
such as the tooth-billed bowerbird (Scenopoeetes den- 
tirostris) of eastern Australia, stmply clear a display 
court on the ground, and decorate it with leaves. 


Bowers occur in several forms, each built by spe- 
cies that appear to share closer genealogical relation- 
ships with each other than with those species that build 
a different type of bower. Avenue bowers (constructed 
by the satin bowerbird, Ptilonorhynchus violaceus) have 
two vertical walls running parallel to each other, with 
one end opening onto a display area where most of the 
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A female satin bowerbird (Ptilonorhynchus violaceus) visiting a bower. (© Tom McHugh, National Audubon Society Collection/ 
Photo Researchers, Inc.) 


decorations are arranged. Maypole bowers consist of 
sticks woven around a central pole, formed by a sapling 
or fern, surrounded by a circular, raised court. Two 
species, the striped gardener bowerbird (Amblyornis 
subalaris) and Vogelkop’s bowerbird (A. inornatus), 
build massive hutlike structures (up to 6.6 ft/2 m 
across) around the central maypole, opening onto a 
cleared exhibition area. The golden bowerbird places 
sticks against adjacent saplings which are joined by a 
cross-branch; this he uses as a display perch. A variety 
of objects are used to decorate the bowers of different 
species of bowerbird, including fruits, flowers, feathers, 
moss, snail shells, colored stones and bark; the recent 
presence of humans has added coins, bottle tops, pieces 
of glass, teaspoons, nails, and screws to the bowers. 


Female bowerbirds visit the bowers of numerous 
males in the process of selecting a mate. When a female 
arrives, she will take up a position within the bower, 
while the owner launches into a stereotyped display 
that is unique for each species. The male emits varied 
chirps, whistles, buzzes, and mechanical sounds, while 
performing a series of dancelike movements that have 
been described as “rooster walks” and “penguin walks.” 
Males of some species pick up and hold decorations 
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in their beak during their display, bobbing their heads 
or tossing the items with considerable vigor. One 
especially vigorous species, the spotted bowerbird 
(Chlamydera maculate), actually rushes at the visitor 
watching from within the bower, crashing bodily into 
the wall that separates the two birds. When the visiting 
female is ready to mate, she crouches low in the bower, 
lifting her tail, and the male approaches from the rear 
of the bower to mount her and copulate for just one or 
two seconds. 


It is clear that a bower can be extremely valuable 
to its owner, for bowerbirds spend hours constructing, 
decorating, and maintaining their bowers, and no 
male has ever been reported to successfully court a 
female without one. However, success is not guaran- 
teed. Males in some species are highly competitive, 
and are observed to steal decorations from the bowers 
of other males, and to destroy rival bowers. Many 
bowerbird males simply fail to mate with even one 
visiting female during a breeding season, even though 
the males have been tending bowers. 


Researchers have sought to understand why some 
individuals enjoy high mating success, while most others 
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do not, and the functional role of the bower in female 
mate choice. Elaborate display traits, such as bowers, 
suggest the influence of sexual selection—the process of 
evolutionary change due to competition between mem- 
bers of one sex (usually males), and selective mate choice 
by the other sex (usually females). In species where 
males give little or no parental care to their offspring 
(as is the case for most bowerbirds), researchers have 
attempted to address the question: What is the female 
choosing when she selects a mate? Bowerbird observers 
have attempted to ascertain whether certain features of 
bowers or of male display are reliable predictors of a 
male’s success in obtaining mates. 


Gerald Borgia and his collaborators have used an 
ingenious method to investigate this question in the 
field. A video camera, positioned a short distance in 
front of the bower, was outfitted with a motion- 
sensitive infrared detector, which turned on the camera 
whenever there was movement at the bower. Such 
continuous monitoring compiled a comprehensive 
record of activity at the bower, and allowed Borgia to 
measure and compare the courtship of many individu- 
als. The results showed that female bowerbirds differ- 
entiated among males, at least in part on the basis of 
the quality of the bowers and the display. In satin 
bowerbirds, for instance, the number of decorations, 
especially snail shells and blue feathers, as well as the 
degree of bower symmetry and the density of the sticks 
used to construct it, were excellent predictors of male 
mating success. The more decorations, and the more 
symmetrical and densely constructed the bower, the 
more matings were achieved by the bower owner. The 
importance of decorations was underscored when the 
researchers experimentally removed decorations from 
some bowers. The owners of the manipulated bowers 
had far less success in attracting females. Clearly, 
female choice could exert a potent effect on the evolu- 
tion of male display in bowerbirds, helping shape the 
elaborate courtship structures and behaviors observed 
in these animals. 
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The bowfin is a bony fish (Amia calva, family 
Amiidae) found in eastern North America. It is a 
relic species—the sole living representative of the 
order Amiiformes, which first appeared in the 
Triassic period more than 200 million years ago. 


Members of this family were common in Europe 
and Asia, as well as North America, during the 
Cretaceous and the early part of the Cenozoic. Fossil 
species of the genus Amia occurred in Europe as 
recently as the Miocene (about 20 million years ago) 
but this single species in North America is the only one 
of its group still living. 

The bowfin is a relatively common fish in swamps 
and slow-moving streams in the southeastern United 
States, and is often caught by fishermen. Often called a 
grennel or mudfish, it is very bony and seldom used as 
food if there is an alternative. In appearance it is a 
rather stout cylindrical fish, with a distinctive bony 
head and a wide mouth with many sharp-pointed 
teeth. It differs from most freshwater fishes in having 
a very long dorsal fin and widely separated pectoral 
and pelvic fins. 


The bowfin preys on other fish, and because its 
swim bladder is connected with its esophagus, it can 
gulp air in situations when the oxygen in the water is 
depleted. Thus, it can survive in warm isolated pools 
during a drought and feed on the other fishes that 
cannot withstand these conditions. The male bowfin 
builds a circular nest in shallow water and guards the 
eggs until they hatch. He continues to guard the young 
for some time. They can be seen following him in 
shallow water like so many baby chicks following 
their mother hen. 


Box fish 


Boxfish, also called trunkfish or cowfish, are a 
small group of shallow-water, marine fish in the family 
Ostraciidae (order Tetraodontiformes). The family is 
comprised of 11 genera, including Lactoria, Ostracion, 
and Tetrosomus and is closely related to the poisonous 
puffer fish of the family Tetraodontidae. To avoid 
confusion with these poisonous relatives, some people 
avoid eating boxfish despite their being good for food. 
Boxfish are generally oval in shape when seen from 
the side; while being viewed from one end, different 
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A male Pacific boxfish (Ostracion meleagris) near Cocos island, Costa Rica. (© Fred McConnaughey, National Audubon Society 
Collection/Photo Researchers, Inc.) 


species of boxfish resemble triangles, squares, or 
pentagons. 


Boxfish take their shared common name from the 
hard shell or carapace, composed of strongly joined 
plates corresponding to the scales of other fish, which 
surrounds their bodies. Only the eyes, the low-set 
mouth, the fins, and the tail are not covered by this 
rigid shell. Boxfish reach lengths of up to 2 ft (61 cm). 
They inhabit warm waters from the Pacific Ocean to 
the Caribbean. Boxfish usually prefer shallow waters, 
and are often found around coral reefs. In some areas 
the boxfish are dried and used as decorations. 


Boxfish possess an intriguing method of defense 
against predators, such as sharks. Like other species of 
fish, when disturbed boxfish can secrete molecules 
known as icthyocrinotoxins or ichthyotoxins—liter- 
ally, fish poisons—from their skin. The toxins of two 
Pacific boxfish species, Ostracion immaculatus from 
Japan and O. lentiginosus from Hawaii, have been 
characterized by biochemists. These toxins turn out 
to be esters of choline chloride. Choline is a vitamin in 
the B complex that makes up part of many of the fatty 
acids found in the membranes of human cells. 
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Similar to the ichthyotoxic compounds of fish 
from other families, boxfish toxins are surfactants. In 
general, they act as biological detergents, promoting 
the dissolution of fatty acids in water. This occurs 
because surfactants, like all detergents, include parts 
that can interact with water and parts that can interact 
with fats. Thus, fats and water can mix, something that 
normally does not occur. By this mechanism, these 
ichthyotoxins cause hemolysis in the laboratory by 
dissolving cell membranes. When these membranes 
dissolve, cells break down and die. This irritates and 
deters predators, saving the boxfish from being eaten. 


Boyle’s law see 


l Brachiopods 


Brachiopods, or lampshells, are a phylum of small 
marine animals with a two-valved shell that, at first 
glance, resemble bivalved mollusks such as clams. 
The resemblance, however, is quite superficial. The 
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The anatomy of an articulate brachiopod. (Hans & Cassidy. Courtesy of Gale Group.) 


orientation of the shells of brachiopods is very differ- 
ent from that of bivalved mollusks, and brachiopods 
have two additional structures virtually unique to 
them, the lophophore (a ciliated feeding apparatus) 
and pedicle (a muscular stalk). The valves of the bra- 
chiopod shell are symmetrical—being dorsal and ven- 
tral and covering the upper and lower parts of the 
body, with the hinge at the posterior end. In contrast, 
shells of a clam are on the right and left sides of the 
body, with the hinge dorsal. 


The lophophore, which occupies much of the 
space in the anterior portion of the shell, resembles a 
circle of small tentacles surrounding the mouth. Each 
tentacle bears large numbers of tiny cilia that, when 
beating, create a current that draws in water and sus- 
pended food particles toward the mouth. Once 
trapped in the lophophore, tiny plankton are passed 
along special grooves that lead to the mouth, and from 
there, to a stomach and intestine. The water current 
also maintains a steady supply of oxygen to the ani- 
mal. The lophophore is a complex feeding apparatus 
found in only a few other groups of marine and fresh- 
water animals, chiefly the Bryozoa and Phoronida. 
Collectively, these three groups of marine inverte- 
brates are sometimes referred to as lophophorates. 
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Brachiopods can be divided into two major groups, 
articulate and inarticulate, based on their use of the 
pedicle. Articulate brachiopods are fixed directly to a 
hard substrate by the pedicle, a short piece of connec- 
tive tissue at the posterior end of the shell. The brachio- 
pod has a very limited range of motion and remains, for 
the most part, sessile. The inarticulate brachiopods are 
not fixed to one location. Instead, they use their speci- 
alized muscular pedicles to burrow through sand and 
other soft sediments. At the distal end of the pedicle a 
sticky substance is secreted that forms a sand anchor, 
enabling them to withdraw deeper into the sediment by 
contracting the muscular pedicle when threatened. The 
pedicle ranges from about 0.1 inch (2.5 mm) in some 
species to more than 7.9 inches (20 cm) in others. Some 
bivalved mollusks, such as oysters, also attach them- 
selves to the substratum, but they lack a pedicle. 


Brachiopods first appeared about 500 million 
years ago during the Paleozoic era, as shown by their 
common occurrence as fossils in many parts of the 
world. This accounts for their great interest to geolo- 
gists. Over 30,000 species are believed to have evolved 
over the years. Today, roughly 300 living species 
are know to exist. Most lampshells are found in deep- 
water, so their shells are not commonly found on the 
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KEY TERMS 


Lophophore—A complex feeding apparatus with 
minute tentacles and cilia that separates food par- 
ticles from sea water; this apparatus is found in 
brachiopods, bryozoans, and phoronid worms. 


Pedicle—A kind of stalk that anchors a brachiopod 
to a firm surface. 


beach. In the Pacific, Lingula unguis is commonly 
found living in vertical burrows in sand and mud. In 
Maine, Terebratulina septentrionalis is sometimes 
exposed to the air at low tide. Five species of brachio- 
pods are readily collected from rocks off the shores of 
the South Island of New Zealand. 


Most lampshells are dioecious, producing either 
male or female gametes. In the majority of species, 
when the gonads have ripened, the gametes are 
released into the coelom and pass through the neph- 
ridia to the sea. Fertilization takes place outside the 
body. Some species, however, brood their young by 
retaining their eggs and awaiting the arrival of male 
gametes with the incoming flow of water. The fertil- 
ized eggs develop into free-swimming larvae that are 
capable of feeding. Further development of the larvae 
depends on the species. In most articulate brachiopods 
larvae undergo a transformation of the body shape 
and structure before settling, while the larvae of inar- 
ticulate brachiopods already resemble the final adult 
stage apart from their diminutive size. As the shell 
develops in the latter species, the larvae are encour- 
aged to settle on the seabed. 


Since brachiopods are fixed in position after the 
larval phase, there is little observable behavior beyond 
the opening and closing of valves. The valves may 
remain closed for periods of 5-22 hours, during 
which there is no feeding and little or no oxygen 
uptake. Lampshells obtain oxygen from the water 
that passes over the lophophore, which functions as 
a respiratory surface although brachiopods tolerate 
lack of oxygen (anoxia) well. Oxygen consumption 
rates of brachiopods are generally lower than those 
of bivalves of similar size. 


The food of brachiopods is mainly algal cells of 
the phytoplankton, which are strained out of water 
currents passing over the lophophore in a process 
called filter feeding. Clearance rates of several species 
are in the same range or a little lower than rates shown 
by bivalve mollusks. Research on the physiology of 
brachiopods is heavily slanted toward comparisons 
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with mussels and clams because of the obvious simi- 
larity in protective shell and mode of feeding. The 
fossil record indicates the rise of one group followed 
by the decline of the other, as if they might have been 
competitors. Unlike mollusks, brachiopods are not 
significantly preyed upon or harvested. Some obser- 
vations suggest that fish find lampshells distasteful. 
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| Brackish 


Brackish refers to water with a salinity intermedi- 
ate to that of freshwater and sea water (the latter has a 
salt concentration of about 3.5%, or 35 parts per 
thousand). Brackish waters originate by the mixing 
of sea water and freshwater, and are most common 
near the coasts of the oceans. 


Brackish waters can occur as enclosed systems 
such as lakes and ponds that receive occasional inputs 
of oceanic water during severe storms. Brackish waters 
also occur as coastal estuaries or salt marshes that are 
more frequently flooded with saline water as a result of 
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tidal cycles. Sometimes, brackish waters can occur far 
inland, for example, in parts of the prairies of North 
America where saline ponds and wetlands have varia- 
ble salt concentrations depending on the diluting 
effects of recent rains or snowmelt. Two of the most 
ecologically important types of brackish environments 
are river estuaries and mangrove swamps. The Baltic 
Sea is the largest region of brackish water in the world. 


The salt concentration of water is highly influen- 
tial on the transport of ions across cellular mem- 
branes, the availability of nutrients in soil, and for 
other reasons. Most species can tolerate either salt- 
water or freshwater, but not both. However, organ- 
isms that live in brackish habitats must be tolerant of a 
wide range of salt concentrations (such species are 
known as euryhaline). For example, the small fish 
known as killifish (Fundulus spp.) are common resi- 
dents of brackish coastal habitats known as estuaries, 
where within any day the salt concentration in tidal 
pools and creeks can vary from that typical of fresh- 
water to that of the open ocean. Other fish such as 
salmon (e.g., Salmo spp.) and eels (Anguilla spp.) move 
to or from marine waters during their spawning migra- 
tions, in the process moving from environments char- 
acterized by the salt concentration of full seawater, 
through brackish, to freshwater. Animals that live in 
or move through estuaries must be tolerant of the 
physiological stresses associated with such large and 
rapid changes in salinity, as must the plants of those 
habitats, such as the aquatic eelgrass (Zostera spp.) 
and the cord grass of salt marshes (Spartina spp.). 


The environmental conditions of brackish waters 
are highly stressful for organisms that cannot tolerate 
such wide swings of salinity. However, for those rela- 
tively few species that are tolerant of such difficult 
environmental conditions, the brackish habitats rep- 
resent a relatively uncompetitive, ecological opportu- 
nity to be exploited. 


See also Saltwater. 


| Brain 


The brain is a mass of nerve tissue located in an 
animal’s head that controls the body’s functions. In 
simple animals, the brain functions like a switchboard 
picking up signals from sense organs and passing 
information to muscles. The brain is also responsible 
for a variety of involuntary behavior, including keep- 
ing the heart beating, maintaining blood pressure, and 


652 


temperature. In more advanced forms, particularly 
vertebrates, a more analytical brain coordinates com- 
plex behaviors. In higher vetebrates, the brain coordi- 
nates thinking, memory, learning, and emotions. The 
brain is part of an animal’s central nervous system, 
which receives and transmits impulses. It works with 
the peripheral nervous system, which carries impulses 
to and from the brain and spinal cord via nerves run- 
ning throughout the body. 


Invertebrate brain 


Nematodes (roundworms) have a simple brain 
and nervous system consisting of approximately 300 
nerve cells, or neurons. Sensory neurons located in the 
head end of the animal detect stimuli from the envi- 
ronment and pass messages to the brain. The brain 
then sends out impulses through a ventral nerve cord 
to muscles, which respond to the stimulus. The way 
that the interneurons of the brain process the data 
determines the response. 


The earthworm and other annelids, as well as 
insects and other arthropods, have more complex nerv- 
ous systems. In these animals, there are paired ventral 
nerve cords that run from head to tail on the animal’s 
underside. Cell bodies of neurons in the cords form 
pairs of ganglia in each body segment. Four of the 
most anterior ganglia fuse in the head to form a brain. 
As a result, the brain ganglia are larger than the seg- 
mental ganglia, and also contain a larger proportion of 
sensory motor neurons. The brain ganglia have some 
dominance over the segment ganglia. The ventral nerve 
cords, brain, and segmental ganglia comprise the central 
nervous system. Neuronal fibers in the cords, bundled 
into nerves that carry communications between ganglia, 
make up the peripheral nervous system. 


The earthworm’s brain consists of paired ganglia 
in the head end. An impulse, such as touch, light, or 
moisture, is detected by receptor cells in the skin. A 
pair of nerves in each of the earthworm’s segments 
carries the signal to the brain and smaller ganglia in 
each segment, where the signals are analyzed. The 
central nervous system then transmits impulses on 
nerves that coordinate muscle action, causing the 
earthworm to move. 


In insects, specialized sense organs detect infor- 
mation from the environment and transmit it to the 
central nervous system. Such sense organs include 
simple and compound eyes, sound receptors on the 
thorax or in the legs, and taste receptors. The brain 
of an insect consists of a ganglion in the head. Some of 
the segmental ganglia are fused, allowing better com- 
munication between the segments. The information 
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A comparison of the brains of an earthworm, an insect, a bird, and a human. (Hans & Cassidy. Courtesy of Gale Group.) 


that insects use for behaviors such as walking, flying, 
mating, and stinging is stored in the segmental ganglia. 
In experiments in which heads are cut off of cock- 
roaches and flies, these insects continue to learn. 


Vertebrate brain 


The central nervous system of vertebrates consists 
of a single spinal cord, which runs in a dorsal position 
along the back, and a highly developed brain. The 
brain is the dominant structure of the nervous system. 
It is the master controller of all body functions, and 
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the analyzer and interpreter of complex information 
and behavior patterns. We can think of the brain as a 
powerful neural computer. The peripheral nervous 
system, composed of nerves that run to all parts of 
the body, transmits information to and from the cen- 
tral nervous system. 


The vertebrate brain is divided into three main 
divisions: the forebrain, the midbrain, and the hind- 
brain. The hindbrain connects the brain to the spinal 
cord, and a portion of it, called the medulla oblongata, 
controls important body functions such as breathing 
rate and the heart rate. The cerebellum, also in the 
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hindbrain, controls balance. The forebrain consists of 
the cerebrum, thalamus, and hypothalamus. The fore- 
brain controls, among other things, the sense of smell 
in vertebrates. 


During the first few weeks of development, the 
brain of a vertebrate looks like a series of bulges in 
the neural tube. It is hard to see a difference when we 
examine the early embryonic brains of fish, amphib- 
ians, reptiles, birds, and mammals. As the brain devel- 
ops, the bulges enlarge, and each type of vertebrate 
acquires its own specific adult brain that helps it sur- 
vive in its environment. In the forebrain of fish, the 
olfactory (smell) sense is well developed, whereas the 
cerebrum serves merely as a relay station for impulses. 
In mammals, on the other hand, the olfactory division 
is included in the limbic system, which also controls 
emotions, and the cerebrum is highly developed, oper- 
ating as a complex processing center for information. 
Optic lobes are well developed in the midbrain of non- 
mammalian vertebrates, whereas in mammals the 
vision centers are mainly in the forebrain. In addition, 
a bird’s cerebellum is large compared to the rest of its 
brain, since it controls coordination and balance in 
flying. 


Human brain 


The living human brain is a soft, shiny, grayish 
white, mushroom-shaped structure. Encased within 
the skull, it is a 3 lb (1.4 kg) mass of nerve tissue that 
keeps us alive and functioning. On average, the brain 
weighs 13.7 ounces (390 g) at birth, and by age 15 
grows to approximately 46 ounces (1,315 g). The 
human brain is composed of up to one trillion nerve 
cells—100 billion of them are neurons, and the remain- 
der are supporting (glial) cells. Neurons receive, proc- 
ess, and transmit impulses, while glial cells (neuroglia) 
protect, support, and assist neurons. The brain is pro- 
tected by the skull and by three membranes called the 
meninges—the outermost the dura mater, the middle 
the arachnoid, and the innermost the pia mater. Also 
protecting the brain is cerebrospinal fluid, a liquid that 
circulates between the arachnoid and pia mater in the 
subarachnoid space. Many bright red arteries and 
bluish veins on the surface of the brain penetrate 
inward. Glucose, oxygen, and certain ions pass easily 
from the blood into the brain, whereas other substan- 
ces, such as antibiotics, do not. The capillary walls are 
believed to create a blood-brain barrier that protects 
the brain from a number of biochemicals circulating in 
the blood. 


The parts of the brain can be studied in terms of 
structure and function. Four principal sections of the 
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human brain are the brain stem (the hindbrain and 
midbrain), the diencephalon, the cerebrum, and the 
cerebellum. 


The brain stem 


The brain stem is the stalk of the brain, and is 
continuous with the spinal cord. It consists of the 
medulla oblongata, pons, and midbrain. A part of 
the brain stem, the medulla oblongata is a continua- 
tion of the spinal cord. All the messages that are trans- 
mitted between the brain and spinal cord pass through 
the medulla via fibers in the white matter. The fibers 
on the right side of the medulla cross to the left and 
those on the left cross to the right. The result is that 
each side of the brain controls the opposite side of the 
body. There are three vital centers in the medulla, 
which control the heartbeat, the rate of breathing, 
and the diameter of the blood vessels. Centers that 
help coordinate swallowing, vomiting, hiccoughing, 
coughing, and sneezing are also located in the medulla. 
The reticular formation occurs partially in the medulla 
and in other parts of the central nervous system. The 
reticular formation operates in maintaining our con- 
scious state. The pons (meaning “bridge”) conducts 
messages between the spinal cord and the rest of the 
brain, and between the different parts of the brain. The 
midbrain conveys impulses from the cerebral cortex to 
the pons and spinal cord. It also contains visual and 
audio reflex centers involving the movement of eye- 
balls and head. 


Twelve pairs of cranial nerves originate in the 
underside of the brain, mostly from the brain stem. 
They leave the skull through openings and extend as 
peripheral nerves to their destinations. Cranial nerves 
include the olfactory nerve that brings messages about 
smell from the nose and the optic nerve that conducts 
visual information from the eyes. 


The diencephalon 


The diencephalon lies above the brain stem, and 
embodies the thalamus and hypothalamus. In the 
diencephalon, the thalamus is an important relay sta- 
tion for sensory information for the cerebral cortex 
from other parts of the brain. The thalamus also inter- 
prets sensations of pain, pressure, temperature, and 
touch, and is concerned with some of our emotions 
and memory. It receives information from the envi- 
ronment in the form of sound, smell, and taste. The 
hypothalamus performs numerous important func- 
tions. These include the control of the autonomic 
nervous system (a branch of the nervous system 
involved with control of a number of body functions, 
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such as heartbeat rate and digestion). The hypothal- 
amus helps regulate the endocrine system and controls 
normal body temperature. It tells us when we are 
hungry, full, and thirsty. It helps regulate sleep and 
wakefulness, and is involved when we feel angry and 
aggressive. 


The cerebrum 


The cerebrum, constituting about 87.5% of the 
brain weight, spreads over the diencephalon. The cer- 
ebral cortex is the outer layer of the brain and is 
composed of gray matter made up of nerve cell bodies. 
It is about 0.08 inch (2 mm) thick and its surface area is 
about 5 square feet (1.5 sq m)—around half the size of 
an office desk. White matter, composed of nerve fibers 
covered with myelin sheaths, lies beneath the gray 
matter. With the rapid growth of the brain during 
embryonic development, the gray matter grows faster 
than the white matter and folds on itself. The folds are 
called convolutions or gyri, and the grooves between 
them are known as sulci. A deep longitudinal fissure 
separates the cerebrum into a left and right hemi- 
sphere. Each cerebral hemisphere is divided into fron- 
tal, temporal, parietal, and occipital lobes. The corpus 
callosum, a large bundle of fibers, connects the two 
cerebral hemispheres. The thalamus and subcortical 
nuclei, or basal ganglia, are areas of gray matter that 
exist below the white matter. 


Sensory areas of the cerebrum interpret sensory 
impulses. Spoken and written language are transmit- 
ted to a part of the cerebrum called Wernicke’s area 
where meaning is extracted, and sent to Broca’s area, 
one of the motor areas of the cerebrum. Motor areas 
of the cerebrum control muscle movements. Within 
Broca’s area, thoughts are translated into speech, 
and muscles are coordinated for speaking. Impulses 
from other motor areas direct our hand muscles when 
we write, and our eye muscles when we scan the page 
for information. 


Association areas of the cerebrum are concerned 
with emotions and intellectual processes, by connect- 
ing sensory and motor functions. In our association 
areas, innumerable impulses are processed that result 
in memory, emotions, judgment, personality, and 
intelligence. 


Certain structures in the cerebrum and diencepha- 
lon make up the limbic system. These regions function 
in memory and emotions, and are associated with pain 
and pleasure. 


By studying patients whose corpus callosa were 
destroyed, scientists realized that differences existed 
between the left and right sides of the cerebral cortex. 
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The left side of the brain functions mainly in speech, 
logic, writing, and arithmetic. The right side of the 
brain, on the other hand, is more concerned with 
imagination, art, symbols, and spatial relations. 


The cerebellum 


The cerebellum is located below the cerebrum and 
behind the brain stem, and is shaped like a butterfly. 
The “wings” are the cerebellar hemispheres, and each 
consists of lobes that have distinct grooves or fissures. 
The cerebellum controls the movements of our mus- 
cular system needed for balance, posture, and main- 
taining posture. 


Studying the brain 


At the end of the nineteenth century, Santiago 
Ramon y Cajal (1852-1934), a Spanish scientist, 
studied neurons using stain developed by Camillo 
Golgi. Cajal realized that the brain was made up of 
individual units and not a continuous net as was 
believed at the time. His studies uncovered a large 
variety of neurons that differed in size and shape. He 
explained that neurons received signals on dendrites 
and transmitted impulses on axons. Since his work, 
researchers have learned that neurons carry informa- 
tion in the form of brief electrical impulses called action 
potentials that result when positively charged sodium 
ions travel across the axon membrane from the fluid 
outside to the cytoplasm inside. When a nerve impulse 
reaches the end of an axon, neurotransmitters are 
released at junctions called synapses. The neurotrans- 
mitters are chemicals that bind to receptors on the 
receiving neurons, triggering the continuation of the 
impulse. Fifty different neurotransmitters have been 
discovered since the first one was identified in 1920. 
By studying the chemical effects of neurotransmitters 
in the brain, scientists have made advances in finding 
medicines for the treatment of mental disorders, and 
determining the actions of drugs on the brain. 


Researchers today are able to trace various mole- 
cules that are transported along axons during action 
potentials. Microelectrodes are used to detect the cur- 
rents that cross synapses. Using this information, wir- 
ing diagrams are created that model the patterns of 
information flow within the brain. 


Considerable knowledge about the human brain 
has been obtained during brain surgery by stimulating 
specific areas with a mild electric current, and from the 
observation of patients with brain damage. In the 
1920s, a Canadian neurosurgeon named Wilder 
Penfield electrically stimulated different parts of the 
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brains of some of his patients. He found this caused 
them to remember specific events from the past. For 
example, one patient heard someone from the past 
singing a particular song. From this and other studies, 
scientists realized that specific functions are localized 
in specific parts of the brain. Recently, scientists 
observed the behavior of a woman whose amygdala 
(an almond-shaped group of cells in the cerebrum) was 
destroyed. The amygdala plays a role in emotions and 
social relationships. The researcher realized that with- 
out an amygdala, the patient could not read facial 
expressions. As a result, she couldn’t judge the inten- 
tions of others, and often made poor social decisions. 


Until recently, scientists believed that brain cells 
do not regenerate, thereby making brain injuries and 
brain diseases untreatable. Researchers are now trying 
to help such patients with neuron transplants, intro- 
ducing nerve tissue into the brain. They are also study- 
ing substances, such as nerve growth factor (NGF), 
that someday may be used to help regrow nerve tissue. 


Since the 1950s, scientists have begun to under- 
stand the process of sleep. They find that sleep occurs 
in different stages. One stage is called rapid eye move- 
ment (REM) sleep. We dream during REM sleep, a 
period when there is a lot of brain activity and eye 
movements and the body is inactive. The pons, an area 
of the brainstem, sets off REM sleep and dreaming. 
During REM sleep, the brain emits characteristic 
brain waves. Non-REM sleep usually comes first, 
takes up about 75% of our sleep, and is much quieter. 
Its stages get deeper and deeper. Non-REM sleep also 
has its own particular brain waves. The two types of 
sleep alternate during the night. Scientists are begin- 
ning to understand the factors that control sleep and 
wakefulness. These include a biological clock, a group 
of about 10,000 neurons in the hypothalamus that 
trigger off waking up; homeostasis, the body’s ten- 
dency to maintain equilibrium in physiological sys- 
tems; and changes in the level of norepinephrine and 
serotonin, neurotransmitters in the brain. 


Where and how does memory occur? This is 
another question that has puzzled scientists for deca- 
des. Recent information suggests that memory is not 
stored in a single brain center, but instead is part of 
numerous processing systems in the cerebral cortex. 
Scientists believe that memory involves chemical and 
structural changes in neurons, as well as changes in the 
strength of synapses. 


Technology provides useful tools for researching 
the brain and helping patients with brain disorders. 
An electroencephalogram (EEG) is a record of brain 
waves, electrical activity generated in the brain. An 
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EEG is obtained by positioning electrodes on the 
head and amplifying the waves with an electroence- 
phalograph, and is valuable in diagnosing brain dis- 
eases such as epilepsy and tumors. 


Scientists use three different techniques that 
involve scans to study and understand the brain and 
diagnose disorders: 


(1) Magnetic resonance imaging (MRI) uses a 
magnetic field to display the living brain at various 
depths as if in slices. Not blocked by bone, MRI allows 
the viewer to zoom in on any region and obtain reli- 
able pictures of brain tissue. 


(2) Positron emission tomography (PET) produ- 
ces color images of the brain on the screen of a mon- 
itor. During this test, a technician injects a small 
amount of a substance, such as glucose, that is marked 
with a radioactive tag. The marked substance shows 
where glucose is consumed in the brain. PET is used to 
study the chemistry and activity of the normal brain 
and to diagnose abnormalities such as tumors. 


(3) Magnetoencephalography (MEG) measures 
the electromagnetic fields created between neurons as 
electrochemical information is passed along. When 
under the machine, if the subject is told, “wiggle your 
toes,” the readout is an instant picture of the brain at 
work. Concentric colored rings appear on the com- 
puter screen that pinpoint the brain signals even 
before the toes are actually wiggled. 


Using an MRI along with MEG, physicians and 
scientists can look into the brain without using sur- 
gery. They hope to use these techniques for the early 
diagnosis of disorders such as Alzheimer and 
Parkinson diseases. They hope that these techniques 
could help paralysis victims move by supplying infor- 
mation on how to stimulate their muscles, or indicat- 
ing the signals needed to control an artificial limb. 
Furthermore, by understanding what areas of the 
brain are active while performing particular tasks, 
and by mapping information regarding increased or 
decreased metabolism in particular regions of the 
brain, a variety of questions regarding various disease 
states, as well as a variety of questions regarding the 
phenomenonal potential of the human brain, may be 
answered. 


Researchers are studying any number of issues 
regarding brain functioning. Fascinating research 
revealing the presence of tiny magnetic bits within 
the brain has suggested that humans (like some insects 
and birds) have the potential to navigate via interac- 
tions with Earth’s magnetic field. Technological 
research into computers and artificial intelligence are 
furthered by a good understanding of the amazing, 
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KEY TERMS 


Broca’s area—Area in the cerebrum that organizes 
thought and coordinates muscles for speech. 


Ganglion—A cluster of nerve cell bodies, usually 
found outside of the central nervous system. 


Glial cells—Nerve cells (other than neurons) 
located in the brain that protect, support, and assist 
neurons. 


REM sleep—Rapid eye movement sleep that is 
characterized by dreaming, active brain activity, 
and numerous eye movements. 


Wernicke’s area—The portion of the left side of the 
brain that stores and retrieves words and word 
patterns. 


computerlike intelligence of the human brain; con- 
versely, studies of the human brain have been furth- 
ered by efforts to create artificial intelligence. 
Research into the human brain is actually thought to 
be in its infancy; myriad topics of investigation must 
be explored to grasp the complexities and intricacies of 
the human brain. 


See also Electrocardiogram (ECG); Neurotrans- 
mitter; Nuclear medicine. 
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l Breathalyzer® 


Accidents or crimes can occur when one or more 
of those involved are intoxicated. Impaired driving is 
the obvious example. In the United States, at least 
25,000 people die in alcohol related traffic accidents 
each year, representing about 500 people each week. 
In fact, alcohol-related traffic accidents are the leading 
cause of death among Americans aged 16-24. 


The determination of alcohol level can be an 
important part of an ongoing investigation. Returning 
to the example of a traffic accident, one of the early 
facets of an investigation can be the determination of 
the alcohol level of a driver. Often a police officer needs 
to ascertain whether a person is legally impaired. 
Several tests of coordination (i.e., walking a straight 
line, touching the tip of the nose with a finger) can be 
helpful indicators. But, determination of blood alcohol 
levels via a Breathalyzer® test is a critical part of the 
assessment of sobriety. 


An initial Breathalyzer® measurement is often 
conducted at the scene of the accident, since normal 
metabolic processes in the body will reduce the alcohol 
level within hours. 


Measurements of alcohol level are most conven- 
iently taken by monitoring expired air. The Breath- 
alyzer® is one of three different devices that can be 
used. It is the most popular device for portable, at-the- 
scene use. The instrument uses a color reaction to 
detect alcohol; the degree of color change is related 
to the alcohol level in the breath. 


The result is typically expressed as the blood- 
alcohol concentration (BAC), which represents the 
grams of alcohol per 100 milliters of blood. The legal 
BAC limit can vary between jurisdictions; 0.08% is a 
typical limit. So, for example, if a suspect’s breath- 
alyzer reading was 0.15%, they would be legally 
impaired. If they were driving a vehicle, they would 
be charged with driving while impaired (DWI) or 
driving under the influence (DUI). 


The development of the devices that could mon- 
itor alcohol in the breath dates back to the 1940s. In 
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Police officer giving breath analyzer test. (© Ashley Cooper/Corbis.) 


1954, Dr. Robert F. Borkenstein of the Indiana State 
Police invented the modern-day Breathalyzer®. 


The Breathalyzer® relies on the fact that, when 
consumed, alcohol is not altered in the bloodstream 
and on the volatility of the compound (the tendency of 
the compound to evaporate from solution). The latter 
is important when alcohol-laden blood passes through 
the tiny channels in the air sacs of the lungs. There, 
alcohol’s volatility encourages its passage across the 
channel membranes into the lung, where it can be 
exhaled. 


A Breathalyzer® detects this expired alcohol. 
When someone blows into a Breathalyzer®, the device 
detects both the volume of air expired and, as 
described below, the amount of alcohol present. The 
ratio of the amount of alcohol in the breath to the 
blood alcohol level is 2,100:1. By determining the 
amount of alcohol in the volume of expired air, a 
calculation of blood alcohol concentration can be 
made. This calculation is done as described below. 


When air is blown into a Breathalyzer®, it bubbles 
through a mixture of potassium dichromate, sulfuric 
acid, silver nitrate, and water. The sulfuric acid acts to 
remove the alcohol from the air into the aqueous 
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solution. In the solution, the silver nitrate acts as a 
catalyst (a compound that speeds up the rate of reac- 
tion without directly participating in the reaction) in 
the reaction that follows. 


In this reaction, the alcohol (ethanol) reacts with 
the reddish-orange potassium dichromate to produce 
the greenish-colored chromium sulfate, potassium sul- 
fate, and acetic acid. The degree of the color change 
corresponds to the amount of alcohol that is present. 


To determine the degree of the color change, and 
so calculate the alcohol level, it is necessary to com- 
pare the test solution to an unreacted solution. The 
latter control solution is contained in another com- 
partment in the Breathalyzer®. The control solution is 
in a photocell; an electric current that is produced 
causes a needle in the device to move from its resting 
place. The operator then turns a knob to move the 
needle back to its resting place and then records the 
alcohol level from the position of an indicator on the 
knob relative to a scale. 


Other versions of Breathalyzers® can perform the 
calculations automatically and display the alcohol 
level as a digital read-out. With improvements in tech- 
nology, the Breathalyzer® has become smaller. Some 
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models are so small that they can be attached to a key 
chain. Forensically-approved version are larger, but 
are still portable enough to be taken to the scene of an 
investigation. 


Two other alcohol detection devices can be used. 
They do not detect ethanol in the color-dependent 
fashion of a Breathalyzer®. An Intoxilyzer® detects 
alcohol using infrared spectroscopy, while an Alco- 
Sensor® detects alcohol based on its use as fuel in 
another type of chemical reaction. 


See also Forensic science; Serology. 


Brian Hoyle 


f Brewing 


Brewing is a multistage process during which the 
brewer encourages a grain such as barley to germinate 
briefly, steeps the grain in water to release its sugars, 
and adds yeast to the mixture, which ferments the 
sugar, turning it into alcohol and carbon dioxide. 
Around the world, people have brewed grains and 
starchy vegetables for thousands of years from ingre- 
dients as varied as rice, corn, cassava, pumpkins, sor- 
ghum, and millet, to brew beverages that are staples in 
the diets of many cultures. 


History 


Archaeologists have turned up evidence that the 
Sumerian people in the Middle East were brewing 
barley as long as 8,000 years ago. These early brewers 
may have discovered the fundamental processes of 
brewing as they observed—or tasted—what happened 
when they left fruit juices or cereal extracts exposed to 
the wild yeasts that naturally float in the air. Native 
Americans made a beer from corn, which they soft- 
ened by chewing and mixing into a pulpy mass with 
saliva. They then set this masticated corn out in a 
vessel to ferment, and enjoyed the resulting drink. 


Throughout Europe, breweries sprang up where 
there was good water for brewing. During the Middle 
Ages, monasteries became the centers for brewing, and 
the monks originated techniques and created many of 
the beers still popular today. Early European settlers 
in North America brought with them from Europe a 
taste for beer, but followed the Native Americans’ 
example and initially made beer from corn and pump- 
kins, which they flavored with such local additives as 
the tops of spruce trees. 
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The copper vats of a brewery in Czechoslovakia. (Liba Taylor. 
Corbis-Bettmann.) 


With the spread of the British empire and rise of 
industrialization over the past 150 years, traditional 
European beer began to move from its local markets 
to towns, pubs, and countries far away from its place 
of origin. This emigration was aided with the intro- 
duction of bottled beer in 1875 by the Joseph Schlitz 
Brewing Company in Milwaukee, Wisconsin, and the 
later advent of canned beer in the 1930s. 


Brewing process 


The brewer’s first step in making a beer the malt- 
ing process, in which kernels of grain are wet to 
encourage their germination, or sprouting. During 
this process, the germ or embryo of the grain breaks 
down slightly, releasing the enzymes that turn 
starches, complex sugars, into simple sugars. The 
brewer allows the grain to germinate for a short period 
and dries it quickly in a kiln. Dried, malted grain is 
very durable and easily stored. 
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KEY TERMS 


Ale—A top-fermented beer that, until the latter part 
of the nineteenth century, was not flavored with 
hops; traditionally British ale has a higher alcohol 
content than lagers. 


Fermentation—The process during which yeast con- 
sumes the sugars in the wort and releases alcohol 
and carbon dioxide as byproducts. 


Hops—tThe cone of the flower of the vine Humulus 
lupulus, which is cultivated throughout temperate 
regions for use in brewing. The addition of 
hops gives beer its characteristic bitter flavor and 
aroma. 


Lager—Lager (cellar” in German) is a traditional 
Bavarian beer made with bottom-fermenting yeast. 


The brewer next mixes the dried malt with water 
to create a porridgelike substance called mash. During 
this phase, the mash is brought to a temperature of 
around 150°F (66°C) and is kept there a number of 
hours. The starchy components of the grain break 
down during mashing, and are converted into simple 
sugars, which yeast will be able to digest during the 
fermentation phase. 


The brewer now adds more water to the mash and 
rinses out a watery sugar solution called wort, which is 
heated to a boil. At this point, the brewer adds hops, 
the flower of the Humulus lupulus vine, which give beer 
its characteristic bitter flavor and aroma. 


When the wort has cooled to the temperature 
most friendly to yeast (50-60°F [10-16°C]), these 
organisms are added and go to work consuming the 
sugars in the wort, growing to be as much as five to ten 
times their original weight. They fuel their growth with 
the sugar and in the process, change it from carbohy- 
drate to ethanol, a form of alcohol, and carbon diox- 
ide, the gas that is responsible for beer’s foam and 
bubbles. 


Types of beer 


Most familiar beers are barley-based beverages. 
In Europe and the United States, beer is usually one of 
two types, ale or lager. Ale is a traditional British beer 
that, until the latter part of the nineteenth century, was 
not flavored with hops. Ale is made with a variety of 
yeast that rises to the top of the fermentation tank, and 
that produces a higher alcohol content than lagers. 
Ales range from pale ales such as Kolsch (from a 
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These beers are lighter in color and lower in alcohol 
content than ales. Over the past few decades, lager 
surpassed ale in popularity. 


Malt—Grain that has germinated, or sprouted, for a 
short period and is then dried. During germination, 
the enzymes in the germ of the grain are released, 
which will make the sugars in the grain available to 
the yeast. 


Wort—The sugar water solution made when malted 
barley is steeped in water and its complex sugars 
break down into simple sugars. 


Yeast—A microorganism of the fungus family that 
promotes alcoholic fermentation, and is also used as 
a leavening in baking. 


district around Cologne, Germany) which is strongly 
hopped and not sweet, to strong, dark, ales such as 
porter and stout. Lager (which means cellar in 
German) originated in the Bavarian region of 
Germany. Lager is made with bottom-fermenting 
yeast, and is lower in alcohol content than ales. 
Lagers include: pilsner, a pale beer with a distinctive 
hop flavor; bock, a strong dark beer; weiss, a pale beer 
made with wheat that is usually served with slices of 
lemon or flavored with fruit juices. 


Future developments 


Current research in brewing technology focuses 
on events at the cellular level. For example, brewery 
researchers are studying methods that will rapidly and 
accurately detect the presence and identity of 
unwanted yeasts or other microorganisms that find 
their way into the beer during brewing, changing its 
flavor. (Potentially problematic organisms include 
Lactobacillus, Pediococcus, and Obesumbacterium.) 
Some of the methods already available or soon to be 
available include those using DNA probes, and pro- 
tein and chromosome fingerprinting. Some of these 
techniques are already used in tests designed for at- 
home pregnancy testing, drug screening, AIDS test- 
ing, and tests for the presence of environmental con- 
taminants such as pesticides. 


Breweries also use biotechnological techniques and 
genetic engineering to select and propagate choice char- 
acteristics in barley, rice, corn, yeast, and hops. Some 
characteristics that brewery researchers are working 
toward include disease resistance in the crops, and in 
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yeast, the ability to resist contamination and to ferment 
carbohydrates that yeasts have been incapable of fer- 
menting. Micropropagation is a new and experimental 
technique that involves making any number of genet- 
ically identical copies of a plant, by removing minute 
quantities of its growth points and placing them in a 
medium that encourages the rapid growth of shoots. 
This process is then repeated again and again. 
Mutation breeding is a process for creating mutations, 
some of which may be desirable, by exposing the plant 
to x-rays or chemical mutagens; and transformation 
technologies, which allow the breeder to make a change 
in a single gene by adding or deleting it. 


See also Fermentation; Yeast. 
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l Brick 


A brick is a block of clay or other similar material, 
usually in the shape of a rectangle, that is baked so that 
it becomes hard enough to be used for building houses 
and other structures. Bricks are one of the oldest types 
of building blocks. They are an ideal building material 
because they are relatively cheap to make, very dura- 
ble, and require little maintenance. Bricks are usually 
made of kiln-baked mixtures of clay. People who work 
with brick are called brick masons or bricklayers. 
Among the numerous jobs they perform are the laying 
of walkways, building of external walls on office 
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buildings, and building and repairing of fireplaces, 
chimneys walls, floors, and other structures. 


In ancient times, bricks were made of mud and 
dried in the sun. Modern bricks are made from con- 
crete, sand and lime, and glass. The physical and 
chemical characteristics of the raw materials used to 
make bricks, along with the temperature at which they 
are baked, determine the color and hardness of the 
finished product. Bricks are made in standard sizes, 
are usually twice as long as they are wide, and, since 
most bricklaying is done manually, they are made 
small enough to fit in the hand. Bricklayers use a 
trowel to cover each brick with mortar—a mixture of 
cement, sand, and water. The mortar hardens when 
dry and keeps the bricks in place. Bricks are arranged 
in various patterns, called bonds, for strength. 


History 


Archaeologists have found bricks in the Middle 
East dating 10,000 years ago. Scientists suggest that 
these bricks were made from mud left after the rivers in 
that area flooded. The bricks were molded by hand, 
and left in the sun to dry. Structures were built by 
layering the bricks using mud and tar as mortar. The 
ancient city of Ur (in what is now Iraq) was built with 
mud bricks around 4000 BC. The Bible (Exodus 1:14; 
5:4-19) provides the earliest written documentation of 
brick production—the Israelites made bricks for their 
Egyptian rulers. These bricks were made of clay dug 
from the earth, mixed with straw, and baked in crude 
ovens or burned in a fire. Many ancient structures 
made of bricks, such as the Great Wall of China and 
remnants of Roman buildings, are still standing today. 
The Romans further developed kiln-baked bricks and 
spread the art of brick making throughout Europe. 


The oldest type of brick in the Western Hemisphere 
is the adobe brick. Adobe bricks are made from adobe 
soil, comprised of clay, quartz, and other minerals, and 
baked in the sun. Adobe soil can be found in dry regions 
throughout the world, but most notably in Central 
America, Mexico, and the southwestern United States. 
The Pyramid of the Sun was built of adobe bricks by the 
Aztecs in the fifteenth century and is still standing. In 
North America, bricks were used as early as the seven- 
teenth century. Bricks were used extensively for build- 
ing new factories and homes during the Industrial 
Revolution. Until the nineteenth century, raw materials 
for bricks were mined and mixed, and bricks were 
formed, by manual labor. The first brick making 
machines were steam powered, and the bricks were 
fired with wood or coal as fuel. Modern brick making 
equipment is powered by gas and electricity. Some 
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Bridges 


manufacturers still produce bricks by hand, but the 
majority are machine made. 


Brick manufacturing 


The manufacture of bricks entails several steps and 
starts with obtaining the raw materials. Clays are mined 
from open pits or underground mines. Storage areas 
are located at the mining site so that portions from 
various locations, digs, can be blended. The clay mix- 
ture goes through a process called primary crushing, 
where the clay is put through giant rollers that break the 
clay into small chunks. This mixture is transported to 
the manufacturing site, where the clay mixture is pulv- 
erized and screened to remove impurities. Further 
blending of materials may take place at this time. 


There are three methods of forming bricks. The 
most common is the stiff-mud process where the clay 
blend is put into a machine called a pug mill that mixes 
the clay with water (12 to 15% by weight), kneads the 
mixture, removes trapped air, and transfers the mixture 
to an auger machine. The auger forces or extrudes the 
wet clay through a die that forms a continuous rectangle- 
shaped column. The column is cut with steel wires into 
desired lengths. The newly formed bricks are place on 
drying racks for a few days and then fired in a kiln. The 
soft-mud process is used when the mined clay is natu- 
rally too wet (20 to 30% by weight) to undergo the 
stiff-mud process. The clay is mixed, extruded, and 
placed in lubricated molds. Each mold makes six to 
eight bricks. The drying process takes more time than 
with stiff mud, but the firing procedure is the same. 
The third method is the dry-press process, which is 
most commonly used when making refractory bricks. 
The clay has minimal water content (up to 10% by 
weight) and is exposed to high pressure (in a hydraulic 
or mechanical press) while in the molds. The bricks are 
dried and fired. While still damp and moldable, tex- 
tures, designs, or functional grooves can be pressed 
into the brick. Special glazes can be applied for deco- 
rative and for functional purposes. 


Firing or burning the bricks takes two to five days. 
The most common type of kiln used to fire bricks is the 
tunnel kiln, where the bricks, stacked on cars, move 
slowly though a long chamber or tunnel. Many 
changes in the physical properties occur during the 
firing process. During firing, any residual water evap- 
orates, some minerals melt, blend, and fuse, and 
organic matter oxidizes. The hardness of the brick 
increases and the color develops. The whole process 
of making bricks takes 10 to 12 days. 


With handmade bricks, the clay is kneaded and 
put into molds. Excess clay is skimmed off the top of 
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the mold, and the brick is then dumped out, dried, and 
fired. Handmade bricks are usually more expensive 
than machine-made bricks. They are often used in 
special projects, such as historical restoration. 


Types of brick 


Some bricks are made for specific purposes and are 
made of certain raw materials, formed in a particular 
shape, or with added special textures or glazes. 
Common brick is the everyday building brick. They 
are not made of special materials, and do not have 
special marks, color, or texture. Common brick is typ- 
ically red and sometimes used as a “backup” brick, 
depending on the quality. Face brick is often applied 
on top of common backup brick. Face brick can be 
obtained in a variety of colors, has a uniform surface 
appearance and color, is more durable, and is graded 
according to its ability to withstand freezing temper- 
atures and moisture. Refractory bricks are made from 
fireclays—clays with a high alumina or silica content or 
non-clay minerals such as bauxite, zircon, silicon car- 
bide, or dolomite. Fireclays are heat resistant and are 
used in various types of furnaces, kilns, and fireplaces. 
Calcium silicate bricks are often made in areas where 
clay is not readily available. Glazed bricks are made 
primarily for walls in buildings such as dairies, hospi- 
tals, and laboratories, where easy cleaning is necessary. 


See also Stone and masonry. 
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[ Bridges 


Bridges are structures that join two otherwise 
inaccessible points of land, such as the two shores of 
a river or lake, or the two sides of a canyon or deep 
gully. Bridges are designed to carry railroad cars, 
motor vehicle traffic, or foot travel by pedestrians 
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Dame Point bridge in Jacksonville, Florida, is a cable-stayed 
bridge. The deck is supported by cables which transmit the 
load to the towers. (© Tom Carroll/Phototake NYC.) 


and/or animals, or to support pipes, troughs, or other 
conduits used for the movement of goods and materi- 
als, such as an oil pipeline or a wateraqueduct. 


Humans have been constructing bridges since 
ancient times. The earliest bridges were probably 
nothing more than felled trees used to cross rivers or 
ditches. As civilization advanced, artisans discovered 
ways to use stone, rock, mortar, and other naturally 
occurring materials in the construction of longer and 
stronger bridges. Finally, as physicists and engineers 
began to develop the principles underlying bridge con- 
struction, they incorporated other materials such as 
iron, steel, and aluminum into the bridges they built. 


Bridges can be classified in a number of different 
ways, according to their intended use (railroad bridge 
or pedestrian walkway, for example), according to the 
material of which they are made (steel, wood, or con- 
crete), or according to whether they are fixed or move- 
able. Moveable bridges are used when the height of 
ships traveling on a waterway will be greater than the 
bridge floor. In such cases, the bridge is built so that 
the roadway can be raised or pivoted to allow marine 
traffic to pass under or through it. Probably the most 
useful way to classify bridges for technical purposes, 
however, is according to their structural form. There 
are three major types of bridges: arch, cantilever, and 
suspension. 


Forces acting on a bridge 


Three kinds of forces operate on any bridge: the 
dead load, the live load, and the dynamic load. The 
first of these terms refers to the weight of the bridge 
itself. Like any other structure, a bridge has a tendency 
to collapse simply because of the gravitational forces 
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acting on the materials of which the bridge is con- 
structed (1.e., the wood, concrete, steel, or aluminum). 
The second term refers to traffic that moves across the 
bridge as well as normal environmental factors such as 
changes in temperature, precipitation, and winds. The 
third factor refers to environmental factors that go 
beyond normal weather conditions, factors such as 
sudden gusts of wind and earthquakes. All three fac- 
tors must be taken into consideration in the design of a 
bridge. 


For example, suppose that it is necessary to build 
a bridge across a span that is 325 feet (100 m) wide. It 
would not be possible to build a beam bridge, one that 
consists of a single slab of steel of that length. The 
weight of the material used to construct the bridge plus 
the weight of the traffic on the bridge would be too 
great for the bridge to remain standing. An engineer 
would have to design some other kind of bridge—an 
arch or suspension bridge, for example—that would 
be able to hold up that amount of weight. 


Dynamic loads 


Dynamic loads can present special problems for 
the designer. A bridge must be able to withstand not 
only the forces of normal everyday traffic, but 
also unusual forces of unexpected magnitude. In 
California, as an example, bridges require special 
kinds of reinforcement to withstand possible earth- 
quakes. The fact that engineers have not completely 
solved the problems presented by dynamic loads is 
reconfirmed from time to time. For example, during 
the 1989 earthquake in the San Francisco Bay area, a 
section of the San Francisco—Oakland Bay Bridge 
collapsed, leaving a gaping hole. A freeway overpass 
in Oakland also failed during the earthquake, taking 
the lives of about two dozen motorists. 


Wind gusts have been responsible for a number of 
bridge failures in the past. Even if wind speeds are 
relatively low, dynamic loads may become too great 
for a bridge to withstand. One reason for this phenom- 
enon is that the bridge may begin to vibrate so vio- 
lently that it actually shakes itself apart. Such was the 
case, for example, with the Tacoma Narrows Bridge in 
1941. On November 7 of that year, with wind speeds 
registering only about 40 mph (25 km/h), the bridge 
vibrated so badly that it collapsed. The actual force 
experienced by the bridge was considerably less 
than the dead and live forces for which it had been 
designed. But the oscillations produced by wind gusts 
on the day in question were sufficient to shake the 
bridge apart. 
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A bowstring arch bridge in Arizona. The deck is supported 
from the arch by hangers. The load is transmitted to the 
abutments by the outward thrust of the arch. (ULM Visuals.) 


As a result of failures such as those in the Bay 
Bridge and the Tacoma Narrows Bridge, engineers 
have developed methods for making bridges more 
aerodynamically sound. For example, lighter materials 
arranged in geometric structures that are more aerody- 
namically stable are now used in bridges where earth- 
quakes, wind gusts, or other unusually severe environ- 
mental problems can be expected. 


Model testing 


At one time, the only test of a bridge design was 
actual use. Engineers could incorporate all the scien- 
tific knowledge and technological craftsmanship they 
had to produce a sound design. But how well the 
bridge would stand up under actual use and dynamic 
loads could only be discovered in the real world. 


Today, engineers have two powerful tools with 
which to test their ideas: wind tunnels and computer- 
aided design (CAD). Wind tunnels have long been 
used by aeronautical engineers to test aircraft designs. 
Now they are routinely used also for bridge designs. A 
wind tunnel is an enclosed space in which rapidly 
moving air from giant fans passes over the model of 
a bridge. Possible structural and design problems can 
be detected by photographing and studying patterns 
of air movement over the model. 


As in so many other fields, bridge design has 
benefited greatly from the growth and development 
of computer programs. Such programs can incor- 
porate huge amounts of information about various 
ways in which bridges and the materials of which 
they are made will react to various kinds of stresses. 
CAD can be used to draw and test bridge designs on 
screen without even making the models needed for 
wind tunnel testing. 
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Types of bridges 


The simplest type of bridge corresponds to the 
felled tree mentioned above: a single piece of material 
that stretches from one side of the gap to be bridged to 
the other. That piece of material—the beam, or 
girder—tests directly on the ground on each side or 
is supported on heavy foundations known as piers. 
The length of a beam bridge of this kind is limited by 
the weight of the beam itself plus the weight of the 
traffic it has to bear. Longer beam bridges can be 
constructed by joining a number of beams to each 
other in parallel sections. 


The concept of a beam bridge can be extended to 
make a stronger product, the continuous bridge. A 
continuous bridge differs from a beam bridge in that 
the latter has at least one additional point of support 
beyond the two found in a beam bridge. The longest 
existing continuous bridges now in use are the Astoria 
Bridge that crosses the Columbia River near Astoria, 
Oregon, and the Oshima Bridge that connects Oshima 
Island to the mainland in Japan. 


Cantilever bridges 


A cantilever bridge is a variation of the simple 
beam bridge. A cantilever is a long arm that is anch- 
ored at one end and is free to move at the opposite end. 
A diving board is an example of a cantilever. When 
anchored firmly, a cantilever is a very strong structure. 
Imagine a 200-pound (91 kg) man standing on the end 
of diving board. The board bends only slightly, show- 
ing that it can hold a relatively large weight (the man). 


A cantilever bridge consists of three parts: the 
outer beams, the cantilevers, and the central beam. 
Each of the outer beams of the bridge is somewhat 
similar to a short-beam bridge. The on-shore edge of 
the bridge is attached to the ground itself or to a pier 
that is sunk into the ground. The opposite edge of the 
outer beam is attached to a second pier, sunk into the 
ground at some distance from the shore. 


Bridge piers are vertical columns, usually made of 
reinforced concrete or some other strong material. In 
many cases, they are sunk into massive supporting 
structures known as abutments. Abutments are con- 
structed in large holes in the ground, in contact with 
bedrock if possible, to withstand the forces created by 
the dead and live loads created by bridges and the 
traffic they carry. 


Also attached to the off-shore pier is one end of a 
cantilever. The free end of the cantilever extends out- 
ward into the middle of the gap between the shores. An 
incomplete cantilever bridge consists, therefore, of two 
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halves—one anchored to each side of the gap to be 
bridged and consisting of a cantilever facing toward 
the middle of the gap. The space between the two 
cantilevers, finally, is bridged by another beam, sim- 
ilar to that of a short beam bridge joining the two 
cantilevers to each other. 


The distribution of forces in a cantilever bridge is 
fairly straightforward. The dead and live loads are 
borne by the two sets of piers that hold up the bridge, 
the outermost piers that hold up the outer edges of the 
bridge, and the inner piers that anchor the fixed end of 
the cantilever. 


The two longest cantilever bridges in the world are 
the Forth Railway Bridge in Scotland, completed in 
1890, and the Quebec Bridge in Canada, built in 1917. 
The former is 1,700 feet (520 m) in length and the 
latter, 1,800 feet (550 m) long. 


Trusses 


The strength of a cantilever bridge can be 
increased by the use of trusses. A truss is structure 
that consists of a number of triangles joined to each 
other. The triangle is an important component of 
many kinds of structures because it is the only geo- 
metric figure that cannot be pulled or pushed out of 
shape without actually changing the length of one of 
its sides. By combining a number of triangles into a 
single unit, the unit is given a great deal of strength. 


The cantilever beam, end beams, and joining 
beams in a cantilever bridge are often strengthened 
by adding trusses to them. The trusses act somewhat 
like an extra panel of iron or steel, adding strength to 
the bridge with relatively little additional weight. The 
open structure of a truss also allows the wind to blow 
through them, preventing additional stress on the 
bridge from this factor. 


Trusses are used not only in cantilever bridges, but 
in all other kinds of bridges also. In fact, you have 
probably noticed the complex pattern of intersecting 
triangles on bridges over which you have passed. 
These truss patterns are one of the most efficient 
ways of adding strength to any type of bridge an 
engineer designs. 


Arch bridges 


As its name suggests, the main supporting struc- 
ture in an arch bridge is one or more curved elements. 
The dead and live forces that act on the arch bridge are 
transmitted along the curved line of the arch into 
abutments at either end. These abutments are sunk 
deep into the earth, into bedrock if at all possible. 
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They are, therefore, essentially immovable and able 
to withstand very large forces exerted on the bridge 
itself. This structure is so stable that piers are generally 
unnecessary in an arch bridge. 


The deck of an arch bridge can be placed any- 
where with relationship to the arch: on top of it, 
beneath it, or somewhere within the arch. The deck is 
attached to the arch by vertical posts (ribs and col- 
umns) if the deck is above the arch, by ropes or cables 
(suspenders) if the deck is below the arch, and by some 
combination of the two if the deck is somewhere 
within the arch. 


Most arch bridges today are made either of steel 
or of reinforced concrete. The longest existing steel 
arch bridge is the New River Gorge Bridge in 
Fayetteville, West Virginia, built in 1977. It is 1,700 
feet (518 m) long. The longest reinforced concrete 
bridge is the Jesse H. Jones Memorial Bridge at the 
Houston Ship Channel, Texas, with a length of 1,500 
feet (455 m). 


Suspension bridges 


The longest bridges in the world are suspension 
bridges. Some examples are the Humber Bridge in 
Hull, England, with a length of 4,626 feet (1,410 m), 
the Verrazano Narrows Bridge in lower New York 
Bay (4,620 feet [1,298 m]); the Golden Gate Bridge 
over the entrance to San Francisco Bay (4,200 feet 
[1,280 m]); and the Mackinac Straits Bridge connect- 
ing the Upper and Lower Peninsulas of Michigan 
(3,800 feet [1,158 m]). 


In a suspension bridge, the dead and live loads are 
carried by thick wire cables that run across the top of 
at least two towers and are anchored to the shorelines 
within heavy abutments. In some cases, the bridge 
deck is supported directly by suspenders from the 
cables, while in other cases, the suspenders are 
attached to a truss, on top of which the deck is laid. 
In either case, the dead and light load of the bridge is 
transmitted to the cables which, in turn, exert stress on 
the abutments. That stress is counteracted by attach- 
ing the abutments to bedrock. 


The towers in a suspension bridge typically rest on 
massive foundations sunk deep into the river or sea 
bed beneath the bridge itself. The wire cables that 
carry the weight of the bridge and its traffic are made 
of parallel strands of steel wire woven together to 
make a single cable. Such cables typically range in 
diameter from about 15 inches (38 cm) to as much as 
36 inches (91 cm). Smaller cables can be ordered from 
a factory, while thicker cables may have to be 
assembled on the construction site itself. 
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Bridges 


An interesting hybrid of the cantilever and suspen- 
sion bridge is known as the cable-stayed bridge. The 
1,200-foot (366-m) Sunshine Skyway across the entrance 
to Tampa Bay in Florida is one of the most beautiful 
examples of the cable-stayed bridge. In a cable-stayed 
bridge, the deck is cantilevered outward in both direc- 
tions from a central tower. The deck is then attached to 
the tower by a series of cables, similar to those in a 
suspension bridge. Often, a cable-stayed bridge will 
make use of two towers. In that case, the cantilevered 
sections extending towards each other in the middle of 
the bridge can be joined together, producing an unusu- 
ally long central span. The advantage of the cable-stayed 
bridge is that support for dead and live loads come from 
three distinct places: the towers, the cables, and the 
abutments to which the bridge is attached at each end. 


Pontoon bridges 


Pontoon bridges float on water. They find use 
primarily in two situations: First, they find application 
during wars when engineers need to construct a simple 
bridge quickly and easily. In such instances, they can 
be assembled from inflatable rubber or plastic and put 
into place in a matter of hours. Second, they can be 
used in rivers and lakes where the river bottom makes 
it very difficult or impossible to install piers. Lake 
Washington, in the state of Washington, for example, 
once had three floating bridges. All were made of large 
hollow concrete blocks tied to each other. 


Movable bridges 


Traditionally, three kinds of movable bridges have 
been constructed. In one, the swing bridge, the deck is 
rotated around a central span, a large, heavy pier sunk 
into the river bottom. The swing bridge has one serious 
disadvantage: The central pier, on which the bridge 
rotates, is usually located in the deepest part of the 
waterway. Ships with significant drafts may, therefore, 
have difficulty passing through such bridges. The swing 
bridge also has one important advantage: Since it never 
moves upward, it will not interfere with air traffic that 
might be present in the area. 


In the second type of movable bridge, the bascule 
bridge, the deck is raised, either at one end or at two 
ends. The bascule bridge acts, therefore, something 
like a cantilever in which the free end is raised to 
permit passage of seagoing vessels. 


In the third type of movable bridge, the vertical- 
lift bridge, the whole central portion is raised straight 
up by means of steel ropes. One disadvantage of the 
vertical-lift bridge, of course, is that it can not open 
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KEY TERMS 


Abutment—Heavy supporting structures usually 
attached to bedrock and supporting bridge piers. 


Cable-stayed bridge—A type of bridge that is a mix 
of cantilever and suspension bridge, in which the 
deck is supported both by one or more central 
towers and cables suspended from the tower(s). 


Dead load—tThe force exerted by a bridge as a 
result of its own weight. 


Dynamic load—The force exerted on a bridge as a 
result of unusual environmental factors, such as 
earthquakes or strong gusts of wind. 


Live load—tThe force exerted on a bridge as a result 
of the traffic moving across the bridge. 


Piers—Vertical columns, usually made of rein- 
forced concrete or some other strong material, on 
which bridges rest. 


Suspenders—Ropes or steel wires from which the 
deck of a bridge is suspended. 


Truss—A very light, yet extremely strong structural 
form consisting of triangular elements, usually 
made of iron, steel, or wood. 


entirely above the waterway, but can only be raised to 
a given maximum height. 
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| Bristletails 


Bristletails are about 300-400 species of small, elon- 
gate, terrestrial insects in the order Thysanura. 
Bristletails have an ancient evolutionary lineage, and 
they are believed to be relatively primitive, that is, similar 
in form and function to the most early evolved insects. 


Bristletails have a simple metamorphosis, with 
three life stages: egg, nymph, and adult. Both the 
nymphal and adult stages are wingless, and they are 
rather similar in their physical appearance, the main 
difference being in size and sexual maturity. The adults 
are large and mature. 


Bristletails are easily distinguished by the three 
threadlike appendages that emerge from the end of 
their abdomen, by their long, backward-pointing 
antennae, and by their body covering of glistening 
scales. Bristletails have chewing mouth parts, and they 
feed on a wide range of types of soft, usually decaying 
organic matter. Bristletails hide during the day, and if 
they are disturbed they run quickly away to seek a new 
hiding place. Otherwise, bristletails are active at night. 
Bristletails are unusual in that they continue to grow 
and molt even after they have become sexually mature 
adults. Almost all other insects stop growing after they 
become breeding adults. 


The most familiar bristletails are those in the fam- 
ily Lepismatidae, including the light-colored common 
silverfish (Lepisma saccharina) and the darker-colored 
firebrat (Thermobia domestica), which often occurs in 
warm, moist places, for example, near hearths, stoves, 
and furnaces. Both of these species can be common in 
moist places in buildings, where they feed on a wide 
variety of starchy foods, and can sometimes cause 
significant damages to books, wallpaper, fabrics, and 
stored foods. 

The jumping bristletails (family Machilidae) are 
widespread in North America, living under organic 
debris in various types of natural, terrestrial habitats. 
The primitive bristletails (Lepidotrichidae) and nico- 
letiid bristletails (Nicoletiidae) are all rather rare in 
North America. 


l Brittle star 


Brittle stars are starfish-like echinoderms (phylum 
Echinodermata, class Ophiuroidea), whose star-shaped 
bodies are radially symmetrical and are supported by a 
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hard endoskeleton made of calcium salts. Brittle stars 
are Closely related to basket stars, and more distantly 
related to starfish, sand dollars, and sea urchins. Brittle 
stars are named for the ease with which their arms 
break off when touched; these animals, known collec- 
tively as ophioroids, are also called serpent stars (ophis 
means snake in Greek) because their long arms resem- 
ble serpents. The brittle stars comprise the largest num- 
ber of species (about 1,000) of echinoderms and are 
found on the seabed in all of the world’s oceans. Brittle 
stars also inhabit the dark high-pressure environments 
on the floor of the abyssal zone, the deepest part of the 
ocean where few other living things can survive. Some 
species of brittle star can swim, but most species simply 
crawl along the ocean floor. Brittle stars in shallow seas 
tend to avoid light and prefer to hide in dark crevices, 
becoming more active at night, or they inhabit the 
ocean depths where it is always dark. Brittle stars 
usually have five long, thin, jointed arms covered with 
spines; sometimes they have six or seven arms. Brittle 
stars can be as large as 2 ft (0.6 m) in diameter or as 
small as a few millimeters. Ophioroids are usually a 
drab green, gray, or brown, but some have variegated 
color patterns. Some species of brittle stars glow in the 
dark-a bright green luminescence appears if they are 
disturbed. Others can change their color. 


The arms of brittle stars are attached to a central 
disk-like body. The underside of that central body 
contains the mouth and jaws, stomach, and saclike 
body cavities called bursae, which are peculiar to ophi- 
oroids. The mouth is surrounded by five moveable jaw 
segments, making the mouth opening look like a star. 
Some brittle stars are carnivorous, while others feed 
on small particles of plankton. The food enters the 
mouth and goes directly into the stomach, and there 
is no intestine and no anus; absorption and excretion 
are carried out instead by the five pairs of bursae 
located at the base of each of the arms. Water circu- 
lates in the bursae and there is an exchange of respira- 
tory gases and excretion of wastes. The coelomic walls 
of the bursae contain the gonads that discharge sex 
cells in the water for fertilization. The larva, which 
develops from a fertilized egg, is called an ophioplu- 
teus and is free swimming in the plankton until it 
transforms into the juvenile stage when it settles on 
the bottom of the ocean. Brittle stars are either male or 
female, although a few individuals are hermaphro- 
dites. Brittle stars spawn at the end of summer, and 
most species release their eggs into the plankton and 
invest no parental care thereafter. They can also repro- 
duce asexually; if an arm breaks off and it still has a 
small piece of the central disk attached, the arm can 
regenerate into a whole new brittle star. 
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Bromeliad family (Bromeliaceae) 


Brittle stars are among the most active of the 
echinoderms and, unlike starfish and sea urchins, can 
move easily and quickly. The arms of a brittle star 
reach out in pairs to pull the animal along. Each arm 
is supported by a central, internal, skeletal support 
(ossicle). Like starfish, brittle stars have tube feet, 
but those of brittle stars lack suckers. The tube feet 
help more with feeding than with locomotion. Like 
other echinoderms, brittle stars can regenerate lost 
parts. If an arm is broken off, a new one grows in its 
place within months. If an arm is injured, the brittle 
star can cast off the injured arm (autotomy) and then 
eventually grow a new one. 


! Bromeliad family 


(Bromeliaceae) 


The pineapple family (Bromeliaceae) consists of 
about 1,500 species of flowering plants. Most species 
are medium-sized herbs with tightly packed, thick, 
stiff, spiraling leaves that usually have spiny margins. 
Some species are semi-woody, and a few rare ones, 
such as Puya raimondii, are trees that can reach 33 feet 
(10 m) in height. Most species of bromeliads are epi- 
phytes in rainforests, while others are terrestrial, 
inhabiting dry habitats in mountainous and coastal 
regions. Bromeliads are native to tropical and sub- 
tropical regions of North and South America. The 
only exception may be Pitcairnia feliciana of coastal 
west Africa; this species appears to represent a remark- 
able example of long-distance, natural dispersal, 
although it may have been introduced into Africa by 
humans. The range of the bromeliads extends from 
Tierra del Fuego in southernmost South America, 
northward into Mexico, then through the southeast- 
ern United States to their northernmost limit in south- 
ern Maryland. 


The most commercially valuable member of this 
family is the common pineapple, Ananus comosus. A 
native of South America, the pineapple has been 
widely planted as a cash crop throughout tropical 
and subtropical regions, especially in the Hawaiian 
Islands, the Philippines, South Africa, and southern 
Asia. The pineapple is a biennial plant, that is, it 
usually lives for only two years. In the first year this 
species produces a dense growth of sharp-pointed, 
overlapping leaves. During the second year a short 
stalk with many flowers is produced. Each flower 
gives rise to fruits that are technically berries, but 
then the stalk bearing the fruit begins to swell. This 
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Single swamp cypress covered with spanish moss. (Chris 
Sharp. Photo Researchers, Inc.) 


results in the development of a thick, sweet, fleshy 
mass, within are embedded the fruits. This whole 
thing is the “pineapple,” which is therefore an aggre- 
gation of fruits within an accessory structure (the 
thickened stem). When you buy a pineapple at the 
market you notice at the top of the “fruit” a tuft of 
prickly, reduced leaves or bracts, and a cleanly cut-off 
base. This may lead you to believe that the pineapple 
was cut off from the plant at ground level, but this was 
not the case. Pineapples grow at the end of shoots, two 
to four per plant, so they are cut off from an under- 
lying, large-leafed shoot. 


Bromeliads are xerophytes and possess many of 
the usual, water-conserving adaptations of such 
plants: a thick epidermis covered with wax, water- 
storage cells that cause the leaves to appear succulent 
(that is thick and fleshy), and sheathing leaf bases. One 
of the notable characteristics of bromeliads is the dis- 
tinctive, water-absorbing scales on their leaves and 
stems. These thin scales occur in grooves in the 
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A bromeliad growing on the bole of a cypress tree in Everglades National Park, Florida. (E.R. Degginger. Photo Researchers, Inc.) 


epidermis, and they resemble opened umbrellas. Their 
thinness and large surface area make the scales ideal 
for rapidly absorbing water. 


Equally important in terms of water economy are 
the shape and arrangement of the leaves of bro- 
meliads. In many species the leaves are wide and 
deeply U-shaped where they join the stem, forming a 
series of vessel-like compartments. When it rains, 
water flows down the leaves and pools in the compart- 
ments, where it can be absorbed by the umbrella 
scales. Especially remarkable are the “tank plants,” 
such as Nidularium and Billbergia. In these species 
the stem is greatly reduced and the densely packed 
leaves have broad, overlapping bases, resulting in a 
pitcher or vase-like center—the tank. Rainwater fills 
the tank, where some of the moisture is absorbed by 
the umbrella scales. Because the tank is shaded by the 
dense crown of leaves around it, the water does not 
evaporate quickly and can persist, enabling the plant 
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to survive periods of drought. Interestingly, some spe- 
cies of mosquitoes breed nowhere else but in these 
tanks. 


Another important adaptation of some bro- 
meliads to drought-prone environments is seen in 
their stomata. Stomata allow gaseous carbon dioxide, 
a necessary ingredient for photosynthesis, into the leaf. 
In most plants the stomata are open during daylight 
hours, because that is when light is available to drive 
photosynthesis. When open during the day, however, 
stomata also lose water, which is a disadvantage for 
plants growing in environments where water is scarce. 
Many plants, including the bromeliads pineapple and 
Spanish moss, have evolved stomata that are closed 
during the heat of the day but open at night when 
temperatures are cooler. These plants trap the carbon 
dioxide that enters through their stomata and store the 
gas until daylight, when light energy is available for 
further processing through photosynthesis. 
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Bronchitis 


Why are some plants of wet tropical and subtrop- 
ical regions, such as bromeliads, specially adapted to 
dry conditions? The key is that most bromeliads are 
epiphytic, occurring high in the crowns of forest trees. 
When it is not raining and the sun is out, these plants 
can dry out rapidly because their roots are not in soil. 
In addition most bromeliads that are terrestrial gen- 
erally occur in rocky habitats, where rainwater rapidly 
percolates through the soil, leaving it dry. 


Spanish moss (Tillandsia usneoides) is not a true 
moss but rather is one of the interesting bromeliads 
known as “air plants.” Most of these species grow as 
epiphytes high in the crowns of trees, where of course 
there is no soil. In order to obtain the nutrients neces- 
sary for growth, air-plants absorb some directly from 
the atmosphere, such as gases of sulfur and nitrogen. 
Other nutrients must be absorbed from rainwater or 
atmospheric dusts. Air-plants are commonly available 
in flower shops. These attractive plants need to be 
misted occasionally with a sprayer, because their foliar 
scales must be moistened to absorb the nutrients. 
Because they derive most of their nutrients directly 
or indirectly from the atmosphere, these bromeliads 
are called air plants. Spanish moss commonly grows in 
the southeastern United States, where it often forms 
large and beautiful drapes in tree canopies. The roots 
of Spanish moss serve to hold the plant to the tree on 
which it is growing, and do not function in obtaining 
water and nutrients. 


Bromeliads have become increasingly popular as 
indoor plants. Air plants are appealing novelty items, 
but many of the other, leafier bromeliads are also now 
prized. These have attractive, usually bright red flow- 
ers, designed to attract birds as pollinators, and often 
surrounded by brightly colored modified leaves. 
Furthermore, as xerophytic plants, bromeliads can 
withstand the benign neglect of forgetful watering. 
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f Bronchitis 


Bronchitis is the inflammation of the bronchi and 
is acommonly seen winter condition. The bronchi (the 
air passages leading into the lungs) are formed by the 
division of the trachea (the main windpipe leading 
from the larynx [Adam’s apple] down through the 
neck into the chest). The trachea branches left and 
right into the bronchi, which branch to supply each 
lung lobe with the means for air to pass in and out. 


Like the trachea, the bronchi are formed of carti- 
lage rings overlain with muscle. One layer of muscle 
runs lengthwise along the tube, the other layer is cir- 
cular. These muscles regulate the diameter of the air 
passages. 


A common cold or extended exposure to cold 
temperatures or air pollution over time may lead to 
bronchitis (the suffix “-itis” means inflammation). A 
cough and sore throat are the primary symptoms, but 
difficulty breathing and development of a fever are 
also characteristics. This sudden and short-lived bron- 
chitis is called acute bronchitis. This is easily cured 
with an antibiotic. Acute bronchitis usually causes no 
long-term problems. 


Chronic bronchitis is a more serious condition. 
Chronic means it is a condition that persists over a 
long period of time. Chronic bronchitis is a disease of 
cigarette smokers and is often accompanied by emphy- 
sema, a condition in which lung tissue is destroyed and 
the capacity to breathe is seriously impaired. 


The form of bronchitis associated with emphy- 
sema is called chronic obstructive pulmonary disease 
(COPD) and is difficult to cure. It is often difficult to 
tell whether the respiratory problems associated with 
COPD are the result of emphysema or chronic bron- 
chitis. Some physicians consider the two conditions to 
be synonymous: if one has chronic bronchitis one also 
has emphysema. 


See also Respiratory diseases; Respiratory system. 


l Brown dwarf 


A brown dwarf is a pseudostar; a body of gas not 
massive enough for the gravitational pressure in its 
core to ignite the hydrogen-fusion reaction that 
powers true stars. The name brown dwarf is a play 
on the name of the smallest class of true stars, red 
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dwarf, but while red dwarfs are actually red, brown 
dwarfs are not brown, but purple or magenta. 


Objects ranging in mass between 13 and 75 times 
the mass of the planet Jupiter—between 1.2% and 7% 
the mass of the sun—are generally considered brown 
dwarfs. Clear rules for distinguishing large planets 
from brown dwarfs, however, are lacking. Some 
astronomers consider objects down to seven or eight 
Jupiter masses to be brown dwarfs, while others 
reserve this term for objects heavy enough to initiate 
deuterium fusion in their cores, that is, objects of 
13 Jupiter masses or more. (Deuterium is a relatively 
uncommon form of hydrogen that has both a neutron 
and a proton in its nucleus; deuterium fusion is a 
minor reaction in true stars and persists for only a 
few million years even in brown dwarfs.) In 2001, an 
international committee declared that objects heavier 
than 13 Jupiter masses should be labeled brown 
dwarfs regardless of whether they orbit true stars, 
while objects below this threshold should be labeled 
as planets if they are orbiting true stars and as sub- 
brown dwarfs if they are not. 


Until recently, astronomers could only theorize 
that brown dwarfs were common in the universe. 
They observed that the less massive stars are far 
more common than the more massive stars, a trend 
that would suggest that brown dwarfs should be still 
more numerous. Brown dwarfs are small and faint, 
however, making them difficult to find. 


Hot stars are blue; cool stars are red. Brown 
dwarfs, cooler than the coolest stars (red dwarfs), 
should thus be bright in the infrared, that is, they 
should radiate more heat than light. Therefore, one 
way to look for brown dwarfs is to search for faint 
infrared objects. It is difficult, however, to tell if the 
mass of a solitary infrared object is above or below the 
dividing line between brown dwarfs and the least mas- 
sive stars because it is difficult to measure such an 
object’s mass. Another strategy for finding brown 
dwarfs is to look for evidence of a low-mass compan- 
ion orbiting a star. (This strategy is also used to look 
for planets outside the solar system.) An astronomer 
discovering evidence of such a companion can esti- 
mate its mass from the properties of its orbit and, 
thus, decide if it is a planet, brown dwarf, or a low- 
mass star. 


In June 1995, three astronomers, Gibor Basri, 
Geoffrey Marcy, and James Graham, made the first 
unambiguous discovery of a brown dwarf. They 
reported observations made with the newly completed 
Keck 400-inch (10 m) telescope, the largest in the 
world. Their data confirmed the existence of a 
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previously suspected brown dwarf, which they desig- 
nated PPL 15, in the cluster of stars known as the 
Pleiades. The astronomers sidestepped the problem 
of determining mass by examining the amount of lith- 
ium in PPL 15’s spectrum to see if hydrogen fusion 
reactions are occurring in the core. The reasoning 
behind the lithium test is as follows: when a star ini- 
tially forms, it contains some lithium near its surface; 
for low-mass stars, convection currents mix this sur- 
face lithium with the core, where it is destroyed by 
fusion reactions. In brown dwarfs, lithium also mixes 
with the core, but the core has no hydrogen fusion 
reactions to destroy the lithium. Hence, a brown dwarf 
should have lithium in its spectrum, whereas all the 
true stars in the Pleiades cluster are old enough to have 
burnt up all their lithium. Basri’s team found lithium 
in the spectrum of PPL 15, indicating that it is a true 
brown dwarf, lacking hydrogen fusion at its core, 
rather than a low-mass star. Since 1995, hundreds of 
brown dwarfs have been discovered and it appears 
that they may be very numerous. Because of their 
small mass, and despite their large numbers, brown 
dwarfs are thought to account for only 15% or so of 
the stellar mass (i.e., the total mass of the stars and 
star-like objects in the universe). 


The Keck telescope also has been used to locate 
very cool (less than 1,652°F [900°C]) brown dwarfs in 
the constellations of Ursa Major (the Big Dipper), 
Leo, Virgo, and Corvus. These brown dwarfs are 
cool enough that astronomers can detect the presence 
of methane in their atmospheres—a molecule too frag- 
ile to survive the temperatures generated by true stars. 
In 2002, researchers produced evidence that the 
atmospheres of some aging brown dwarfs produce 
forms of gaseous clouds, and rain comprised of liquid 
iron. 


In 2006, a brown dwarf was found orbiting a red 
dwarf star, SCR 1845-6357. The pair is about 11 light- 
years away from Earth, within the Corona Australis 
constellation. The brown dwarf is named SCR 1845- 
6357 B. 


A major problem in modern astronomy is dark 
matter. Roughly 90% of the matter in the universe is 
unaccounted for; it is called dark matter because it is 
not illuminated by light, and so cannot, generally, be 
seen through telescopes. (When some kinds of dark 
matter—for example, clouds of dust—get between the 
Earth and a source of light, then they can be observed.) 
Astronomers know dark matter is there because its 
mass affects the orbits of objects in galaxies and of 
galaxies within clusters of galaxies, but astronomers 
still do not know what makes up most of the dark 
matter in the universe. It was long hoped that brown 
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Brownian motion 


KEY TERMS 


Brown dwarf—An object intermediate in mass 
between planets and stars. 


Cluster of galaxies—A group of galaxies that is 
gravitationally bound. 


Cluster of stars—A group of stars that is gravitation- 
ally bound; all the members of the cluster were 
formed at essentially the same time. 


Dark matter—The unseen matter in the universe, 
detected by its gravitational effect on the motions 
and structures of galaxies. 


Infrared light—Light with wavelengths longer than 
those of visible light, often used in astronomy to 
study dim objects. 


Nuclear fusion—Any nuclear reaction that fuses 
two or more smaller atoms into a larger one. 
Hydrogen fusion reactions provide the energy for 
the sun and other stars. 


dwarfs might account for much of the dark matter, but 
there is now wide agreement among astronomers that 
they do not account for more than a small fraction of 
it. However, study of brown dwarfs remains impor- 
tant because understanding their formation is essential 
to understanding that of planets and stars. 


See also Infrared astronomy; Stellar evolution. 
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f Brownian motion 


Brownian motion is the constant, but irregular, 
zigzag motion of small colloidal particles such as 
smoke, soot, dust, or pollen that can be seen quite 
clearly through a microscope. 


In 1827, Robert Brown (1773-1858), a Scottish 
botanist, prepared a slide by adding a drop of water 
to pollen grains. As he watched the tiny particles of 
pollen under his microscope, Brown noticed that they 
were constantly jiggling about. He thought that the 
motion might be related to life processes within the 
pollen, but later he observed the same kind of zigzag 
motion with pollen from plants that had been dead for 
many years. Others found the same strange motion 
when they observed tiny inanimate particles of dye, 
dust, smoke, or soot. 


Brown could offer no explanation for his observa- 
tion, which became known as Brownian motion; nor 
could anyone else, until James Clerk Maxwell (1831-— 
1879) and others developed the kinetic molecular 
theory a generation later. According to this theory, 
Brownian motion is the result of collisions between 
the small microscopic particles and the invisible but 
constantly moving water or air molecules surrounding 
them. Since particles such as pollen are thousands of 
times larger than water molecules, we would expect that 
on the average the particle would be hit as many times 
by water molecules on one side as it would be by 
molecules striking it from the opposite direction. 
However, since molecular motion is random, there 
will be moments when the particle is struck by more 
molecules moving in one direction than in any other. 
When that happens, the particle will respond to the 
unbalanced force and move accordingly. 


Imagine yourself caught in the middle of a large 
crowd of people who are undecided as to which way 
they should go. You would find people bumping into 
you from all sides. Sometimes pushes from all direc- 
tions would be equal and you would not move. At 
other times, more people would be bumping you 


GALE ENCYCLOPEDIA OF SCIENCE 4 


from the right than from the left and so you would 
move to the left. A short time later, there might be 
more people pushing from behind than from in front, 
and you would move forward. Your motion would be 
similar to that of a tiny pollen particle suspended in, 
and constantly being struck by randomly moving mol- 
ecules of water. 


The fact that the jiggling movement of a particle 
exhibiting Brownian motion increases with tempera- 
ture provided evidence that its motion could be 
explained by the kinetic molecular theory. Early in 
the twentieth century, Albert Einstein (1879-1955) 
published a series of papers in which he statistically 
analyzed the expected velocity of particles of various 
sizes and masses undergoing Brownian motion at var- 
ious temperatures in liquids with different viscosities. 
In an effort to verify Einstein’s theoretical work, Jean 
Perrin carried out a number of experiments using 
small uniform particles of known size and mass. His 
results confirmed Einstein’s analysis and put to rest 
any doubts about the molecular nature of matter. 


See also Molecule. 
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l Brucellosis 


Brucellosis is a disease caused by bacteria in the 
genus Brucella. The disease infects animals such as 
swine, cattle, and sheep. Humans can become infected 
indirectly through contact with infected animals or by 
drinking Brucella -contaminated milk. In the United 
States, most domestic animals are vaccinated against 
the bacteria, but brucellosis remains a risk with 
imported animal products. 


Characteristics of Brucella 


Brucella are rod-shaped bacteria that lack a dif- 
fuse sugary covering (capsule) around their cell mem- 
branes. Unlike most bacteria, Bruce/la cause infection 
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by actually entering host cells. As the bacteria cross 
the host cell membrane, they are engulfed by host cell 
vacuoles called phagosomes. The presence of Brucella 
within host cell phagosomes initiates a characteristic 
immune response, in which infected cells begin to stick 
together and form aggregations called granulomas. 


Brucella species 


Three species of Brucella cause brucellosis in 
humans: Brucella melitensis, which infects goats; B. 
abortis, which infects cattle and, if the animal is preg- 
nant, causes the spontaneous abortion of the fetus; 
and B. suis, which infects pigs. In animals, brucellosis 
is a self-limiting disease, and usually no treatment is 
necessary for the resolution of the disease. However, 
for a period of time from a few days to several weeks, 
infected animals may continue to excrete brucella into 
their urine and milk. Under warm, moist conditions, 
the bacteria may survive for months in soil, milk, and 
even seawater. 


Because the bacteria are so hardy, humans may 
become infected with Brucella by direct contact with 
the bacteria. Handling or cleaning up after infected 
animals may put a person in contact with the bacteria. 
Brucella are extremely efficient in crossing the human 
skin barrier through cuts or breaks in the skin. 


Symptoms and treatment of brucellosis 


The incubation period of Brucella—the time from 
exposure to the bacteria to the start of symptoms—is 
typically about three weeks. The primary complaints 
are weakness and fatigue. An infected person may also 
experience muscle aches, fever, and chills. 


The course of the disease reflects the location of 
the Brucella bacteria within the human host. Soon 
after the Brucella are introduced into the bloodstream, 
the bacteria seek out the nearest lymph nodes and 
invade the lymph node cells. From the initial lymph 
node, the Brucella spread out to other organ targets, 
including the spleen, bone marrow, and liver. Inside 
these organs, the infected cells form granulomas. 


Diagnosing brucellosis involves culturing the 
blood, liver, or bone marrow for Brucella organisms. 
A positive culture alone does not signify brucellosis, 
since persons who have been treated for the disease 
may continue to harbor Brucella bacteria for several 
months. Confirmation of brucellosis, therefore, 
includes being able to grow the bacteria on a suitable 
food source (generally called a medium), detection of 
antibodies (proteins produced by the immune system 
in response to the presence of a foreign proteins 


673 


sisojjoonig 


Bryophyte 


KEY TERMS 


Granuloma—An immune response in which cells 
infected with bacteria clump together. Granuloma 
formation is typical of tuberculosis and brucellosis. 


Lymph nodes—Small, bean-shaped _ structures 
located along the lymphatic vessels of the body. 
Lymph nodes function in the immune response to 
protect the body against foreign cells. 


Pasteurization—The process in which milk or 
either dairy products are heated to a high temper- 
ature in order to kill disease-causing bacteria. 


generically termed antigens) to the microorganism in a 
blood sample, as well as evidence of the characteristic 
symptoms and a history of possible contact with 
infected milk or other animal products. 


In humans, brucellosis caused by B. abortus is a 
mild disease that resolves itself without treatment. 
Brucellosis caused by B. melitensis and B. suis, how- 
ever, is chronic and severe. Brucellosis is treated with 
administration of an antibiotic that penetrates host 
cells to destroy the invasive bacteria. 


Prevention 


Since the invention of an animal vaccine for bru- 
cellosis in the 1970s, the disease has become somewhat 
rare in the United States. Yet the vaccine cannot pre- 
vent all incidence of brucellosis. According to the 
Centers for Disease Control and Prevention, 100 to 
200 cases occur each year in the United States. Most of 
these were reported in persons who worked in the meat 
processing industry. Brucellosis remains a risk for 
those who work in close contact with animals, includ- 
ing veterinarians, farmers, and dairy workers. 


Brucellosis also remains a risk when animal prod- 
ucts from foreign countries are imported into the 
United States. Outbreaks of brucellosis have been 
linked to unpasteurized feta and goat cheeses from 
the Mediterranean region and Europe. In an outbreak 
in the 1960s, brucellosis was linked to bongo drums 
imported from Africa: drums made with infected ani- 
mal skins can harbor Brucella bacteria, which can be 
transmitted to humans through cuts and scrapes in the 
human skin surface. 


In the United States, preventive measures include 
a rigorous vaccination program that involves all ani- 
mals in the meat processing industry. On an individual 
level, people can avoid the disease by not eating 
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animal products imported from other countries. If 
this is not possible or desirable, make sure that 
imported cheeses have been made with pasteurized 
milk. If the package does not indicate pasteurization, 
do not eat the cheese. 


As of 2006, there is no vaccine for brucellosis. 
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! Bryophyte 


Bryophytes include the mosses, liverworts, and 
hornworts. Bryophytes are the simplest of plants 
(excluding the algae, which are not considered plants 
by most botanists). Bryophytes are small, seldom 
exceeding 6-8 in (15-20 cm) in height, and usually 
much smaller. They are attached to the substrate 
(ground, rock, or bark) by rhizoids, which are one or 
a few-celled, root-like threads that serve only for 
anchoring and are not capable of absorbing water 
and nutrients from the substrate. Brypohytes lack vas- 
cular tissue (the specialized cells grouped together to 
pipe water and nutrients to various parts of the body), 
or in the rare cases when this tissue is present, it is not 
well differentiated. The leaves of bryophytes are tech- 
nically not true leaves, because in most species they 
lack vascular tissue. However, they are functionally 
equivalent to leaves, containing chlorophylls a and b 
for photosynthesis. Leaves are usually one-cell thick, 
except for the midrib, which may be up to 15 cells 
thick. Bryophytes satisfy their nutritional require- 
ments by absorbing minerals from dust, rainfall, and 
water running over their surface. 


The life cycle of bryophytes is characterized by an 
alternation of generations, one of which is a multi- 
cellular, diploid individual called a sporophyte, having 
two of each type of chromosome per cell. This stage 
alternates with multicellular, haploid individual called 
the gametophyte, with only one of each type of chro- 
mosome per cell, as is also the case with animal sperm. 
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Bryophytes are unique among plants in that the dom- 
inant, conspicuous generation is the haploid gameto- 
phyte. In all other plants, the dominant stage is the 
diploid sporophyte. 


Most reproduction of bryophytes is asexual, 
occurring by fragmentation of body parts, and by the 
production of specialized vegetative units called gem- 
mae. Gemmae may be produced as microscopic plates 
(in the genus Tetraphis), as bulbils in the axils of leaves 
(in Pohlia), or as microscopic filaments (in Ulota). 
When sexual reproduction occurs, it always involves 
a flagellated sperm (produced in a specialized organ 
called an antheridium) that must swim through water 
to reach an egg located in a specialized, flask-shaped 
organ (the archegonium). The antheridia and arche- 
gonia are surrounded by a layer of sterile cells, which 
protects the sex organs from mechanical damage and 
desiccation. 


The union of the sperm and egg results in a diploid 
zygote, i.e., anew sporophyte. This is nourished by the 
gametophyte and grows on it in a parasitic fashion, 
although the sporophytes of some bryophytes photo- 
synthesize and make some contribution to their own 
growth. Initially, as the young sporophyte grows, the 
archegonium also enlarges. However, it ultimately 
fails to keep pace with the growth of the sporophyte 
and becomes detached from its base, forming a cap- 
like structure called a calyptra. 


Classification, characteristics, and habitats 
of bryophytes 


The classification of bryophytes has been contro- 
versial among botanists. Traditionally, the division 
Bryophyta has included the true mosses, liverworts, 
and hornworts. However, some scientists consider each 
of these groups sufficiently distinct to deserve their own 
division: Bryophyta for the mosses, Hepatophyta for the 
liverworts, and Anthoceratophyta for the hornworts. 
The latter view is followed here, although the bryophyte 
is used as a collective term for all of these. 


About 15,000 species of bryophytes have been 
described. They are distributed throughout the 
world, and are especially abundant in arctic and bor- 
eal regions, where they often dominate the ground 
vegetation. Bryophytes also occur in humid tropical 
regions where they commonly grow on other plants, 
especially in higher-elevation forests. Bryophytes are 
considered the amphibians of the plant world, because 
they require abundant moisture to grow. This require- 
ment for water results from a number of their charac- 
teristic features. Their stems and leaves are thin, and 
either lack a cuticle (that is, a waxy surface layer) or 
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have a very thin one, making them prone to drying 
out. Because bryophytes lack roots and a vascular 
system, they cannot obtain water from the soil and 
transport it to above-ground tissues; for this same 
reason, bryophytes are necessarily small. In addition, 
their sperm require free water in order to swim from 
their parent plant to the egg on another plant. 


Hepatophyta (division liverworts) 


Hepatophyta means “liver plant” and refers to the 
body of some common species of liverworts, whose 
lobing is reminiscent of a liver. During Medieval and 
earlier times, many people followed the doctrine of 
signatures—a belief that the superficial resemblance 
of a plant to some part of the human anatomy indi- 
cated that the plant possessed medicinal properties 
related to the organ it resembled. Liverworts are the 
simplest of the living plants, and range in size from 
minuscule, leafy filaments less than 0.02 in (0.5 mm) in 
diameter, to plants exceeding 8 in (20 cm) in size. 
Liverworts lack specialized conducting tissues, cuticles, 
and stomates, and their rhizoids are always unicellular. 
The gametophytes arise directly from spores in most 
species. Most liverworts (75%) have nine chromo- 
somes in their haploid cells. Based on body form, liver- 
worts are categorized as either thallose or leafy. 


Thallose liverworts have gametophytes with an 
undifferentiated body called a thallus which has a rib- 
bon-like appearance. Marchantia is one of the most 
widely distributed thallose liverworts, especially in hab- 
itats that provide ideal conditions of light and high 
humidity. The body is typically 30 cells thick at the 
midrib, and only ten cells thick elsewhere. A thin, 
upper, green layer contains chlorophyll-rich cells, 
arranged in polygonal or diamond-shaped patterns 
each centered on a permanently open pore. Below each 
polygon is an airspace connected to the outside by the 
pore, and within the chamber are erect threads of photo- 
synthetic cells. Below the relatively thin, upper photo- 
synthetic layer is a lower layer that is colorless and stores 
the products of photosynthesis. Most reproduction is 
asexual by fragmentation, usually caused by wind or by 
animals breaking the plants apart while eating them or 
when stepping on them or when trampling them. 
Thallose liverworts also commonly reproduce asexually 
by producing small balls of cells called gemmae, within 
bowl-like structures called gemma cups. The balls 
become detached and are splashed out by raindrops, 
dispersing away to colonize favorable habitats. 


Leafy liverworts grow in wet or humid habitats, 
and are especially common in the tropics and sub- 
tropics, although they also occur in temperate areas. 
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They are the simplest of the plants with leaflike struc- 
tures. Their leaves lack vascular tissue, each is deeply 
cleft so as to appear two-lobed, and they are arranged 
in two rows along a much branched stem. Unlike the 
true mosses, which typically appear somewhat erect, 
leafy liverworts form small, flat mats. Asexual repro- 
duction by fragmentation is common. 


Hornworts (division Anthocerophyta) 


The hornworts are the smallest of the three groups 
of bryophytes with only about 100 species in six gen- 
era. Hornworts are especially diverse in the tropics, 
although Anthoceros occurs in temperate regions. 


The gametophyte of hornworts is saucer-shaped, 
with upturned edges, and only 0.4-0.8 in (1-2 cm) in 
diameter. These interesting little plants are more sim- 
ilar to algae than are any other plants, especially 
because they have only one, large chloroplast in asso- 
ciation with a pyrenoid in each photosynthetic cell. 
Yet, the hornworts are more advanced in some ways 
than liverworts, for example, they possess stomates, 
which exchange gases between the plant and the air. 
They are also unique among plants in having stomates 
on their gametophytes. Unlike the liverworts in which 
internal spaces between cells are filled with air, in horn- 
worts the cavities are filled with mucilage, a water- 
absorbing material within which the cyanobacterium 
Nostoc can be found. This symbiotic relationship 
greatly benefits the hornwort, because cyanobacteria 
are among the few organisms that can fix molecular 
nitrogen (as N>) into nitrogen compounds that are in a 
form useable to plants as nutrients; no plants can pro- 
duce these essential compounds on their own. 


Hornworts derive their name from their sporo- 
phyte, which has the appearance of a tapered horn. 
The sporophyte has a mass of undifferentiated tissue 
called a meristem at its base. The meristem can actively 
grow, so that the sporophyte can continue to increase 
in height, especially if damaged at the top, and can 
reach a height of 0.4-1.6 in (1-4 cm). The sporophyte 
of hornworts possesses stomate-like openings and 
remains photosynthetic for several months. It is, 
therefore, only semi-dependent on the gametophyte 
to which it remains attached. The sporophyte of 
hornworts represents a transitional stage to more highly 
evolved plants such as ferns, in which the sporophyte 
is for the most part independent of the gametophyte. 


Mosses (division Bryophyta) 
Only members of the division Bryophyta are con- 


sidered “true” mosses. Many other plants and some 
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algae are commonly called mosses, because they 
superficially resemble the true mosses, but they are 
not in fact even closely related to them. For example, 
Spanish moss (Tillandia uneoides) is a flowering plant 
in the pineapple family, Irish moss (Chondrus crispus) 
is a red alga that is collected for the extraction of 
carageenan, a starch-like substance used in food prep- 
aration, reindeer moss (Cladina spp.) is a lichen, and 
club mosses (Lycopodium spp.) are advanced plants 
with well developed vascular systems. 


A number of characteristics distinguish mosses 
from other bryophytes. Their gametophytes are 
leafy, whereas those of hornworts and thallose liver- 
worts are not. The leaves of mosses occur in three 
ranks on the stem, but because the stem twists, they 
appear to have radial symmetry, the ability to be 
bisected into identical halves in more than one way. 
In contrast, leafy liverworts, whose leaves are two- 
ranked, only have one set of mirror images (bilateral 
symmetry). Furthermore, leaves of mosses are not 
lobed as in leafy liverworts. The rhizoids of mosses 
are multicellular, compared with single-celled in 
liverworts. 


Mosses are distributed throughout the world, and 
are among the ecosystem dominants in boreal, arctic, 
and alpine environments. Mosses occur in a wide vari- 
ety of habitats. They commonly grow on mineral and 
organic soils, and they can occur on volcanically 
heated soil that may reach temperatures of 131°F 
(55°C), on rocks in Antarctica where the temperature 
during the growing season does not exceed 14°F 
(-10°C), as epiphytes that grow on other plants, espe- 
cially in tropical and subtropical regions, and in fresh- 
water habitats. No mosses are truly marine, although 
some live within the spray zone of coastal habitats. 
The luminous moss Schistoste occurs within caves 
near the entrance where it concentrates the limited 
available light with the curved, lens-like surface of its 
leaves. The dung-loving species of the genus Splachnum 
are among the rarest and most beautiful of mosses. 
Their capsules occur on long, flimsy stalks, and the 
base of each capsule bears a thin, papery, brightly 
colored, umbrella-like structure-yellow in S. luteum 
and red in S. rubrum. The smallest mosses reach only 
0.04-0.8 in (1-2 mm) in height, whereas the largest can 
grow to 20 in (50 cm). In temperate regions, mosses 
grow during cooler, wetter parts of the year, primarily 
during the autumn, mild spells in winter, and in early 
spring. The mosses naturally fall into three distinctive 
groups, taxonomically referred to as classes: Bryidae, 
the true mosses; Sphagnidae, the peat mosses; and 
Andreaeidae, the granite mosses. 
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True mosses 


One of the most distinctive features of true mosses 
involves the development of their gametophytes. 
Spores germinate to produce a characteristic mass of 
algal-like threads, called protonema, which looks like 
a loose ball of wool. Bud-like structures develop later, 
and give rise to the familiar leafy gametophyte. 
Although mosses are considered non-vascular plants, 
many true mosses in fact have a primitive vascular sys- 
tem consisting of a central strand of water-conducting 
cells called hydroids. Some also have specialized cells 
around the column of hydroids called leptoids, which 
function in the transport of carbohydrates, the prod- 
ucts of photosynthesis. The stems of true mosses are 
more-or-less uniformly leafy and erect. Their leaves 
usually have a midrib, and their sporophytes possess 
capsules that are borne on stalks that are made of 
sporophytic tissue. Also, the capsules contain one or 
two rows of toothlike appendages (peristome) over 
the opening of the capsule, which are exposed when 
the lid is shed. This is by far the largest group of 
mosses. 


Peat mosses 


This is a small, but extremely important group of 
mosses, numbering about 350 species. Their stems are 
branched at nodes, with the nodes closely spaced at the 
tips, giving the plants a tufted appearance. Their 
gametophytes develop from the margins of plate-like 
protonema, in contrast to the filamentous protonema 
of true mosses. The leaves of peat mosses lack a mid- 
rib, and the bulk of the leaf mass is composed of large, 
translucent cells that are dead. These hyaline cells 
contain pores, allowing them to readily take up 
water. Some peat mosses can absorb an amount of 
water equal to 26 times their dry weight. Narrower, 
living cells that photosynthesize occur in networks 
between the hyaline cells. The sporophytes of peat 
mosses are distinct in that the stalk on which the 
capsule sits is part of the gametophyte and not the 
sporophyte itself as in the true mosses. The capsule 
also characteristically disperses its spores by a minute 
explosion. At maturity, the globular capsules begin to 
dry so that the middle portion contracts inward. The 
contraction produces great internal pressure on the air 
trapped inside, which eventually increases enough to 
blow off the lid with an audible pop, shooting the 
spores into the air. The capsules lack a peristome. 


Granite mosses 


This is the smallest group of mosses containing 
only about 100 species. Granite mosses are small, 
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dark, tufted plants that grow on exposed rocks in 
alpine and arctic regions. Their leafy gametophytes 
arise from a lobed structure, rather than from a fila- 
mentous protonema. Their sporophytes generally are 
stalks that are derived from the gametophyte, as in the 
peat mosses. Their tiny capsules typically have four 
vertical sutures that split at maturity to release the 
spores. This method of spore dispersal is unique 
among the mosses. 


Importance of mosses 


Mosses are extremely important during the early 
stages of ecological succession. Succession begins with 
the generation of a new environment. This can occur, 
for example, by the formation of sand dunes, the 
exposure of land by deglaciation, or by the radical 
disturbance of a previously vegetated landscape as 
when an area is logged or burned by wildfire. In such 
cases, the ground becomes vegetated by the process of 
succession, during which various different plant com- 
munities dominate the site in turn. Because of their 
ability to reproduce asexually by fragmentation and 
gemmae combined with sexual reproduction, which 
produces enormous numbers of tiny, easily-dispersed 
spores, mosses play a vital role in being among the first 
colonizers of disturbed sites. They stabilize the soil 
surface, thereby reducing erosion, while at the same 
time reducing the evaporation of water, making more 
available for succeeding plants. Mosses are not an 
important source of food for vertebrate herbivores. 
Peat mosses are the dominant plants of extensive 
northern wetland areas, and are largely responsible 
for the development of bogs. 


Most species of mosses are not of any direct eco- 
nomic importance, and none are a food source for 
humans. Peat mosses are economically the most 
important mosses. Peat mosses are an important 
source of fuel in some countries. Peat is abundant in 
northern regions and represents a vast reservoir of 
potential energy. In northern Europe, peat has histor- 
ically been dried, and in some cases compressed into 
briquettes for use in fireplaces and stoves. In Ireland, 
peat is still extensively used for cooking. One great 
advantage of peat as a fuel is that it burns very cleanly. 
About 95% of peat harvested in Ireland is burned to 
generate electricity. Peat is also highly valued as a 
conditioner of inorganic soils. Because it absorbs 
large amounts of water readily, peat improves the 
water-holding capacity of soil. Peat mosses are char- 
acteristically acidic which prevents the growth of most 
bacteria. They have therefore been used by indigenous 
peoples for diapers, and during the World Wars, when 
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KEY TERMS 


Antheridium—A sperm-producing organ consist- 
ing of sperm-producing tissue, surrounded by a 
sterile layer of cells. 

Archegonium—An_ egg-producing organ, often 
flask-shaped, with an outer layer of sterile cells. 
Calyptra—An enlarged and modified archegonium 
that forms a cap around the capsule of the devel- 
oping sporophyte. 

Gametophyte—Individual plant containing only 
one set of chromosomes per cell that produces 
gametes i.e. reproductive cells that must fuse with 
other reproductive cells to produce a new 
individual. 

Sporophyte—The diploid, spore-producing gener- 
ation in a plant’s life cycle. 

Zygote—tThe cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 


bandages were in short supply, peat mosses were a 
commonly used antiseptic dressing for wounds. 


In recent years, mosses have become important in 
monitoring the health of ecosystems, especially in rela- 
tion to atmospheric contamination. Because bryophytes 
lack roots, many of their nutritional requirements are 
met by nutrients deposited from the atmosphere. Thus, 
they are sensitive indicators of atmospheric pollutants. 
Changes in the distributions of mosses (and lichens) are 
therefore an early-warning signal of serious effects of 
atmospheric pollution. 


See also Liverwort; Symbiosis; Wetlands. 


Resources 


BOOKS 


Malcolm, Bill, and Nancy Malcolm. Mosses and Other 
Bryophytes: An Illustrated Glossary. Nelson, New 
Zealand: Micro-Optics Press, 2000. 


Shaw, A. Jonathan, and Bernard Goffinet. Bryophyte 
Biology. Cambridge, U.K.: Cambridge University 
Press, 2000. 


Les C. Cwynar 


Bubble chambers see Particle detectors 


678 


l Bubonic plague 


Bubonic plague is a disease that is typically passed 
from rodents to other animals and humans via the bite 
of a flea. The flea acquires the bacterium that causes 
the disease as it lives on the skin of the rodent. Humans 
can also acquire the disease by direct contact with 
infected tissue. The bacterium is called Yersinia pestis, 
after one of its co-discoverers, Alexandre Yersin. 


The disease is named because of the symptoms. 
The bacterial infection produces a painful swelling of 
the lymph nodes. These are called buboes. Often the 
first swelling is evident in the groin. During the Middle 
Ages, an huge epidemic of bubonic plague was 
referred to as the Black Death, because of the black- 
ening of the skin due to the dried blood that accumu- 
lated under the skin’s surface. 


The bubonic plague has been a significant cause of 
misery and death throughout recorded history. The 
Black Death was only one of many epidemics of 
plague that extend back to the beginning of recorded 
history. Biblical descriptions of some disease outbreaks 
likely involved bubonic plague. The first recorded out- 
break of bubonic plague was in AD 542-543. This 
plague destroyed the attempts of the Roman emperor 
of the day to re-establish a Roman empire in Europe. 
This is only one example of how bubonic plague has 
changed the course of history. 


The plague of London in 1665 killed over 17,000 
people (almost twenty percent of the city’s popula- 
tion). This outbreak was quelled by a huge fire that 
destroyed most of the city. 


The disease remains present to this day. In North 
America, the last large epidemic occurred in Los Angeles 
in 1925. With the advent of the antibiotic era, bubonic 
plague has been controlled in the developed world. 
However, sporadic cases (e.g., 10 to 15 cases each year) 
still occur in the western United States. In less developed 
countries (e.g., in Africa, Bolivia, Peru, Ecuador, Brazil) 
thousands of cases are reported each year. 


The infrequent outbreaks of bubonic plague does 
not mean the disease disappears altogether. Rather, 
the disease normally exists in what is called an enzootic 
state. That is, a few individuals of a certain community 
(e.g., rodents) harbor the disease. Sometimes, how- 
ever, environmental conditions cause the disease to 
spread through the carrier population, causing loss 
of life. As the rodent populations dies, the fleas that 
live on them need to find other food sources. This is 
when the interaction with humans and non-rodent 
animals can occur. Between outbreaks, Yersinia pestis 
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The Plague of 1665. (Mary Evans Picture Library/Photo 
Researchers, Inc.) 


infects rodents without causing much illness. Thus, the 
rodents become a reservoir of the infection. 


Yersinia pestis is an intracellular parasite. In con- 
trast to other kinds of bacteria, it enters cells. The 
bacterium that causes tuberculosis is also an intracel- 
lular parasite, as is the bacterium that causes chlamy- 
dia, a sexually transmitted disease. 


Humans are not the “first choice” of host for 
Yersinia pestis. The Yersinia pestis bacterium infects 
the bloodstream of rats and other wild rodents such as 
squirrels and prairie dogs. Humans become infected 
only through the bite of a flea that has ingested blood 
from an infected rodent. Another route of transmis- 
sion is through person-to-person contact. If a person’s 
lungs are infected with the bacteria, the disease can be 
transmitted easily to another person through a cough 
or a sneeze. This form of transmission is extremely 
quick: cases have been recorded of persons dying 
from the disease within 24 hours of exposure to an 
infected person. 


Symptoms of infection in humans begin within 
days after contamination with the plague bacterium. 
The bacteria enter the bloodstream and travels to 
various organs (e.g., kidney, liver, spleen, lungs) as 
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well as to the brain. In humans, plague can take two 
forms. One form, called the bubonic form, usually 
results from a flea bite and is characterized by a sore 
called a bubo. The bubo is actually the infected lymph 
node that drains the area through which the bacteria 
was introduced by the infected flea. The lymph node 
enlarges and turns black. Other symptoms of this form 
of plague include fever and congestion of the blood 
vessels of the eye. As the disease progresses, the bac- 
teria spread to other parts of the body, resulting in 
septicemia, or widespread infection. The fatality rate 
of the bubonic plague is 15%. 


In another form of plague, called the pneumonic 
form, the bacteria infect the lungs. This form of plague 
can follow the bubonic form, as the bacteria spreads to 
the lungs. Or, a person may simply contract the pneu- 
monic form only, and show no evidence of a bubo. The 
pneumonic form is highly contagious and especially 
virulent: the average length of time from the first 
appearance to symptoms to death is less than two days. 


If the infection is untreated, the death rate in 
humans approaches 75%. Prompt treatment most 
often leads to full recovery and a life-long immunity 
from further infection. Prevention is possible, since a 
vaccine is available. Unfortunately, the vaccine is pro- 
tective for only a few months. Use of the vaccine is 
usually reserved for those who will be at high risk for 
acquiring the bacterial infection (e.g., soldiers, travelers 
to an outbreak region). Antibiotics such as tetracycline 
or sulfonamide are used more commonly as a precau- 
tion for those who might be exposed to the bacterium. 
Such use of antibiotics should be stopped once the risk 
of infection is gone, to avoid the development of resist- 
ance in other bacteria resident in the body. 


These modern day treatment and preventative 
measures are a marked improvement from earlier 
times. In the fourteenth century, treatments included 
bathing in human urine, wearing feces, having a dead 
animal present in the home, and drinking concoctions 
of molten gold and crushed emeralds. As time pro- 
gressed, even though the cause of the disease was still 
unknown, the preventative measures became more 
constructive. By the fifteenth century, for example, 
incoming ships were required to anchor offshore for 
40 days before cargo or people could disembark. 
Quarantine is still practiced today as a protective 
measure for some diseases. 


Another way to prevent plague is to control 
rodent and flea populations in cities. Fleas are easier 
to control than rodents, since most homes can be 
easily decontaminated. Many cities, especially in 
the United States, have instituted rodent-control 
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programs aimed at decreasing the numbers of rodents 
that roam the streets. Since rodents also carry rabies 
and other deadly diseases, controlling their numbers 
makes sense for a variety of reasons. 
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| Buckminsterfullerene 


As recently as 1984, carbon was thought to exist in 
only two solid forms: graphite, in which the carbon 
atoms arranged themselves as layered sheets of hexag- 
onally bonded atoms; and diamond, in which the car- 
bon atoms formed octahedral structures in which each 
carbon atom had four nearest neighbors. 


Then, in 1985, chemists R. E. Smalley, R. F. Curl, 
J. R. Heath, and S. O’Brien at Rice University, and 
H. W. Kroto of the University of Sussex in England 
observed that a hollow truncated icosahedron, similar 
in shape to a soccer ball, and consisting of 60 carbon 
atoms, tends to form spontaneously when carbon 
vapor condenses. In 1990, physicists D. R. Huffman 
and L. Lamb of the University of Arizona, working 
with W. Kratschmer and K. Fostiropoulos of the Max 
Planck Institute in Germany, discovered a way to 
make bulk quantities of this Cgg molecule, which 
investigations using high-resolution electron micro- 
scopes have shown to have sizes of about one-billionth 
of a meter. 


As Co has the same structure as the geodesic dome 
developed by American engineer and philosopher 
R. Buckminster Fuller, these molecules were christened 
buckminsterfullerenes by the group at Rice University. 
The Swiss mathematician Leonhard Euler had proved 
that a geodesic structure must contain 12 pentagons 
to close into a spheroid, although the number of 
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A supercomputer simulation of the atomic structure of a 
molecule of buckminsterfullerene. Carbon molecules appear 
as small spheres; double bonds between them are darker 
than single bonds. (J. Bernholc, et al, North Carolina State 
University. Photo Researchers, Inc.) 


hexagons may vary. Later research by Smalley and 
his colleagues showed that there should exist an entire 
family of these geodesic-dome-shaped carbon clusters. 
Thus, Coo has 20 hexagons; whereas its rugby-ball- 
shaped cousin C7 has 25. Research has since shown 
that laser vaporization of graphite produces clusters of 
carbon atoms whose sizes range from two to thou- 
sands of atoms. These molecules are now known as 
fullerenes. All the even-numbered species between C3 
and Cég9 are hollow fullerenes, but below C3), the 
fullerene cage is too brittle to remain stable. Helical 
microtubules of graphitic carbon have also been found. 


Although many examples are known of five-mem- 
bered carbon rings attached to six-membered rings in 
stable organic compounds (for example, the nucleic acids 
adenine and guanine), only a few occur whose two five- 
membered rings share an edge. The smallest fullerene in 
which the pentagons need not share an edge is Co; the 
next is C79. C72 and all larger fullerenes adopt structures 
in which the five-membered carbon rings are well sepa- 
rated, but the pentagons in these larger fullerenes occupy 
strained positions. This makes the carbon atoms at such 
sites particularly vulnerable to chemical attack. Thus, it 
turns out that the truncated icosahedral structure of Co 
distributes the strain of closure equally, producing a 
molecule of great strength and stability. This molecule 
will, however, react with certain free radicals. 


When compressed to 70% of its initial volume, the 
buckminsterfullerene is expected to become harder 
than diamond. After the pressure has been released, 
the molecule would be expected to take up its original 
volume. Experiments in which these molecules were 
thrown against steel surfaces at about 17,000 mph 
(25,744 km/h) showed them to just bounce back. 
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Fullerenes are, in fact, the only pure, finite form of 
carbon. Diamond and graphite both form infinite net- 
works of carbon atoms. Under normal circumstances, 
when a diamond is cut, the surfaces are instantly cov- 
ered with hydrogen, which tie up the unattached sur- 
face bonds. The same is true of graphite. Because of 
their symmetry, fullerenes need no other atoms to 
satisfy their surface chemical bonding requirements. 


The buckminsterfullerene seems to have an incred- 
ible range of electrical properties. It is currently thought 
that it may alternately exist in insulating, conducting, 
semiconducting, or superconducting forms. 


Fullerenes with metal atoms trapped inside the 
carbon cage have also been studied. These are referred 
to as endohedral metallofullerenes. Reports of ura- 
nium, lanthanum, and yttrium metallofullerenes have 
appeared in the literature. It has been exceptionally 
difficult to isolate pure samples of these shrink- 
wrapped metal atoms, however. 


Production of fullerenes 


For reasons that are not yet fully understood, Ceo 
seems to be the inevitable result of carbon condensing 
slowly at high temperatures. At high temperatures when 
carbon is vaporized, most of the atoms initially coalesce 
into clusters of 2-15 atoms. Small clusters form chains, 
but clusters containing at least 10 atoms commonly 
form monocyclic rings. Although these rings are 
favored at low temperatures, at very high temperatures 
they break open to form linear chains of up to 25 carbon 
atoms. These carbon chains may then link together at 
high temperatures to form graphite sheets, which some- 
how manage to form the geodesic fullerenes. One theory 
has it that the carbon sheets, when heated sufficiently, 
close in on themselves to form fullerenes. 


Kratschmer and his coworkers in Germany man- 
aged to prepare the first concentrated solution of full- 
erenes in 1990 by mixing a few drops of benzene with 
specially prepared carbon soot. Scientists later dem- 
onstrated that fullerenes can be conveniently gener- 
ated by setting up an electric arc between two graphite 
electrodes. In their method, the electrode tips are 
screwed toward each other as fast as the graphite is 
evaporated to maintain a constant gap. The process 
has been found to work best in a helium atmosphere in 
which other gases such as hydrogen and water vapor 
have been eliminated. 


Fullerenes have been reported to occur naturally 
in certain coals, as well as in structures produced by 
lightening known as fulgurites, and in the soot of 
many flames. 
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KEY TERMS 


Electric arc—A discharge of electricity through a 
gas. 


Geodesic dome—A dome constructed of many 
light, straight structural elements in tension, 
arranged in a framework of triangles to reduce 
stress and weight. 


Icosahedron—A 20-sided polyhedron. 


Organic—Containing carbon atoms. Originally, 
the term was used to describe materials of living 
origin. 

Polymer—A substance, usually organic, composed 
of very large molecular chains that consist of recur- 
ring structural units. 


Uses 


Fullerenes have so far failed to realize their antici- 
pated commercial potential. This is partly for reasons 
of cost and partly because it has proven difficult to 
isolate large quantities of sought-after types. At the 
beginning of 1994, fullerenes were actively being 
studied for optical devices, hardening agents for car- 
bides, chemical sensors, gas separation devices, thermal 
insulation, diamonds, batteries, catalysts, hydrogen 
storage media, polymers and polymer additives, and 
medical applications. 


Large-scale applications for fullerenes are not 
expected to be found until manufacturing costs are 
close to those of aluminum (a few dollars per pound). 


See also Platonic solids; Polyhedron. 
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Buckthorn 


| Buckthorn 


Buckthorns are various species of shrubs and 
small trees in the family Rhamnaceae, a mostly trop- 
ical and subtropical family of about 600 species. Most 
of the buckthorns are in the genus Rhamnus. 


Buckthorns have a few economic applications, 
although none of these are very important. A dye 
known as sap green is made from the fruits of the 
European buckthorn (Rhamnus cathartica). Another 
pigment known as Chinese green is made from the 
bark of several Chinese species of buckthorn (Rhamnus 
globosus and R. utilis). A laxative and tonic known as 
cascara is made from the bark of the western buck- 
thorn (R. purshiana) of the United States, and from a 
European species, the alder buckthorn (R. frangula). 
The wood of some buckthorns may also be carved, for 
example, as pipe stems. 


There are a number of native species of buck- 
thorns in North America. The Carolina buckthorn 
(Rhamnus caroliniana) occurs widely in the eastern 
United States. Cascara buckthorn (R. purshiana) 
occurs relatively broadly in forested areas of the 
West Coast. Western species of more restricted distri- 
butions in the southwestern United States include bir- 
chleaf buckthorn (R. betulaefolia) and California 
buckthorn (R. californica). 


The European buckthorn (Rhamnus cathartica) 
and glossy buckthorn (R. frangula) are European spe- 
cies that were introduced to North America through 
horticulture, and have now become invasive weeds in 
some areas. These shrubs can form dense stands that 
exclude native species of shrubs and other plants, and 
that represent severely degraded ecosystems. The 
European buckthorn is also an alternate host of oat 
rust, a fungus that causes an economically important 
disease of oats (Avena sativa). 


Bill Freedman 


| Buckwheat 


Buckwheat, Fagopyrum esculentum, is not really a 
wheat at all—it belongs to the family Polygonaceae, 
and hence is a dicotyledonous plant, not a monocoty- 
ledonous species. However, the starchy seeds of buck- 
wheat are utilized in much the same way as the cereal 
grains of cultivated grasses, such as wheat (Triticum 
aestivum). 
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Buckwheat (Fagopyrum esculentum) flowering. (© John 
Kaprielian, National Audubon Society Collection/Photo 
Researchers, Inc.) 


Buckwheat seeds can be used directly as poultry or 
animal feed. Processed, they can be cooked as porridge 
for humans, or they can be milled to yield a nutritious 
flour that can be made into a variety of foods, such as 
pancakes and biscuits. Technically, the seeds of buck- 
wheat are achenes (simple, dry, one-celled, one-seeded 
fruits), as they are surrounded by dry, brown fruit 
coats, and are slightly winged. 


Fagopyrum esculentum was probably derived from 
the wild species F. cymosum, a perennial species with 
rhizomes (underground storage organs) that occurs 
naturally in China and northern India. Buckwheat 
has been cultivated in China for about 1,500 years, 
and was introduced to Europe (via Germany) in the 
fifteenth century, and arrived in England about AD 1600. 
From Europe it was taken to the American colonies 
and to Africa. The production of buckwheat has been 
declining in countries where it has been popular in the 
recent past, such as the former Soviet Union, France, 
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and the United States, but against this trend, produc- 
tion has increased in Canada since the 1960s. 


Cultivated buckwheat is an annual plant that 
grows well in poor soils, reaching a height of about 
24 inches (60 cm). Another attractive feature to farm- 
ers is the excellent resistance of buckwheat to many 
insect pests and diseases. Possession of such resistance 
is fortunate, since breeding for improvements by con- 
ventional methods has proved to be difficult. 


See also Crops. 


l Buds and budding 


“Bud” refers to three different types of undevel- 
oped forms described in this article. 


Plant buds 


Plant buds, such as the buds of flowers, trees, and 
scrubs, are small, rounded, incompletely developed, 
dormant parts of a plant consisting of cells capable 
of rapid cell division when conditions are right for 
growth. They first appear in the spring when sap starts 
to flow, causing the buds to swell, which makes them 
more noticeable. These buds are first formed by the 
plant in late summer and early fall but remain small 
over the winter. When spring arrives, the structures for 
new shoot and floral growth are already formed and 
are tightly packaged and ready for quick growth when 
days lengthen and temperatures rise. The delicate, 
immature structures of these plant buds are covered 
with tough protective scales formed from modified 
leaves that enable the tender structures to get through 
winter in a dormant, resting state. 


Plant buds can be classified in two ways, either 
according to their location on the plant, or according 
to the type of tiny immature structures that are con- 
tained within the bud. Buds on the tip of stems are 
called terminal buds, those at the sides of stems are 
called lateral buds, while those formed in the angle the 
leaf makes with the plant stem are known as axillary 
buds. When classified according to their internal struc- 
tures, those that contain only the beginning of a flower 
are called flower buds. Those that contain only imma- 
ture leaves are called leaf buds, while those buds con- 
taining both flowers and leaves in the earliest stages of 
development are termed mixed buds. 


Flower buds on herbaceous plants and on woody 
plants are made up of undeveloped and tightly packed 
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A hydra, budding. (© Biophoto Associates/Science Source/ 
Photo Researchers, Inc.) 


groups of cells that are the precursors of the various 
floral parts—petals, stamens, and pistils—with a 
whorl of sepals or outer leaf bracts covering and pro- 
tecting the inner parts of the flower bud. Some small 
buds can produce a surprising amount of growth when 
attached to, and growing out from, a piece of the 
parent plant that is put into suitable soil. People famil- 
iar with growing potatoes by planting small sections of 
potato that contain “eyes” (sunken buds) know that 
the sprouts that grow from these buds will develop 
into whole new potato plants. Because of this remark- 
able ability for vegetative reproduction, these fertile 
pieces of potato are referred to as seed potatoes. The 
little sunken bud (the potato eye) draws its nourish- 
ment to sprout from the stored starchy food contained 
in the piece of parent potato tuber. 


The buds that woody plants such as shrubs, 
woody vines, and trees produce contain miniature 
shoots with a short stem and small, undeveloped, 
tightly packed leaves or immature floral structures 
covered with tough protective, overlapping scales. A 
terminal bud on a woody twig overwinters and grows 
out during the next spring and summer into a whole 
new shoot that extends the length of the twig and may 
also produce flowers. Apple and cherry blossoms are 
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Buffer 


KEY TERMS 


Dormant—lInactive, but still alive. A resting non- 
active state. 


Herbaceous—A plant with the characteristics of an 
herb, it has little or no woody stems. 


Vegetative propagation—A type of asexual repro- 
duction in plants involving production of a new 
plant from the vegetative structures—stem, leaf, or 
root—of the parent plant. 


well known examples of this type of bud growth. 
Growth from a lateral bud will produce either a 
branch, or just a leaf on the side of the twig depending 
upon the nature of the precursor cells that were pack- 
aged in the bud during the previous fall. 


Animal buds 


Buds and budding are also found in the asexual 
reproduction (involving only one parent) of some ani- 
mals, such as the freshwater hydra and species of 
marine colonial jellyfish, where a single parent gives 
rise to one or more new individuals. When a single 
hydra reaches maturity and is well fed, outpocketings 
of the animal’s body wall begin to form a rounded 
growth projecting from the tubelike section or stalk of 
the adult’s body. This growth, called a bud, develops in 
time into a miniature hydra whose body layers and 
inner body cavity, the digestive cavity, are continuous 
with that of the parent individual. Food captured and 
gathered in by the adult parent also supports the 
growth of the bud. Early in this budding process tiny 
tentacles appear on the free end of the hydra bud. It is 
not unusual to find two or more buds on an adult hydra 
in different stages of growth and development. An 
adult hydra may have its body and tentacles fully 
extended while its bud may have its whole form con- 
tracted into a rounded mass. Conversely the bud may 
be stretched out, while the adult is contracted. The bud 
will, however, sometimes contract soon after the adult 
contracts as the nerve net in the mesoglea (middle jelly 
layer) of the two individuals is continuous. When a 
newly budded hydra offspring is fully formed and suf- 
ficiently developed to take up an independent existence, 
the base of the new hydra seals off and thus allows the 
new individual to break off from the parent hydra. 


Buds and budding also refers to the extensions of 
microscopic yeast cells and some types of bacterial 
cells produced during asexual reproduction, forming 


684 


the beginning of daughter cells. The taste buds of the 
mammalian tongue, are so called because of their 
small size and bud-like shapes, but bear no relation- 
ship to the buds of plants and animals discussed 
above. 


Resources 


BOOKS 

Campbell, N., J. Reece, and L. Mitchell. Biology. Sth ed. 
Menlo Park: Benjamin Cummings, Inc. 2000. 

Raven, Peter, R.F. Evert, and Susan Eichhorn. Biology of 
Plants. 6th ed. New York: Worth Publishers Inc., 1998. 


Julia M. Van Denack 


| Buffer 


A buffer is a solution that resists changes in pH 
upon the addition of acid or base. 


Normally, the addition of acid to a solution will 
lower its pH and the addition of a base will raise its 
pH. If the solution is a buffer, however, its pH will be 
changed less than would be expected from the 
amounts of acid or base that are added. 


Blood and many other bodily fluids are naturally 
buffered to resist changes in pH. Buffers are of great 
importance in living systems. Both the rates of bio- 
chemical reactions and their equilibrium constants are 
very sensitive to the availability of hydronium ions. 
Many biochemical reactions involved in vital processes 
like metabolism, respiration, the transmission of nerve 
impulses, and muscle contraction and relaxation take 
place within a narrow pH range. Le Chatelier’s princi- 
ple and the same types of chemical reactions that apply 
for the acetic acid-acetate buffer system govern the 
behavior of the physiological buffers. 


An important buffer in the blood consists of bicar- 
bonate ion and dissolved carbon dioxide in the form of 
carbonic acid. These two species constitute the conju- 
gate acid-base pair of the buffering system. The pH of 
the blood can be altered by the ingestion of acidic or 
basic substances, and the carbonate/bicarbonate buf- 
fer system compensates for such additions and main- 
tains the pH within the required range. This buffering 
system is intimately tied to respiration, and an excep- 
tional feature of pH control by this system is the role of 
ordinary breathing in maintaining the pH. 


Carbon dioxide is a normal product of metabo- 
lism. It is transported to the lungs, where it is eliminated 
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from the body by exhalation. However, carbon diox- 
ide in water—which is essentially equivalent to carbon 
dioxide in blood—hydrolyses to form carbonic acid, 
which dissociates to produce the hydrogen carbonate 
ion and the hydronium ion. 


O,(aq) + H,O(1)> “HzCO 3” (aq) H20* (aq) 
+ HCO, (aq) 


If a chemical reaction or the ingestion of an acid 
increases the hydronium ion concentration in the 
blood, bicarbonate ions react with the added hydro- 
nium ions and are transformed into carbonic acid, 
which means that the concentration of dissolved car- 
bon dioxide in the blood increases. Respiration 
increases, and more carbon dioxide is expelled from 
the lungs. In the terminology of Le Chatelier’s princi- 
ple, the conjugate acid-base equilibrium is stressed by 
the addition of acid. In response to that stress, the 
conjugate base reacts with the hydronium ion, produc- 
ing more carbon dioxide, which is removed from the 
system by increasing respiration. 


Ifa base is ingested, the hydronium ion reacts with 
it and causes a decrease in the concentration of hydro- 
nium ions. The equilibrium compensates for this 
change by shifting to the right, so that more carbonic 
acid dissociates to restore the hydronium ions con- 
sumed by the base. This requires more carbon dioxide 
to be dissolved in the blood, so respiration is decreased 
and more gas retained. In the language of Le 
Chatelier, the base reacts with the hydronium ion, 
stressing the equilibrium for its production to the left 
to restore balance. More carbonic acid dissociates to 
compensate for the hydronium ion consumed; in turn, 
respiration decreases so more CO), is retained in the 
lungs to restore the carbonic acid concentration. 


Because the pH of the blood is in large part under 
respiratory control, simple alterations in normal breath- 
ing can change the pH of the blood. The state of respi- 
ratory acidosis arises as a result of hypoventilation. 
Slow, shallow breathing causes more CO; to be retained 
in the lungs, which in turn causes more CO, to be 
dissolved in water in lungs and blood, more carbonic 
acid to be formed, and the concentration of bicarbonate 
and hydronium ion in the blood to rise. All equilibria 
involved are stressed toward the production of more 
hydronium ion; hence, the pH drops. Some drugs are 
alkaline, and one of the clinical signs of alkaline drug 
overdose is hypoventilation. Hyperventilation induces 
the opposite situation. Increased expulsion of CO, 
from the lungs causes the equilibrium to be stressed to 
the left, consuming hydronium ion and resulting in a pH 
more basic than the normal 7.4. 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH,) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 


Dissociate—To break up into ions. Various com- 
pounds dissociate to various degrees when dis- 
solved in water. 


Electrolyte—The chemical solution in which an 
electric current is carried by the movement and 
discharge of ions. 


LeChatelier’s principle—When a stress is applied 
to a system in equilibrium, the system shifts its 
balance (its amounts of reactants and products) in 
whichever direction partially relieves the stress. 


pH—A measure of the acidity of a solution that is, 
of the concentration of H* ions in the solution. The 
PH is the logarithm of the molarity of H* ions, with 
the sign changed. 


Weak acid (base)—An acid (base) that dissociates 
less than 100% into H* (OH) ions when dissolved 
in water. An acid (base) that is a weak electrolyte. 


In the kidneys, the buffer system is more compli- 
cated and involves the dihydrogen phosphate/monohy- 
drogen phosphate system in addition to the bicarbonate 
buffer of blood. If acidity increases, the hydrogen phos- 
phate ion acts as a base and accepts the added protons, 
thereby forming more dihydrogen phosphate. If a base 
consumes the hydronium ions, the dihydrogen phos- 
phate dissociates to restore the hydronium ion concen- 
tration, thereby forming more hydrogen phosphate. In 
either case, the added acid or base is consumed by its 
reaction with the appropriate component of the buffer 
and the pH does not change much. 


To act as a good buffer, a solution must maintain a 
nearly constant pH when either acid or base is added. 
Two factors must be considered when a buffer is pre- 
pared. First, what pH must be maintained? The desired 
PH defines the range of the buffer. Second, how much 
acid or base does the solution need to consume without 
a significant change in pH? This defines the capacity of 
the buffer. The desired pH also determines the conju- 
gate acid-base pair used in making up the buffer. The 
quantity of acid or base the buffer must be able to 
consume determines the concentrations of the buffers 
components that must be used. 
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One of the most important applications of the 
acid-base properties of salts is the formation of buffer 
solutions. The pH of a buffer solution changes to a 
relatively small extent when acid or base is added to it. 
A solution containing a weak acid and the anion that is 
its conjugate base or a solution containing a weak base 
and the cation that is its conjugate acid acts as a buffer. 
Two crucial properties of a buffer are its range, the 
portion of the pH scale over which a particular buffer 
is effective, and its capacity, the amount of acid or base 
that can be added without causing a large change in 
pH. Buffers in living systems maintain the pH in a 
range that prevents denaturation (destruction and 
decomposition) of proteins and degradation of other 
pH-sensitive biomolecules and which allows biological 
reactions to take place consistently. 
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l Building design/architecture 


Architects design buildings, but architecture is 
more than just building design and more than just art 
on a massive scale. Architecture is about light and 
space. It is about stimulating emotions in the people 
who see and inhabit the structure. Architecture creates 
an environment, whether it is the uplifted spirituality 
of the Chartres Cathedral, the drama and anticipation 
of the Schauspielhaus auditorium, or tranquil serenity 
of Frank Lloyd Wright’s (1867-1959) Fallingwater. It 
is experiential. When you approach or enter a building 
you move through the space, the scale changes, the 
proportions shift around you. This is what makes 
architecture glorious; the way it manipulates light. 


Structure is fundamental to architecture. For a 
design to move from the mind of the architect to reality, 
there must be a method of building it. The development 
of structural forms has thus been a driving force in 
architecture, every bit as much as changes in social 
order and historical events. Through history there 
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have been relatively quiet periods of stylistic develop- 
ment, interspersed with almost muscular leaps of struc- 
tural innovation such as the Roman period, the Gothic 
period or the Industrial Revolution. 


Prehistory 


The architecture of prehistory is largely one of 
tombs and temples, though mudbrick Neolithic settle- 
ments have been discovered. Houses in these settle- 
ments were one-story, rectangular structures with a 
hole in the roof that served as both chimney and entry. 
The doorway, with its horizontal lintel and vertical 
posts, was developed somewhat later and constitutes 
the first significant leap forward in architecture, mak- 
ing all future styles possible. The architectural 
term for post-and-lintel construction is trabeation. 
Trabeated passages, some involving enormous stones, 
were built into huge mounds of earth to form burial 
tombs called barrows. 


The thought of the ancient Egyptians immediately 
brings the image of the pyramids to mind, but archi- 
tecturally speaking, the advances they made with 
materials and design were far more important. The 
Egyptians built structures as we know them, with 
walls, trabeated doorways, and small window open- 
ings. They eventually developed the freestanding col- 
umn, which allowed them to build enormous halls 
with trabeated roofs, structures that essentially con- 
sisted of parallel rows of post-and-lintel constructions. 


The emphasis of ancient Egyptian architecture 
was on mass rather than space, typified by the 
Hypostyle hall where some of the columns are 11 or 
12 feet (3.5-4 m) in diameter. The structural strength of 
the lintel in a trabeated roof limits the expanse of open 
space that can be spanned by this method. When the 
lintel is too long, the load carried by the stone is 
greater than its strength, and it fails. Thus, the open 
space in Egyptian halls was very limited, though the 
ceilings soared to heights of almost 70 feet (21 m) and 
the actual halls were hundreds of feet wide. 


The Egyptians were the first structural designers 
with an identifiable visual style. Their temples and 
tombs had such a strong identity and coherence that 
architects still echo their designs in modern structures. 
They drew some of their inspiration from nature, carv- 
ing columns to look like palms, or plants crowned with 
papyrus or lotus blossoms. Structures were also 
designed to elicit emotions in the viewers, such as the 
temples interiors that progressed from the bright, rel- 
atively open spaces allowed to the public, to the dim, 
confined spaces of the inner sanctum, accessible only 
to the priests and rulers. Both the use of nature in 
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architectural decoration and the use of design to con- 
trol emotion were themes that would be repeated over 
and over in coming centuries. 


The architecture of the Near Eastern civilizations 
that coexisted with the Egyptians evolved distinct 
identities. The Sumerians, for example, had little 
access to stone. Their available building material was 
mudbrick, a structurally weak material that could not 
produce the lintels required for trabeated roofing. To 
solve the problem of roofing, the Sumerians are 
believed to have developed the curved arch and tunnel 
vault to enclose narrow interior spaces. The ancient 
Persians had access to a variety of building materials, 
and they were influenced by the architecture of the 
Egyptians, the Greeks, and the other civilizations 
that inhabited their enormous empire. With such rich 
source material, they were able to develop a unique, 
fanciful architectural style, and structurally refine the 
approach of the ancient Egyptians. In the royal audi- 
ence hall in Persopolis, the ancient capital, the pillars 
were half the diameter of the Egyptian columns, with a 
significantly wider spacing than the Egyptian version. 
The ceiling was still trabeated, but the effect is of a 
much lighter, much more open space. 


Classical architecture 
The Greeks 


Ancient Greek architecture was a miracle of style, 
balance, and harmony, with a powerful simplicity 
whose influence persists in architecture to this day. It 
is distinctive and immediately recognizable, a graceful 
massing that creates a sense of dignity, wisdom, and 
timelessness. The Greeks believed in human intellect 
and rational thought, in community, and the achieve- 
ments of the living, rather than the cult of death fea- 
tured in earlier civilizations. Accordingly, their 
architectural focus was on public buildings: temples, 
theaters, civic structures. They were the pioneers of 
city planning. 


Greek society was built upon democracy, stressing 
the involvement of the individual in government and 
culture. This was reflected in their architecture. 
Structures were rarely aligned with one another but 
were instead set at angles to enhance the individuality 
of the structures and draw the viewer into participat- 
ing in the process. The viewer’s viewpoint was not 
strictly regimented, as we will see in later eras, but 
instead allowed to form naturally. 


The elements of classical Greek structures are 
simple and few, yet carefully organized to create an 
overall effect. The primary structural form was 
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trabeation—stone columns supporting lintels. There 
were three styles, or orders, of Greek architecture: the 
Doric, the Ionic—distinct styles that originated in 
different parts of the country, and the Corinthian, 
which is essentially a spin off of the Ionic order. The 
structural elements, proportions, and composition of 
a building were defined by its order. Doric structures, 
in particular, followed a rigidly prescribed design, 
evolving toward the ideal Doric form expressed in 
the Parthenon. Symmetry of proportion runs through 
the structures, with set ratios of building length to 
width, and column height, diameter, and spacing. 
The Ionic style was less rigidly defined than the 
Doric, though proportion was still important, and 
the Corinthian order differed from the Ionic only in 
column design. In fact, the names of the orders are 
most often associated with the capitals or decorative 
tops of the columns used in the buildings. Doric col- 
umns are simple angled tops, Ionic columns are deli- 
cate scrolls, and Corinthian columns are crowned with 
a delicate, leafy capital. 


The Romans 


Roman philosophy and engineering fundamen- 
tally changed the way people thought about architec- 
ture. The Romans took previously invented structural 
elements, such as the arch and vault, to the limits of 
their potential. The Greeks, for example, dabbled with 
concrete and in later periods occasionally used arches, 
but only as freestanding decorative elements. In the 
hands of the Romans, these same two concepts were 
used to build the Colosseum. 


The development of the rounded arch was critical 
to Roman architecture. In our earlier discussion of 
trabeation, we pointed out the lintel as the weak ele- 
ment of the structure. The tensile strength of the lintel 
limits the size of the opening and the load that can be 
carried, because the load on the lintel is only supported 
at the ends. In the nonsupported portion of the lintel, 
the lines of force are aimed through the lintel to the 
ground. In an arch, on the other hand, the lines of 
force from the load are directed through the curve of 
the arch to the supporting piers, and from there to the 
ground. The supporting pier strength is limited by the 
compressive strength of the stone, which is far greater 
than its tensile strength. Moreover, the form of the 
arch and arch elements is such that the structure 
actually becomes stronger with a uniform load placed 
on top of it. 


Rounded arches can be placed in a row to make a 
barrel vault, which means that a significant amount of 
space can be roofed over. The Romans developed a 
number of variations on the barrel vault, changing the 
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way that space could be enclosed. The disadvantage of 
the barrel vault is that it requires continuous support 
along the sides, limiting the number of window open- 
ings permitted in the sidewalls. One answer to this was 
the groin vault, a structure consisting of two intersect- 
ing barrel vaults. Whereas the weight and force of the 
barrel vault is carried all along the line of the support- 
ing wall, the groin vault concentrates weight and force 
in the corners of the structure, permitting a more open 
space and windows. The hemispherical dome, which 
can be thought of as an arch in three dimensions, was 
another variation on roofing. This form appears time 
and time again in Roman architecture, most notably 
in the Pantheon. 


Another important Roman development was that 
of improved concrete. For several centuries, a concrete 
made of lime, sand, and water had been used sporadi- 
cally by various builders. The Romans added a vol- 
canic ash called pozzolana to their concrete, obtaining 
a stronger mortar that had the added advantage of 
setting up in water, allowing underwater construction. 
The Romans mixed this concrete with gravel or chips 
of stone and molded it into blocks or even arches and 
vaults, simplifying construction methods. 


The Romans considered architecture differently 
than the Greeks, who emphasized structure and 
form; the Romans emphasized space. Whereas Greek 
architecture was exterior, focused on the outside, on 
creating an experience for the viewer, Roman archi- 
tecture was interior, based on the idea of creating an 
environment for the inhabitants. The Romans were 
more pragmatic than spiritual. Rather than focusing 
on temples, they built sumptuous bathhouses, thea- 
ters, and other public spaces. Great administrators, 
they created the basilica to house government offices. 
The interiors of their buildings focused on space, on 
creating spaces to serve man, spaces that were emo- 
tionally and functionally pleasing. The Romans were 
also sophisticated urban planners, designing free form 
civic centers, or forums, and rigidly styled castrum, a 
combination military outpost/colonial settlement in 
newly conquered territory. 


Byzantine 


After the fall of the western Roman Empire, the 
creative focus of architecture moved to Constantinople, 
located at the site of the Hellenic city of Byzantium. 
Most of the surviving structures from this period are 
churches. Rather than the long, axial floor plan char- 
acteristic of Roman barrel vaulted structures, Byzantine 
designs tended toward a centralized, vertically focused 
structure crowned with a dome that flooded the interior 
with light. Light, form, and structure in these churches 
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were orchestrated to express the spiritual ideas of the 
new Christian religion, to exalt the worshippers. 


Byzantine churches achieved the floating effect 
of the central dome by the use of pendentives and 
pendentive domes. A hemispherical dome requires a 
circular base to support it fully, like that on the 
Pantheon. Interior spaces, however, tend to be square. 
Ancient architects wishing to top a noncircular space 
by a spherical dome added diagonal elements across 
the corners, called squinches, which helped support 
the structure. The Romans developed a more sophis- 
ticated method of support called the pendentive, a 
spherical, inverted triangle that rises from its point 
and curves downward. It is essentially a section of a 
domed surface and as such can be constructed to fully 
support a hemispherical dome. More important than 
the full support, though, is the nature of that support. 
The structural support of a dome on a cylinder or on 
squinches is visually dense, giving a sense of massing 
and of enclosure. A dome on pendentives appears to 
rise from only four points, giving the impression of 
floating overhead, adding to the otherworldly effect of 
the church interior. 


The spiritual effect of the floating domes was 
enhanced by the use of light and ornamentation. 
Hagia Sophia, the most spectacular of the Byzantine 
churches, is flooded with light from a multitude of wall 
openings. A row of windows around the base of the 
dome adds to the impression of a magically hovering 
surface, as do the additional half-domes and colon- 
nades in the lower levels. To look up from the floor of 
the building is to look into a gleaming, billowing sur- 
face that appears to follow no known rules of struc- 
ture, generating an exaltation of religion in its 
intensity. 


Medieval architecture—Romanesque and 
Gothic 


In the medieval period, European architects were 
profoundly influenced by the Roman structures dot- 
ting the countryside. A style known as Romanesque 
emerged, featuring the Roman hallmarks of rounded 
arches and barrel vaults. Because barrel vaults must be 
supported continuously along the sides, these struc- 
tures had few windows. The focus was on an almost 
claustrophobic massing: thick walls, small windows, 
heavy, ponderous piers. 


The lines of force in an arch are designed to run 
down into the supporting column or piers. When the 
load is too extreme, as in the case of the large vaults of 
the Romanesque cathedrals, the lines of force are 
shifted laterally, with the result that the base of the 
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arch tends to push outward from its supporting col- 
umn. To prevent this, the Romanesque designers 
added buttresses, massive piers of masonry built 
against the walls at critical points to resist the lateral 
stress. Structurally it was effective, but it only added to 
the oppressive feel of the buildings. 


Romanesque was primarily an adaptation of 
existing ideas, but the Gothic period was one of pro- 
found innovation. Elements were developed that 
allowed interior space to be approached in a way it 
had not been before. In contrast to the heavy inertness 
of the Romanesque structures, the Gothic cathedrals 
were open and buoyant, with a dynamic use of space. 
If Byzantine churches like Hagia Sophia gave an 
impression of the otherworldly, to the medieval peas- 
ant unused to any but the smallest interior spaces, the 
soaring lines of the Gothic cathedrals with their bril- 
liantly colored walls of glass and traceries of stone 
must have felt like heaven. 


The rounded arch is a powerful structural element 
but it has its limitations. Force applied to the rounded 
arch is carried along the full arc and driven into the 
supports of the arch. When the applied load is too 
high, however, the lines of force move outside of the 
structure of the arch; in such a case, the arch fails. The 
arch developed by the Gothic cathedral builders was 
pointed, rather than rounded. Its lines described a 
catenary arc rather than a hemisphere, keeping the 
lines of force within the structure of the arch so that 
the load applied to the arch was deflected straight 
down through the arch supports to the ground. The 
Gothic arch is more stable and can be thinner than the 
same size rounded arch. This allowed the Cathedral 
designers to build larger, lighter-looking structures. 


A second important development of the Gothic 
period was the rib vault. Romanesque naves were 
roofed with barrel vaults, essentially a line of rounded 
arches. Load applied to the vault was carried all along 
the wall holding up the arch. This limited the number 
of openings possible in the wall, leading to the claus- 
trophobically small and infrequent windows of the 
Romanesque churches. Groin vaults made from the 
intersection of two barrel vaults permitted a somewhat 
wider open space, but again the load on the vault was 
carried by the arches. Groin vaults carried the load in 
the corners, allowing more openings in the walls, but 
they were difficult to build and could only span a 
square area. The rib vault represented a new concept 
in structure. 


The rib vault consists of six arches: the arches on 
each side and a pair of transverse arches. The roofing 
of the vault is just a thin, relatively lightweight layer of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


stone webbed over this supporting structure. Load is 
minimized and carried at the corners of the vault. 
Construction is dramatically simplified. Design of 
the rib vault is facilitated by the pointed arch, which 
allows the vault to be any variety of rectangle, as 
opposed to the square vault dictated by use of rounded 
arches. The development of the rib vault allowed the 
cathedral architects to roof over enormous spaces. 
Because the vaults carried the load to the corners of 
the vault, the need for massive load-bearing walls was 
gone. The Gothic builders were able to open enormous 
holes in the walls without compromising the structure, 
and the Cathedrals became traceries of stone filled 
with stained glass. 


The third major development of Gothic architec- 
ture was the flying buttress. Romanesque churches 
used massive piers to support their sidewalls, the iner- 
tial bulk resisting the side forces created by the load of 
the ceiling. The flying buttress is a half-arch that con- 
nects to a massive pier. It allowed the Gothic architects 
to apply resistive force to the ceiling loads at the point 
needed, rather than simply building huge piers and 
hoping they would not fail. The flying buttresses 
allowed the Cathedrals to soar to heights well over 
100 feet (30 m). Moreover, they lightened the feel of 
the cathedral exteriors, making them appear like lace- 
work, fragile and airy. 


The Renaissance and the Baroque 


Renaissance architecture was a response to the 
ornamentation of the Gothic period and an homage 
to the new values of symmetry, balance, logic, and 
order. Man was once again exerting control over his 
environment, and the structures of this time reflected 
the dedication to mathematical forms and the ordering 
of space. The innovations of Renaissance architecture 
are less structural than paradigmatical. Leon Battista 
Alberti (1404-1472) codified what was known of archi- 
tecture, emphasizing the theoretical aspects, turning it 
from a trade into a profession. More importantly, he 
developed perspective drawing techniques that 
allowed architects to draw accurate architectural ren- 
derings, techniques that are still used today. 


Like the Renaissance, the Baroque period was 
marked by design rather than structural innovation. 
In response to the bareness of Renaissance architecture, 
Baroque buildings were lavishly decorated. Rather than 
have form follow function, designers of this period 
approached architecture as theater, emphasizing effects, 
interpretations, and movement. The Spanish Steps in 
Rome, for instance, were designed to mimic the move- 
ments of a popular dance of the time, with sidewalls 
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that moved in, moved out, met, separated, and met 
again. Design elements became more emotional and 
dynamic, with a focus on energy versus balance. At 
the same time, underlying the ornateness of the 
Baroque was the logic of Renaissance design. 


One notable aspect of Baroque architecture was 
its use of controlled viewing to emphasize a building. 
The approach to St. Peter’s in Rome is a classic exam- 
ple: It was carefully orchestrated, beginning some 
blocks away with the Ponte Sant’ Angelo, progressing 
through a tangle of narrow streets that heighten antici- 
pation by providing only glimpses of St. Peter’s. 
Finally, the pilgrim emerged into an enormous oval 
piazza that permitted a clear view of St. Peter’s for the 
first time, framed by the curved colonnade. The 
sequence was designed to enhance the religious expe- 
rience of St. Peter’s by intensifying the emotions— 
creating a sense of anticipation and delayed gratifica- 
tion—felt during the approach. 


The Industrial Revolution—new materials 


After the Baroque faded slowly away, eighteenth- 
century architecture consisted primarily of revivals of 
previous periods. This time was to be the calm before 
the storm, for the approaching Industrial Revolution 
was to change everything about the world as it was 
then, including architecture. Previously, building 
materials had been restricted to a few man-made mate- 
rials along with those available in nature: timber, 
stone, lime mortar, and concrete. Metals were not 
available in sufficient quantity or consistent enough 
quality to be used as anything more than ornamenta- 
tion. Structure was limited by the capabilities of natu- 
ral materials. The Industrial Revolution changed this 
situation dramatically. 


In 1800, the worldwide production of iron was 
825,000 tons. By 1900, with the Industrial Revolution 
in full swing, worldwide production stood at 40 million 
tons, almost fifty times as much. Iron was available in 
three forms. The least processed form, cast iron, was 
brittle, due to a high percentage of impurities. It still 
displayed impressive compressive strength, however. 
Wrought iron was more refined and malleable, though 
with low tensile strength. Steel was the strongest, most 
versatile form of iron. Through a conversion process, 
all of the impurities were burned out of the iron ore, 
then precise amounts of carbon were added for hard- 
ness. Steel had tensile and compressive strength greater 
than any material previously available, and its capabil- 
ities would revolutionize architecture. 


This change did not happen over night. Prior to 
the introduction of bulk iron, architecture relied on 
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compressive strength to hold buildings up. Even 
great structures like the Chartres Cathedral or the 
Parthenon were essentially orderly piles of stone. 
Architects were accustomed to thinking of certain 
ways of creating structure, and though they glimpsed 
some of the possibilities of the new materials, the first 
applications were made using the old ideas. 


The explosion in the development of iron and steel 
structures was driven initially by the advance of the 
railroads. Bridges were required to span gorges and 
rivers. In 1779, the first iron bridge was built across the 
Severn River in Coalbrookdale, England. It was not 
an iron bridge as we might conceive of it today, but 
rather a traditional arch made of iron instead of stone. 
The compressive strength of limestone is 20 tons per 
square foot. The compressive strength of cast iron is 10 
tons per square inch, 72 times as high, permitting 
significantly larger spans. Later, the truss, long used 
in timber roofs, became the primary element of bridge 
building. A triangle is the strongest structural element 
known, and applied force only makes it more stable. 
When a diagonal is added to a square, the form can be 
viewed as two triangles sharing a side, the fundamen- 
tal element of a truss. Trusses were used to build 
bridges of unprecedented strength throughout the 
nineteenth century, including cantilever bridges con- 
sisting of truss complexes balanced on supporting 
piers. A third, more attractive type of steel bridge 
was the suspension bridge, in which the roadway is 
hung from steel cables strung from supporting towers 
in giant catenary arcs. 


As with bridges, some of the first structural 
advances using steel were prompted by the railroads. 
Trains required bridges and rails to get them where 
they were going, but once there, they required a depot 
and storage sheds. These sheds had to be of an unpre- 
cedented scale, large enough to enclose several tracks 
and high enough to allow smoke and fumes to dissi- 
pate. Trusses spanned the open area of the tracks, 
creating a steel skeleton hung with steel-framed glass 
panes. The structures were extraordinarily light and 
open. Some of the sheds were huge, such as St. Pancras 
Station, London, England. To the people of the nine- 
teenth century these sheds were breathtaking, the larg- 
est contiguous enclosed space the world had ever seen. 


At this point the capabilities of iron and steel had 
been proven and it was natural to extend the idea to 
another utilitarian application—factories. The first 
iron frame factory was built in 1796-1797 in 
Shrewsbury, England, followed rapidly by a seven- 
story cotton mill with cast-iron columns and ceiling 
beams. Wrought-iron beams were developed in 1850, a 
significant advance over brittle cast-iron versions. 
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KEY TERMS 


Barrel vault—A vault made of a series of rounded 
arches. 


Buttress—A strong stone pier built against a wall to 
give additional strength. (Flying buttresses extend 
quite far out from the wall.) A buttress must be 
bonded to the wall. 


Curtain wall—A non-load-bearing facade that is 
supported by the steel frame of the building. 


Flying buttress—A buttress incorporating arches that 
applies force at the arch/column interface. 


Groin vault—A vault made of the intersection of two 
barrel vaults. 


Nave—The long central portion of a church or 
Cathedral. 


Pendentive—An inverted concave masonry triangle 
used to support a hemispherical dome. 


The new materials were not just used as skeletal 
elements. In the 1850s, 1860s, and 1870s, cast iron was 
used as a facade treatment, especially in the Soho dis- 
trict of New York City. Buildings such as the Milan 
Galleria, an indoor shopping area, and the Bibliotheque 
Nationale in Paris used iron as an internal structural 
and decorative element. In 1851, the Crystal Palace was 
built for the London Exposition, truly the Chartres 
Cathedral of its time. In 1889, Gustav Eiffel built the 
Eiffel Tower for the Exposition Universelle in Paris, 
initially a target of harsh criticism and now the symbol 
of Paris. 


The Industrial Revolution provided more than 
just ferrous building materials. A stronger, more dura- 
ble and fire-resistant type of cement called Portland 
Cement was developed in 1824. The new material was 
still limited by low tensile strength, however, and 
could not be used in many structural applications. By 
a stroke of good fortune, the thermal expansion prop- 
erties of the new cement were almost identical to those 
of iron and steel. In a creative leap, nineteenth-century 
builders came up with the idea of reinforced concrete. 
Though expensive, iron and steel had high tensile 
strength and could be easily formed into long, thin 
bars. Enclosed in cheap, easily formed concrete, 
the bars were protected from fire and weather. The 
result was a strong, economical, easily produced struc- 
tural member that could take almost any form imag- 
inable, including columns, beams, arches, vaults, and 
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Piazza—lttalian for plaza or square. 


Pier—A vertical support element, usually extremely 
massive. 


Post and lintel—A structural form consisting of a 
horizontal element (lintel) resting on two support 
posts. Also called trabeation. 


Squinch—Diagonal elements crossing the corners of 
a rectangular room to supply additional support for a 
dome. 


Trabeation—A structural form consisting of a hori- 
zontal element (lintel) resting on two support posts. 
Also called post and lintel construction. 


Truss—A very light, yet extremely strong structural 
form consisting of triangular elements, usually made 
of iron, steel, or wood. 


Vault—A roof made using various types of arches. 


decorative elements. It is still one of the most common 
building materials used today. 


The modern era 


In the mid-nineteenth century, French architect 
Eugéne-Emmanuel Viollet-le-Duc published a series 
of tracts on architecture. He decried the fact that with 
the notable exception of engineers like Eiffel, new 
structures were being built with old methods. In the 
face of the new material, architects had either substi- 
tuted the new material for the old (the Coalbrookdale 
Bridge), or adapted old methods to the new material 
(the truss). What architecture needed, according to 
Viollet, was to uncover new methods that tapped the 
potential of the new materials. 


Some of the most significant advances in architec- 
ture at this point were made by a group of architects 
collectively known as the Chicago School, developers 
of the modern skyscraper, which was developed in 
response to the rising price of city land. To maximize 
use of ground space, it was necessary to construct 
buildings sixteen or more stories tall. Initial attempts 
included iron-frame construction with heavy masonry 
walls requiring massive, space-consuming piers. This 
was an extension of the traditional methods in which 
the exterior walls of a building added structural sup- 
port, unnecessary in the face of iron/steel framing. The 
approach was merely an adaptation at a time when a 
completely new approach was needed. 
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The solution, developed in Chicago, was to sepa- 
rate the load-bearing frame of the building from a 
nonstructural fagade. The fagade became a curtain 
wall that was supported by the steel frame, story by 
story. Because the fagade material on a given story 
supported only itself, it could be very light and thin. 
The further evolution of this approach by architects of 
the Chicago School led to the modern skyscraper, with 
its fireproof steel frame, curtain wall facade, and inter- 
nal wind bracing. 


Much of the architecture of the twentieth century 
has been a process of refinement, of learning to work 
with the multitude of new materials and techniques 
presented by the Industrial Revolution. Various 
movements, such as art nouveau, art deco, modern- 
ism, and postmodernism have all been about design 
and ornamentation rather than major structural inno- 
vation. Certainly, architects during this period have 
explored the possibilities of the new materials and 
construction techniques. Most recently, however, 
architecture has been working through a revival 
period in which old styles are being reinterpreted, 
similar to the eighteenth century. Perhaps, like the 
eighteenth century, we are poised at the start of a 
new period of innovation. 


This entry is only a brief discussion of the role of 
technical advances in the history of architecture. It is by 
no means a thorough discussion of architecture itself. 
Technology permits architecture, but architecture is 
not about technology. Architecture can perhaps best 
be expressed in the words of Le Corbusier, one of the 
most influential architects of the twentieth century: 
“You employ stone, wood, concrete, and with these 
materials you build houses and palaces. This is con- 
struction. Ingenuity is at work. But suddenly you touch 
my heart, you do me good, I am happy and I say “This 
is beautiful.’ That is Architecture. Art enters in.” 


See also Brick; Cranes; Stone and masonry. 
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Kristin Lewotsky 


| Bulbuls 


Bulbuls are about 120 species of medium-sized, 
perching birds, distributed among 15 genera, and 
making up the family Pycnonotidae. The most diverse 
genus is Pycnonotus, with about 50 species. Bulbuls are 
mostly tropical and subtropical birds, occurring in 
Africa, Asia, and Southeast Asia. Some relatively 
northern species are migratory, but most species of 
bulbuls are local birds. 


Bulbuls have rather short, rounded wings, a long 
tail, small, relatively delicate legs and feet, a small, 
slender bill, and prominent bristles about the base of 
the top mandible (these are known as rictal bristles). 
The body size of bulbuls ranges from 6-11 in (15-28 cm). 


The coloration of bulbul species is commonly 
black or gray, often with reddish markings, and some- 
times with a distinctive crest on the top of the head. 
Male and female birds look very similar, as do juvenile 
birds, although their coloration is more subdued than 
that of adults. 


Bulbuls build a cup-shaped nest in a bush or tree, 
and lay two to four eggs. Both parents share in the 
incubation and care of the young. 


Species of bulbuls occur in diverse tropical hab- 
itats, but not in deserts. They may occur in dense 
vegetation in tropical forests or in more open habitats, 
such as gardens in towns or even city parks. Some 
species of bulbuls are accomplished singers, and they 
are among the more pleasing avian vocalists in trop- 
ical towns and parks where habitat is available for 
these birds. 


Most species of bulbuls eat small fruits, but they 
may also feed on insects, particularly when they are 
raising their young, which require high-protein foods. 
Both parents feed and care for the young, which typ- 
ically fledge about two weeks after hatching. During 
the non-breeding season, bulbuls often occur in 
mixed-species flocks with other bulbuls, and some- 
times with birds of other families. 
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The black bulbul (Hypsipetes madagascariensis) is 
a wide-ranging species, occurring in young forests and 
other disturbed habitats from Madagascar to 
Southeast Asia. This species has an all-black plumage, 
but red legs, feet, bill, and eyes. 


The red-whiskered bulbul (Pycnonotus jocosus) is 
a common and familiar species of open habitats from 
India, through south China, to mainland Southeast 
Asia. This distinctively head-crested species has also 
been introduced to Australia, Mauritius, Fiji, and 
southern Florida. 


The yellow-crowned bulbul (Pycnonotus zeylani- 
cus) of Malaya, Borneo, Sumatra, and Java is an 
especially accomplished singer, and is sometimes 
kept in that region as a caged songbird. 


Bulimia see Eating disorders 


| Bunsen burner 


Named after the German chemist Robert Wilhelm 
Bunsen (1811—1899), who contributed to its develop- 
ment, the Bunsen burner was already known to 
Michael Faraday, who may have created the first 
design. Bunsen burners were designed to reduce the 
considerable loss of heatenergy typical in ordinary gas 
burners. Energy waste is minimized by using a mixture 
of gas and air, the optimal proportion being three 
volumes of air to one of gas, instead of pure gas. As 
a result, combustion is intensified, producing a non- 
luminous but remarkably hot flame. 


The Bunsen burner consists essentially of a long 
metal tube set on a flat base. Gas enters the burner 
through a hole in the bottom of the tube. Some burn- 
ers have a gas adjustment screw that allows the user 
to control the amount of gas entering the tube. Gas 
flow to burners lacking a gas adjustment screw can 
be controlled at the supply valve. A second opening at 
the bottom of the metal tube allows air to enter and 
mix with the gas. The air inlet may be the bottom 
opening of the tube itself, or it may be a pair of holes 
cut into the tube near the base. Air entering the tube 
in the former design is controlled by a flat piece 
of metal that slides across the hole to regulate airflow. 
Some burners have threaded bases that allow air 
supply to be controlled by turning the tube. In the 
latter design described above, air supply is controlled 
by a collar that covers the hole in the tube. The collar 
can be rotated to allow more or less air to enter the 
tube. 
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The gas-air mixture is ignited at the top of the 
barrel. The flame produced at this point commonly 
consists of two cones. The outer cone is blue, while the 
inner remains quite pale, almost invisible. The hottest 
part of the burner flame is at the tip of the inner cone, 
where a rich supply of air ensures the nearly total 
combustion of the gas. The temperature at this point 
may be in excess of 3,272°F (1,800°C) in an inexpen- 
sive laboratory burner. 


Beyond the laboratory, the principle of Bunsen 
combustion is widely used in both industrial gas fur- 
naces and the kitchen gas range. 


Buntings see Sparrows and buntings 


I Buoyancy, principle of 


The principle of buoyancy is also called 
Archimedes’ principle, as it was discovered by this 
Greek mathematician in the third century BC. The 
principle states that the buoyant force acting on an 
object immersed in or floating on a fluid is equal to the 
weight of the fluid displaced by the object. An object 
completely immersed in a fluid (liquid or gas) displaces 
a volume of fluid exactly equal to its own volume; a 
floating object displaces only part of its volume. The 
weight of that volume of displaced fluid is the buoyant 
force acting on the object. In the case of a floating 
object, it is exactly equal to the object’s weight. 


Fluids such as water or air exert pressure in all 
directions. The amount of pressure depends on the 
depth of the fluid. The pressure on the bottom of an 
object immersed in a fluid will be greater than the 
pressure on the top of the object. The imbalance of 
pressure acting on the object creates an upward force 
called the buoyant force. If the buoyant force is greater 
than the weight of the object, the object will float. If 
the buoyant force is less than the weight of the object, 
the object will sink in the fluid. 


The density of a fluid is its mass per unit of volume. 
(if Earth-normal gravity is assumed, units of weight, 
such as pounds [lb], are often substituted for units of 
mass, such as kilograms; this is done in the following 
text, where density is treated as pounds per unit vol- 
ume.) Liquids and gases exhibit widely different den- 
sities. The buoyant force, or the weight of the volume 
of displaced fluid, will depend on the density of the 
fluid as well as the displaced volume. Freshwater has a 
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The molecular structure of water begins to expand once it cools 
beyond 39.4°F (4°C) and continues to expand until it becomes 
ice. For this reason, ice is less dense than water, floats on the 
surface, and retards further cooling of deeper water, which 
accounts for the survival of freshwater plant and animal life 
through the winter. (Hans & Cassidy. Courtesy of Gale Group.) 


density of 62.4 lb per cubic foot (pcf), saltwater density 
is, on average, 64 pcf. Air at sea level has a density of 
0.08 pcf and at 10,000 ft (3,050 m), 0.06 pcf. Saltwater 
is denser than freshwater because of its salt content, 
and, as a result, a swimmer is more buoyant in the 
ocean than in a freshwater lake. The density of salt- 
water depends on its salinity and varies around the 
world. The molecular structure of water expands 
when it freezes, therefore, ice is less dense than liquid 
water. As a result, ice cubes float and lakes freeze from 
the top down rather than the bottom up. 


Boats, bladders, and blimps 


Steel has a density of 487 pcf, about eight times that 
of water. Steel boats float, however, because they are 
hollow and shaped to displace a volume of water that 
weighs more than the boat’s weight. Ships are often 
rated by their displacement. Displacement is measured 
in units called tons, which are the weight of the water 
displaced by the ship. As a ship is loaded with cargo, it 
settles deeper into the water. This displaces an additional 
volume of water and produces the greater buoyant force 
required to support the added load. Plimsoll marks are 
painted onto the hull of cargo ships to indicate the depth 
to which the ship could be loaded. The different marks 
refer to fresh and saltwater and to the various seasons 
where temperature also effect water density. 
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Fish can alter their buoyancy by changing the 
volume of their internal swim bladder. Scuba divers 
can inflate their external buoyancy compensator vest 
to change its volume. Both of these changes alter the 
amount of displaced water and, thus, the buoyant 
force acting on the body. With this control, divers 
and fish can ascend or descend at will as they observe 
each other at play. 


The principle of buoyancy applies to all fluids, 
including gases. A blimp is filled with very light helium 
gas with a density of 0.01 pcf. As a result, the weight of 
the blimp is less than the weight of the air that it 
displaces and the blimp will float in air. By dropping 
ballast or venting helium, the blimp can control its 
buoyancy and, thus, its altitude. A hot air balloon 
gets it buoyancy because hot air is less dense than 
cold air. The density of air at 200°F (93°C) at sea 
level is 0.06 pcf and serves the same function as the 
light helium gas in the blimp. Although highly flam- 
mable, hydrogen gas is much less dense than helium 
and was used for lift in dirigibles up until 1937, when 
the German airship Hindenberg burned and crashed. 
Recent years have seen a resurgence of interest in the 
use of buoyancy aircraft in the aerospace industry, due 
to the ability of airships to hover and lift very large 
loads with little power output. 


Richard A. Jeryan 


l Buret 


A buret (also spelled burette) is a long glass tube 
open at both ends that is used to measure precise 
volumes of liquids or gases. Most burets are about 
0.04 in (1 mm) in diameter and 30 in (75 cm) long. 
The bottom is tapered so that its diameter is only 
about 0.1 mm. Burets are most commonly designed 
to hold volumes of 1 ml (0.3 fl 0z) or less. 


Fluid is dispensed through a glass stopcock at the 
lower end of the glass tube. The stopcock consists of an 
inner piece of ground glass that fits tightly into the glass 
tube and that can be rotated in a tightly fitting casing. 
The stopcock allows a fluid to be released in very small, 
precise amounts. Commercially available burets can 
usually be read with an accuracy of + 0.01 ml. 


Probably the most familiar application of a buret 
is in the process known as titration, where accurately 
measured amounts of two solutions are allowed to 
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react with each other to determine the concentration 
of one. Burets have other uses as well. A single buret 
can be used, for example, to release a specific volume 
of a solution of known concentration to determine the 
mass of an unknown solid. Oxidation-reduction reac- 
tions can also be studied quantitatively using burets. 


Gas-dispensing burets consist of arrangements in 
which some gas is contained by and forced out of a 
graduated cylindrical tube by means of some liquid, 
such as mercury. Gas burets look something like an 
upside-down version of their liquid counterparts. 


Burets became necessary in chemical research only 
with the development of relatively precise analytical 
techniques in the eighteenth century. Credit for their 
invention is usually given to the French chemist Joseph 
Louis Gay-Lussac (1778-1850), who developed them 
to assay silver. 


[ Burn 


A burn is damage to the skin caused by extreme 
heat, extreme cold, chemicals, electricity, or radiant 
energy (i.e., ultraviolet rays from the sun or an artifi- 
cial source, and x rays). Depending on the type of and 
severity of the burn, skin may be only superficially 
damaged, or damage may extend deep within the 
layers of the skin. 


The degree of damage of a burn can be classified 
in two ways. The first, and more traditional way, uses 
the terms first degree, second degree, and third-degree 
burns. The second means of classification refers to 
partial thickness and full thickness burns. 


A first-degree burn is one that affects only the 
uppermost layer of the skin, the epidermis. This type 
of burn is the most common. Touching a hot stove 
element or scalding the skin with steam are examples 
of first-degree burns. Despite the pain associated with 
them, the first-degree burn is the least damaging. 
Within a few days healing is complete. A first-degree 
burn is also a partial burn. 


A second-degree burn extends through the epider- 
mis to the underlying layer of skin, the dermis. Redness 
and blistering of the skin are characteristics of a second- 
degree burn. Healing takes longer than with a first- 
degree burn and some scarring of the healed area 
might result. A second-degree burn is also a partial burn. 


A third-degree burn is the most serious type. Here, 
skin damage extends all the way through the 
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KEY TERMS 


Dermis—tThe internal layer of skin lying below the 
epidermis. It contains the sweat and oil glands, hair 
follicles, and provides replacement cells for those 
that are shed from the outer layer. 


Epidermis—The outer layer of the skin consisting of 
dead cells. It is the primary protective barrier 
against sunlight, chemicals, and other possible 
harmful agents. The epidermal cells are constantly 
being shed and replenished. 


Graft—The attachment of skin to an injured area. 
The new skin, natural or artificial, will prevent the 
loss of fluids and provide the means for a new, 
intact layer of skin to form. 


Hydration—Restoring fluids to the body. Deep and 
extensive burns allow the escape of fluids needed 
for proper body functions. 


epidermal and dermal layers. These are full-thickness 
burns. The patient may not feel as much pain with these 
burns, as the nerve endings in the burned area have been 
des-troyed. Skin grafts are usually necessary to repair 
the damage of third-degree burns, and scarring is 
routine. 


Chemical burns differ from radiant burns in that 
the skin has no protective mechanism to prevent them. 
With radiation, the melanin cells spread melanin in the 
skin to block ultraviolet light from penetrating. With 
chemical burns no such protective measure exists. 


Chemical burns can occur from contact with acids, 
strong alkali (such as lye), or other agents. Some 25,000 
industrial chemicals (of about 300,000 in use) can pro- 
duce chemical burns, either internal or external. 


Eyes are also vulnerable to chemical burns. 
Ideally workers using dangerous materials wear gog- 
gles and other protective gear, but the home craftsmen 
may not. Alkalis burn into the eyes rapidly and deeply. 
Acids burn rapidly, but usually are neutralized by 
tears before they burn deeply. Initially, chemical 
burns may appear to be mild, but during the following 
day or so the injured tissue may slough off and the 
extent of the injury will be revealed. 


Chemical burns may occur from unexpected sour- 
ces. Dry cement, for example, because of its lime con- 
tent, is capable of causing burns if skin is exposed to it 
for hours. Gasoline can penetrate skin and cause a 
burn after several hours of exposure as well. Never 
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A patient is treated for burn wounds. (Ken Sherman. Phototake.) 


use fuel to clean the hands or use it in any other way 
that would result in long-term exposure. 


Surprisingly, air bags in automobiles have burned 
some accident victims. The bags inflate explosively upon 
impact to cushion the car’s occupants. However, the gas 
that inflates the bag is hot when it is released from the 
cylinder. Several burns from contact with inflating air 
bags have been reported. 


Household chemicals can be as dangerous as 
industrial ones. Drain openers, for example, are based 
on lye with other additives and can cause serious burns. 
Lawn fertilizer should never be handled with bare 
hands, and any that gets on the skin should be rinsed 
off immediately. Chemicals present a ready source for 
both internal and external burns. It is important that 
these materials be stored out of reach of children and 
that they be used with great care. Protective clothing, 
gloves, and goggles should be worn whenever working 
with such chemicals. Spills and splashes should be 
cleaned up immediately and any chemical that contacts 
the skin should be rinsed off quickly. Excess chemicals 
or empty containers should be disposed of with care 
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and in accordance with existing regulations. Empty 
containers should not be saved for reuse. 


See also Physiology. 
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A Kori bustard (Ardeotis kori) in courtship display. (Nigel J. Dennis. Photo Researchers, Inc.) 


| Bustards 


Bustards are 26 species of tall birds that make up 
the family Otididae. Bustards occur in relatively open 
habitats in Africa, central and southern Europe, and 
Asia, Southeast Asia, and Australia. Most species, 
however, are African. 


Bustards are large birds, with species ranging in 
body length from 14.5—52 in (37-132 cm), and in weight 
from 1-48 Ib (0.6—22 kg). Bustards have a stocky body, a 
long neck, and stout legs and feet, with three toes point- 
ing forward, and no hind toe. The wings are broad, and 
the tail is short. The bill is stout, flattened, and blunt. 


Bustards are colored in various subdued hues and 
patterns of brown, buff, gray, black, and white. 
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Bustards are sexually dimorphic, with males being 
larger and more brightly colored than females. 


Some species of bustards occur during the non- 
breeding season in flocks of various size. Bustards 
walk while feeding, and although they can fly, they 
tend to run to escape from predators. Bustards have 
keen vision, and are wary and difficult to approach 
closely on foot. Bustards are omnivores, eating a wide 
range of plant and animal foods. Bustards prey on 
large insects, such as grasshoppers and beetles, as 
well as on small reptiles and nestling birds. 


Bustards nest on the ground, and lay one to five 
eggs. The female incubates the eggs and cares for the 
young birds, which are precocious and can leave their 
nest soon after hatching. 
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Species of bustards 


The great bustard (Otis tarda) occurs in scattered 
populations in Eurasia. Its present distribution is 
greatly reduced compared with several centuries ago 
because of overhunting and conversions of its natural 
habitat to agriculture. However, this species is still 
abundant in some places where its seasonal flocks can 
contain as many as 500 birds. The male great bustard 
has a spectacular courtship display in which internal air 
sacs are expanded to greatly puff out the chest while 
white plumes are erected on the wings, tail, breast, and 
head. This strutting display is generally performed 
on slightly raised ground, in front of a hopefully appre- 
ciative audience of as many as six female birds. 


The little bustard (Otis tetrax) is another Eurasian 
species with a wide distribution like that of the great 
bustard. The great and little bustards undertake sea- 
sonal migrations, flying south from the northern parts 
of their range. The Houbara or MacQueen’s bustard 
(Chlamydotis undulata) occurs from the Canary 
Islands off western Africa, through North Africa to 
southwestern Asia. 


The Australian bustard (Ardeotis australis) is the 
only species to occur on that continent. This species 
utilizes rather dense, shrubby habitat, in contrast to 
the open spaces preferred by other species of bustards. 


The smallest bustards are the lesser florican 
(Sypheotides indica) and the Bengal florican 
(Houbaropsis bengalensis) of India. The world’s heaviest 
flying bird is the great bustard, which can reach a 
weight of 48 Ib (22 kg). Other large species include 
those in the genus Ardeotis, such as the Kori bustard 
(A. kori) of southern Africa. 


Bustards and humans 


Bustards are large, palatable birds, and they are 
hunted for sport or as food in most parts of their 
range. Some species of bustards have become endan- 
gered through the combined effects of overhunting 
and conversions of their habitat to agricultural land 
uses. The most endangered species are the great Indian 
bustard (Ardeotis nigriceps), the Bengal florican, and 
the lesser florican. Other species, while not endan- 
gered, have had their breeding ranges significantly 
reduced. The great bustard, for example, was extir- 
pated in England in 1832, although efforts are under- 
way to re-establish it there. In the summer of 2005, 33 
great bustards were released and, as of early 2006, 
more than 20 survived in the wild. 
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Conversion—In the ecological context, this usually 
refers to a managed change of a natural ecosystem 
to one dominated by a human purpose, such as 
agriculture or an urbanized land-use. Losses of 
habitat associated with these sorts of conversion 
are among the most important causes of extinction 
and endangerment. 

Dimorphic—tThis refers to the occurrence of two 
different shapes or color forms within the species, 
usually occurring as sexual dimorphism between 
the males and females. 

Extirpated—The condition in which a species is 
eliminated from a specific geographic area of its 
habitat. 

Over-hunting—Harvesting of wild animals at a rate 
that exceeds their capacity for regeneration, caus- 
ing their population to collapse. 


Resources 


BOOKS 

Bird Families of the World. Oxford: Oxford University Press, 
1998. 

Collar, N.J. “Family Otididae (Bustards).” In Handbook of 
Birds of the World. Vol. 3, edited by J. del Hoyo, 
A. Elliott, and J. Sargatal. Barcelona, Lynx Edicions, 
1996. 

Johnsgard, P.A. Bustards, Hemipodes, and Sandgrouse. 
Oxford: Oxford University Press, 1991. 


Bill Freedman 


Butane see Hydrocarbon 


f Buttercup 


Buttercups and crowfoots are about 275 species of 
plants in the genus Ranunculus, family Ranunculaceae. 
Buttercups mostly occur in cool and temperate regions 
of both hemispheres of the world, including mountains 
in tropical latitudes. 


Buttercups are annual or perennial, and they are 
herbaceous plants, dying back to the ground surface 
before the winter. The leaves of terrestrial species are 
simple or compound. However, the underwater leaves 
of aquatic buttercups can be very finely divided. Some 
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Meadow buttercups (Ranunculus acris). (© John Buitenkant 
1993, National Audubon Society Collection/Photo Researchers, Inc.) 


of the aquatic buttercups have dimorphic foliage, with 
delicately divided leaves in the water, and distinctly 
broader leaves in the atmosphere. 


The flowers of buttercups have numerous stamens 
and pistils, arranged in a spiral fashion on a central 
axis. The flowers of most species of buttercups are 
radially symmetric and showy, owing to their large, 
yellow petals. However, some species have red or 
white petals. The petals secrete nectar, important in 
attracting the insects that are the pollinators of most 
buttercups. There are usually five sepals, but these 
generally fall off the flower relatively soon. The fruits 
are loose heads of one-seeded fruits called achenes. 


Many species of buttercups are native to North 
America. The wood buttercup (Ranunculus abortivus) 
is a widespread species of rich, temperate forests. The 
yellow water-crowfoot (R. gmelini) is a widespread 
species of freshwater marshes and shores, while 
the seashore-buttercup (R. cymbalaria) occurs in salt 
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marshes and estuaries. Many native species of butter- 
cups occur in alpine and arctic tundras, for example, 
the Lapland buttercup (R. /apponicus) and snow but- 
tercup (RK. nivalis). 


Several species of Eurasian buttercups have been 
introduced to North America where they have become 
widespread weeds of lawns, fields, and other disturbed 
places. Some of the more familiar introduced species 
are the tall or meadow buttercup (R. acris), the creep- 
ing buttercup (R. repens), and the corn crowfoot or 
hunger-weed (R. arvensis). 


A few species of buttercups are used in horticul- 
ture. The most commonly used species for this purpose 
is the garden buttercup (R. asiaticus), available in 
varieties with white, red, or yellow-colored flowers. 
Aquatic buttercups, such as the water crowfoot (R. 
aquatilis), are sometimes cultivated in garden pools. 
Various alpine species of buttercups can be planted in 
rock gardens. 


| Butterflies 


Butterflies are insects in the order Lepidoptera, 
which includes the moths. Butterflies at rest fold their 
wings vertically over their head, whereas moths hold 
their wings horizontally. Most butterflies are active 
during daylight, while moths are mostly nocturnal. 
Butterflies undergo complete metamorphosis, that is, 
their egg hatches to a larva (or caterpillar), which 
pupates in a chrysalis, from which emerges the adult 
butterfly (or imago). 


Evolution 


Butterflies probably first evolved about 150 mil- 
lion years ago, appearing at about the same time as the 
flowering (or angiosperm) plants. Of the 220,000 spe- 
cies of Lepidoptera, about 45,000 are butterflies, which 
probably evolved from moths. Butterflies are found 
throughout the world, except in Antarctica, and are 
especially numerous in the tropics. They fall into eight 
families: Papilionidae (swallowtail butterflies), Pieridae 
(whites), Danaidae (milkweeds), Satyridae (browns), 
Morphidae (morphos), Nymphalidae (nymphalids), 
Lycaenidae (blues), and Hesperidae (skippers). 


Development and life cycle 


The adult life of butterflies is only one week for 
some species, but up to 10 months for others. Adult 
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A monarch butterfly (Danaus plexippus). The larvae of this 
butterfly feed on the leaves of the milkweed, ingesting 
substances that make them toxic to birds and other 
predators. (Robert J. Huffman. Field Mark Publications.) 


butterflies spend much of their time courting, mating, 
and (for females) laying eggs. The females lay eggs on 
the specific food plant upon which the caterpillar must 
feed. Eggs are typically laid on leaves, flowers, or 
stems, but sometimes on treebark or even stones, leav- 
ing the newly hatched caterpillars to find their neces- 
sary food plant. A few species of butterfly lay their 
eggs while in flight, the eggs attaching to food plants as 
they fall. 


The egg 


By the time most female butterflies emerge from 
the chrysalis, their eggs are fully mature, permitting 
immediate fertilization. Minute pores in the egg allow 
entry of the male sperm for fertilization. Eggs may be 
laid singly, in rows, in clusters, or in rings around a plant 
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stem. The eggs are highly vulnerable to predators and 
parasites. Females lay up to 600 eggs at a time. A 
sticky substance produced during egg laying glues 
them to the host plant. Most hatch within a few 
days, although those of some species remain dormant 
over winter and hatch in the spring. 


The caterpillar 


The larval stage of butterflies, known as a cater- 
pillar, emerges from the egg fully formed. Caterpillars 
see by means of groups of tiny eyes on each side of 
their head. The body of many species is protected by 
bristly hairs. Caterpillars have as many as eight pairs 
of appendages. Three pairs are true legs, and become 
the legs of the adult butterfly. These are located on the 
thorax behind the head. Another four pairs of appen- 
dages occur on the abdomen, and are known as false, 
or prolegs. There is also a single pair of claspers at the 
tip of the abdomen, which grip tightly to the food 
plant. Prolegs and claspers also carry tiny hooks, 
which catch a silk thread spun by the larva as it 
moves about its food plant and help keep it from fall- 
ing. The silk thread is produced as a thick liquid, 
excreted through glands near the mouth, which is 
then spun into a thread by a spinneret located behind 
the jaws. 


Caterpillars spend most of their time eating. Their 
large jaws (the mandibles) move sideways while shred- 
ding their plant diet. Caterpillars munch their way 
through life: first eating their egg shell, from which 
important nutrients are retrieved, and then continu- 
ously consuming its food plants. A very small number 
of butterfly species have caterpillars that are predators 
that feed on other insects. Caterpillars typically eat 
more than twice their own weight each day, pausing 
only to shed their old skin, in order to grow larger. 
Skin shedding (molting, or ecdysis) occurs at least four 
times before the caterpillar is fully grown. Growth rate 
depends on temperature; it is faster in warm weather, 
and slower when cool. Caterpillars seek a protected 
place in which to pupate, forming a protective shell 
and becoming dormant. Some caterpillars travel 
rather long distances (330 feet or 100 m) when seeking 
a sheltered place to pupate. 


The chrysalis 


The protective case surrounding the pupating cat- 
erpillar can take many shapes. It is usually brownish 
green in color, and may be speckled to aid in camou- 
flage. With few exceptions, butterfly larvae pupate 
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above ground, usually attached to a leaf or stem by a 
silken thread. Inside the chrysalis the pupated cater- 
pillar gradually transforms into a butterfly. The proc- 
ess takes two weeks for some species, and as long as 
several years for others. When fully developed, the 
butterfly inside the chrysalis swallows air, inflating 
its body and splitting the pupal skin. An adult butter- 
fly struggles out shortly after dawn, its moist wings 
hanging limply from its thorax. Crawling to a place 
where it can hang by its legs, the newly emerged but- 
terfly pumps up its wings by swallowing air, increasing 
its internal pressure and forcing blood through tiny 
veins in the wings. Within several hours the expanded 
wings dry and harden. At about the same time the 
butterfly excretes waste products accumulated during 
pupation. The butterfly is now free to begin the adult 
part of its life cycle. 


The adult (or imago) 


Butterflies, like all insects, have an external skele- 
ton (or exoskeleton) to which muscles are attached. The 
exoskeleton provides the butterfly’s body with support 
and reduces water loss through evaporation. The respi- 
ratory system does not have a pumping mechanism. 
The sides of the thorax and abdomen have tiny pores 
(or spiracles) through which air enters and leaves the 
body via tubes (tracheae). The insect’s blood (hemo- 
lymph) is pumped as it passes through a long, thin 
heart, and bathes the organs inside the body cavity. 


Two large compound eyes, made up of hundreds 
of tiny units (ommatidia), cover much of the butter- 
fly’s head and allow a wide field of vision, including 
partially backwards. However, the eyes cannot distin- 
guish much detail or determine distance, although 
they can readily identify color and movement, both 
of which are vital for survival. Colors aid in the iden- 
tification of flowers, larval food plants, and the oppo- 
site sex of the species, while detecting movement may 
save butterflies from attacks by their predators. 


The long, coiled proboscis (tongue) of the butter- 
fly is projected into the center of flowers while search- 
ing for nectar (a liquid, sugar-rich food). Above the 
eyes and on either side of the head are two antennae 
covered with microscopic sense organs. The antennae 
are often incorrectly called “feelers,” but “smellers” 
would be more accurate because it is through these 
organs that the butterfly sniffs out its favorite foods 
and potential mate. The antennae can detect phero- 
mones, which are specific chemical signals released by 
the opposite sex that are detectable over a great 
distance. 
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The thorax of a butterfly is divided into three 
segments, each having one pair of legs. Each leg ends 
in a claw, enabling the butterfly to hold on while 
feeding and egg laying. Sensory receptors on the leg 
just above the claw detect the chemical makeup of 
appropriate food plants. 


The wings are the most spectacular part of the 
butterfly, and are extremely large compared to its 
body. The wings attach at the two rear segments of 
the thorax. Tough veins provide a framework which 
supports the wing membrane, covered by millions of 
microscopic scales arranged in rows like shingles on a 
roof. It is these scales (about 99,000 per square inch 
[15,000 per sq cm]) which form the color and pattern of 
the wing. Brown, orange, and black tones are due to 
the presence of chemical pigments. However, the bril- 
liant, iridescent blues and greens are parts of the light- 
spectrum separated by tiny facets on the surface of the 
scales, creating colors in the fashion of a prism. The 
wing colors provide camouflage against predators and 
aid in identifying mates of the correct species. Scales 
also cover the segmented abdomen, in which the diges- 
tive and reproductive organs are located. 


Reproduction 


Reproduction in butterflies begins with courtship, 
during which the male vigorously flaps its wings, 
releasing a dust of microscopic scales carrying phero- 
mones above the female’s antennae. These male pher- 
omones act as a sexual stimulant to the female. Some 
males release additional pheromones from “hair pen- 
cils” under the abdomen. Female butterflies that are 
ready to mate dispense with courtship. Some species, 
however, perform complicated courtship maneuvers, 
probably to find a mate strong enough to endure the 
rigorous rituals, thereby increasing the chance of pro- 
ducing healthy offspring. Males usually must wait one 
or two days after emerging from the chrysalis before 
they can mate, but then they may mate many times. 
Females can mate immediately after emerging, some 
species mating several times. However, it is the last 
male to mate that fertilizes the eggs. Females of some 
species mate once only. 


Migration 


Most butterfly species live and die within a narrow 
geographic range, because their brief life span allows 
little time for wandering. However, the monarch but- 
terfly migrates thousands of miles from southern 
Canada and northern parts of the United States to 
Mexico and southern coastal California. The round 
trip takes two or three generations to complete, 
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because of the short individual life span. Each butter- 
fly must find its own way, having no living guide, yet 
the species follows the same broad migratory route 
year after year, century after century. Monarchs and 
some other butterflies migrate in massive numbers, 
forming clouds of color sometimes a mile wide and a 
mile long; millions perish during the journey. 


Vulnerability and defense 


The survival of butterflies is influenced by many 
factors, and their populations may increase or decrease 
quite rapidly, and from year to year. Brilliantly colored 
butterflies are often toxic when eaten, so predators 
learn to leave them alone. Occasionally, a nonpoison- 
ous species evolves that mimics the appearance of a 
poisonous species, thus being less susceptible to preda- 
tors. Dark colors, displayed by butterflies in cooler 
climates (such as alpine or arctic tundra), readily 
absorb sunlight so the cold-blooded insect can warm 
up more quickly. 


Some butterflies are well camouflaged and almost 
undetectable among the flowers of their particular 
food plant. A variety of spots resembling eyes on the 
outer edges of the wings of certain species may startle 
or distract predators, drawing the point of attack of a 
swooping bird away from the butterfly’s soft body. 
Some butterflies do a 180-degree turn before landing, 
so the eye-spots on the wings are positioned where a 
predator may think the head should be. Butterflies 
surviving bird attacks can often fly well even with a 
piece of wing missing. 


The underpart of the wing is usually duller than the 
surface, so that when the butterfly assumes its resting 
position with wings folded above its head, it is crypti- 
cally colored, blending into the background on which it 
lands. Some butterflies use the club on the end of the 
antennae to knock small predators off their body. 


The hairy spines on many caterpillars deter preda- 
tors, and their colors often blend in with the leaves of 
their food plant. Some pupae develop hornlike appen- 
dages on the head and rear of the chrysalis, which appear 
to point menacingly at predators. In other cases, a chrys- 
alis hanging from a twig may look like a dead leaf. 


Conservation 


Habitat loss to agriculture, deforestation, urban- 
ization, draining of wetlands, and other changes in 
land use is the foremost threat to butterfly populations. 
Although pollution, pesticides, and specimen collection 
pose serious threats to some species, none is as damag- 
ing as habitat loss. The short life span of butterflies 


702 


KEY TERMS 


Chrysalis—A soft casing, shell, or cocoon protect- 
ing the dormant pupa of insects during meta- 
morphosis. 


Metamorphosis—A complete change of form, 
structure, or function in the process of develop- 
ment, shown by insects. 


Pheromones—Chemical substances, secreted by 
most animals, that stimulate a response from others 
of that species (e.g., sex hormones for mating) or 
other species (e.g., a predator sensing chemicals 
produced by its prey’s fear). 


Pupa—An insect in the nonfeeding stage during 
which the larva develops into the adult. 


usually makes it impossible for displaced populations 
to find another appropriate habitat. Although no spe- 
cies is known to have been made extinct through human 
actions, some subspecies have been rendered extinct, 
and some rare species are endangered. Protection of 
habitat is the most effective way to prevent major 
reductions in populations and endangerment of butter- 
flies, and of other wild animals and plants. 
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l Butterfly fish 


Butterfly fish (family Chaetodontidae) are some 
of the most colorful and varied fish of the oceans, the 
majority of which live on or close to coral reefs. Most 
species measure from 5-9.5 in (13-24 cm) in length and 
have deep, flattened bodies that are frequently 
adorned by extended fins. In some species these may 
form a large arc over the body. In addition to refine- 
ments in the body shape, the colors and patterns of 
most butterfly fish are quite enthralling. The head and 
body is usually a dark background color which is 
broken up by a series of stripes and other patterns. 
Coloration varies considerably but often includes 
patches of yellow, orange, blue, and white. A “false 
eye” is commonly seen on some butterfly fish; this is 
usually located towards the back of the fish or even on 
a fin, the objective being to distract a striking predator 
from the butterfly fish’s own head. 


Like the parrotfish and wrasses, butterfly fish 
swim by synchronous rowing strokes of the pectoral 
fins, while the tail fin is used as a rudder for direction 
and balance. They are capable of very rapid movement 
and rely largely on their agility to avoid capture by 
other larger species. Butterfly fish are strictly diurnal, 
exploiting the diversity of feeding and living spaces 
in and around coral reefs and atolls. As dusk 
approaches, however, most begin to seek out a safe 
hiding place where they will rest for the night. 


Butterfly fish are specialist feeders. Many species 
have the mouth placed at the end of a short, tubular 
snout that facilitates the animals poking into tiny 
crevices in coral reefs and extracting prey from seem- 
ingly inaccessible places. Their diet may either be 
restricted to living polyps plucked from just a few 
coral species, while other members of the family 
spare the polyps themselves, preferring to graze on 
algae growing on the corals. Some even actively pur- 
sue small shrimps and copepods that lurk within the 
many crevices of the reef face. 


The social behavior of butterfly fish varies accord- 
ing to the particular species. Many species are solitary, 
but some do form stable monogamous relationships 
with a member of the opposite sex. In the latter case, 
the two fish commonly patrol and defend a particular 
patch of coral against other members of the same 
species. A series of threat and aggressive gestures 
including color changes have evolved in these species 
which help prevent aggressive encounters from devel- 
oping. Spawning frequently occurs at dusk—a strat- 
egy that may have evolved to increase the survival 
rates of young butterfly fish, as many of the tiny 
plankton feeders are less active in the evening. 
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[ Butyl group 


The butyl group consists of the group of atoms 
C4H, . It is derived by removing one hydrogen atom 
from either of the isomers of butane, C4Hjo, and exists 
in four isomeric forms. Two isomers of butane exist, 
n-butane, also called 1-butane (CH3;CH»CH>CH3), 
and iso-butane, also called 2-methylpropane (CH3;CH 
(CH3)CHs). 


Removing a hydrogen atom from the first isomer 
can result in the formation of two different butyl 
groups, one designated as n-butyl, and the other as 
sec-butyl (secondary butyl). The structure of the n- 
butyl group is CH;CH.CH,CH; ; the structure of 
the sec-butyl group is CH;CH»CH(CH:3) . The differ- 
ence is that the n-butyl group bonds to other atoms via 
an end carbon atom, while the sec-butyl group bonds 
via an “inner” carbon atom. 


Butyl compounds and uses 


Compound Use 


n-butyl acetate manufacture of photographic 
film, safety glass, artificial 
leather, perfunes, and flavoring 


agents 
insect repellant 
production of silicones 


used to slow down or stop 
polymerization reactions in the 
production of certain plastics 
and synthetic rubbers 


gasoline additive 


N-butyl pthalate 
n-butyltrichlorosilane 
4-tert-butyl catechol 


butylate (bis [2-methyl-propyl] 
carbamothoic acid S-ethyl ester) 
herbicide t-butyl acetate 
4-ter-butylphenyl salicylate light absorber in plastic food 
wrappings 

raw material in the synthesis of 
many products, including dyes, 
pharmaceuticals, insecticides, 
and rubber chemicals 


prevents the growth of fungi 
anti-foaming agent; plasticizer; 
manufacture of inks and polishers 
treatment of hypoglycemia (an 
abnormally low blood sugar 
level) 

screens out ultraviolet light 

jet propellant 

used to soften cosmetics, 
plastics, textiles, and other 
types of polymers 


n-butylamine 


sec-butylamine 
n-butyl citrate 


1-butyl-3-metanilyurea 
butylmethoxydibenzoyl-methane 


t-butyl nitrate 
n-butyl strearate 


Table 1. Buty! Compounds and Uses. (Thomson Gale.) 
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KEY TERMS 


Aldehydes—A class of organic chemical compounds 
that contain a -CHO group. 


Alkyl group—A paraffinic hydrocarbon group that 
may be obtained from an alkane by removing a 
hydrogen atom from the latter. 


Antioxidant—Any substance that prevents oxidation 
from occurring. 


Copolymer—A compound with high molecular 
weight formed in the reaction between two different 
raw materials. 


Esters—A family of organic compounds formed in 
the reaction between an alcohol and an organic 
acid. 


Food additive—A substance added to prepared 
foods to keep them from spoiling, add flavor or 
odor, increase their nutritional value, or make some 
other commercially desirable change in the food. 


Removing a hydrogen atom from the iso-butane 
isomer can result in the formation of two different 
butyl groups. One is commonly known as tert-butyl 
or 1, 1-dimethylethyl [(CH3)3;C ]. The tert- prefix 
stands for tertiary, indicating that the open bond is 
from a carbon atom that is attached to three other 
carbon atoms. The other butyl group that can be 
formed from iso-butane is the isobutyl or 2-methyl- 
propyl group [(CH3)2CHCH), ]. 


Butyl compounds 


A large number of compounds containing the 
butyl group exist. Many of them are relatively simple 
and can be represented by the formula C4HoX, where 
X stands for a halogen, a hydroxyl group, an amine, or 
some other group. The following sections review some 
of the most important of these compounds. 


Butyl alcohols 


Four butyl alcohols exist, each formed by the 
addition of a hydroxyl group (OH) to one of the four 
butyl isomers discussed above. Their names and struc- 
tures are as follows: n-butyl alcohol (or 1-butanol) 
CH3CH»2CH>CH;0OH; iso-butyl alcohol (or 2-methyl- 
1-propanol) (CH3)sCHCH2OH; sec-butyl alcohol 
(or 2-butanol) CH;CHOHCH>CH;; tert-butyl alco- 
hol (or 2-methyl-2-propanol) (CH3)3COH. 
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Herbicide—A chemical that kills entire plants, often 
selectively. 


Inhibitor—Any substance that prevents some form of 
chemical reaction from taking place. 


Isomers—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Ketones—A family of organic compounds character- 
ized by the presence of the C=O group appearing 
anywhere except at the end of the molecule. 


Polymerization—A chemical reaction in which small 
molecules react with each other over and over many 
times, forming very large product molecules. 


Silicone—A large group of organic compounds 
whose molecules consist of organic groups attached 
to silicon atoms. 


The boiling points of the butyl alcohols decrease 
regularly in moving down the above list, from 244°F 
(118°C) for n-butyl alcohol to 226°F (108°C) for iso- 
butyl alcohol to 212°F (100°C) for sec-butyl alcohol to 
180°F (82°C) for tert-butyl alcohol. A similar pattern 
exists for solubility of the alcohols, increasing from 8 g 
per 100 g of water for n-butyl alcohol to 10 g per 100 g 
of water and 12.5 g per 100 g of water for the next two 
forms to complete miscibility for tert-butyl alcohol. 


The four butyl alcohols undergo very different 
reactions in many instances. As an example, n-butyl 
and iso-butyl alcohol can be oxidized rather easily to 
yield aldehydes. Oxidation of sec-butyl alcohol, how- 
ever, results in the formation of a ketone. Oxidation of 
tert-butyl alcohol occurs only under the most extreme 
conditions, resulting in the complete oxidation of the 
compound to carbon dioxide and water. 


Of the four butyl alcohols, n-butyl alcohol is in the 
greatest demand commercially. It is used as a solvent 
for fats, waxes, gums, shellac, varnish, and other mate- 
rials in many industrial processes. It is also used as the 
starting point in the preparation of other butyl com- 
pounds. All butyl alcohols are of some interest in the 
synthetic flavoring industry, since they can react 
with organic acids to make pleasant-smelling esters. 
For example, n-butyl butanoate has the odor of 
pineapple; 2-methylpropyl propanoate smells like 
rum; 2-methylpropyl methanoate like apple; n-butyl 
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methanoate like banana; and n-butyl ehtanoate like 
strawberry. 


Table 1 summarizes some butyl compounds and 
their most important uses. 


See also Isomer; Oxidation-reduction reaction. 
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l Butylated hydroxyanisole 


Butylated hydroxyanisole is a food additive much 
more widely known by its abbreviation, BHA. BHA is 
an aromatic organic compound with the chemical 
names of 2- and 3-tert-butyl-4-methoxyphenol. It can 
exist in either of the two isomeric forms or as a mixture 
of the two isomers. In its pure form, BHA 1s a waxy 
white or pale yellow solid with a melting point of 
118.4-131°F (48-55°C) and a boiling point of 507.2— 
518°F (264-270°C). It is normally insoluble in water, 
but can be treated in order to make it so. 


The chemical property of BHA that is of greatest 
commercial interest is its tendency to reduce the rate at 
which other substances undergo oxidation. It has long 
been used as a preservative in foods containing fats, 
which turn rancid by oxidation. First used as an anti- 
oxidant in 1947, it is now added to a wide variety of 
foods, including beverages, ice cream, candy, baked 
goods, instant mashed potatoes, edible fats and oils, 
breakfast cereals, dry yeast, and sausages. The com- 
pound is sometimes used in conjunction with a related 
antioxidant, butylated hydroxytoluene (BHT). 


Some studies have found that BHA can produce 
allergic reactions and, in larger doses, affect liver and 
kidney functions. The Select Committee on GRAS 


GALE ENCYCLOPEDIA OF SCIENCE 4 


(Generally Regarded as Safe) Substances of the U.S. 
Food and Drug Administration (FDA) reported in 
1980 that no evidence exists to indicate that BHA is a 
health hazard. However, it recommended caution in 
its use and suggested additional studies on possible 
risks to human health. Currently FDA regulations 
limit the concentration of BHA in commercial foods 
to 0.02% in products containing fats and oils and to 
somewhat higher concentrations in other food prod- 
ucts. In spite of current FDA regulations, some nutri- 
tion experts have recommended that BHA be banned 
from use in foods on the grounds that safer antioxi- 
dant alternatives are available. 


l Butylated hydroxytoluene 


Butylated hydroxytoluene (BHT) is a derivative of 
cresol, an aromatic organic compound in which two 
additional hydrogenatoms in the benzene ring are 
replaced by tertiary butyl groups. Its technical name 
is 2,6-di-tert-butyl-p-cresol. In its pure form BHT is a 
white crystalline solid with a melting point of 158°F 
(70°C) and a boiling point of 509°F (265°C). It is 
normally insoluble in water, but for commercial appli- 
cations, it can be converted to a soluble form. 


BHT was first used as an antioxidant food addi- 
tive in 1954. An antioxidant is a substance that pre- 
vents the oxidation of materials with which it occurs. 
BHT, therefore, prevents the spoilage of food to which 
it is added. 


BHT has grown to be very popular among food 
processors and is now used in a great range of products 
that include breakfast cereals, chewing gum, dried 
potato flakes, enriched rice, potato chips, candy, sau- 
sages, freeze-dried meats, and other foods containing 
fats and oils. BHT is sometimes used in conjunction 
with a related compound, butylated hydroxyanisole 
(BHA) as a food additive. 


Some evidence exists that BHT may be harmful to 
human health. Studies suggest that the compound may 
damage the liver and kidneys. However, the U.S. Food 
and Drug Administration has deemed that BHT is safe 
enough when used in limited concentrations. It currently 
permits its use in concentrations of about 0.01% to 
0.02% in most foods. As an emulsion stabilizer in short- 
ening, it may be used in a somewhat higher concentra- 
tion, 200 parts per million. Some authorities suggest that 
BHT poses too large a health risk and that it should be 
banned in foods. That policy has been adopted in some 
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Buzzards 


other nations, such as England and Australia, where its 
use is permitted as a food additive only in special cases. 


BHT does have other commercial uses, as in ani- 
mal feeds and in the manufacture of synthetic rubber 
and plastics, where it also acts as an antioxidant. 


See also Food preservation. 


| Buzzards 


The true buzzards are diurnal birds of prey in the 
genus Buteo, sub-family Buteonidae, family 
Accipitridae. In North America, buzzards are also 
commonly known as hawks, although other genera 
in the family Accipitridae are also given this common 
name, for example, the Accipiter hawks. There are 28 
species of buzzards. 


Buzzards are in the order Falconiformes, which 
also includes other types of hawks, eagles, osprey, fal- 
cons, and vultures. All of these birds have strong, grasp- 
ing (or raptorial) talons, a hooked beak, extremely good 
vision, and a fierce demeanor. However, buzzards can 
be distinguished by their relatively large size, wide, 
rounded tail, broad wings, and their soaring flight. 
The usual color of the feathers is a barred pattern of 
browns and black, with some buff or red. The sexes are 
colored similarly, but females are substantially larger 
than males. 


Buzzards occur on all of the continents, except for 
Antarctica. However, most species of buzzards occur 
in the Americas. Buzzards are most commonly seen in 
relatively open habitats, such as prairies, savannas, 
and forest edges. 


Buzzards are mostly predators of small mammals, 
rabbits and hares, and, to a lesser degree, snakes, 
lizards, birds, and larger insects, such as grasshoppers. 
Buzzards commonly soar in huge circles at great 
heights, looking for prey in the open, using their 
extremely acute vision. If prey is seen, an attempt 
may be made to catch it by undertaking a steep dive, 
known as a stoop. Some species also hunt regularly 
from perches in trees or on posts. The prey is generally 
killed by the powerful, sharp-clawed, grasping talons 
of these birds. 


Migrating buzzards also soar during their long- 
distance movements, utilizing the lift obtained from 
high thermals during sunny days to achieve a relatively 
effortless flight. Some species migrate in large groups, 
and occasionally thousands of individuals can be seen 
at one time. These birds seem to fill the sky as they soar 
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A common buzzard (Buteo buteo) perched in a spruce. 
(H. Reinhard/Okapia. National Audubon Society Collection/Photo 
Researchers, Inc.) 


to great heights on one thermal and then glide slowly 
to pick up the next thermal along their path of travel, 
using the presence of other birds to identify the other- 
wise invisible areas of rising, warm air. 


Buzzards defend a territory during their breeding 
season. The territory is proclaimed by aerial displays 
and by loud, harsh screams. Buzzards nest in trees. 
Often the nest was built by another species, such as 
crows or ravens, and is then appropriated by the buz- 
zard. However, buzzards will also build their own 
nests. The same pair may continue to utilize a nest 
for several seasons. 


Species of buzzards 


The largest, most widespread and familiar species 
of buzzard in North America is the red-tailed hawk 
(Buteo jamaicensis). This species breeds in almost all 
regions below the arctic tundra, and as far south as 
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Panama and the West Indies. The red-tailed hawk 
nests in trees at or near the edge of woodlands, but 
feeds in open country. The plumage of the red-tailed 
hawk is quite variable, but adults have a reddish top of 
their tail. Northern populations migrate to the south 
in winter, although they will stay quite far north if an 
abundance of their small mammal prey is available. 


The red-shouldered hawk (B. lineatus) is a com- 
mon species of the eastern United States and south- 
eastern Canada, with a separate, disjunct population 
in coastal California and Oregon. This species com- 
monly hunts from perches. Northern populations win- 
ter in the southeastern states. 


The broad-winged hawk (B. platypterus) is a rela- 
tively small and common woodland species of the 
eastern United States and southeastern Canada. This 
species usually hunts for small mammals, reptiles, and 
insects from a perch in a tree. During the autumn the 
broad-winged hawk migrates in spectacular flocks, 
which occur as large groups riding thermals in a south- 
erly direction. This species winters from southern 
Mexico to northern South America. 


The rough-legged hawk (B. /agopus) breeds in the 
northern tundra of Canada and Alaska and winters in 
open habitats of the United States. This species also 
breeds throughout the tundra of northern Eurasia, 
from Scandinavia to eastern Siberia. The rough-legged 
hawk commonly hunts while hovering in the air. 


The ferruginous hawk (B. regalis) is a buzzard of 
prairies and other open habitats of western North 
America, wintering in the southwestern States and 
Mexico. Swainson’s hawk (B. swainsoni) is another 
western species of open habitats, breeding from cen- 
tral Alaska to northern Mexico. This species migrates 
in flocks and winters in Argentina. 


Other species of buzzards in North America are 
relatively uncommon and localized in their distribu- 
tions. These include the Harlan’s hawk (B. harlani), 
Harris’ hawk (B. unicinctus), and the zone-tailed hawk 
(B. albonotatus). 


The common buzzard (Buteo buteo) breeds widely 
in Europe and northern Asia. Northern populations 
of this species are migratory, but southern populations 
are sedentary, as long as there is sufficient prey of 
small mammals available to support their needs. The 
long-legged buzzard (B. rufinus) has a more southern 
Eurasian distribution. 


Buzzards and humans 


Some people consider all hawks to be pests, 
believing that they eat game birds, such as grouse 
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KEY TERMS 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Raptor—A bird of prey. Raptors have feet adaptive 
for seizing, and a beak designed for tearing. 


Thermal—A column of relatively warm, rising air 
that develops during sunny days. Thermals are 
essentially rising, convective currents in the lower 
atmosphere. Soaring and gliding birds commonly 
utilize thermals to achieve a relatively effortless 
locomotion. 


and ducks, or that they kill song birds. For these 
reasons, buzzards and other hawks have been killed 
in large numbers in some regions. Fortunately, how- 
ever, this is rarely the case today, and few people now 
kill these predators. 


To some degree, buzzards have also been adversely 
affected by the toxic effects of insecticide use in agricul- 
ture and forestry. However, these birds have been 
somewhat less damaged by pesticides than some other 
types of raptors, such as falcons and eagles. 


In fact, because they eat large numbers of small 
mammals, which can cause serious agricultural dam- 
ages, buzzards provide a useful service to humans. 


Because of buzzards’ large size and fierce 
demeanor, many bird-watchers avidly seek out quality 
sightings of individuals, which can represent a high- 
light of a day’s field expedition. 
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Cabbage see Mustard family (Brassicaceae) 


l Cactus 


The cactus family or Cactaceae is made up of 
about 2,000 species of perennial plants with succulent 
stems, most of which are well-armed with sharp spines. 
The natural distribution of most cacti is American, 
ranging from southern British Columbia and southern 
Ontario in Canada, through much of the United 
States, to the tip of southern South America. One 
genus, Rhipsalis, occurs in Africa, Madagascar, and 
India, and is probably native there. Cacti usually 
inhabit deserts and other dry, open places. The major 
use of cacti by humans is as attractive, ornamental 
plants in gardens, or as indoor house plants. A few 
species produce edible fruits, and one yields peyote, a 
hallucinogenic drug. 


Biology of cacti 


Cacti are perennial plants. Their stems are fleshy 
or succulent, and are cylindrical or flattened in shape. 
The stems are green-colored, and are photosynthetic, 
usually performing this function instead of leaves, 
which are greatly reduced in abundance or even absent 
in most mature cacti. Most species of cactus are well- 
protected by sharp bristles and spines, which serve to 
deter most herbivores. 


The stems of cactus plants have numerous cush- 
ion- or pit-like structures known as areoles on their 
surface, from which usually emerge clusters of 
spines. In terms of developmental biology, areoles 
are usually interpreted as being incompletely devel- 
oped, axillary stem branches. The spines are actually 
modified leaves. The areoles may also be protected 
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by hook-like barbs known as glochidia. The roots 
of cacti are shallow and may be widely spread in the 
soil. 


The flowers of cacti are usually perfect (bisexual), 
containing both male reproductive organs (stamens) 
and female parts (a pistil). The flowers occur singly, 
rather than in groups, although many discrete flowers 
may be present on a cactus at the same time. The 
flowers of most species of cacti are large and showy, 
and they can be colored white, red, pink, orange, or 
yellow, but not blue. The sepals of the calyx are petal- 
like in shape and color, and they combine with the 
numerous petals to form an attractive, often richly 
scented, nectar-producing flower, designed to lure 
such pollinators as hawk-moths, bees, bats, and birds, 
especially hummingbirds and small doves. The fruit is a 
many-seeded berry. 


Cacti are xerophytic plants, meaning they are phys- 
iologically and morphologically adapted to coping with 
the extreme water deficiencies of dry habitats, such as 
deserts. The xerophytic adaptations of cacti include: 
(1) their succulent, water-retaining stems, (2) a thick, 
waxy cuticle and few or no leaves to greatly reduce the 
losses of water through transpiration, (3) stems that are 
photosynthetic, so leaves are not required to execute 
this function, (4) stems that are cylindrical or spherical 
in shape, which reduces the surface to volume ratio, and 
helps to preserve moisture, (5) tolerance of high tissue 
temperatures, (6) protection of the biomass and mois- 
ture reserves from herbivores by an armament of stout 
spines, (7) a physiological tolerance of long periods of 
drought, and (8) a periodic pattern of growth, produc- 
tivity, and flowering, which takes advantage of the 
availability of moisture during the brief, rainy season, 
while the plant remains dormant at drier times of the 
year. 


Cacti have a so-called crassulacean-acid metabo- 
lism, in which atmospheric carbon dioxide is only taken 
up during the night, when the stomates are open. The 
carbon dioxide is fixed into four-carbon, organic acids, 


709 


Cactus 


A prickly pear cactus in Big Bend National Park, Texas. The 
prickly pear is the only widespread eastern cactus in the 
United States. It can be found as far north as southern 
Ontario. (Robert J. Huffman. Field Mark Publications.) 


and can later be released within the plant, to be fixed 
into sugars by photosynthesis when the sun is shining 
during the daylight hours. Because this system allows 
stomates to be kept tightly closed during the day, cras- 
sulacean-acid metabolism is an efficient way of conserv- 
ing water in dry environments. 


Some plant species of dry habitats that are not 
related to cacti are nevertheless remarkably similar in 
appearance (at least, apart from their flowers and fruits, 
which are always distinctive among plant families). 
This is the result of convergent evolution, the similar 
evolutionary development of unrelated species or fam- 
ilies that are subjected to comparable types of environ- 
mental selective pressures. Some species of spurges 
(family Euphorbiaceae) that grow in dry habitats are 
commonly thought by non-botanists to be cacti, even 
though they are quite unrelated. 
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Species of cacti in North America 


Species of cacti are prominent in many arid and 
semi-arid habitats in the Americas. Cacti provide 
important elements of the habitat for many species of 
animals, especially larger species such as saguaro and 
candelabra cacti. 


One of the most familiar groups of cacti are the 
prickly-pears, beaver-tails, or chollas (Opuntia spp.), of 
which there are about 300 species. These species have 
flattened, succulent, segmented stems (sometimes known 
as stem-joints), and are usually well-armed with spines of 
various sizes. Opuntia lindheimeri is a red- or yellow- 
flowered species that grows in Louisiana, Texas, and 
northeastern Mexico. This plant can reach a height of 
almost 13 ft (4 m) and can sometimes form dense thick- 
ets. Opuntia macrorhiza is a yellow-flowered species that 
grows in dry prairies from Kansas and Missouri to 
Texas. Opuntia imbricata has cylindrical instead of flat- 
tened stems, grows as tall as 6.6 ft (2 m), has red- or 
purple-colored flowers, and is commonly known as the 
tree or candelabra cactus. Opuntia compressa or the 
beaver-tail is a low-growing, yellow-flowered, eastern 
species that ranges from Massachusetts to Georgia. 
Opuntia fulgida or cholla occurs in the Sonora and 
other deserts of the southwestern United States and 
Mexico. 


The pin-cushion cacti (Mammillaria spp.) are 
about 300 species of relatively small cacti that have 
spherical stems, with numerous, small, spiny, nipple- 
like protuberances on their surface. Mammillaria 
microcarpa and M. thornberi are species native to the 
southwestern states and Mexico. 


The hedge or candelabra cacti (Cereus spp.) are 
made up of about 40 species. The barbed-wire cactus 
(Cereus pentagonus) is an arching, sometimes climbing 
species that grows in southern Florida, while the 
organ-pipe cactus (C. thurberi) is an erect, multi- 
stemmed species of deserts of Arizona and Mexico, 
which can achieve a height greater than 39 ft (12 m). 
The desert night-blooming cereus (C. greggii) occurs 
in deserts of the southwestern United States and 
Mexico. The odorous, nectar-rich, white flowers of 
this species open synchronously on only a few nights 
each year, and are pollinated by bats and hawk moths. 


The saguaro, giant, or tall cactus (Carnegiea 
giganteus, sometimes known as Cereus giganteus) is 
a spectacular, multi-columnar species that dominates 
the landscape of deserts of Arizona and down into 
Mexico. This candelabra-like species can grow as 
tall as 49 ft (15 m) and has showy flowers that are 
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pollinated by bats, birds, moths, and bees. The saguaro 
is an important component of the habitat of many 
species of animals. The gila woodpecker (Centurus uro- 
pygalis) and gilded flicker (Colaptes chrysoides) exca- 
vate nesting cavities in the saguaro cactus, and when 
these are abandoned they may be used secondarily by 
elf owls (Micrathene whitneyi) and other species of 
birds. The cactus wren (Campylorhynchus brunneicapil- 
lus) is another prominent species in saguaro-dominated 
deserts. In addition, many species of animals feed on 
the nectar of the saguaro, and on the bright-red, juicy 
pulp of its ripened fruits. 


The barrel cacti (Echinocactus spp.) are seven species 
with stout, rotund, barrel-like stems. The barrel cactus 
(Echinocactus polycephalus) is a relatively large species of 
the southwestern states and Mexico, while the horse 
crippler (E. texensis) and star cactus (E. asterias) are 
smaller species. The hedgehog cacti (Echinocereus spp.) 
are 70 species with relatively small, densely aggregated, 
spiny stems. The red-flowered hedgehog cactus (E. triglo- 
chidiatus) occurs widely in arid habitats of the southwest- 
ern United States and Mexico. The organ-pipe cacti 
(Lemaireocereus spp.) are 25 species of tall, multi- 
stemmed, columnar cacti, including the candebobe 
(L. weberi) of Mexico. The barrel cacti (Ferocactus spp.) 
are 35 species of stout, short-columnar species, including 
F. acanthodes, F. wislizenii, and F. covillei of the south- 
western states and Mexico. 


Economic importance of cacti 


Many species of cacti are highly prized by horticul- 
turalists as botanical oddities and ornamental plants. 
These may be cultivated for their beautiful flowers, the 
aesthetics of their stems and spines, or merely because 
the plants have a strange-looking appearance. In addi- 
tion, many people like to grow cacti because they are 
relatively easy to maintain—it does not matter much if 
you forget to water your cacti for a few days, or even a 
few weeks or more. In fact, over-watering is usually the 
greatest risk to most cacti that are kept as house plants, 
because too much moisture will pre-dispose these 
drought-adapted plants to developing fungal and bac- 
terial diseases, such as soft-rot. 


Virtually any of the native species of cacti of North 
America may be used in horticulture, as are many of 
the species of Central and South America. The genera 
Mammillaria and Opuntia are most commonly grown, 
but virtually any species may be found in cultivation 
around or in homes and greenhouses. One of the most 
common and familiar species is the Christmas cactus 
(Zygocactus elegans), a flat-stemmed, red-, pink-, or 
white-flowered species that is grown as a garden and 
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house plant. This species blooms during the winter, and 
florists often induce this plant to bloom around 
Christmas-time, when it is commonly sold as a living 
ornament to brighten homes during that festive season. 
The candelabra cactus (Cereus peruvianus) is a tree- 
sized species native to South America that is commonly 
cultivated outdoors in hot climates, or in greenhouses 
in colder climates. 


Many species of cacti can be rather easily trans- 
planted from natural habitats into the vicinities of 
homes and businesses, where they may be used as 
central components of low-maintenance gardens in 
places where rainfall is sparse, and the development 
of grassy lawns would require an excessive use of 
scarce and expensive water. Wild cacti are also col- 
lected to grow in or around the home, and to develop 
private collections of these interesting plants. 


Unfortunately, most species of cacti re-colonize 
disturbed sites very slowly and infrequently. Extensive 
losses of cactus habitat to industrial and residential 
developments, coupled with excessive collections of 
wild plants, have resulted in the populations of some 
species of cacti becoming endangered. In some areas, 
populations of wild cacti must be guarded against 
illegal, often nocturnal collecting of valuable plants 
for horticultural purposes. Unfortunately, it is diffi- 
cult to protect many endangered cacti from poaching. 
This is because of the extensive areas that must be 
patrolled, in the face of multi-million-dollar profits 
that can potentially be made in the illicit cactus 
trade. Some species of cactus are now critically endan- 
gered in the wild because of excessive, illegal collect- 
ing, and this represents an important ecological 
problem in many areas. 


The most commonly edible cactus fruit is that of 
Opuntia species, especially O. ficus-indica. The fruits of 
prickly-pears, sometimes known as apples or tunas, 
can be eaten directly or used to make a jelly. Prickly- 
pear fruits are considered to be a delicacy around 
Christmas time in some regions. 


Peyote or mescal buttons (Lophophora williamsii) is 
a cactus containing several alkaloids in its tissues that 
are used as a hallucinogen and folk medicine. Peyote is 
important in the culture of some tribes of native 
Amerindians in the southwestern United States and 
Mexico, especially in the vicinity of the Rio Grande 
River. These aboriginal peoples use peyote to induce 
religious experiences and revelations. Peyote is also 
commonly used as a recreational drug by many people, 
and by several religious cults. 


Some species of spiny cacti, such as Opuntia, are 
used as living fences, for example, to keep livestock out 
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KEY TERMS 


Berry—A soft, multi-seeded fruit, developed from a 
single, compound ovary. 


Cuticle—A waxy, superficial layer that covers the 
foliage of vascular plants, and the stems of cacti. 


Monoecious—This is a plant breeding system in 
which male and female reproductive structures 
are present on the same plant, and in the case of 
cacti, in the same flowers. 


Perfect—in the botanical sense, this refers to flow- 
ers that are bisexual, containing both male and 
female reproductive parts. 


Stomate—These are microscopic pores in the leaf 
or stem cuticle, bordered by guard cells which 
control opening or closing of the pore. 


Succulent—Having thick, fleshy leaves or stems 
that conserve moisture. 


Xerophyte—A plant adapted to dry or drought 
prone habitats. 


of gardens. The long, sharp spines of other cacti were 
used as needles in some of the earliest types of phono- 
graphs. The “wood” of the saguaro cactus has long 
been used by Amerindian peoples, and is still utilized 
to make crafts and novelty furniture. 


A few species of cacti have become pests, or weeds, 
when they escaped from cultivation in places where 
they were not native, and were not controlled by dis- 
eases or herbivores. The best known example is that of a 
prickly pear cactus (Opuntia spp.) that was imported to 
Australia from North America for use as an ornamen- 
tal plant and living fence, but became invasive and a 
serious weed of rangelands. This pest has now been 
almost completely controlled through the introduction 
of one of its natural herbivores, the moth Cactoblastis 
cactorum, whose larvae feed on the cactus. 


See also Hallucinogens; Spurge family. 


Resources 
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Benson, L. The Cacti of the United States and Canada. 
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l CAD/CAM/CIM 


CAD/CAM is an acronym for computer-aided 
design and computer-aided manufacturing. The use 
of computers in design and manufacturing applica- 
tions makes it possible to remove much of the tedium 
and manual labor involved. For example, the many 
design specifications, blueprints, material lists, and 
other documents needed to build complex machines 
can require thousands of highly technical and accurate 
drawings and charts. If the engineers decide structural 
components need to be changed, all of these plans and 
drawings must be changed. Prior to CAD/CAM, 
human designers and draftspersons had to change 
them manually, a time consuming and error-prone 
process. When a CAD system is used, the computer 
can automatically evaluate and change all correspond- 
ing documents instantly. In addition, by using inter- 
active graphics workstations, designers, engineers, 
and architects can create models or drawings, increase 
or decrease sizes, rotate or change them at will, and see 
results instantly on screen. 


CAD is particularly valuable in space programs, 
where many unknown design variables are involved. 
Previously, engineers depended upon trial-and-error 
testing and modification, a time consuming and 
possibly life-threatening process. However, when 
aided by computer simulation and testing, a great 
deal of time, money, and possibly lives can be saved. 
Besides its use in the military, CAD is also used in 
civil aeronautics, automotive, and data processing 
industries. 


CAM, commonly utilized in conjunction with 
CAD, uses computers to communicate instructions to 
automated machinery. CAM techniques are especially 
suited for manufacturing plants, where tasks are repet- 
itive, tedious, or dangerous for human workers. 


Computer integrated manufacturing (CIM), a 
term popularized by Joseph Harrington in 1975, is 
also known as autofacturing. CIM is a programmable 
manufacturing method designed to link CAD, CAM, 
industrial robotics, and machine manufacturing using 
unattended processing workstations. CIM offers unin- 
terrupted operation from raw materials to finished 
product, with the added benefits of quality assurance 
and automated assembly. 


CAE (computer-aided engineering), which 
appeared in the late 1970s, combines software, hard- 
ware, graphics, automated analysis, simulated opera- 
tion, and physical testing to improve accuracy, effective- 
ness, and productivity. 
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ACAD system used for Boeing airplanes. (© Ed Kashi/Phototake NYC.) 


| Caddisflies 


North America’s streams, rivers, and lakes are home 
to more than 1,200 different species of caddisflies, which 
are aquatic insects in the order Trichoptera. Adaptations 
to different water conditions and food types allow this 
group of insects to populate a variety of habitats in 
America’s waters. 


Caddisflies are best known and most easily iden- 
tified in their larval stages. Most caddisfly larvae either 
spin shelters of silk or build tubular cases. The type of 
shelter can be used to assign caddisflies to their differ- 
ent families. Some species make shelters from the 
hollow stems of grasses. Others inhabit shelters con- 
structed from rock fragments, pieces of bark, or other 
available materials. Some species of caddisfly carry 
their shelters with them as they graze on the algae on 
rocks; others remain anchored to a rock. Caddisflies 
that spin silk shelters also spin nets that filter out food 
particles from the flowing water. 


Immature caddisflies are aquatic and must obtain 
oxygen from the water. Mobile caddisfly larvae move 
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water through their gills. Sedentary caddisfly larvae 
make undulating movements to move water across 
their gills. The larval cases of sedentary caddiflies restrict 
or direct flow in some essential way, for if the cases are 
removed, the larvae usually die. 


Like many other insects, caddisflies undergo com- 
plete metamorphosis, from egg to larva to pupa to 
adult. The aquatic larvae eventually spin a cocoon or 
pupal case and become dormant. At the end of the 
pupation period, adult caddisflies break free of their 
cocoons and swim to the surface. There, the new 
adults dry their wings and begin their short adult 
lives as active, sexually mature air-breathing insects. 


Most adult caddisflies live less than a month. 
During that time, they are inactive during the day, 
and active at night. Adult caddisflies feed on plant 
nectar, or other plant liquids. After the females have 
mated, they lay their eggs. Where they lay their eggs 
depends on their species. The female of one caddisfly 
species remains underwater for more than 15 minutes 
as she lays her eggs. A female of another species 
deposits her eggs on plants above water, while another 
lays her eggs on the water surface—the mass of eggs 
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EGG MASS 


The eggs hatch 
within a few days. 


When the pupa matures, 
it cuts or bites its way out 
and swims to the surface 
of the water to complete 
its transformation to a 
flying adult. 


Most of the case and retreat 
making species close off the 


ends of their shelters and 
pupate within them. 


Larvae of most species go through 
five instars (a few up to seven), 
gaining size each time. 


LARVAL CASE 


Caddisfly larvae are known for the retreats, 
nets and cases they create (although there 
are some free-living species). 


Awide variety of materials are employed by 
case-making larvae, including sand, bits of 
shells, and plant material, all held together 
with a silky substance secreted from the 


For many caddis larvae, the type of case created 
is indicative of its family, for others it isn't. 


The life cycle of a caddisfly. (Hans & Cassidy. Courtesy of Gale Group.) 


then absorbs water, sinks, and adheres to an under- 
water rock or other surface. 


Asan order, caddisflies are associated with a variety 
of aquatic habitats: rushing mountain streams, ephem- 
eral spring seeps, slow-moving rivers and tranquil lakes. 
A single habitat, such as a stream, can support several 
different species of caddisflies as part of a complex 
aquatic food web. The larvae of a species grazes on 
algae on rocks, another feeds on leaves and other plant 
parts that fall into the water, shredding the material into 
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fine particles. Another species filters food from the fast- 
moving rapids, while another species catches of food 
items that flow by in slower-moving waters. 


Caddisflies specialize in how they acquire food 
rather than in the type of food they ingest. These 
specializations make caddisflies one of the most varied 
and abundant species of aquatic insects in North 
America. 


Cadmium see Element, chemical 
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| Caecilians 


Caecilians are long, worm-like legless amphibians 
in the order Gymnophiona (sometimes known as 
Apoda, meaning without legs). There are 165 species 
of caecilians, in 33 genera. Little is known about these 
animals, and few species have common names. Most 
of the caecilians are tropical or subtropical, and occur 
in Central and South America, Africa, and south and 
Southeast Asia. 


Caecilians grow up to 5 ft (1.5 m) in length in the 
case of Caecilia thompsoni of Colombia. Caecilians are 
virtually all body, with almost no tail. They do not 
even have rudimentary leg or girdle bones, and have 
probably been a distinct amphibian lineage for a very 
long time. However, caecilians have a sparse fossil 
record, so little is known about their evolutionary 
history. 


Caecilians are generally a uniformly or mottled 
gray in color, and somewhat lighter beneath. They 
have a small mouth, nostrils, and small eyes incapable 
of movement and covered by skin. These eyes are 
probably only able to sense changes in light intensity. 
Caecilians have numerous ring-like, segmental 
grooves along their body, which enhance their super- 
ficial resemblance to earthworms. 


Most caecilians live secretively in burrows made in 
moist soil or in forest litter, often near streams and 
wetlands. Some species occur in aquatic habitats, 
where they also burrow in soft substrates. Caecilians 
feed on invertebrates, some species specializing in 
earthworms or termites. The skull of caecilians is heav- 
ily boned, and the skin adheres to the skull—both of 
these are adaptations to the chisel-like burrowing 
methods of these animals. 


Caecilians have internal fertilization, a relatively 
uncommon trait among amphibians. About one-half 
of caecilian species lay eggs that are guarded by the 
female, which coils around them until hatching occurs. 
The other species of caecilians are viviparous, meaning 
the eggs are retained within the reproductive tract of 
the female, where they develop and hatch into mini- 
ature adults. The larvae feed on their egg yolk, on a 
rich maternal secretion known as “uterine milk,” and 
by scraping nutritious material from the lining of the 
reproductive tract of their mother. After a relatively 
long gestation period of 9-11 months, the baby caecil- 
ians emerge as fully metamorphosed but miniature 
replicas of the adults. 
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| Caffeine 


Caffeine, scientific name methylxanthine, is an 
alkaloid found in coffee, tea, chocolate, and other 
natural foods. It is also a component of cola soft 
drinks. Caffeine has been a part of the human diet 
for many centuries and is one of the most widely 
used central nervous system stimulants worldwide. In 
recent years, research has raised questions about pos- 
sible deleterious health effects of caffeine, but no 
definitive conclusions have been reached about the 
harmfulness of moderate amounts. 


Chemistry of caffeine 


Caffeine’s chemical name is 3,7-dihydro-1,3,7- 
trimethyl-1H-purine-2,6-dione. It is also known as 
theine, methyl theobromine, and 1,3,7-trimethylxan- 
thine. Its molecular formula is CgH;gN4O> « H2O, and 
it consists of bicyclic molecules derived from the 
purine ring system. 


In its pure form, caffeine is a fleecy white solid or 
long silky crystals. It is odorless, but has a distinctive 
bitter taste. When heated, caffeine loses water at 176°F 
(80°C), sublimes at 352.4°F (178°C), and/or melts at 
458.2°F (236.8°C). It is only slightly soluble in water 
and alcohol, but dissolves readily in chloroform. 
Water solutions of caffeine are essentially neutral 
(pH = 6.9). 


Caffeine is a member of the alkaloid family, a 
group of compounds obtained from plants whose mol- 
ecules consist of nitrogen-containing rings. In general, 
alkaloids tend to have identifiable physiological 
effects on the human body, although these effects 
vary greatly from compound to compound. 


History 


The use of caffeine is thought to go back as far as 
the Stone Age, which began about 2.5 million years ago 
and ended in some parts of the world only about 5,000 
years ago. It would probably be safe to say that caffeine 
was a regular part of the human diet for thousands of 
years. Although the pleasures of coffee, have been 
known to humans for centuries, the isolation of caffeine 
from these beverages was accomplished only in the 
early 1800s. During the 1820s, researchers identified 
the active agents in tea and chocolate and gave them a 
variety of names such as guaranin. In 1840, T. Martins 
and D. Berthemot independently showed that these 
compounds are all identical with caffeine. Caffeine 
itself was originally called cofeine or caffein and only 
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Caffeine 


in the late 1820s was given the name by which it is 
known today. 


Much of the work leading to the full character- 
ization of caffeine’s molecular structure was com- 
pleted by German chemist Emil Fischer (1852-1919). 
Fischer first synthesized the compound from raw 
materials in 1895, and two years later derived its pre- 
cise structural formula. 


Sources 


Of all the commercial sources of caffeine, guarana 
paste has the highest concentration of the pure com- 
pound, about 4%. Guarana paste is made from the 
seed of the Paullinia tree, found primarily in Brazil. 
More common sources of caffeine contain lower con- 
centrations of the compound: 1.1 to 2.2% in coffee 
beans; 3.5% in tea leaves; and 1.5% in kola nuts. 
Other less common sources of caffeine include maté 
leaves, obtained from the Ilex plant (less than 0.7% 
caffeine), and yoco bark, obtained from the Paullinia 
yoco tree (2.7% caffeine). 


Because of the way in which these foods are pre- 
pared, the above data do not give an accurate picture 
of the amount of caffeine that people consume. The 
average cup coffee, for example, contains approxi- 
mately 100 to 150 mg of caffeine; the average cup of 
tea, 50 mg of caffeine; and the average cup of cocoa, 
about 5 mg of caffeine. Cola drinks tend to contain 35 
to 55 mg of caffeine, and the average chocolate bar 
contains about 20 mg of the compound. Beginning in 
1997 and continuing into the 2000s, products are 
increasingly introduced that contain caffeine includ- 
ing bottled water and chewing gum. 


Pharmacological effects 


The most important physiological effect of caf- 
feine is that it stimulates nerve cells, particularly 
those in the brain. It appears that caffeine molecules 
bind to neurotransmitter receptor sites in nerve cells, 
causing the continual stimulation of those cells. This 
property explains the most common clinical symp- 
toms of caffeine ingestion: wakefulness, excitability, 
increased mental awareness, and restlessness. 


Caffeine affects nerve tissue in the brain much 
more quickly than it does nerve tissue anywhere else 
in the body. As a result, it will bring about muscular 
changes such as convulsions only with very high doses 
of the drug—10 g or more, the equivalent of drinking 
70 to 100 cups of coffee in a short time. Death from 
caffeine overdose is, therefore, extremely unlikely. 
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Teratogenic and mutagenic effects 


Concerns about the possible health effects of con- 
suming caffeine have been expressed for well over a 
hundred years. Recent concern about its physiological 
effects tends to focus on mutagenic and teratogenic 
effects. Mutagenic effects are those that change the 
reproductive genes, producing mutations in subse- 
quent generations. Scientific reports have also 
appeared connecting the consumption of large doses 
of caffeine with particular types of cancer. However, 
the significance of such findings to the average coffee 
or tea drinker is unclear. 


The situation with teratogenic effects—those that 
affect the fetus while it is still in the womb—is 
somewhat clearer. Caffeine passes readily across 
the placental lining, exposing the fetus to concentra- 
tions of the stimulant that are comparable to those 
in the mother’s blood. Since the developing nervous 
system of the fetus is more likely to be affected 
by the drug than is the mother’s, a reduction in 
caffeine intake is often recommended for pregnant 
women. 


Usage, tolerance, and Interactions 


People who use large amounts of caffeine over 
long periods of time build up a tolerance to it. When 
that happens, they have to use additional caffeine to 
receive the same effects. Heavy caffeine use can also 
lead to dependence. Thus, if the person stops using 
caffeine abruptly, withdrawal symptoms may occur. 
These symptoms can include throbbing headaches, 
fatigue, drowsiness, yawning, irritability, restlessness, 
vomiting, or runny nose. These symptoms can persist 
for as long as one week if caffeine is avoided. Then the 
symptoms usually disappear. 


Caffeine cannot replace sleep and should not 
be used regularly to stay awake as the drug can 
lead to more serious sleep disorders, like insomnia. 
When determining caffeine dosage, consider how 
much caffeine is being consumed from all sources 
such as coffee, tea, chocolate, soft drinks, and 
other foods and drinks. Check with a pharmacist 
or physician to find out how much caffeine is safe 
to use. 


Caffeine may cause problems for people with the 
following medical conditions: food or drug allergies, 
peptic ulcer, heart arrhythmias or palpitations, heart 
disease or recent heart attack, high blood pressure, 
liver disease, insomnia (trouble sleeping), anxiety or 
panic attacks, agoraphobia (fear of being in open 
places), and premenstrual syndrome (PMS). 
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KEY TERMS 


Mutagenic—Any substance or form of energy that 
can bring about changes in DNA molecules, 
thereby leading to changes in an organism’s genetic 
make-up. 

Pharmacological—Having to do with the proper- 
ties, uses, and effects of drugs. 


Teratogenic—Any substance that can bring about 
changes in a fetus prior to birth. 


At recommended doses, caffeine can some- 
times cause restlessness, irritability, nervousness, 
shakiness, headache, lightheadedness, sleeplessness, 
nausea, vomiting, and upset stomach. At higher 
than recommended doses, caffeine can cause excite- 
ment, agitation, anxiety, confusion, a sensation of 
light flashing before the eyes, unusual sensitivity to 
touch, unusual sensitivity of other senses, ringing 
in the ears, frequent urination, muscle twitches or 
tremors, heart arrhythmias, rapid heartbeat, flush- 
ing, and convulsions. 


Certain drugs interfere with the breakdown of caf- 
feine in the body. These include oral contraceptives that 
contain estrogen, the antiarrhythmia drug mexiletine 
(Mexitil®), the ulcer drug cimetidine (Tagamet®), and 
the drug disulfiram (Antabuse®), used to treat alcohol- 
ism. Caffeine may also interfere with the body’s absorp- 
tion of iron. Anyone who takes iron supplements 
should take them at least an hour before or two hours 
after using caffeine. 
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| Caisson 


A caisson is a hollow structure made of concrete, 
steel, or other materials that can be sunk into the 
earth. It used as the substructure for a bridge, a build- 
ing, or other large structures. Caissons come in many 
sizes and shapes depending on their future use. The 
one shared feature of caissons is that their bottom 
edges are sharp so they easily can be sunk into the 
ground. These sharp edges are known as the cutting 
edges of the caisson. 


General principle 


The purpose of using a caisson in construction is 
to provide a temporary structure from which the earth 
(such as soil and bedrock), water, and other materials 
can be removed and into which concrete or some other 
fill material can be placed. For example in the con- 
struction of a bridge it may be necessary to burrow 
into the soil at the bottom of a river until bedrock is 
reached. One way of doing this is to sink a caisson 
filled with compressed air into the river until it reaches 
the river bottom. Workers then can go into the caisson 
and dig soil out of the riverbed until they come to 
bedrock. As they remove soil, it can be transported 
upward out through the caisson. During this process, 
the caisson continues to sink more deeply into the 
riverbed until it reaches bedrock. At that point con- 
crete may be poured into the caisson to form the low- 
est section of the new bridge pier. 


Caissons may consist of a single unit looking like a 
tin can with both ends cut out. On the other hand, they 
may be subdivided into a number of compartments 
similar to a honeycomb. One factor in determining the 
shape of the caisson is the area it must cover. The 
larger the size of the caisson the more necessary it 
may be to subdivide it into smaller compartments. 


Types of caissons 


There are four types of caissons: box, open, com- 
pressed-air, and monolith. Box caissons (also called 
floating caissons) are pre-fabricated box-like contain- 
ers with sides and a bottom. Open caissons are box 
caissons without a bottom. Compressed-air caissons 
(also called pneumatic caissons) are caissons in which 
the caisson is closed at the top but open at the bottom, 
and compressed air is used. Monolith caissons are 
similar to large open caissons, but are built to resist 
large impacts. 


All caissons feature the shape of a tube, often with 
a cylindrical contour but it may also be rectangular, 
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KEY TERMS 


Bedrock—A portion of Earth’s mantle made of solid 
rock on which permanent structures can be built. 


Cutting edge—The bottom edge of a caisson that 
has sharp edges and sinks into the earth of its own 
weight. 


Pier—One of the vertical structures on which a 
bridge, skyscraper, or other structure is supported. 


Reclamation—The process by which seawater is 
pumped out of an area in order to create new land 
for farms, homes, and other human habitation. 


elliptical, or some other form. Some caissons are open 
at both ends; some are open only at the top; and some 
are open only at the bottom. It depends on the way 
each type of caisson is to be used. 


A caisson open at both ends might be used to lay 
down a pier for a new skyscraper. The caisson would 
be driven into the ground to a certain depth and the 
earthy material inside the caisson would be scooped 
out. Depending on the depth of the pier required, one 
long open cylindrical caisson could be used or a 
sequence of shorter caissons could be laid down one 
on top of the other. When the caisson(s) have been 
inserted to the desired depth and all the soil within 
them removed they might be filled with concrete. The 
decision as to whether to remove the caissons them- 
selves before adding concrete would depend on the 
surrounding soil’s nature. If the soils were too unstable 
to hold their shape the caisson would be left in place. 
With stable soils the caisson could be removed. 


A caisson closed at the bottom and open at the top 
is a floating caisson. This type of caisson often is used 
in the construction of bridge piers. The caisson is 
constructed on land of concrete, steel, wood, or some 
other material and floated to its intended position in a 
river, lake, or other body of water. The caisson then is 
filled with gravel, concrete, or some other material. It 
is then allowed to sink to the riverbed. The filled 
caisson then becomes the lowest portion of the new 
bridge pier. A floating caisson can be used only if 
engineers can be assured that the soil beneath and 
around the filled caisson will not wash away. 


One interesting application of the floating caisson 
is in the reclamation of land from the North Sea 
around the Netherlands. In the first stage of this proc- 
ess a series of floating caissons are moved into the 
ocean where they are arranged to form a new dike 
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system. Ocean water trapped within the line of cais- 
sons is pumped out to form new farmland. 


A caisson closed at the top and open at the bottom 
is a pneumatic caisson. This type of caisson is gener- 
ally used in underwater construction projects. It can be 
used only if air is pumped in to produce a pressure 
greater than water pressure outside. Workers entering 
a pneumatic caisson must first pass through an inter- 
mediate chamber that allows their bodies to adjust 
from normal atmospheric pressure to the higher pres- 
sure within the caisson or vice versa. Pneumatic cais- 
sons cannot be used at a depth of more than about 120 
ft (36.6 m). Beyond that point, the air pressure needed 
inside the caisson to keep out water is too great for the 
human body to withstand. 


See also Bridges. 
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| Calcium 


Calcium is a chemical element, a member of the 
alkaline-earth metals group, represented by the atomic 
symbol Ca and the atomic number 20. It has an atomic 
weight of 40.08. In its pure form, calcium (from the 
Latin calx, meaning lime) is a silvery-white metal, 
although it is never found naturally in this free state. 
It is, however, one of the most abundant substances on 
Earth, comprising approximately 3.64% of Earth’s 
crust. 


Pure calcium metal has a melting point of 
1547.6°F (842°C) and boils at 2,703°F (1,484°C). It 
consists of six stable isotopes with mass numbers 
between 40 and 48. By far the most abundant, how- 
ever, is *°Ca, which constitutes 96.941% of all the 
calcium atoms that are found in nature. Calcium is 
used in the production of many products including 
glass, batteries, and steel. It also combines readily 
with many other elements, and these compounds are 
used as well for a variety of purposes. 
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The abundance of calcium compounds in nature 
and their value as building materials assured that they 
would be found and used by humans very early in 
history. Limestone and marble have long been popular 
building materials, while mortar and plaster of Paris 
have also found a variety of applications in the 
construction business. All of these materials contain 
calcium. Calcium compounds are very stable, how- 
ever, and finding a way to extract the pure metal 
from its compounds proved to be a serious challenge 
to chemists. Calcium was not known as an element 
until the early 1800s. During this time, chemists who 
were trying to prove the existence of unknown metals 
in natural compounds began using the newly discov- 
ered phenomenon of electricity to break them apart. 
English chemist Sir Humphry Davy (1778-1829), who 
was a pioneer in the field of electrochemistry, first 
isolated elemental calcium in 1808 by electrolyzing a 
mixture of lime and mercuric oxide. Today, calcium 
metal is obtained by electrolyzing molten calcium 
chloride (CaClz) or by reducing calcium oxide with 
aluminum metal. 


Calcium is the fifth most abundant element (after 
oxygen, silicon, aluminum and iron), in Earth’s crust, 
making up 3.63% of the crust by weight. It occurs in the 
form of minerals such as limestone (calcium carbonate, 
CaCO3), gypsum (calcium sulfate, CaSO4e2H,O) and 
fluorite (calcium fluoride, CaF). 


In living things, calcium is a component of leaves, 
bones, teeth, shells, and coral. Calcium plays a crucial 
role in good health, although its biological significance 
came to be understood only during the late nineteenth 
century. It is the most abundant metallic element in the 
human body, comprising about 1.4% of body weight. 
This makes it even more prevalent than iron. Ninety- 
nine percent of the body’s calcium is stored in the 
skeleton and teeth. Bones are 70% calcium by weight, 
which gives them their strength and rigidity. The 
remaining 1% circulates in the bloodstream, where, 
as American biochemist Elmer McCollum proved in 
the early 1900s, it is essential for muscle contractions. 
Calcium helps regulate contractions of the most 
important muscle in the body—the heart. This was 
discovered in 1882, when British physician Sydney 
Ringer (1835-1910) showed that a heart would con- 
tinue to beat in a solution of salt, calcium, and other 
chemicals. 


Among its many other functions, calcium plays 
a role in the transmission of nerve impulses and aids 
blood clotting. Too little calcium in the diet can cause 
osteoporosis, a progressive weakening of the bones. 
Rickets can occur if there is insufficient vitamin D to 
aid calcium metabolism. Natural food sources of 
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calcium include milk and dairy products, leafy green 
vegetables, and canned sardines. Calcium supplements 
are often recommended to prevent these diseases in 
older people, especially women. 


Calcium is a very active metal and is never found 
uncombined in nature. It tarnishes quickly when 
exposed to air and burns with a bright yellowish red 
flame, forming mostly calcium nitride (Ca3N>). It 
reacts directly with water to form calcium hydroxide 
[Ca(OH),] and hydrogen gas. Because of its strong 
reducing power, it is used to produce other metals 
such as thorium and uranium by reducing their com- 
pounds, and to purify various alloys by removing 
oxides and sulfides. Calcium forms useful alloys with 
aluminum, copper, and lead. 


Many calcium compounds have important uses. 
When water is added to calcium carbide (CaC,) the 
highly flammable gas acetylene (C 2H2) is produced; it 
is used in lamps and welding torches, and as a starting 
material in the synthesis of many organic compounds. 
Calcium chloride (CaCl,) is used as a drying agent, 
because it is a deliquescent solid: it can absorb so much 
water from the air that it turns into a liquid. It is also 
used as a more effective and less corrosive substitute 
for common salt (NaCl) for melting ice on roads in the 
winter. Calcium hypochlorite [Ca(OCl),] is used as a 
bleach. Calcium phosphate [Ca3(PO,4)2] and calcium 
cyanamide [Ca(CN),] are used in the production of 
fertilizers. Other calcium compounds include the min- 
erals fluorspar, phosphorite, gypsum, and apatite. 
Calcium acetate is used in the production of plastics, 
and calcium hypochlorite is a bleaching agent and 
disinfectant. 


By far the most important of these calcium com- 
pounds is lime (calcium oxide; CaO). Lime usually 
ranks in the top five chemicals produced in the 
United States in any one year. Each year, close to 45 
billion Ibs (20 billion kg) of the compound are pro- 
duced in the United States. 


The most important use of lime is in the produc- 
tion of metals. It is used during the manufacture of 
steel to remove unwanted sand (silicon dioxide; SiO>) 
present in iron ore: CaO + SiO, — CaSiO3. The 
calcium silicate (CaSiO3) formed in this reaction is 
removed as slag. Lime is widely used to make cement 
(lime and clay), mortar (cement, sand, and water) and 
concrete (cement, sand, gravel, and water). It is also 
used in the manufacture of glass. 


Lime is also used in pollution control. Waste gases 
from manufacturing and industrial processes often 
contain noxious gases that must be removed as they 
exit the plant. One way to remove unwanted gases is to 
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pass them through a solution of calcium oxide in the 
smokestack. The calcium oxide reacts with and 
removes certain harmful gases, such as sulfur dioxide 
(SO3): CaO + SO — CaSo3. 


Another use of lime is in water purification and 
water treatment plants. Lime combines with water to 
form calcium hydroxide [Ca(OH),], also known as 
slaked lime. Slaked lime is a sticky precipitate that 
sinks to the bottom of a tank, carrying with it impur- 
ities such as suspended particles and disease-causing 
microorganisms. 


See also Alkaline earth metals; Alloy; Calcium 
propionate; Element, chemical; Hard water. 


| Calcium carbonate 


Calcium carbonate, CaCO3, is one of the most 
common compounds on Earth, making up about 7% 
of Earth’s crust. It occurs in a wide variety of mineral 
forms, including limestone, marble, travertine, and 
chalk. Calcium carbonate also occurs combined with 
magnesium as the mineral dolomite, CaMg (CO3)p. 
Stalactites and stalagmites in caves are made of cal- 
cium carbonate, as are a variety of animal products, 
notably coral, seashells, eggshells, and pearls. 


Calcium carbonate has two major crystalline 
forms—two different geometric arrangements of the 
calcium ions and carbonate ions that make up the 
compound—aragonite and calcite. All calcium carbo- 
nate minerals are conglomerations of various-sized 
crystals of these two forms, packed together in differ- 
ent ways and containing various impurities. The large, 
transparent crystals known as Iceland spar, however, 
are pure calcite. 


In its pure form, calcium carbonate is a white 
powder with a specific gravity of 2.71 in the calcite 
form or 2.93 in the aragonite form. When heated, it 
decomposes into calcium oxide (CaO) and carbon 
dioxide gas (CO). It also reacts vigorously with 
acids to release a froth of carbon dioxide bubbles. It 
is said that Cleopatra, to show her extravagance, dis- 
solved pearls in vinegar (acetic acid). 


Every year in the United States alone, tens of 
millions of tons of limestone are dug, cut, or blasted 
out of huge deposits in Indiana and elsewhere. It is 
used mostly for buildings and highways and in the 
manufacture of steel, where it is used to remove silica 
(silicon dioxide, SiOz) and other impurities in the iron 
ore. Calcium carbonate decomposes to calcium oxide 
in the heat of the furnace, and the calcium oxide reacts 
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with the silica to form calcium silicates (slag), which 
float on the molten iron and can be skimmed off. 


Calcium carbonate deposits can be formed in sea- 
water when calcium ions dissolved from other miner- 
als react with dissolved carbon dioxide (carbonic acid, 
H,CO3). The resulting calcium carbonate is insoluble 
in water and sinks to the bottom. 


Most of the calcium carbonate deposits found 
today were formed by sea creatures millions of years 
ago when oceans covered much of what is now land. 
They manufactured shells and skeletons of calcium 
carbonate using the calcium ions and carbon dioxide 
in the oceans, just as clams, oysters, and corals do 
today. When these animals died, their shells settled 
on the sea floor. Now, long after the seas have gone, 
they have been compressed into thick deposits of lime- 
stone. England’s White Cliffs of Dover are chalk—a 
soft, white porous form of limestone made from the 
shells of microscopic sea creatures called Foraminifera 
that lived about 136 million years ago. Blackboard 
“chalk,” in contrast, is mostly gypsum, or calcium 
sulfate (CaSOx,). 


In pearls—which mollusks make when irritated 
by a foreign body in their flesh—and in seashells, the 
individual CaCO; crystals are invisibly small, even 
under a microscope. But they are laid down in such a 
perfect order that the result is smooth, hard, shiny, 
and sometimes even iridescent, as in the rainbow col- 
ors of abalone shells. In many cases, the mollusk 
makes its shell by laying down alternating layers: cal- 
cite, aragonite, calcite, aragonite, and so on. This gives 
the shell great strength, as in a sheet of plywood in 
which the grain of the alternating wood layers runs in 
crossed directions. 


| Calcium oxide 


Calcium oxide (CaO), more commonly known as 
lime or quick lime, has been studied by scholars as far 
back as the pre-Christian era. In his book Historia 
Naturalis, for example, Pliny the Elder discussed the 
preparation, properties, and uses of lime. Probably the 
first scientific paper on the substance was Dr. Joseph 
Black’s “Experiments Upon Magnesia, Alba, Quick-lime, 
and Some Other Alkaline Substances,” written in 1755. 


Lime does not occur naturally since it reacts so 
readily with water (to form hydrated lime) and carbon 
dioxide (to form limestone). It is produced in very 
large quantities synthetically, however, by the heating 
of limestone. For many years, calcium oxide has 
ranked among the top ten chemicals in the United 
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States in terms of production. Other common names 
by which the compound is known include burnt lime, 
unslaked lime, fluxing lime, and calx. 


In its pure form, calcium oxide occurs as white crys- 
tals, white or gray lumps, or a white granular powder. It 
has a very high melting point of 4,662° F (2,572°C) and a 
boiling point of 5,162°F (2,850°C). It dissolves in and 
reacts with water to form calcium hydroxide and is solu- 
ble in acids and some organic solvents. 


Like other calcium compounds, calcium oxide is 
used for many construction purposes, as in the manu- 
facture of bricks, mortar, plaster, and stucco. Its high 
melting point makes it attractive as a refractory mate- 
rial, as in the lining of furnaces. The compound is also 
used in the manufacture of various types of glass. 
Common soda-lime glass, for example, contains 
about 12% calcium oxide, while high-melting alumi- 
nosilicate glass contains about 20% calcium oxide. 
One of the new forms of glass used to coat surgical 
implants contains an even higher ratio of calcium 
oxide, about 24% of the compound. 


Among the many other applications of calcium 
oxide are its uses in the production of pulp and 
paper, in the removal of hair from animal hides, in 
clarifying cane and beet sugar, in poultry feeds, and as 
a drilling fluid. 


l Calcium propionate 


Calcium propionate (C6H;9CaOy4) is an organic 
salt formed by the reaction of calcium hydroxide 
[Ca(OH),] with propionic acid, also known as prop- 
anoic acid (CH;CH,COOH). The compound, which 
occurs in either crystalline or powder form, is soluble 
in water and only very slightly soluble in alcohol. 


Calcium propionate is used as a preservative in 
breads and other baked goods because of its ability to 
inhibit the growth of molds and other microorgan- 
isms. It is not toxic to these organisms, but does pre- 
vent them from reproducing and posing a health risk 
to humans. 


Propionic acid occurs naturally in some foods and 
acts as a preservative in them. Some types of cheese, 
for example, contain as much as 1% natural propionic 
acid. 

Studies indicate that calcium propionate is one of 
the safest food additives used by the food industry. Rats 
fed a diet containing nearly 4% calcium propionate 
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for a year showed no ill effects. As a result, the U.S. 
Food and Drug Administration has placed no lim- 
itations on its use in foods. In addition to baked 
goods, it is commonly used as a preservative in 
chocolate products, processed cheeses, and fruit 
preserves. The tobacco industry has also used cal- 
cium propionate as a preservative in some of its 
products. 


Beyond its role as a food additive, calcium propi- 
onate finds some application in the manufacture of 
butyl rubber. Adding it to the raw product makes it 
easier to process the rubber and protects the rubber 
from scorching during manufacture. 


| Calcium sulfate 


Calcium sulfate (CaSO,4) occurs naturally in both 
the anhydrous and hydrated form. The former is 
found primarily as the mineral known as anhydrite, 
while the latter is probably best known as alabaster or 
gypsum. Calcium sulfate also occurs in forms known 
as selenite, terra alba, satinite, satin spar, and light 
spar. 


Gypsum was well known to ancient cultures. 
Theophrastus of Eresus (about 300 BC), for example, 
described its natural occurrence, properties, and uses. 
The Persian pharmacist Abu Mansur Muwaffaq is 
believed to have first described one of the major prod- 
ucts of gypsum, plaster of paris (CaSO 4 * 1/2H,O), 
around AD 975. 


Calcium sulfate occurs as a white odorless powder 
or as crystals that may be tinged with color by impur- 
ities. It has a melting point of 2,642°F (1,450°C) and is 
only slightly soluble in water. When heated, however, 
the hydrated forms of calcium sulfate lose 1.5 mole- 
cules of water, forming the hemihydrate that is plaster 
of paris. When added to water, this forms a paste used 
to make plaster casts, quick-setting cements, molds, 
wall plasters and wall board, and inexpensive art 
objects. Neither the anhydrous nor the hydrated cal- 
cium sulfate will react with water as does the 
hemihydrate. 


Calcium sulfate is also used as a pigment in white 
paints; as a soil conditioner; in Portland cement; as a 
sizer, filler, and coating agent in papers; in the manu- 
facture of sulfuric acid and sulfur; in the metallurgy of 
zinc ores; and as a drying agent in many laboratory 
and commercial processes. 


See also Calcium. 
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| Calculator 


A calculator is a computing machine whose pur- 
pose is to do mathematical computations under direct 
human guidance. The simplest calculators perform the 
basic mathematical functions (addition, subtraction, 
division, and multiplication), while the more advanced 
ones, which are relatively new in the history of comput- 
ing machines, do more complex calculations such as 
statistics, trigonometric functions, integration, differ- 
entiation, graphing, solving polynomials, and more. 
The term “computer” is, today, generally reserved for 
a more complex, multipurpose device than the calcula- 
tor; until the 1940s, a “computer” was a human being 
who performed calculations, possibly with the assis- 
tance of a mechanical or electromechanical calculator 
or adding machine. 


The first calculators 


Perhaps the earliest calculating machine was the 
Babylonian rod numerals. Administrators carried rods 
of bamboo, ivory, or iron in bags to help with their 
calculations. Rod numerals used nine digits (Figure 1). 


The next invention in counting machines was the 
abacus. A counting board dating from approximately 
500 BC now resides in the National Museum in Athens. 
It is not an abacus, but the precursor of the abacus. 
Oriental cultures have documents discussing the abacus 
(the Chinese call it a swan phan and the Japanese the 
soroban) as early as the 1500s; however, they were using 
the abacus at least a thousand years earlier. While 
experts disagree on the origin of the name (from either 
the Semitic abg, or dust, or the Greek abax, or sand 
tray), they do agree the word is based on the idea of a 
sand tray which was used for counting. 


A simple abacus has rows (or wires) and each row 
has 10 beads. Each row represents a unit 10 greater 
than the previous. Thus, the first stands for units of 
one; the second, units of 10; the third, units of 100; and 
so on. The appropriate number of beads are moved 
from left to right on the wire representing the unit. 
When all 10 beads on a row have been moved, they are 
returned to their original place and one bead on the 
next row is moved. The soroban divides the wires into 
two unequal parts. The beads along the lower, or 
larger, part represent units, tens, hundreds, and so 
on. The bead at the top represent five, 50, 500, and 
so on. These beads are stored away from the central 
divider, and as needed are moved toward it. 


Finger reckoning must not be ignored as a basic 
calculator. Nicolaus Rhabda of Smyrna and_ the 
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Venerable Bede (both of the eighth century AD wrote, 
in detail, how this system using both hands could repre- 
sent numbers up to one million. The numbers from one to 
99 are created by the left and the numbers from 100 to 
9,900 by the right hand. By bending the fingers at their 
various joints and using the index finger and thumb to 
represent the multiples of 10, combinations of numbers 
can be represented. Similar systems were devised much 
earlier than the eighth century, probably by merchants 
and traders who could not speak each other’s languages 
but needed a system to communicate: their fingers. 
Multiplication using the fingers came much later. Well 
into the fifteenth century AD, such complex issues as 
multiplication were left to university students, who were 
forced to learn a different finger reckoning system to 
accommodate multiplication. 


Early calculators 


Schickard, a German professor and Protestant 
minister, seems to have been the first to create an 
adding machine in the 1620s. It performed addition, 
subtraction, and carrying through the use of gears and 
preset multiplication tables. The machine only com- 
puted numbers up to six digits. Once the operator 
surpassed this limit, he was required to put a brass 
ring around his finger to remind him how many carries 
he had done. Schickard made sure to include a bell, so 
that the user would not forget to add his rings. His 
drawings of the machine were lost until the mid-1960s 
when a scrap of paper was located inside a friend’s 
book which had a drawing of his machine. With this 
drawing and Schickard’s letters, a reconstruction was 
made in 1971 to honor the adding machine’s 350th 
anniversary. 


Finished in 1642, Blaise Pascal’s calculating 
machine also automatically carried tens and was lim- 
ited to six digit numbers. The digits from zero to nine 
were represented on dials; when a one was added to a 
nine the gear turned to show a zero and the next gear, 
representing the next higher tens unit, automatically 
turned. Over 50 of these machines were made. A few 
remain in existence. 


Gottfried Wilhelm Leibniz, a German, created a 
machine in 1671 which did addition and multiplica- 
tion. For over 200 years this machine was lost; then it 
was discovered by some workmen in the attic of one of 
the Gottingen University’s buildings. 


Charles Xavier Thomas de Colmar, in 1820, 
devised a machine which added subtraction and divi- 
sion to a Leibniz type calculator. It was the first mass- 
produced calculator and became a common sight in 
business offices. 
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Rod numerals used nine digits: 


LWP UTE TE UTE T 10 11 TT 


These symbols were then rotated to designate the multiples of 


ten: 


tu i Hi 


For example, Babylonians represented 56,789 as 


HIT LTT LLL TT 


Zero was a much later addition. 


Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


Difference engine 


The great English mathematician Charles 
Babbage (1791-1871) tried to build a machine which 
would calculate mathematical tables to 26 significant 
figures; he called it the difference engine. However, in 
the early 1820s his plans were stalled when the British 
government pulled its funding. His second attempt, in 
the 1830s, failed because some of the tools he needed 
had yet to be invented. Despite this, Babbage did 
complete part of this second machine, called the ana- 
lytical engine, in the early 1840s. It is considered to be 
the first modern calculating machine. The difference 
between the difference and analytical engines is that 
the first only performed a certain number of functions, 
which were built into the machine, while the second 
could be programmed to solve almost any algebraic 
equation. 


By 1840 the first difference engine was finally built 
by the Swedish father and son team of George and 
Edvard Scheutz. They based their machine on 
Babbage’s 1834 publication about his experiments. 
The Scheutz’s three machines produced the first auto- 
matically created calculation tables. In one 80-hour 
experiment, the Scheutz’s machine produced the log- 
arithms of one to 10,000; this included time to reset the 
machine for the 20 polynomials needed to do the 
calculations. 


Patents 
The first patent for a calculating machine was 


granted to the American Frank Stephen Baldwin in 
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1875. Baldwin’s machine did all four basic mathemat- 
ical functions and did not need to be reset after each 
computation. The second patent was given in 1878 to 
Willgodt Theophile Odhner from Sweden for a 
machine of similar design to Baldwin’s. The modern 
electronic calculators are based on Baldwin’s design. 


In 1910, Babbage’s son, Henry P. Babbage, built 
the first hand held printing calculator based on his 
father’s Analytical Engine. With this machine, he 
was able to calculate and then print multiples of 7 to 
29 decimal places. 


In 1936, a German student, Konrad Zuse, built 
the first automatic calculating machine. Without any 
knowledge of previous calculating machines, Zuse 
built the Z1 in his parents’ living room. He theorized 
that the machine had to be able to do the mathematical 
fundamentals. To do this, he turned to binary mathe- 
matics, something no other scientist or mathematician 
had contemplated. (The mathematics we use in every 
day life, decimal, is based on 10 digits. Binary mathe- 
matics uses two digits: 0 and 1.) By using binary 
mathematics, the calculating machine became a series 
of switches rather than gears, because a switch has 
two options: on (closed or 1) or off (open or 0). He 
then connected these switches into logic gates, a 
combination of which can be selected to do addition 
or subtraction. Zuse’s third model (finished in 1941) 
was not only programmable, but hand held; it added, 
subtracted, multiplied, divided, discovered square 
roots, and converted from decimal to binary and 
back again. However, to add it took a third of a 
second, and to subtract an additional three to five 
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seconds. By changing his relays into vacuum tubes 
he believed he could speed his machine up 1,000 
times, but he could not get the funding from the 
Third Reich government to rebuild his machine. 


Electronic predecessor to computer 


In 1938, the International Business Machine 
Corporation (IBM) team of George Stibitz and S. B. 
Williams began building the Complex Number 
Calculator. It could add, subtract, multiply, and divide 
complex numbers. They completed the project in 1940, 
and until 1949 these calculators were used by Bell 
Laboratories. It was the first machine to use remote 
stations (terminals, or input units, not next to the 
computer) and to allow more than one terminal to be 
used. The operator typed the request onto a teletype 
machine and the response was sent back to that 
teletype. The relays inside the machine were basic tele- 
phone relays. 


The IBM Automatic Sequence Controlled 
Calculator (ASCC) was based upon Babbage’s ideas. 
This machine, completed in 1944, was built for the 
United States Navy by Harvard University and IBM. It 
weighed about 5 tons (10,000 kg) and was 51 ft (15.5 m) 
long and 8 ft (2.4 m) high. A second, more useful version, 
was completed in 1948. 


The Electronic Numerical Integrator and Computer 
(ENIAC), also based on Babbage’s concepts, was 
completed in 1945 at the University of Pennsylvania 
for the United States Army. It weighted over 30 tons 
(27,240 kg) and filled a 30 by 55 ft (9 by 17 m) room. In 
one second it could do 5,000 additions, 357 multiplica- 
tions, or 38 divisions. However, to reprogram ENIAC 
meant rewiring it, which caused up to two days in delays. 


The first electronic calculator was suggested by 
the Hungarian turned American John von Neumann. 
Von Neumann introduced the idea of a stored mem- 
ory for a computer which allowed the program and the 
data to be inputted to the machine. This resolved 
problems with rewiring computers and permitted the 
computer to move directly from one calculation to 
another. This type of machine architecture is called 
“von Neumann.” The first completed computer to use 
von Neumann architecture was the English Electronic 
Delay Storage Automatic Calculator (EDSAC) fin- 
ished in 1949. An added feature of the EDSAC was 
that it could be programmed in a type of shorthand, 
which it then converted into binary code, rather than 
its precursors which demanded the programmer 
actually write the program in binary code, a laborious 
process. 


724 


Inside calculators 


The early counting machines, items like the car’s 
odometer, work with a set of gears and wheel. A certain 
number of wheels are divided in 10 equal parts on each of 
which one of the 10 digits appears. (Windows are placed 
on top of these wheels so that only one digit appears at a 
time.) These wheels are then attached to gears which as 
they turn rotate the wheel so that the digit being dis- 
played changes. When the right most wheel changes 
from 9 to 0, a mechanism is set in motion which turns 
the wheel to the left one unit, so that the digit it displays 
changes. This is the carry sequence. When this second 
wheel changes from 9 to 0, it too has a mechanism to 
carry to the next left wheel. 


Electronic calculators have the four major units 
van Neumann created: input, processing, memory, 
and output. The input unit accepts the numbers 
keyed in, or sent through the reader in the case of the 
punch card, by the operator. The processing unit per- 
forms the calculations. When the processing unit 
encounters a complex calculation, it uses the memory 
unit to store intermediary results or to locate arith- 
metic instructions. At the completion of the calcula- 
tion, the final answer is sent to the output unit which 
informs the operator of the result; this may be through 
a display, paper, or a combination. Since the calcula- 
tor thinks in binary, the output unit must convert the 
result into decimal units. 


Modern advances 


At the end of 1947, the transistor was invented, 
eventually making the vacuum tube obsolete. This 
tiny creation, composed of semiconductors, was much 
faster and less energy consumptive than the tubes. 
Problems arose with the connections between the com- 
ponents with size, speed, and reliability as more com- 
plex machines needed more complex circuitry which in 
turn required more components soldered to more 
boards (the actual board to which the pieces were 
attached). The next breakthrough came with the inven- 
tion of the integrated circuit (IC) in 1959 by Texas 
Instruments (TD) and Fairchild (a semiconductor man- 
ufacturing company). The integrated circuit is akin toa 
solid mass of transistors, resistors, and capacitors. 
Again, the speed of computation increased (since the 
resistance in the circuit was reduced), and the energy 
required by the machine was decreased. Finally, a com- 
puter could fit on a spaceship (they were part of the 
Apollo computer) or missile. In 1959, an IC cost over 
$1,000 but by 1965 they were under $10. 
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KEY TERMS 


Binary—The base 2 system of counting using two 
digits: 0 and 1. Each unit is a 2 to the n+1 power. For 
example, the first unit is 2° or 1; the second 2! or 2; the 
third 2? or 4; the forth 2? or 8; and so forth. Thus 221 in 
binary is 11011101 or 1 hundreds twenty-eight (2’), 1 
sixty-four (2°), no thirty-twos (2°), 1 sixteen (2*), 1 eight 
(23), 1 four (27), no twos (2!), and 1 one (2°). This unit of 
counting was invented by Gottfried Leibniz in the 
1600s. 


Decimal—tThe base 10 system of counting using ten 
digits: 0, 1, 2, 3,4, 5, 6, 7, 8, 9. Each unit is 10 to the 
n+1 power. For example, the first unit is 10° or 1; the 


Ted Hoff, an electrical engineer for Intel, con- 
ceived of a radical new concept—the microprocessor. 
This incorporated the essential circuitry of a computer 
onto a single chip, or solid, postage-stamp-like piece of 
silicon. This model of this microprocessor was finished 
in 1970. Its compactness and speed soon changed the 
face of the computing industry, which is today entirely 
dependent on microprocessors. 


The creation of integrated circuits allowed calcu- 
lators to become much faster and smaller. By the 
1960s, they had become hand held; by the mid 1970s, 
they had become affordable even for high-school stu- 
dents. By the late 1980s, calculators were found on 
watches (although this design has never been popular 
because the controls must be so small). Today, some 
calculators are so complex as to blur the distinction 
between computer and calculator. 


See also Computer, analog; Computer, digital. 
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second 10! or 10; the third 107 or 100; and so forth. 
Thus, 221 is 2 hundreds (107), 2 tens (10'), and 1 
one (10°). 


Punch cards—Made of a heavy cardboard, these 
rectangular cards have holes punched in them. 
Each hole is placed in a designated area which the 
computer then translates into a binary code. A series 
of such punched cards contain a sequence of events, 
or a program. The first punch cards were invented by 
Jacquard, a weaver, who wanted to automate the 
creation of patterns in his fabric. Thus, his loom 
was the first machine to use these cards. 


| Calculus 


Calculus is that branch of mathematics that deals 
with instantaneous rates of change of quantities 
(differentiation) and with the accumulation of quanti- 
ties (integration). It grew out of a desire to understand 
various physical phenomena, such as the orbits of plan- 
ets and the effects of gravity. The immediate success of 
calculus in formulating physical laws and predicting 
their consequences led to development of a new division 
in mathematics called analysis, of which calculus 
remains a large part. Today, calculus is the essential 
language of science and engineering, providing the 
means by which physical laws are expressed in mathe- 
matical terms. As a scientific tool it is invaluable in the 
further analysis of physical laws, in predicting the 
behavior of electrical and mechanical systems governed 
by those laws, and in discovering new laws. 


Calculus divides naturally into two parts, differ- 
ential calculus and integral calculus. Differential cal- 
culus is concerned with finding the instantaneous rate 
at which one quantity changes with respect to another, 
called the derivative of the first quantity with respect 
to the second. For example, determining the speed of a 
falling body at a particular instant of time, say that of 
a skydiver or bunjee jumper, is equivalent to calculat- 
ing the instantaneous rate of change in his or her 
position with respect to time. In general, evaluating 
the derivative of a function, f(x), involves finding 
another function, /’(x), such that /’(x) is equal to the 
slope of the tangent to the graph of f(x) at each x. This 
is accomplished, for each 2, by determining the slope 
of an approximating line segment in the limit that its 
length approaches zero. 
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Integral calculus deals with the inverse of the 
derivative, namely, finding a function when its rate 
of change is known. For example, if a skydiver’s veloc- 
ity is a known function of time, then we may ask what 
is his or her position at any given time after jumping. 
Finding the original function, given its derivative, is 
called integration, and the function is called the indef- 
inite integral. Evaluating the indefinite integral of any 
function between specific limits to definition of the 
definite integral, which is equal to the area under the 
graph of the function between the specified limits. 
The latter is developed as a natural consequence of 
approximating an area by summing the areas of a 
number of inscribed rectangles. The approximation 
becomes exact in the limit that the number of rectan- 
gles approaches infinity. Thus, both differential and 
integral calculus are based on the theory of limits. 


The usefulness of calculus is indicated by its wide- 
spread application. For example, it is used in the 
design of navigation systems, particle accelerators, 
and synchrotron light sources. It is used to predict 
rocket trajectories and the orbits of communications 
satellites. Calculus is the mathematical tool used to 
test theories about the origins of the universe, the 
development of tornadoes and hurricanes, and salt 
fingering in the oceans. It has even found extensive 
application in business, where it is used, among other 
things, to optimize production. 


History 


Calculus was invented, more or less simultaneously, 
by Isaac Newton (1642-1727) and Gottfried Leibniz 
(1646-1716). Some of its essential concepts, however, 
had their beginnings in ancient Greece. In the fourth 
century BC, Eudoxus (408-355 BC) invented the so 
called method of exhaustion, in order to furnish proofs 
of certain geometric theorems without having to resort 
to arguments involving the infinite. Approximately a 
century later, Archimedes (287?—212 BC) used the same 
method to find a formula for the area of a circle. 
Archimedes’ method consisted of inscribing a polygon 
with n sides inside a circle, and circumscribing a similar 
polygon, again with n sides, outside the circle. Then, 
allowing n, in other words the number of sides, to get 
very large, he was able to show that the area of the circle 
was always greater than the area of the inscribed polygon 
and less than the area of the circumscribed polygon. Asn 
grew very large, the areas of the two polygons tended to 
become equal, thus leading him to the area of a circle. 
The method of Archimedes persisted from the third 
century BC until the beginning of the seventeenth cen- 
tury AD, when the work of Johannes Kepler (1571- 
1630), a German astronomer, led to the discovery of 
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general principles for the calculation of areas and 
volumes. Kepler’s contribution was the notion of infin- 
itesmals. He envisioned the inscribed polygons of 
Archimedes as being a collection of infinitely many, 
vanishingly small triangles. Thus, the area of a circle 
could be calculated by summing the areas of these tri- 
angles. While, Eudoxus and Archimedes had worked 
hard to avoid the infinite, Kepler embraced it. 
Simultaneous work on infinite sequences and sums of 
infinite sequences led the French mathematician Fermat, 
and others, to discover general methods for evaluating 
areas and volumes as the sums of infinite sequences 
rather than the sums of areas of common geometric 
figures. Finally, around the middle of the seventeenth 
century, Isaac Newton, in attempting to develop a uni- 
versal theory of gravitation, discovered the derivative, a 
general method for determining the instantaneous rate 
of change of a function, based on the notion of infinites- 
imals. Though he did not explicitly define the integral at 
the time, Newton did recognize the need to solve differ- 
ential equations. As a result, he invented methods of 
evaluating indefinite integrals very soon after introduc- 
ing the derivative. It was Leibniz, however, whose work 
postdated that of Newton by some 10 years, who recog- 
nized and formulated the definite integral as an infinite 
sum of “lines,” that is, as an area calculated by summing 
an infinite number of infinitely narrow rectangles. 


Differential calculus 


Differential calculus involves the analysis of func- 
tions, specifically, the determination of their instanta- 
neous rates of change. A rate of change is an intuitively 
familiar concept: an object’s speed, for example, is the 
rate of change of its position. An object’s speed may be 
changing (as when a moving car is braked to a halt, or 
accelerated), and its speed at any given moment is the 
“instantaneous” rate of change of its position. An 
important feature of any function is its rate of change. 
Geometrically, rate of change is associated with the 
graph of a function. The rate of change of a straight 
line (the simplest kind of real valued function) is the 
slope of the line. The slope is defined as the ratio of the 
vertical change, or “rise,” to the horizontal change, or 
“run,” that occurs between any two points on the line. 
Because the slope is the same between any two points, 
the rate of change of such a function is said to be 
constant. In general, however, any function whose 
graph is not a straight line has a varying rate of 
change. The rate of change in the vicinity of a partic- 
ular point on the graph of curve can be approximated 
by drawing a straight line through two points in the 
neighborhood of that point, and determining the slope 
of the line (Figure 1). 
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Figure 1. The rate of change in the vicinity of a particular point 
on the graph of a curve can be approximated by drawing a 
straight line through two points in the neighborhood of that 
point, and determining the slope of the line. (///ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


Suppose we are interested in the rate of change at 
the point (x, f(x)). First, choose a second nearby point, 
say (x +h, f(x + h)). Then the slope of the line seg- 
ment connecting these two points is [f(x + h)—f(x)] 
4 [(x + h)-x]. The shorter the approximating line seg- 
ment becomes, the more accurate the approximation 
of the rate of change at the point (x, f(x)) becomes. In 
the limit that h approaches zero the slope of the 
approximating line segment becomes exactly the rate 
of change of the function at the point (x, f(x)). Thus, 
the instantaneous rate of change of a function, called 
the derivative of the function, is defined by: 


_ df(x) _ Lim) f(x + h) — fx) 


PONS he hese i 


where the notation df(x) is intended to indicate 
that the derivative is the ratio of an infinitesimal 
change in f(x) (the rise) to the corresponding infin- 
itesimal change in x (the run). The derivative of a 
function is itself a function, and so may also have a 
derivative. Often times the derivative of the deriva- 
tive is an important quantity. Called the second 
derivative of the original function f, it is denoted by 


f(). 


An important application of differential calculus 
involves using information about the first and second 
derivatives, and the appropriate geometric interpre- 
tations, to graph functions. For example, the first 
derivative of a function is its rate of change. The 
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value of the first derivative at a given point is equal 
to the slope of the tangent to the graph of the function 
at that point. When the derivative is positive, the 
function is said to be increasing (the value of the 
function increases with increasing x). When the deriva- 
tive is negative, the function is said to be decreasing (the 
value of the function decreases with increasing x). 
When the value of the derivative is zero at a point, the 
tangent is horizontal, and the function changes from 
increasing to decreasing, or vice versa, depending on 
the sign of the second derivative. The second deriva- 
tive is the rate of change of the rate of change, and thus 
contains information about the curvature of the func- 
tion. When the second derivative is positive, the func- 
tion is concave upward (as though it would hold 
water). When the second derivative is negative, the 
function is concave downward. With this knowledge, 
and a few points in the function, a reasonable graph 
can be drawn without having to plot hundreds of 
points. 


Other applications of differential calculus 
include the solution of rate problems and optimiza- 
tion problems. In general, a rate is the ratio of change 
in one quantity to the simultaneous change in a sec- 
ond quantity. Thus, the derivative, being an instanta- 
neous rate, is applicable to any problem in which the 
rate of change of one quantity with respect to another 
is of interest. Innumerable applications in engineer- 
ing and science affect our daily lives. For instance, the 
instantaneous velocity of an orbiting communica- 
tions satellite is calculated from knowledge of its 
position as a function of time. The acceleration of a 
falling body is calculated from knowledge of its 
velocity as a function of time, which in turn is calcu- 
lated from knowledge of its position as a function of 
time. The force required to deliver natural gas 
through a pipeline, over large distances, is calculated 
using the derivative of the gas pressure with respect to 
distance. 


Optimization problems are problems that require 
knowledge of maximum or minimum values of func- 
tional relationships. For example, it can be shown that 
a sphere has the least surface area for a given volume 
of any geometric solid. Thus, the optimum shape for a 
raindrop is spherical because this shape contains the 
most water, but has the least amount of surface area, 
hence the least surface energy (a measure of the work 
required to form the drop). 


Integral calculus 


Integral calculus is the study of integration and 
methods for evaluating integrals. Integrals come in 
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Figure 2. Consider approximating the area under the graph of 
a function f(x) by drawing a series of rectangles, and 
summing their areas to arrive at the total area. (I/lustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


two kinds, definite and indefinite. The definite integral 
of a function, interpreted geometrically, corresponds 
to the area under the curve of the function between any 
two limits. Thus, it has a definite value depending on 
the limits chosen. The indefinite integral of a function 
is the inverse of the derivative of that function. That is, 
integrating (finding the integral) undoes differentiat- 
ing (finding the derivative f’(x)). Integrating the deriv- 
ative of a function returns the original function. 


Indefinite integral 


The indefinite integral is the inverse of the deriv- 
ative, that is, the integral of the derivative of a function 
is the original function. From the definition of deriv- 
ative, f(x) = df(x)/dx, we find f’(x)dx = df(x). To 
obtain the original function from this second equa- 
tion, we “integrate” both sides, and write, [f’(x)dx = 
Jdf(x) = f(x) + C. The integral sign, |’, is intended to 
symbolize the summing, integrating, or putting 
together of the infinitesimal pieces d/(x) to obtain 
the original function f(x). The constant, C, arises 
because functions that differ only by a constant are 
“parallel” to one another, and so have the same deriv- 
ative (or slope) at each value of x. Defined in this 
manner, integrating amounts to guessing original 
functions based on prior knowledge of their deriva- 
tives. For example, if f(x) = x* then f’(x) = 2x. Thus, 
if asked to integrate the function g(x) = 2x, it is 
apparent that [2xdx = x’ + C. In order to determine 
the value of C it is necessary to have an additional 
piece of information. Such information is referred to 
as an initial condition or a boundary condition, and is 
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sufficient to determine which of the parallel curves is 
the desired one. 


The primary application of indefinite integrals is 
in the solution of differential equations. A differential 
equation is any equation that contains at least one 
derived function. The equation /’(x) = ax” + bx + ¢ 
is an example of a differential equation. Many natu- 
ral relationships are described by differential equa- 
tions. For instance, heat conduction is related to the 
derivative of the temperature with respect to distance; 
the velocity of a fluid flowing through a pipe is related 
to the derivative of the pressure with respect to length 
of pipe; and the force on any massive body is related 
to the derivative of its momentum with respect to 
time. 


Definite integral 


The definite integral corresponds to the area 
under the graph of a function, above the x-axis and 
between two vertical lines called the limits of integra- 
tion. Consider approximating the area under the 
graph of a function f(x) by drawing a series of rectan- 
gles, and summing their areas to arrive at the total 
area, A(x) (Figure 2). The height of each rectangle is 
the value of the function at x, namely f(x). The width 
of each rectangle is Ax = (b~—a)/n, where n is the 
number of rectangles chosen. If we wish to know the 
area between x = aand x = b, then the area is given by 
the following sum: 


n 


A(x) = >) f(x,) Ax 


k=1 


Here, the Greek letter ¢ (sigma) is used to indicate 
that the n products f(x,) Ax corresponding to the n 
rectangles are to be summed. In the limit that n 
approaches infinity, Ax approaches 0, and the sum is 
exactly equal to the area. Since Ax approaches 0, it 
represents an infinitesimal change in the variable x, so 
the same notation used in defining the derivative is 
used to replace Ax with d. The product f(x) Ax 
becomes f(x)dx, and corresponds to an infinitesimal 
area, dA(x). The total area, then, is the sum of an 
infinite number of an infinite number of infinitesimal 
areas. Thus, the area A(x) between a and b is equal to 
the integral of f(x)dx, written, 


A(x) = face = foods 


The limits included above and below the integral 
sign indicate that the indefinite integral of f(x)d 1s 
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KEY TERMS 


Derivative—The derivative of a function is the 
instantaneous rate of change of the function’s 
dependent variable with respect to its independent 
variable, interpreted geometrically as the slope of 
the tangent to the graph of the function. 


Function—A set of ordered pairs for which each of 
the first and second elements are related, no two 
first elements being equal. 


Integral—The integral is the inverse of the deriva- 
tive, interpreted geometrically as the area under the 
graph of the function. 


Limit—A limit is a boundary which the value of a 
variable may come infinitely close to, but never reach. 


to be evaluated at a and b and the values subtracted, 
that is, 


This is interpreted as the area under the curve to 
the left of b minus the area under the curve to the left 
of a. Comparing this with the form of the indefinite 
integral we see that a function f(x) is the derivative of 
its “area function,” the constant C being evaluated by 
use of boundary conditions, namely the values a and b. 
There are many applications of definite integrals, 
among the most common are the determination of 
areas and volumes of revolution. 


Calculus remains, and will remain, the fundamen- 
tal mathematical language of all the sciences. It is used 
in biology, physics, social science, medicine, and every 
other field where mathematical functions are used to 
describe phenomena. 
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| Calendars 


Calendars are systems used to measure time. They 
are usually divided into days, weeks, months, and 
years. These divisions are based on the relative move- 
ments of the Earth, moon, and sun. There are three 
basic units of time that have a direct basis in astron- 
omy: the day, which is the period of time it takes for 
Earth to make one rotation around its axis; the month, 
which is the period of time it takes for the moon to 
revolve around the Earth; and the year, which is the 
period of time it takes for the Earth to make one 
revolution around the sun. 


The week has an indirect basis in astronomy—the 
seven days of the week probably were named for 
the seven objects that the ancients saw moving on the 
zodiac, which were the sun, moon, and the five planets 
that can be seen with the naked eye. 


A calendar is a system for measuring long units of 
time. The year is the most important time unit in most 
calendars since the cycle of seasons, which are associ- 
ated with change of climate in Earth’s temperate and 
frigid zones, repeat in a yearly cycle with the change in 
the sun’s apparent position on the ecliptic as the Earth 
revolves around the sun. 


Types of calendars 


There are three main types of calendars. One type 
of calendar is the lunar calendar, which is based on the 
month (moon). A lunar calendar year is 12 synodic 
months long, where a synodic month is the time inter- 
val in which the phases of the moon repeat (from one 
full moon to the next), and averages 29.53 days. Thus, 
a lunar calendar year averages 354.37 days long. 
Because the Earth takes slightly longer than 365 days 
to revolve completely around the Sun, a lunar calen- 
dar soon gets out of phase with the seasons. Thus, 
most lunar calendars have died out over the centuries. 
The main exception is the Muslim calendar, which is 
used in Islamic countries, most of which are in or near 
Earth’s torrid zone, where seasonal variation of cli- 
mate is slight or non-existent, and the climate is usu- 
ally consistently hot. 


The second type of calendar is the luni-solar cal- 
endar, in which most years are 12 synodic months 
long, but a thirteenth month is inserted every few 
years to keep the calendar in phase with the seasons. 
There are two important surviving luni-solar calen- 
dars: the Hebrew (Jewish) calendar, which is used by 
the Jewish religion; and the Chinese calendar, which is 
used extensively in eastern Asia. 


729 


suepua]eD 


Calendars 


The third type of calendar is the solar calendar, 
which is based on the length of the year. The calendar 
used in the United States and most developed coun- 
tries is of this type. It evolved from the ancient Roman 
calendar, which passed through the stage of being a 
luni-solar calendar. 


Around 753 BC, the Roman calendar consisted of 
10 synodic months; the year began near the start of 
spring, March, and ended in December (the tenth 
month). The remaining 70 winter days were not counted 
in the calendar. Some centuries later, two more months, 
January, named for Janus, the two-faced Roman god of 
gates and doorways; and February, named for the 
Roman festival of purification, were added between 
December and March. An occasional thirteenth month 
was later inserted into the calendar; at this stage, the 
Roman calendar was luni-solar calendar. It was quite 
complicated and somewhat inaccurate, even by the year 
45 BC. 


That year, Julius Caesar (100-44 BC) commis- 
sioned Greek astronomer Sosigenes (c. 50 BC) from 
Alexandria to plan a sweeping reform of the Roman 
Calendar. The calendar Sosigenes devised and Caesar 
installed for the Roman Empire had the following 
main features. 


The months of January, March, May, July, August, 
October, and December each had 31 days. The months 
of April, June, September, and November each had 30 
days. February had 28 days in ordinary years, which had 
365 days. 


Every fourth year was a leap year with 366 days. The 
366th day appeared in the calendar as February 29th. 


The calendar year began on January 1 instead of 
March 1. January | was set by the time of year when 
the Sun seemed to set about half an hour later than its 
earliest setting seen in Rome, which occurred in early 
December. 


This calendar was named the Julian calendar for 
Julius Caesar. He also had the month Quintilis (the 
fifth month) renamed July for himself. Augustus 
Caesar (63 BC-AD 14.) clarified the Julian calendar 
rule for leap year by decreeing that only years evenly 
divisible by four would be leap years. He also renamed 
the month Sextilis (the sixth month) August for 
himself. 


The average length of the Julian calendar year 
over a century or more is 365.25 days. This time inter- 
val is between the lengths of two important astronom- 
ical years. The shorter one is the tropical year, or the 
year of the seasons. The tropical year is defined as 
the time interval between successive crossings of the 
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vernal equinox by the sun (which marks the beginning 
of spring in Earth’s northern hemisphere) and aver- 
ages 365.2422 days long. The sidereal year, which is 
defined as the time interval needed for the Earth to 
make a complete 360° orbital revolution around the 
Sun, is slightly longer, being 365.25636 days long. The 
small difference between the lengths of the sidereal and 
tropical years arises because the Earth’s rotation axis 
is not fixed in space but describes a cone around the 
line passing through Earth’s center that is perpendic- 
ular to Earth’s orbitplane (the ecliptic). The rotation 
axis describes a complete cone in 25,800 years. 


This phenomenon is called precession, and it 
causes the equinoxes (the intersections of the celestial 
equator and ecliptic) to shift westward on the ecliptic 
by 50.” 3 (or, 50.3 arcseconds [one degree every 71.6 
years) each year and also the celestial poles to describe 
small circles around the ecliptic poles. Because the sun 
appears to move eastward on the ecliptic at an average 
rate of 0°.9856/day, the Sun moves only 359°.9861 
eastward along the ecliptic in an average tropical 
year, whereas it moves 360° eastward in a sidereal 
year, making the tropical year about 20 minutes 
shorter than the sidereal year. Precession is caused by 
stronger gravitational pulls of the sun and moon on 
the closer parts of Earth’s equatorial bulge than on its 
more distant parts. This effect tries to turn Earth’s 
rotation axis towards the line perpendicular to the 
ecliptic, but since the Earth is rotating, it precesses 
like a rapidly spinning top, producing the effects 
described above. 


An astronomer wants to make the average length 
of the calendar year equal to the length of the tropical 
year in order to keep the calendar in phase with the 
seasons. Sosigenes knew that precession of the equi- 
noxes existed; it had been discovered by his predecessor 
Hipparchus (c. 166-125 BC). From his observations 
and records of earlier observations, Sosigenes allowed 
for precession of the equinoxes by making the average 
length of the Julian calendar year slightly shorter 
(0.00636 day, or about nine minutes) than the length 
of the sidereal year. However, he did not know the 
physical cause of precession (a gravitational tidal 
effect), so he could not calculate the annual rate of 
the precession of the equinoxes. The crude astronom- 
ical observations existing at that time may have led 
Sosigenes to believe that the rate of precession of the 
equinoxes was about half its true value, and therefore, 
that the 365.25 day average length of the Julian calen- 
dar year was an adequate match to the length of the 
tropical year. Unfortunately, this is not true for a 
calendar intended for use over time intervals of many 
centuries. 
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The development of the present (Gregorian) 
calendar 


The sun appeared to reach the vernal equinox about 
March 25 in the years immediately after the Roman 
Empire adopted the Julian calendar. It continued to be 
the official Roman calendar for the rest of the empire’s 
existence. The Roman Catholic Church adopted the 
Julian calendar as its official calendar at the Council of 
Nicaea in AD 325, soon after the conversion of the 
emperor Constantine I, who then made Christianity the 
Roman Empire’s official religion. By that time, the Sun 
was reaching the vernal equinox about March 21; the fact 
that the tropical year is 0.0078 day shorter than the 
average length of the Julian calendar year had accumu- 
lated a difference of three to four days from the time 
when the Julian calendar was first adopted. The Council 
of Nicaea also renumbered the calendar years; the 
numbers of the Roman years were replaced by a new 
numbering system in an effort to have, in accord with 
Christian tradition and beliefs, Christ’s birth occur in the 
year AD 1. (Anno Domini). This effort was somewhat 
unsuccessful; the best historical evidence indicates that 
Christ probably was born sometime between 7 BC 
(Before Christ) and 4 BC. Another feature of this modi- 
fied Julian calendar is that it has no year zero; the 1 BC is 
followed by the year AD 1. 


This Julian calendar remained the official calendar 
of the Roman Catholic Church for the next 1,250 years. 
By the year 1575, the Sun was reaching the vernal 
equinox about March 11. This caused concern among 
both church and secular officials because, if this trend 
continued, by the year 11,690, Christmas would have 
become an early spring holiday instead of an early 
winter one, and would be occurring near Easter. 


This prompted Pope Gregory XIII to commission 
the German astronomer Christopher Clavius (1538- 
1612) to reform the calendar. Clavius studied the prob- 
lem and, then, he made several recommendations based 
on the fact that the rate of the precession of the equi- 
noxes was known much more precisely in the time of 
Clavius than it had been in the time of Sosigenes. The 
calendar that resulted from the study by Clavius is 
known as the Gregorian calendar; it was adopted in 
1583 in predominantly Roman Catholic countries. It 
distinguished between century years, that is, years such 
as 1600, 1700, 1800, 1900, 2000, etc., and all other years, 
which are non-century years. The Gregorian calendar 
has the following main features. 


All non-century years evenly divisible by four, 
such as 1988, 1992, and 1996 are leap years with 
February 29th as the 366th day. All other non-century 
years are ordinary years with 365 days. 
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Only century years evenly divisible by 400 are leap 
years; all other century years are ordinary years. Thus, 
1600 and 2000 were leap years with 366 days, while 
1700, 1800, and 1900 had only 365 days. 


The Gregorian calendar was reset so that the Sun 
reaches the vernal equinox about March 21. To accom- 
plish this, ten days were dropped from the Julian cal- 
endar; in the year 1582 in the Gregorian calendar, 
October 4 was followed by October 15. 


The Gregorian calendar is the official calendar of 
the modern world. From the rules for the Gregorian 
calendar shown above, one finds that, in any 400-year 
interval, there are 97 leap years and 303 ordinary 
years, and the average length of the Gregorian calen- 
dar year is 365.2425 days. This is only 0.0003 day 
longer than the tropical year. This will lead to a dis- 
crepancy of a day in about the year 5000. Therefore, 
the Sun has usually reached the vernal equinox and 
northern hemisphere spring has begun about March 
21 according to the Gregorian calendar. 


The Gregorian calendar was not immediately 
adopted beyond the Catholic countries. For example, 
the British Empire (including the American colonies) 
did not adopt the Gregorian calendar until 1752, when 
11 days had to be dropped from the Julian calendar, 
and the conversion to the Gregorian calendar did not 
occur in Russia until 1917, when 13 days had to be 
dropped. 


One feature of the Gregorian calendar is that 
February is the shortest month (with 28 or 29 days), 
while the summer months July and August have 31 
days each. This disparity becomes understandable 
when one learns that Earth’s orbit is slightly elliptical 
with eccentricity 0.0167, and the Earth is closest to the 
sun (at perihelion) in early January, while it is most 
distant from the sun (at aphelion) in early July. It 
follows from Kepler’s second law that the Earth, 
moving fastest in its orbit at perihelion and slowest at 
aphelion, causes the sun to seem to move fastest on the 
ecliptic in January and slowest in July. The fact that the 
Gregorian calendar months January, February, and 
March have 89 or 90 days, while July, August, and 
September have 92 days makes some allowance for 
this fact. 


Possible future calendar reform and 

additions 

Although the Gregorian calendar partially allows 
for the eccentricity of Earth’s orbit and for the dates of 


perihelion and aphelion, the shortness of February 
introduces slight inconveniences into daily life. An 
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Calendars 


KEY TERMS 


Eccentricity—Measurement of the Earth’s deviation 
from a circular orbit around the sun, based on its 
actual elliptical orbit. 


Ecliptic—The plane of Earth’s orbit about the sun as 
projected on the sky. The sun always appears to lie 
directly on the ecliptic; the moon and planets lie near 
it but not necessarily on it, as their orbital planes are all 
oriented slightly differently from Earth’s orbital plane. 


Equinox—The days of the year when the sun appears 
to lie directly on the celestial equator, meaning it 
appears to rise due east and set due west. This hap- 
pens twice per year, on or about March 21 (the spring 
or vernal equinox) and September 22 (the fall or 
autumnal equinox), and on these dates the day and 
night are each 12 hours long. The word equinox is 
derived from Latin words meaning equal and night. 


example is that a person usually pays the same rent for 
the 28 days of February as is paid for the 31 days of 
March. In addition, the same date falls on different days 
of the week in different years. These and other examples 
have led to several suggestions for calendar reform. 


Perhaps the best suggestion for a new calendar is 
the World Calendar, recommended by the Association 
for World Calendar Reform. This calendar is divided 
into four equal quarters that are 91 days (13 weeks) 
long. Each quarter begins on a Sunday on January 1, 
April 1, July 1, and October 1. These four months are 
each 31 days long; the remaining eight months all have 
30 days. The last day of the year, a World Holiday 
(W-Day), comes after Saturday December 30 and 
before January 1 (Sunday) of the next year; it is the 
365th day of ordinary years and the 366th day of leap 
years. The extra day in leap years appears as a second 
World Holiday (leap year or L-Day) between 
Saturday June 30 and Sunday July 1. The Gregorian 
calendar rules for ordinary, leap, century, and 
non-century years would remain unchanged for the 
foreseeable future. 


The most recent, and much-discussed, calendrical 
confusion concerned the so-called Y2K, the rollover of 
the calendar from 1999 to 2000. Debates ensued as to 
whether the new millennium began on January 1, 
2000, or January 1, 2001. Technically, the first day of 
the new millennium was January 1, 2001, because 
there was no year zero. The first year of the first 
millennium AD began at the start of the year 1, so 
the first year of the next two millennia must begin at 


732 


Precession—The wobbling motion of Earth’s rota- 
tional axis, much like a spinning top wobbles about 
its axis of rotation. 


Sidereal year—The time interval needed for the 
Earth to make a complete 360° orbital revolution 
around the sun, 365.25636 days. 


Synodic month—The time interval in which the 
phases of the moon repeat (from one full moon to 
the next), and averages 29.53 days. 


Tropical year—The time interval between succes- 
sive crossings of the vernal equinox by the sun, 
365.2422 days. 


Zodiac—The zone 9° on each side of the ecliptic 
where a geocentric observer always finds the sun, 
moon, and all the eight planets of the solar system. 


the start of the years 1001 and 2001. However, a 
reasonable case can be made that the change of digits 
to the even year 2000 makes it more significant in 
human reckoning than the minor change from 2000 
to 2001. 


A future Mars calendar for the human colonization 
of Mars in future centuries poses interesting problems. 
There are about 668.6 sols (mean Martian solar days, 
which average 24 hours, 39 minutes, 35.2 seconds of 
mean solar time long) in a Martian sidereal year. At 
least one Martian calendar has been suggested. 


The Julian day calendar 


This calendar is extensively used in astronomy, 
oceanography, and other sciences. It must not be con- 
fused with the Julian civil calendar. 


This calendar was devised in 1582 by French 
scholar Josephus Justus Scaliger (1540-1609); the 
Julian date for a given calendar date is the number of 
days that have elapsed for that date since noon (by 
Universal Time [U.T.]) on January 1, 4713 BC. It is 
based on a time interval 7980 years long, which 
Scaliger called the Julian period. For example, noon 
(12:00 U.T.) on January 1, 1996 is Julian Day J.D. 
2,450,084.0 = 1.5 January 1996 U.T. 


Resources 
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| Calibration 


Calibration is the process of checking the per- 
formance of a measuring instrument or device against 
some commonly accepted standard. A watch, for 
example, has to be calibrated so that it keeps correct 
time, agreeing with the international standard. The 
dials on a radio must also be calibrated so that the 
correct frequency or station is actually being received. 
Calibration provides consistency in a variety of appli- 
cations. Because rulers and calipers are calibrated, for 
instance, a 0.39 in (10 mm) nut made by one factory 
will fit a 0.39 in (10 mm) screw machined by another 
company halfway around the world. Without calibra- 
tion, such standardization and interchangeability 
would not be possible. 


Laboratories exist that provide official calibration 
of various instruments. In addition to clocks, such 
instruments and tools as electrical meters, laser beam 
power analyzers, torque wrenches, thermometers, and 
surveyors’ theodolites all need calibration to an accepted 
standard to be useful. Calibration is performed by com- 
paring the results of the instrument or device being tested 
(the value one actually gets) to the accepted standard 
(the value one should get), and adjusting the instrument/ 
device being tested until the two agree. 


Frequency of calibration varies according to the 
device being calibrated and the applications. A clock 
or acommon ruler for home use, for example, will only 
be calibrated at the time it is manufactured. A torque 
wrench on a NASA (National Aeronautics and Space 
Administration) project, on the other hand, may 
require calibration, for instance, before preparation 
for every space shuttle mission. Some sophisticated 
electronic instruments for such projects may require 
calibration every few months. 


In the United States, calibration of instruments or 
devices for high precision applications is generally 
traceable to standards established by the National 
Institute of Standards and Technology (NIST). (The 
NIST is a non-regulatory agency of the US. 
Department of Commerce. It assures that measure- 
ments made in engineering and manufacturing in the 
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United States, and involving the United States, are 
precisely performed.) In other words, if a laboratory 
is calibrating a meter stick for distance measurement, 
they need to prove that the standard they are measur- 
ing against has also been calibrated against the NIST 
definition of the meter. NIST keeps standard defini- 
tions of mass, length, temperature, etc. Historically, 
standards have been based on a ‘magic measure’ such 
as the platinum-iridium bar initially used as the stand- 
ard for the meter. The trend now is away from physical 
expressions of standards and toward standards based 
on some physical constant. One of the official defini- 
tions of the meter, for example, is based on the distance 
traveled by light in absolute vacuum in 1/299,792,458 
of a second. Such a definition can be recreated at need 
and does not depend on the physical existence of a slab 
of metal. International standards have been agreed 
upon, simplifying international trade and science. 


Traceability to NIST is not in and of itself a guar- 
antee of accuracy, however. All measurements have 
some uncertainty associated with them. Common sense 
should, thus, be used when measurement accuracy 
requirements for an instrument or device are formu- 
lated. Accuracy is limited by calibration, and even cali- 
bration has its limits. 


See also Caliper. 


Californium see Element, transuranium 


l Caliper 


A caliper is an instrument used for measuring 
linear dimensions that are not easily measured by 
devices such as meter sticks or rulers. Two examples 
of such measurements include the outer dimensions of 
a pipe or the internal diameter of a glass tube. 


Although many kinds of calipers exist, they are all 
designed on a common principle: two legs are hinged 
at one end to allow movement of the free ends of the 
legs both towards and away from each other. A caliper 
looks like a common pair of tweezers. The distance 
between the free ends of the two legs is the linear 
dimension measured by the caliper. 


The crescent-shaped legs of an outside caliper are 
curved inward toward each other. When the ends of 
the caliper are placed on the outside of some object, 
the distance between the ends of the legs can be read on 
a scale (usually incised on the pivot end of the caliper), 
giving the outside diameter of the object. The legs of 
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an inside caliper, on the other hand, are curved away 
from each other, like an hourglass. To find an interior 
diameter, the caliper is placed inside an object and 
opened. Again, the distance between the ends of the 
caliper can be read on a scale. 


The micrometer is one of the most common devices 
using the caliper principle. The micrometer consists of a 
metal handle around which a movable cylinder called 
the thimble is attached. As the thimble is rotated, a 
spindle connected to the handle moves toward or 
away from a fixed anvil. The dimensions of an object 
can be measured by placing the object between the anvil 
and the spindle and slowly rotating the thimble. When 
the object is in firm contact with the anvil on one side 
and the spindle on the other, its linear dimensions can 
be read on the scale located on the micrometer handle. 


The micrometer caliper can provide precise meas- 
urements relatively easily. A turn of the thimble 
advances the spindle only a small distance. A single 
rotation of the thimble in most micrometers advances 
the spindle a distance of 0.025 in (0.064 cm). The 
thimble itself is divided into 25 segments, which ena- 
bles the micrometer to measure distances as small as 
0.001 in (0.0025 cm). The addition of a vernier scale to 
the micrometer can further improve the precision of a 
measurement by a factor of 10. 


Other types of calipers include: oddleg calipers 
(which are also called oddleg jennys or hermaphrodite 
calipers); divider calipers (which are used in the metal- 
working industry); vernier calipers (which uses a ver- 
nier scale, a combination scale involving a secondary 
scale that more precisely determines measurements 
from a primary scale); and dial calipers (which is a 
type of vernier caliper but with a gear rack to move a 
pointer connected to a dial). 


Calipers have become more advanced as analog 
dials have increasingly been replaced with electronic 
digital displays. These types of calipers offer the ability 
to switch between different measuring units, such as 
between metric and English. Computers are also often 
used with digital calipers, increasing their versatility 
and popularity even more. 


Calomel see Mercurous chloride 


| Calorie 


A calorie is the amount of energy required to raise 
the temperature of 1 gram of pure water by 34°F (1°C) 
under standard conditions. These conditions include 
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an atmospheric pressure of one atmosphere, and a 
temperature change from 60° to 62°F (15.5-16.5°C). 


The calorie is also sometimes designated as a 
gram-calorie or small calorie (abbreviated: cal), to 
distinguish it from the calorie of dieticians (abbrevi- 
ated: Cal), also known as a large calorie, or kilocalorie 
(kcal), which is equal to 1,000 (small) calories. 


One calorie is equivalent to 3.968 British thermal 
units (btu), a non-metric measure of energy content. 
A calorie is also equivalent to 4.187 joules (also known 
as an International Table calorie), which is now the 
unit of energy that is most commonly used in science. 


Scientists are often interested in the energy con- 
tents of organic materials. These data are usually 
obtained by completely oxidizing (burning) a known 
quantity of a substance by igniting it in an oxygen-rich 
atmosphere inside of a device known as a bomb- 
calorimeter. The quantity of energy released is deter- 
mined by measuring the increase in temperature of a 
known quantity of water contained within the bomb. 


Dieticians are interested in the calorie contents of 
foods of various sorts. The potential energy of food is 
utilized metabolically by animals to drive their phys- 
iological processes, and to achieve growth and repro- 
duction. Foods vary tremendously in their energy 
contents, so careful planning of food intake requires 
an understanding of the balance of the nutrients, such 
as vitamins and amino acids. 


On average, pure carbohydrates have a calorific 
content of about 4,600 cal/g (or 4.6 Cal/g), while pro- 
teins contain about 4,800 cal/g, and fats or lipids about 
6,000-9,000 cal/g. Because fats are so energy-dense, 
they are commonly used by organisms as a compact 
material in which to store potential energy for future 
use. Of course, some of us store more of this potential 
energy of fat than others. 


Engineers are often concerned with the energy con- 
tents of petroleum, coal, and natural gas, and of distil- 
lates or synthetic materials refined from any of these 
fossil fuels. Knowledge of the amounts of energy that 
are liberated through the complete oxidation of these 
materials is important in the design of engines, fossil- 
fueled generating stations, and other machines that we 
use to achieve mechanical work. In order to maximize 
the amount of useful work that is achieved per unit of 
fuel consumed, that is, the energy-conversion efficiency, 
engineers are constantly re-designing machines of these 
sorts, and tuning their operating parameters, such as 
fuel: oxygen ratios. 


Ecologists are also interested in the energy con- 
tents of organic materials, and how these change over 
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time. Although ecologists commonly measure biomass 
and productivity in terms of weight, these are often 
converted into energy units, in order to account for 
the greatly varying calorific contents of different sorts 
of biomass, as was described above for carbohydrates, 
proteins, and fats. In parallel with the interests of engi- 
neers, ecologists are concerned with the efficiency of 
ecosystems in converting solar energy into plant pro- 
ductivity, as well as the transfers of the energy of plants 
to herbivores and carnivores. These efficiencies are best 
determined through knowledge of the amounts and 
transfers of energy, as expressed in calorific units. 


Calorimeter see Calorimetry 


i Calorimetry 


Calorimetry is the measurement of the amount of 
heat gained or lost during a physical or chemical 
change. Heats of fusion or vaporization, heats of sol- 
ution, and heats of reaction are examples of the kinds 
of determination that can be made in calorimetry. The 
term itself derives the Latin word for heat, caloric, as is 
the name of the instrument used to make these deter- 
minations, the calorimeter. Biocalorimetry is the 
measurement of heat loss and gain in biological 
processes. 


History 


Little productive work on the measurement of 
heat changes was accomplished prior to the mid-nine- 
teenth century for two reasons. First, the exact nature 
of heat itself was not well understood. Until the work 
of the Scottish chemist Joseph Black in the late eight- 
eenth century, the distinction between temperature 
and heat was not at all clear. It then took until about 
1845 before the nature of heat as a form of energy and 
not of matter was made clear in the experiments of 
James Joule (1818-1889) and others. 


Secondly, given such uncertainties, it is hardly 
surprising that appropriate equipment for the meas- 
urement of heat changes was not available until after 
the 1850s. Antoine Lavoisier (1743-1794) and Pierre 
Laplace (1749-1827) had made use of a primitive ice 
calorimeter to measure the heats of formations of 
compounds in 1780, but their work was largely 
ignored by their colleagues in chemistry. 


In fact, credit for the development of modern 
techniques of calorimetry should probably be given 
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to the French chemist Pierre Eugéne Berthelot 
(1827-1907). In the 1860s, Berthelot became interested 
in the problems of heat measurement. He constructed 
what was probably the first modern calorimeter and 
invented the terms endothermic and exothermic to 
describe reactions in which heat is taken up or given 
off, respectively. 


The calorimeter 


In essence, a calorimeter is any device in which the 
temperature before and after some kind of change can 
be accurately measured. Probably the simplest of such 
devices is the coffee cup calorimeter, so-called because 
itis made of a styrofoam cup such as the ones in which 
coffee is commonly served. A styrofoam cup is used 
because styrofoam is a relatively good insulating 
material. Heat given off within it as a result of some 
physical or chemical change will not be lost to the 
surrounding environment. To use the coffee cup calo- 
rimeter, one simply carries out the reaction to be 
studied inside the coffee cup, measures the temper- 
ature changes that take place, and then calculates the 
amount of heat lost or gained during the change. 


The type of calorimeter more commonly used for 
precise work is called the bomb calorimeter. A bomb 
calorimeter designed to measure heat of combustion, 
as an example, consists of a strong-walled metal con- 
tainer set inside another container filled with water. 
The inner container is fitted with an opening through 
which oxygen can be introduced and with electrical 
leads to which a source of electricity can be connected. 


The object to be studied is then placed in a com- 
bustion crucible within the bomb and ignited. The 
reaction occurs so quickly within the reaction chamber 
that it is similar to the explosion of a bomb—hence the 
instrument’s name. Surrounding the bomb in this 
arrangement is a jacket filled with (usually) water. 
Heat given off or absorbed within the bomb heats up 
the water in the jacket, a change that can readily be 
measured with a thermometer inserted into the water. 


Many variations in the basic design described here 
are possible. For example, the use of liquids other than 
water in the insulating jacket can permit the study of 
heat changes at higher temperatures than the sea-level 
boiling point of water 212°F (100°C). Aneroid (with- 
out liquid) calorimeters are also used for special pur- 
poses, such as the measurement of heat changes over 
very large temperature ranges. Such calorimeters use 
metals with a high coefficient of thermal conductivity, 
like copper, to measure the gain or loss of heat in some 
type of change. 
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Camels 


KEY TERMS 


Heat—The transfer of thermal energy that occurs 
between two objects when they are at different 
temperatures. 


Insulator—An object or material that does not con- 
duct heat or electricity well. 


Specific heat—The amount of heat needed to 
increase the temperature of a mass of material by 
one degree. 


Temperature—A measure of the average kinetic 
energy of all the elementary particles in a sample 
of matter. 


Calorimetry theory 


Suppose that a cube of sugar is burned completely 
within the bomb of a calorimeter. How can an experi- 
menter determine the heat released in that reaction? 


To answer that question, the assumption is made 
that all of the heat produced in the reaction is used to 
raise the temperature of the water in the surrounding 
jacket and the metalwalls of the bomb itself. The heat 
absorbed by each is equal to its mass multiplied by its 
specific heat multiplied by the temperature change 
(DT). Using a word equation to express this fact: 
heat released in reaction = (mass of water x specific 
heat of water x DT) + (mass of bomb x specific heat 
of bomb x DT). The last part of this equation, (mass 
of bomb x specific heat of bomb x DT), is the same 
for any given calorimeter. Once measured, it is known 
as a constant value and, therefore, is given the name of 
calorimeter constant. 


Resources 
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| Camels 


Camels and their relatives, the lamas, guanacos, 
alpacas, and vicufas, are long-legged, hoofed mam- 
mals in the family Camelidae in order Artiodactyla, 
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whose members have an even number of toes. All 
camelids have a cleft in their upper lip, and all have 
the ability to withstand extremes of heat and cold. 


Camelids evolved in North America and spread 
into South America, Asia, and Africa. Camels in Asia 
and Africa today have been domesticated for up to 
3,500 years. The two smaller South American species 
of camel have been bred to develop two purely domes- 
tic species, the llama and the alpaca. 


Like cattle, camelids are cud-chewing animals, or 
ruminants. However, unlike other ruminants, which 
have four chambers to their stomachs, camelids have 
only three. Both males and females have the same 
number of teeth for feeding, but the front incisor 
teeth of the males are large and sharp, making them 
useful for fighting. Camelids have oval-shaped red 
blood cells, whereas all other mammals have round 
red blood cells. 


Both New World and Old World camels commu- 
nicate in a variety of ways, including whistling, hum- 
ming, and spitting. In zoos, camels have been known 
to spit the contents of their first stomach at annoying 
visitors. 


Old World camels 


The Bactrian, or two-humped, camel (Camelus 
ferus) is the largest species, native to the rocky deserts 
in Asia. These wild camels were the ancestors of the 
domestic Bactrian camel, C. bactrianus. These animals 
are named for the Baktria region of ancient Persia 
(now Iran), and can withstand severe cold as well as 
extreme heat (up to 122°F [50°C]). Bactrian camels 
have a thick and shaggy coat, with very long hair 
growing downward from their necks. Domesticated 
bactrians have longer hair than the wild species. 


The Bactrian camel stands about 6.5 ft (2 m) high 
at the shoulder and weighs up to 1,500 Ib (680 kg) and 
can run up to 40 mph (65 km/h). Bactrian camels can 
carry loads of up to 1,000 lb (454 kg), about twice as 
much as a dromedary can carry. Although Bactrian 
camels breed well in zoos, they are almost extinct in the 
wild, with probably only 900 left in the Gobi Desert of 
China and Mongolia. 


The most common camel is the one-humped 
Arabian, or dromedary camel, which is known today 
only as a domesticated species, C. dromedarius. 
Although the name “dromedary” has now been given 
to all one-humped camels, it originated with a special 
breed developed for great speed in racing. Racing 
camels can also run over great distances—covering 
more than 100 mi (160 km) in a day. 
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A dromedary camel. (© Leonard Lee Rue, III/The National Audubon Society Collection/Photo Researchers, Inc.) 


Dromedary camels are taller but lighter than 
Bactrian camels, reaching 7 ft (2.1 m) at the shoulder, 
and an average weight of about 1,200 lb (550 kg). The 
animals’ hair can vary in color from dark brown to white, 
though most are the tan color referred to as “camel’s 
hair.” The Arabian camel has long been extinct in the 
wild, though feral populations (domestic animals living in 
the wild) occur in various parts of the world, including 
central Australia where the herds number up to 50,000. 


Although one-humped and two-humped camels are 
given separate species names, they can interbreed fairly 
easily. The product of interbreeding, called a tulu, usu- 
ally has two humps. This is not surprising in view of the 
fact that the one-humped camel actually has another 
hump that lies unnoticed in the shoulder region. 


Both species are used primarily as pack animals in 
desert countries, where they travel at a leisurely pace of 
about 25 mi (40 km) a day, carrying both goods and 
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people, mounted in saddles that fit over the single hump 
or between the two humps. A camel’s hump contains up 
to 80 lb (36 kg) of fat, not water, which provides the 
animal with energy when no food is available. The 
hump shrinks and becomes flabby as the fat supply is 
used up, but it firms up again when the animal eats 
plants and drinks water. A camel can go for a week 
and even travel 100 mi (160 km) or more in a desert 
summer without drinking. Camels can withstand a great 
deal of dehydration and can lose more than 40% of their 
body weight without harm. In winter, camels can go for 
many weeks without drinking. When dehydrated camels 
do reach water, they make up for any previous lack by 
drinking as much as possible very quickly. They have 
been known to drink as much as 30—40 gal (114-1501) in 
a single session to rehydrate. 


Other adaptations of camels for dealing with des- 
ert conditions include a reduced number of sweat 
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Camels 


A domesticated Ilama in Peru. (JLM Visuals.) 


glands that only function in extreme heat or exertion. 
At heat stresses that would cause most animals to 
sweat to cool their bodies, and thus use up water, the 
camel’s body temperature can temporarily rise several 
degrees, a strategy known as heat storage. The thick 
coat on the back of the camel prevents heat from the 
sun from being absorbed. The hoofed feet have broad, 
thick pads that provide a solid base on shifting sands. 
The thick, bushy eyebrows and double rows of eye- 
lashes keep sand out of their eyes. Any sand that does 
enter the eye is dislodged by a transparent third eyelid 
that slides across the eye. Hair inside a camel’s ears 
prevents sand from easily blowing in the ear canal. In 
addition, camels can voluntarily squeeze shut both 
their slit-like nostrils and their mouth to prevent 
sand from entering. The camel’s mouth has a thick, 
leathery lining that prevents the thorny desert plants 
from damaging the mouth. The round, leathery knee- 
pads of camels protect their knees when they kneel on 
the hot sand or on hard rocky ground. 
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Camels are central to the survival and culture of the 
nomadic peoples of the Old World deserts. Camel hair, 
shed in large clumps, is woven into clothing and tents, 
while camel milk and meat provide nourishment, par- 
ticularly on special occasions. Nomadic people often let 
their camels loose in the desert for several months at a 
time, which includes the mating season. Camels have a 
gestation period of about 12-13 months, after which 
the mother camel gives birth to a single 80 lb (36 kg) 
offspring, every other year. The long-legged calves 
become independent at about four years, and domes- 
ticated camels can live up to about 50 years. 


New World camels 


New World camels are native to the Andes 
Mountains of South America. The wild New World 
camels are the vicuna (Vicugna vicugna) and the gua- 
naco (Lama guanicoe) while the llama (Lama glama) 
and alpaca (Lama pacos) are domestic animals. 


Wild South American camels live primarily at 
high altitudes in both open grasslands and forests. 
Their family groups may include a male and half a 
dozen or so females, each with a single young. Young 
males are chased from the group when they are 
between a year and a year and a half old, then they 
join a bachelor herd until they can later form their own 
family groups. Young females join a new group and 
mate, producing young after a gestation period of 
about 11 to 12 months. 


Vicunas are extremely rare in the wild, and are small 
animals, often standing no more than 3 ft (90 cm) at the 
shoulder and weighing no more than about 110 Ib 
(50 kg). Vicufias, are alone among the camelids in hav- 
ing bottom incisor teeth that keep growing and enamel 
only on the outer tooth surface. This characteristic has 
led taxonomists to assign them to a separate genus. 
Vicufas are fast runners that can readily cover the dry, 
open grasslands where they live at altitudes between 
11,500 and 18,700 ft (3,500-5,700 m). Male vicufias 
defend both a grazing territory and a sleeping territory. 


Vicufia fur can be woven into one of the softest 
textiles known, and this fabric was, for many centuries, 
worn only by the Inca kings. After the Incan empire fell, 
vicufias were no longer protected and were hunted for 
their meat and skins until they were close to extinction. 
By 1967, fewer than 10,000 animals left. Vicufias are 
now protected in several Andean national parks, and 
while their numbers are climbing once again, their long- 
term survival depends on conservation efforts on their 
behalf. 


The larger South American guanaco lives primarily 
in dry open country, from the coastal plains to the 
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high mountains. Guanaco hair is cinnamon-colored 
on their backs and white on their underparts. Unlike 
the smaller vicufias, they have dark faces. Guanacos 
stand about 6 ft (less than 2 m) tall, and are the tallest 
South American camelid, but are very light compared 
to camels, weighing only about 250 Ib (113 kg). Most 
guanacos now live in Patagonia, a temperate large 
grassland in southern Argentina and Chile, and are 
found from sea level to about 14,000 ft (4,200 m). Male 
guanacos will mark their territories with piles of dung. 
Female guanacos give birth every two years. A new- 
born guanaco, called a chulengo, can run within 
minutes of being born. Young guanacos often make 
a playful prance in which they lift all four feet off the 
ground at once, and guanacos also like playing in the 
running stream water. 


Starting about 6,000—7,000 years ago, natives of 
the Andes Mountains bred the guanaco to develop 
two other domesticated camelids: the sure-footed 
llama, bred for its strength, endurance, and ability to 
carry great loads over steep mountains; and the long- 
haired alpaca. 


Llamas stand only about 4 ft (1.2 m) at the 
shoulder. Usually only male llamas are used for the 
long pack trains, while the females are kept for breed- 
ing. An average male llama weighs about 200 Ib (90 kg), 
but can carry a load weighing two-thirds that amount 
on its back, for about 15—20 mi (24-32 km) a day across 
mountain terrain. Llamas were used by the Incas to 
transport silver from their mountain mines. 


The alpaca, the other domesticated breed, has 
long hair valued for warm blankets and clothing 
because it is soft, lightweight, and waterproof. Some 
breeds of alpaca have hair that almost reaches the 
ground before it is sheared. Llama hair is not used 
for weaving because it is too coarse. Llamas and alpa- 
cas are often crossed to get an animal that produces 
hair that is both sturdier and softer than either of the 
parents’ hair. 
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| Canal 


A canal is a human-made waterway or channel 
that is built for navigation, irrigation, drainage, or 
water supply. 


There are two major types of transportation 
canals. One is an inland waterway, or water route, 
that either follows the lay of the land or has locks, 
for example the long-abandoned Erie Canal in the 
eastern United States. The other is a canal that is 
built to shorten a sea route, for example the Suez 
Canal, which connects the Mediterranean and Red 
Seas, and the Panama Canal, which connects the 
Atlantic and Pacific Oceans across the Isthmus of 
Panama. 


Canals can be among the most complicated engi- 
neering projects of their times. A canal across the 
Isthmus of Panama, for example, was first envisioned 
by Spanish explorers in 1513. The French began con- 
struction of a canal across the isthmus in 1880, but 
abandoned work in 1889. Excavation of the canal was 
resumed by the United States in 1904, and the Panama 
Canal finally opened in 1914. As many as 40,000 
workers were employed at different times during the 
construction of the Panama Canal, which required the 
construction of towns to house workers, railroads to 
move supplies and large amounts of excavated soil and 
rock, and the invention of new kinds of construction 
equipment. Perhaps the most prominent engineering 
accomplishment during construction of the Panama 
Canal was the Culebra Cut, a 8.75-mi (14 km) excava- 
tion across the continental divide that was plagued by 
landslides. The total amount of soil and rock exca- 
vated along the Culebra Cut was estimated to have 
been about 100,000,000 cubic yards (76,500,000 cubic 
meters), or the equivalent of more than 8 million large 
dump truck loads. Monitoring of persistent landslides 
along the Culebra Cut persists to this day. 
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Canal in Delft, the Netherlands. The first network of canals 
was built in the thirteenth and fourteenth centuries in the 
Netherlands. (Porterfield/Chickering. The National Audubon 
Society Collection/Photo Researchers, Inc.) 


Many long-abandoned inland canals in the 
United States, British Isles, and Europe are currently 
the focus of restoration projects. This work, often 
undertaken by volunteer groups, is being undertaken 
to repair the effects of neglect, educate the public 
about the historical significance of canals, and provide 
new recreational opportunities. 


History 


The earliest canals were built by Middle Eastern 
civilizations primarily to provide water for drinking 
and for irrigation. In 510 BC Darius I, King of Persia, 
ordered the building of a canal that linked the Nile 
River to the Red Sea; this canal was a forerunner of 
the modern Suez Canal. The Chinese were perhaps the 
greatest canal builders of the ancient world, having 
linked their major rivers with a series of canals dating 
back to the third century BC. Their most impressive 
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project was the Grand Canal, the first section of which 
opened around AD 610. With a total length of 1,114 
mi (1,795 km), it is the longest canal in the world. 
Canals were used by the Romans, but were neglected 
for the centuries after the fall of the Roman Empire. 
The commercial expansion of the twelfth century 
spurred the revival of canals, and it is estimated that 
as much as 85% of the transport in medieval Europe 
was by canal. 


Many early canals were called contour canals 
because they followed the lay of the land and simply 
went around anything in their way. Major changes in 
ground and water levels have always presented canal 
builders with their greatest engineering challenge. At 
first, boats were towed or dragged over slipways to the 
next level. The invention of the modern lock in China 
solved this problem and allowed more ambitious canal 
building projects. The modern two-gate lock evolved 
from the slow and unsafe Chinese flash lock, which that 
had only one gate. The flash lock eventually made its 
way to Renaissance Europe, where it was modified with 
a second gate. The development of the lock heralded a 
period of extensive canal construction across Europe, 
and it is not surprising that each nation responded in its 
own particular way. The Naviglio Grande Canale in 
Italy (1179-1209) and the Stecknitz Canal in Germany 
(1391-1398) are two that made important contribu- 
tions to waterway technology. Also in China, a 684 mi 
(1,100 km) branch of the Grand Canal was finished in 
1293. Over the next few centuries, France built the 
pioneering Briare Canal (completed in 1642) and 
the famous Canal du Midi (1681), which joined the 
Mediterranean and the Atlantic and would serve the 
world as an example of complex civil engineering at its 
best. This remarkable French canal stimulated an era of 
British canal construction that began with the comple- 
tion of the Bridgewater Canal (1761). In Germany, the 
Friedrich Wilhelm Summit Canal was completed in 
1669, and in other nations, extensive waterway systems 
were developed. With industrial production steadily 
growing in the nineteenth century, transport by canal 
became essential to the movement of raw materials and 
goods throughout Europe. The need to predict the 
kinds of rocks encountered during canal construction 
led the British engineer William Smith to create the 
world’s first geologic map. 


The United States has a shorter tradition of canal 
building. Its first major canal was the Erie Canal, 
constructed during the beginning of the nineteenth 
century. Completed in 1824, the 364 mi (586 km) 
canal provided a water route that brought grain from 
the Great Lakes region to New York and the markets 
of the East. With the construction of railroads in the 
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KEY TERMS 


Contour canal—Usually early canals that followed 
the meandering natural contours of the land. 


Flash lock—A simple wooden gate that was placed 
across a moving body of water to hold it back until 
it had become deep; the sudden withdrawal of the 
gate would cause a “flash” of water that would 
carry a boat downstream and over the shallows 
below. 


Inland waterway—An artificial waterway or chan- 
nel that is cut through land to carry water and is 
used for transportation. 


Lock—A compartment in a canal separated from 
the main stream by watertight gates at each end; as 
water fills or drains it, boats are raised or lowered 
from one water level to another. 


Slipway—An inclined path or road leading into a 
body of water over which, in ancient times, boats 
were dragged or rolled from one body of water to 
another. 


1830s, the United States quickly abandoned its canals 
in the belief that rail would be the best method for 
every transport task. The Europeans did not react the 
same way to railroads, maintaining their canal systems 
as a complementary system not in competition with 
railroads. Today, inland waterways or canals play a 
major transportation role in the United States and the 
rest of the world, for it has been realized that canals are 
perfectly suited for carrying low-value and high-bulk 
cargoes over long distances. 


Sea canals, the great canals that shorten sea 
routes, are glamorous and highly visible engineering 
achievements. Three well-known examples are the 
Kiel Canal connecting the North and Baltic Seas 
(1895), the Suez Canal linking the Mediterranean 
and Red Seas (1869), and the Panama Canal between 
the Atlantic and Pacific Oceans (1914). Sea-to-sea ship 
canals face the problem of obsolescence: some new 
ships are too large for old canals. Both the Kiel and 
the Suez canals have been enlarged, but the Panama 
Canal is not large enough to accommodate the world’s 
largest ships. 


Construction and operation 


Engineers designing a canal must take several 
things into consideration. They must formulate the 
dimensions of the canal to accommodate the numbers 
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and sizes of ships that are predicted to use the water- 
way. Natural obstacles in the path of the canal, such as 
bedrock outcrops, must also be modified, removed, or 
avoided. There must be adequate vertical clearance 
above the canal and the clearance afforded by pre- 
existing bridges must be able to accommodate the 
vessels that will use the canal. Finally, engineers must 
decide the scale and location of associated structures, 
such as bridges, tunnels, and locks. 


The paths of most canals are affected by variations 
in the levels of terrain. Engineers compensate for these 
variations with either locks or inclined planes. A lock is 
a segment of the waterway that is closed off by gates at 
either end. When a vessel enters the lock, the front gate 
is already closed. The back gate is then closed behind 
the vessel, and the water level within the lock is raised or 
lowered to the level of the water on the outside of the 
front gate. Valves on the gates control the level of the 
water. Whereas locks are the most common means of 
compensating for elevation changes, the procedure is 
slow and uses a large amount of water. Inclined planes 
can be used to elevate and lower smaller vessels; they 
use no water and often allow more rapid passage of 
vessels. When vessels reach certain stations along the 
waterway, they are pulled out of the water and moved 
on trucks up or down the plane. 


Canal operators must monitor the canal’s supply of 
water. If the natural supply of water at the upper end of 
the canal is deficient, it must be supplemented by water 
pumped into the reservoirs. If nature supplies the reser- 
voir with excess amounts of water, some of the water 
must be diverted from the canal. Otherwise, excess water 
may strengthen the current and disrupt canal operations. 
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| Cancel 


Cancel refers to an operation used in term math- 
ematics to remove terms from an expression leaving it 
in a simpler form. For example, in the fraction 6/8, the 
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factor 2 can be removed from both the numerator and 
the denominator leaving the irreducible fraction 3/4. 
In this instance the 2 is said to be canceled out of 
the expression. Canceling is particularly useful for 
solving algebraic equations. The solution to the equa- 
tion x - 7 = 4 is obtained by adding 7 to each side of 
the equation resulting in x = 11. When we add 7 to the 
left side of the equation, we cancel the -7 and put the 
equation in a simpler form. Typically, canceling is 
performed by using inverse operations. These are 
operations such as multiplication and division or addi- 
tion and subtraction which “undo” one another. 
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| Cancer 


Cancer is not just one disease, but a large group of 
almost 100 diseases. Its two main characteristics are 
uncontrolled growth of the cells in the human body 
and the ability of these cells to migrate from the orig- 
inal site and spread to distant sites. If the spread is not 
controlled, cancer can result in death. 


Of all premature deaths, one out of every four 
deaths in the United States is from cancer. It is second 
only to heart disease as a cause of death in the United 
States. According to the American Cancer Society 
(ACS), as of 2006, over 550 million people in the 
United States die of cancer each year. Annually, 
about 1.4 million new cases of cancer will be diagnosed, 
excluding preinvasive cancer (but including urinary 
bladder cancer) and nonmelanoma skin cancer (in 
which about one million cases will be diagnosed). 


Cancer can attack anyone. Since the occurrence of 
cancer increases as people age, most of the cases are seen 
in adults, middle-aged or older. The most common 
cancers are skin cancer, lung cancer, colon cancer, breast 
cancer (in women), and prostate cancer (in men). In 
addition, cancer of the kidneys, ovaries, uterus, pan- 
creas, bladder, rectum, and blood and lymph node can- 
cer (leukemia and lymphomas) are also included among 
the 12 major cancers that affect most Americans. 
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A transmission electron microscopy (TEM) of two spindle 
cell nuclei from a human sarcoma. Sarcomas are cancers 
of the connective tissue (bone, nerves, smooth muscle). 
(Dr. Brian Eyden. National Audubon Society Collection/Photo 
Researchers, Inc.) 


The history of cancer as a known disease 


The term cancer derives from the observation by 
Hippocrates in 400 BC that the veins radiating from 
a breast cancer resembled the legs of a crab, hence 
karkinoma in Greek and cancer in Latin. Cancer is 
not a single disease, but is many different diseases 
that all share common biological and pathological 
characteristics. In most western societies, cancer is a 
leading cause of death. The disease may develop in 
any body tissue or organ and over one hundred 
different types of cancer can occur in adults. Cancer 
also occurs in children and may even be present at 
birth. 


The first clues to the cause of cancer came over two 
hundred years ago from an observation by Percivall 
Pott, a London doctor, who in 1775 found a high inci- 
dence of scrotal cancer in men who had worked as 
chimney sweeps. Later, radiation was found to cause 
skin cancer and tragically Marie Curie (1867-1934), the 
discoverer of x rays, died of a cancer caused by pro- 
longed exposure to radiation. During the second half 
of the twentieth century, epidemiologists (those who 
study disease in populations) linked exposure to cer- 
tain environmental toxins and particular types of can- 
cer. Most notably, cigarette smoking and lung cancer, 
sunlight and skin cancer, and certain industrial chem- 
icals were linked as the cause of bladder and liver 
cancer. Finally several viruses were also been impli- 
cated in causing cancer, such as the hepatitis B virus 
and cancer of the liver, the Epstein Barr virus and 
lymphoma, and the human papilloma virus and cancer 
of the cervix. These important observations all sug- 
gested that specific external environmental agents 
could cause specific cancers. 
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How then could a diverse range of external agents 
such as chemicals, radiation, and viruses, all lead to the 
development of cancer?. The answer to this question has 
come over the last 30 years from two different lines of 
investigation: studies on cancer causing viruses and 
research into the genetics of some rare cancers in children. 


In 1910, Frances Peyton Rous (1879-1970) isolated 
a virus from a cancer in chickens (a sarcoma) that caused 
new sarcomas to develop when infected into healthy 
chickens. Rous’s work languished for over 50 years 
until he was awarded a Nobel Prize in 1966. By this 
time, methods for the study of viruses and cancer had 
improved considerably and many new animal derived 
viruses were found to cause cancer in a range of species. 
These viruses could also induce cancer-like changes 
when introduced into normal cells grown in the labora- 
tory. A genetic study of these cancer causing viruses 
identified a small number of genes termed viral onco- 
genes (v-oncogenes) which, when introduced into cells, 
could transform the normal cells into malignant cells. 


The presence of viral oncogenes led to the search 
for endogenous cellular oncogenes, which might cause 
cancer. In a crucial experiment in the late 1970s, DNA 
(deoxyribonucleic acid) from mouse cells that had 
been transformed by a chemical carcinogen, was trans- 
fected into normal mouse cells. The normal mouse 
cells became malignant suggesting that a gene within 
the cancer (a proto-oncogene) had been mutated by 
exposure to the chemical and was able to induce can- 
cer. Surprisingly, when these endogenous cellular 
oncogenes were eventually isolated they were found 
to be homologous to virally derived oncogenes. 


In the early 1970s, American pediatrician and 
scientist Alfred Knudson at the Fox Chase Cancer 
Center studied retinoblastoma, a rare childhood eye 
cancer that is sometimes inherited but is most often 
sporadic. He observed that children who had inherited 
retinoblastoma often had the cancer at birth, and were 
at high risk of developing multiple cancers in both 
eyes. Children with later onset retinoblastoma usually 
had no family history and developed isolated tumors. 
Knudson reasoned that children with inherited retino- 
blastoma had a germline mutation in one allele of a 
recessive cancer gene. The germline mutation was the 
first of two hits in knocking out a recessive cancer 
gene. This is known as Knudson’s two hit hypothesis. 
Later genetic studies found the first hit in children with 
inherited retinoblastoma to be a partial deletion of the 
long arm of chromosome 13 causing loss of the tumor 
suppressor gene, RB1. 


These two directions of study independently iden- 
tified two different classes of cancer gene, the oncogene 


GALE ENCYCLOPEDIA OF SCIENCE 4 


and tumor suppressor gene, that when mutated in a 
given cell can set in train the sequence of events leading 
to the development of a cancer. 


The genetics of cancer 


Cancer, by definition, is a disease of the genes. 
Cancer is also the most common genetic disease in 
humans, but only rarely is it inherited. A gene is a 
small part of DNA, which is the master molecule of 
the cell. Genes make proteins, which are the ultimate 
workhorses of the cells. It is these proteins that allow 
human bodies to carry out all the many processes that 
permit people to breathe, think, move, etc. 


Throughout people’s lives, the cells in their bodies 
are growing, dividing, and replacing themselves. 
Many genes produce proteins that are involved in 
controlling the processes of cell growth and division. 
An alteration (mutation) to the DNA molecule can 
disrupt the genes and produce faulty proteins. This 
causes the cell to become abnormal and lose its 
restraints on growth. The abnormal cell begins to 
divide uncontrollably and eventually forms a new 
growth known as a tumor or neoplasm (which is the 
medical term for cancer meaning new growth). 


In a healthy individual, the immune system can 
recognize the neoplastic cells and destroy them before 
they get a chance to divide. However, some mutant 
cells may escape immune detection and survive to 
become tumors or cancers. 


Tumors are of two types: benign or malignant. 
A benign tumor is slow growing, does not spread or 
invade surrounding tissue, and once it is removed, it 
does not usually recur. A malignant tumor, on the 
other hand, invades surrounding tissue and spreads 
to other parts of the body. The hallmark of a malig- 
nant cancer is the uncontrolled clonal proliferation 
and spread of abnormal cancer cells. If the cancer 
cells have spread to the surrounding tissues, then, 
even after the malignant tumor is removed, it generally 
recurs. 


Many cancers are caused by changes in the cell’s 
DNA because of damage due to the environment. 
Environmental factors that are responsible for causing 
the initial mutation in the DNA are called carcino- 
gens. There are many types of carcinogens, such as 
asbestos and noitrosonornicotine (in cigarettes). 


There are some cancers that have a genetic basis. 
In other words, an individual could inherit faulty 
DNA from his/her parents, which could predispose 
that person to getting cancer. While there is scientific 
evidence that both factors (environmental and genetic) 
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play a role, less than 10% of all cancers are purely 
hereditary. Cancers that are known to have a heredi- 
tary link are breast cancer, colon cancer, ovarian can- 
cer, and uterine cancer. Besides genes, certain 
physiological traits could be inherited and could con- 
tribute to cancers. For example, inheriting fair skin 
makes a person more likely to develop skin cancer, but 
only if they also have prolonged exposure to intensive 
sunlight. 


Most cancers are sporadic and arise in a particular 
tissue such as the colon, breast, lung, or skin when 
normal cells acquire mutations in one or more onco- 
genes or tumor suppressor genes. The acquisition of 
multiple new genetic changes is what sets the cancer cell 
apart from the normal cells in its surrounding tissues. 


The cancer cell develops when a normal cell in an 
organ or tissue acquires the capacity to divide in an 
uncontrolled fashion. Over time the developing cancer 
cell starts to multiply in a clonal fashion, begins to 
appear different (anaplastic or undifferentiated), and 
progressively acquires other characteristics, such as 
the capacity metastasise while losing cell-to-cell adhe- 
sion. The continued acquisition of new biologic char- 
acteristics is the key to many aggressive cancers 
evading the host defenses, and to the resisting some 
treatments such chemotherapy and radiotherapy. 


It is important to appreciate that oncogenes and 
tumor suppressor genes are in fact normal cellular 
genes with vital functions within normal cells. It is 
only when they are mutated in some way that these 
genes become cancer causing. 


The Ha-ras gene is a good example of an onco- 
gene. Located on chromosome 11 at the normal cellu- 
lar Ha-ras gene is one of a family of ras genes and 
encodes a small protein that is involved in intracellular 
signaling. Mutations in the ras oncogenes disrupt 
processing of cell signals and contribute to cell trans- 
formation. Mutations in ras oncogenes are found in 
approximately 10% of cancers especially cancer of the 
colon and lung. 


The most important tumor suppressor gene is the 
p53 gene. This gene which is known as the guardian of 
the genome encodes for a protein with multiple intra- 
cellular functions related to the detection of DNA 
damage. When DNA is damaged by exposure to a 
mutagen such as UV (ultraviolet) irradiation the p53 
gene is expressed. The p53 protein causes the cell to 
stop dividing so DNA mismatch repair genes can 
repair the DNA. If the DNA is successfully repaired, 
the cell resumes normal cell functions and the p53 gene 
is down regulated. However, if the DNA damage is 
beyond repair the p53 protein switches on a process 
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called apoptosis (programmed cell death) leading to 
the death of the cell. For example, sunburn to the skin 
causes UV induced DNA damage, which often cannot 
be repaired. Expression of the p53 gene induces apop- 
tosis the skin cells die and peel off. 


Mutations in the p53 gene occur in approximately 
50% of all cancers—particularly cancer of the breast, 
colon, lung, and brain. The mutant p53 protein is 
unable to stop uncontrolled cell division or switch on 
apoptosis, and can no longer protect the cell from 
acquiring additional mutation in other genes. The result 
is an unstable cell genome liable to further progressive 
DNA damage. The inherited cancer condition, 
Li-Fraumeni syndrome, is an autosomal dominant dis- 
order caused by inherited mutations in the p53 gene. 
Individuals affected with Li-Fraumeni syndrome may 
develop breast cancer, brain tumors, leukemia, prostate 
cancer and various sarcomas at a young age. 


Mismatch repair genes are another class of cancer 
gene contributing to instability of the cancer cell 
genome. Damaged DNA is repaired by an active 
DNA mismatch repair mechanism that identifies dam- 
aged DNA, then cuts out and repairs the damaged 
DNA bases. Mutations in these repair genes are com- 
mon in cancer cancers of the colon. 


Oncogenes, tumor suppressor genes and other can- 
cer causing genes can become mutated in any number 
of different ways. Most oncogenes become activated by 
specific mutations within their DNA sequence that 
causes the gene protein to function abnormally. Some 
oncogenes such MYCN are activated by DNA ampli- 
fication. Oncogene amplification occurs commonly in 
neuroblastoma an aggressive cancer in children. These 
tumors can acquire hundreds of copies of this gene by 
DNA amplification making the cancer very resistant to 
treatment. Another means of oncogene activation is by 
its translocation from one chromosome to another. In 
the Burkitt lymphoma the c-myc oncogene is translo- 
cated from chromosome 8 to chromosome 14 where it 
becomes activated by an immunoglobulin gene. Only 
one allele of an oncogenes need to be activated for it to 
participate in cell transformation. 


Tumor suppressor genes on the other hand are 
recessive and normally act to suppress cell replication. 
Cell transformation occurs when both gene alleles are 
inactivated (knocked out). Most commonly, inactiva- 
tion of one gene allele occurs by a chromosome dele- 
tion. The second event may be an inactivating gene 
mutation, a second deletion or methylation of the 
genes promoter. 


Regardless of the actual mutations involved, a cru- 
cial concept in the development of most cancers is that 
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more than one gene is usually involved in the process. 
Indeed in the development of cancer of the colon at 
least six or more separate oncogenes and tumor 
suppressor genes are involved in a progressive multi- 
step process to transform a normal colon cell into an 
aggressive, self replicating and invading cancer. 


More recently, the application of gene expression 
arrays (microarrays) to the study of cancer has found 
that in addition to multiple gene mutations, the 
expression of many hundreds of non-mutant genes is 
affected in the process of cell transformation. 


Microarray analysis of cancers of the breast and 
soft tissues has also identified distinctive patterns of 
gene expression that can be used to aid diagnosis and 
predict the clinical behavior of individual tumors. 


This type of genetic analysis will also aid the 
development of new cancer therapies directed specifi- 
cally at the molecular biology of the cancer. 


Types of cancers 


There are several different types of cancers: 


- Carcinomas are cancers that arise in the epithelium (the 
layers of cells covering the body’s surface and lining the 
internal organs and various glands). Ninety percent of 
human cancers fall into this category. Carcinomas can 
be subdivided into two subtypes: adenocarcinomas and 
squamous cell carcinomas. Adenocarcinomas are can- 
cers that develop in an organ or a gland, while squa- 
mous cell carcinomas refer to cancers that originate in 
the skin. 


- Melanomas also originate in the skin, usually in the 
pigment cells (melanocytes). 


- Sarcomas are cancers of the supporting tissues of the 
body, such as bone, muscle and blood vessels. 


- Cancers of the blood and lymph glands are called 
leukemia and lymphomas respectively. 


- Gliomas are cancers of the nerve tissue. 


Causes and symptoms 


The major risk factors for cancer are: tobacco, 
alcohol, diet, sexual and reproductive behavior, infec- 
tious agents, family history, occupation, environment 
and pollution. 


According to the estimates of the American 
Cancer Society (ACS), just over 40% of the cancer 
deaths in 2004 were due to tobacco and excessive 
alcohol use. An additional one-third of the deaths 
were related to diet and nutrition. Many of the one 
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million skin cancers that each year were due to over- 
exposure to ultraviolet light from the Sun’s rays. 


Tobacco 


Eighty to ninety percent of the lung cancer cases 
occur in smokers. Smoking has also been shown to be 
a contributory factor in cancers of upper respiratory 
tract, esophagus, larynx, bladder, pancreas, and prob- 
ably liver, stomach, and kidney as well. Recently, 
scientists have also shown that second-hand smoke 
(or passive smoking) can increase one’s risk of devel- 
oping cancer. 


Alcohol 


Excessive consumption of alcohol is a risk factor 
in certain cancers, such as liver cancer. Alcohol, in 
combination with tobacco, significantly increases the 
chances that an individual will develop mouth, phar- 
ynx, larynx, and esophageal cancers. 


Diet 


Thirty five percent of all cancers are due to dietary 
causes. Excessive intake of fat leading to obesity has been 
associated with cancers of the breast, colon, rectum, 
pancreas, prostate, gall bladder, ovaries, and uterus. 


Sexual and reproductive behavior 


The human papilloma virus, which is sexually 
transmitted has been shown to cause cancer of the 
cervix. Having too many sex partners and becoming 
sexually active early has been shown to increase one’s 
chances of contracting this disease. In addition, it has 
also been shown that women who do not have children 
or have children late in life, have an increased risk for 
both ovarian and breast cancer. 


Infectious agents 


In the later decades of the twentieth century, sci- 
entists obtained evidence to show that approximately 
15% of the world’s cancer deaths can be traced to 
viruses, bacteria, or parasites. The most common can- 
cer-causing pathogens and the cancers associated with 
them are shown in table form. 


Family history 


Certain cancers like breast, colon, ovarian and 
uterine cancer, recur generation after generation in 
some families. A few cancers, such as the eye cancer 
retinoblastoma, a type of colon cancer, and a type of 
breast cancer known as early-onset breast cancer, have 
been shown to be linked to certain genes that can be 
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tracked within a family. It is therefore possible that 
inheriting particular genes makes a person susceptible 
to certain cancers. 


Occupational hazards 


There is evidence to prove that certain occupa- 
tional hazards account for at least 4% of all cancer 
deaths. For example, asbestos workers have an 
increased incidence of lung cancer. Similarly, a higher 
likelihood of getting bladder cancer is associated with 
dye, rubber and gas workers; skin and lung cancer 
with smelters, gold miners, and arsenic workers; leu- 
kemia with glue and varnish workers; liver cancer with 
PVC (polyvinyl chloride) manufacturers; and lung, 
bone and bone marrow cancer with radiologists and 
uranium miners. 


Environment 


Radiation is believed to cause 1 to 2% of all 
cancer deaths. Ultra-violet radiation from the sun 
accounts for a majority of melanoma deaths. Other 
sources of radiation are x rays, radon gas, and ionizing 
radiation from nuclear material. 


Pollution 


Several studies have shown that there is a well- 
established link between asbestos and _ cancer. 
Chlorination of water may account for a small rise in 
cancer risk. However, the main danger from pollution 
occurs when dangerous chemicals from industries 
escape into the surrounding environment. It has been 
estimated that approximately 1% of cancer deaths are 
due to air, land and water pollution. 


Cancer is a progressive disease, and goes through 
several stages. Each stage may produce a number of 
symptoms. Some symptoms are produced early and 
may occur due to a tumor that is growing within an 
organ or a gland. As the tumor grows, it may press on 
the nearby nerves, organs and blood vessels. This 
causes pain and some pressure which may be the ear- 
liest warning signs of cancer. 


Despite the fact that there are several hundred 
different types of cancers, producing very different 
symptoms, the ACS has established the following 
seven symptoms as possible warning signals of cancer: 


- Changes in the size, color, or shape of a wart or a 
mole; 


- A sore that does not heal; 
- Persistent cough, hoarseness, or sore throat; 


- A lump or thickening in the breast or elsewhere; 
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- Unusual bleeding or discharge; 
- Chronic indigestion or difficulty in swallowing; and 
- Any change in bowel or bladder habits. 


Many other diseases, besides cancer, could pro- 
duce the same symptoms. However, it is important to 
have these symptoms checked, as soon as possible, 
especially if they linger. The earlier a cancer is diag- 
nosed and treated, the better the chance of it being 
cured. Many cancers such as breast cancer may not 
have any early symptoms. Therefore, it is important to 
undergo routine screening tests such as breast self- 
examinations and mammograms. 


Diagnosis 


Diagnosis begins with a thorough physical exami- 
nation and a complete medical history. The doctor will 
observe, feel, and palpate (apply pressure by touch) 
different parts of the body in order to identify any 
variations from the normal size, feel and texture of 
the organ or tissue. 


As part of the physical examination, the doctor 
will inspect the oral cavity or the mouth. By focusing a 
light into the mouth, the physician will look for abnor- 
malities in color, moisture, surface texture, or presence 
of any thickening or sore in the lips, tongue, gums, the 
hard palate on the roof of the mouth, and the throat. 
To detect thyroid cancer, the doctor will observe the 
front of the neck for swelling. He/she may gently 
manipulate the neck and palpate the front and side 
surfaces of the thyroid gland (located at the base of the 
neck) to detect any nodules or tenderness. As part of 
the physical examination, the doctor will also palpate 
the lymph nodes in the neck, under the arms and in the 
groin. Many illnesses and cancers cause a swelling of 
the lymph nodes. 


The doctor may conduct a thorough examination 
of the skin to look for sores that have been present for 
more than three weeks and that bleed, ooze, or crust; 
irritated patches that may itch or hurt, and any change 
in the size of a wart or a mole. 


Examination of the female pelvis is used to detect 
cancers of the ovaries, uterus, cervix, and vagina. In 
the visual examination, the doctor looks for abnormal 
discharges or the presence of sores. Then, using gloved 
hands the physician palpates the internal pelvic organs 
such as the uterus and ovaries to detect any abnormal 
masses. Breast examination includes visual observa- 
tion where the doctor looks for any discharge, uneven- 
ness, discoloration, or scaling. The doctor palpates 
both breasts to feel for masses or lumps. 
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For males, inspection of the rectum and the prostate 
is also included in the physical examination. The doctor 
inserts a gloved finger into the rectum and rotates 
it slowly to feel for any growths, tumors, or other 
abnormalities. The doctor also conducts an examination 
of the testis, where the doctor observes the genital area 
and looks for swelling or other abnormalities. The tes- 
ticles are palpated to identify any lumps, thickening or 
differences in the size, weight, and firmness. 


If the doctor detects an abnormality on physical 
examination, or the patient has some symptom that 
could be indicative of cancer, the doctor may order 
diagnostic tests. 


Laboratory studies of sputum (sputum cytology), 
blood, urine, and stool can detect abnormalities that 
may indicate cancer. Sputum cytology is a test where 
the phlegm that is coughed up from the lungs is micro- 
scopically examined. It is often used to detect lung 
cancer. A blood test for cancer is easy to perform, 
usually inexpensive and risk-free. The blood sample 
is obtained by a laboratory technician or a doctor, by 
inserting a needle into a vein and is relatively painless. 
Blood tests can be either specific or non-specific. Often 
times, in certain cancers, the cancer cells release par- 
ticular proteins (called tumor markers) and blood tests 
can be used to detect the presence of these tumor 
markers. However, with a few exceptions, tumor 
markers are not used for routine screening of cancers, 
because several non-cancerous conditions also pro- 
duce positive results. Blood tests are generally more 
useful in monitoring the effectiveness of the treatment, 
or in following the course of the disease and detecting 
recurrent disease. 


Imaging tests such as computed tomography (CT) 
scans, magnetic resonance imaging (MRI), ultra- 
sound, and fiberoptic scope examinations help the 
doctors determine the location of the tumor even if it 
is deep within the body. Conventional x-rays are often 
used for initial evaluation, because they are relatively 
cheap, painless, and easily accessible. In order to 
increase the information obtained from a conven- 
tional x ray, air or a dye (such as barium or iodine) 
may be used as a contrast medium to outline or high- 
light parts of the body. 


The most definitive diagnostic test is the biopsy, 
wherein a piece of tissue is surgically removed for 
microscope examination. Besides, confirming a cancer, 
the biopsy also provides information about the type of 
cancer, the stage it has reached, the aggressiveness of 
the cancer and the extent of its spread. Since a biopsy 
provides the most accurate analysis, it is considered the 
gold standard of diagnostic tests. 
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Screening examinations, conducted regularly by 
healthcare professionals can result in the detection of 
cancers of the breast, colon, rectum, cervix, prostate, 
testis, tongue, mouth, and skin at early stages, when 
treatment is more likely to be successful. Some of the 
routine screening tests recommended by the ACS are 
sigmoidoscopy (for colorectal cancer), mammography 
(for breast cancer), pap smear (for cervical cancer), 
and the PSA (prostate-specific antigen) test (for pros- 
tate cancer). Self-examinations for cancers of the 
breast, testes, mouth and skin can also help in detect- 
ing the tumors before the symptoms become serious. 


A recent revolution in molecular biology and can- 
cer genetics has contributed a great deal to the devel- 
opment of several tests designed to assess one’s risk of 
getting cancers. These new techniques include genetic 
testing, where molecular probes are used to identify 
mutations in certain genes that have been linked to 
particular cancers. 


Treatment 


The aim of cancer treatment is to remove all or as 
much of the tumor as possible and to prevent the 
recurrence or spread of the primary tumor. While devis- 
ing a treatment plan for cancer, the likelihood of curing 
the cancer has to be weighed against the side effects of 
the treatment. If the cancer is very aggressive and a cure 
is not possible, then the treatment should be aimed at 
relieving the symptoms and controlling the cancer for 
as long as possible. 


Cancer treatment can take many different forms, 
and it is always tailored to the individual patient. The 
decision on which type of treatment is the most appro- 
priate depends on the type and location of cancer, the 
extent to which it has already spread, the patient’s age, 
sex, general health status and personal treatment pref- 
erences. The major types of treatment are: surgery, 
radiation, chemotherapy, immunotherapy, hormone 
therapy, and bone-marrow transplantation. 


Surgery 


Surgery is the removal of a visible tumor and is the 
most frequently used cancer treatment. It is most 
effective when a cancer is small and confined to one 
area of the body. 


Surgery can be used for many purposes. The fol- 
lowing list describes the major reasons. 


- Treatment: Treatment of cancer by surgery involves 
removal of the tumor to cure the disease. This is 
typically done when the cancer is localized to a dis- 
crete area. Along with the cancer, some part of the 
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normal surrounding tissue is also removed to ensure 
that no cancer cells remain in the area. Since cancer 
usually spreads via the lymphatic system, adjoining 
lymph nodes may be examined and sometimes they 
are removed as well. 


Preventive surgery: Preventive or prophylactic sur- 
gery involves removal of an abnormal looking area 
that is likely to become malignant over time. For 
example, about 40% of the people with a colon dis- 
ease known as ulcerative colitis, ultimately die of 
colon cancer. Rather than live with the fear of devel- 
oping colon cancer, these people may choose to have 
their colons removed and reduce the risk significantly. 


Diagnostic purposes: The most definitive tool for 
diagnosing cancer is a biopsy. Sometimes a biopsy 
can be performed by inserting a needle through the 
skin. However, at other times, the only way to obtain 
some tissue sample for biopsy, is by performing a 
surgical operation. 


Cytoreductive surgery: is a procedure where the doc- 
tor removes as much of the cancer as possible, and 
then treats the remaining with radiation therapy or 
chemotherapy or both. 


Palliative surgery: is aimed at curing the symptoms, 
not the cancer. Usually, in such cases, the tumor is so 
large or has spread so much that removing the entire 
tumor is not an option. For example, a tumor in the 
abdomen may be so large, that it may press on and 
block a portion of the intestine, interfering with diges- 
tion and causing pain and vomiting. Debulking sur- 
gery may remove a part of the blockage and relieve 
the symptoms. In tumors that are dependent on hor- 
mones, removal of the organs that secrete the hor- 
mones is an option. For example, in prostate cancer, 
the release of testosterone by the testicles stimulates 
the growth of cancerous cells. Hence, a man may 
undergo an orchiectomy (removal of testicles) to 
slow the progress of the disease. Similarly, in a type 
of aggressive breast cancer, removal of the ovaries 
(oophorectomy) in women will stop the synthesis of 
hormones from the ovaries and slow the progression 
of the cancer. 


Radiation 


Radiation kills cells. Radiation is used alone in 
cases where a tumor is unsuitable for surgery. More 
often, it is used in conjunction with surgery and che- 
motherapy. Radiation can be either external or inter- 
nal. In the external form, the radiation is aimed at the 
tumor from outside the body. In internal radiation 
(also known as brachytherapy), a radioactive sub- 
stance, in the form of pellets or liquid is placed at the 
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cancerous site by means of a pill, injection, or insertion 
in a sealed container. 


Chemotherapy 


Chemotherapy is the use of drugs to more specif- 
ically kill cancer cells. It destroys the hard-to-detect 
cancer cells that have spread and are circulating in the 
body. Chemotherapeutic drugs can be taken either 
orally (by mouth) or intravenously, and may be 
given alone or in conjunction with surgery, radiation, 
or both. 


When chemotherapy is used before surgery or 
radiation, it is known as primary chemotherapy or 
neoadjuvant chemotherapy. An advantage of neoad- 
juvant chemotherapy is that since the cancer cells have 
not been exposed to anti-cancer drugs, they are espe- 
cially vulnerable. It can therefore be used effectively to 
reduce the size of the tumor for surgery or target it for 
radiation. However, the toxic effects of neoadjuvant 
chemotherapy are severe. In addition, it may make the 
body less tolerant to the side effects of other treat- 
ments that follow such as radiation therapy. The 
more common use of chemotherapy is adjuvant ther- 
apy, which is given to enhance the effectiveness of 
other treatments For example, after surgery, adjuvant 
chemotherapy is given to destroy any cancerous cells 
that still remain in the body. 


Immunotherapy 


Immunotherapy uses the body’s own immune sys- 
tem to destroy cancer cells. This form of treatment is 
being intensively studied in clinical trials and is not yet 
widely available to most cancer patients. The various 
immunological agents being tested include substances 
produced by the body (such as the interferons, inter- 
leukins, and growth factors), monoclonal antibodies, 
and vaccines. Unlike traditional vaccines, cancer vac- 
cines do not prevent cancer. Instead, they are designed 
to treat people who already have the disease. Cancer 
vaccines work by boosting the body’s immune system 
and training the immune cells to specifically destroy 
cancer cells. 


Hormone therapy 


Hormone therapy is standard treatment for some 
types of cancers that are hormone-dependent and 
grow faster in the presence of particular hormones. 
These include cancer of the prostate, breast, and ute- 
rus. Hormone therapy involves blocking the produc- 
tion or action of these hormones. As a result the 
growth of the tumor slows down and survival may be 
extended for several months or years. 
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Bone marrow transplantation 


The bone marrow is the tissue within the bone 
cavities that contains blood-forming cells. Healthy 
bone marrow tissue constantly replenishes the blood 
supply and is essential to life. Sometimes, the amount 
of drugs or radiation needed to destroy cancer cells also 
destroys bone marrow. Replacing the bone marrow with 
healthy cells counteracts this adverse effect. A bone 
marrow transplant is the removal of marrow from one 
person and the transplant of the blood-forming cells 
either to the same person or to some one else. Bone- 
marrow transplantation, while not a therapy in itself, is 
often used to rescue a patient, by allowing those with 
cancer to undergo very aggressive therapy. 


Many different specialists generally work together 
as a team to treat cancer patients. An oncologist is a 
physician who specializes in cancer care. The oncologist 
provides chemotherapy, hormone therapy, and any 
other non-surgical treatment that does not involve radi- 
ation. The oncologist often serves as the primary physi- 
cian and coordinates the patient’s treatment plan. 


The radiation oncologist specializes in using radia- 
tion to treat cancer, while the surgical oncologist per- 
forms the operations needed to diagnose or treat cancer. 
Gynecologist-oncologists and pediatric-oncologists, as 
their titles suggest, are physicians involved with treating 
women’s and children’s cancers respectively. Many 
other specialists may also be involved in the care of a 
cancer patient. For example, radiologists specialize in 
the use of x-rays, ultrasounds, CT scans, MRIs, and 
other techniques that are used to diagnose cancer. 
Hematologists specialize in disorders of the blood 
and are consulted in case of blood cancers and bone 
marrow cancers. The samples that are removed for 
biopsy are sent to a laboratory, where a pathologist 
examines them to determine the type of cancer and 
extent of the disease. Only some of the specialists who 
are involved with cancer care have been mentioned 
above. There are many other specialties, and virtually 
any type of medical or surgical specialist may become 
involved with care of the cancer patient should it 
become necessary. 


Alternative treatment 


There are a multitude of alternative treatments 
available to help the person with cancer. They can be 
used in conjunction with, or separate from, surgery, 
chemotherapy, and radiation therapy. Alternative treat- 
ment of cancer is a complicated arena and a trained 
health practitioner should be consulted. 


The effectiveness of complementary therapies 
such as acupuncture in alleviating cancer pain has 
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not been clinically proven. Bodywork therapies such 
as massage and reflexology ease muscle tension and 
may alleviate the side effects such as nausea and vom- 
iting. Homeopathy and herbal remedies used in 
Chinese traditional herbal medicine have also been 
reported to alleviate some of the side effects of radia- 
tion and chemotherapy and are being recommended 
by many doctors. 


Certain foods including many vegetables, fruits, 
and grains are believed to offer protection against var- 
ious cancers. However, isolation of the individual con- 
stituent of vegetables and fruits that are anti-cancer 
agents has proven difficult. In laboratory studies, vita- 
mins such as A, C and E, as well as compounds such as 
isothiocyanates and dithiolthiones found in broccoli, 
cauliflower, and cabbage, and beta-carotene found in 
carrots have been shown to protect against cancer. 
Studies have shown that eating a diet rich in fiber as 
found in fruits and vegetables reduces the risk of colon 
cancer. Exercise and a low fat diet help control weight 
and reduce the risk of endometrial, breast, and colon 
cancer. 


Certain drugs, which are currently being used for 
treatment, could also be suitable for prevention. For 
example, the drug tamoxifen (Nolvadex®), that has 
been very effective against breast cancer, is currently 
being tested by the National Cancer Institute, for its 
ability to prevent cancer. Similarly, retinoids derived 
from vitamin A are being tested for their ability to 
slow the progression or prevent head and neck can- 
cers. Certain studies have suggested that cancer inci- 
dence is lower in areas where soil and foods are rich in 
the mineral selenium. More trials are needed to 
explain these intriguing connections. 


Prognosis 


Life-time risk is the term that cancer researchers 
use to refer to the probability that an individual, over 
the course of a lifetime will develop cancer or die from 
it. In the United States, men have a | in 2 lifetime risk 
of developing cancer, and for women the risk is 1 in 3. 
Overall, African-Americans are more likely to develop 
cancer than whites. African-Americans are also 30% 
more likely to die of cancer than whites. 


Many cancers are curable if detected and treated 
at their early stages. A cancer patient’s prognosis is 
affected by many factors, particularly the type of can- 
cer the patient has, the stage of the cancer, the extent 
to which it has metastasized and the aggressiveness of 
the cancer. In addition, the patient’s age, general 
health status, and the effectiveness of the treatment 
being pursued are also important factors. 
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KEY TERMS 


Benign—A growth that does not spread to other 
parts of the body. Recovery is favorable with treatment. 


Biopsy—tThe surgical removal of a small part of a 
tumor. The excised tissue is studied under the micro- 
scope to determine whether it is benign or 
malignant. 


Bone marrow—A spongy tissue located in the hol- 
low centers of certain bones, such as the skull and 
hip bones. Bone marrow is the site of blood cell 
generation. 


Carcinogen—Any substance capable of causing 
cancer by mutating the cell’s DNA. 


Chemotherapy—Use of powerful drugs to kill can- 
cer cells in the human body. 


Epithelium—tThe layer of cells that covers external 
and internal surfaces of the body. The many types of 
epithelium range from flat cells to long cells to cubed 
cells. 


To help predict the future course and outcome of 
the disease and the likelihood of recovery from the 
disease, doctors often use statistics. The five-year sur- 
vival rates are the most common measures used. The 
number refers to the proportion of people with cancer 
who are expected to be alive, five years after initial 
diagnosis, compared with a similar population that is 
free of cancer. It is important to note that while 
statistics can give some information about the average 
survival experience of cancer patients in a given pop- 
ulation, it cannot be used to indicate individual prog- 
nosis, because no two patients are exactly alike. 


Prevention 


According to nutritionists and epidemiologists 
from leading universities in the United States, a person 
can reduce the chances of getting cancer by following 
some simple guidelines: 


- Eating plenty of vegetables and fruits, 

- Exercising regularly, 

- Avoiding excessive weight gain, 

- Avoiding tobacco (including second hand smoke), 
- Avoiding excessive amounts of alcohol, 


- Avoiding the midday sun (between 11 a.m. and 3 p.m.) 
when the sun’s rays are the strongest, 
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Hormone therapy—Treatment of cancer by inhibit- 
ing the production of hormones, such as testosterone 
and estrogen. 


Immunotherapy—Treatment of cancer by stimulat- 
ing the body s immune defense system. 


Malignant—A general term for cells that can dis- 
lodge from the original tumor, invade and destroy 
other tissues and organs. 


Metastasis—The spread of cancer from one part of 
the body to another. 


Radiation therapy—Treatment using high-energy 
radiation from x-ray machines, cobalt, radium, or 
other sources. 


Sore—An open wound or a bruise or lesion on the skin. 


Tumor—An uncontrolled growth of tissue, either 
benign (noncancerous) or malignant (cancerous). 


X ray—Electromagnetic radiation of very short 
wavelength, and very high energy. 


- Avoiding risky sexual practices, and 


- Avoiding known carcinogens in the environment or 
work place. 


In addition, a vaccine (Guardasil) is now (as of 
2007) available for young women against HPV 
(human papilloma virus). HPV infection is responsible 
for the eventual development of over two-thirds of 
cervical cancer cases. 


See also Gene therapy; Immunology; Nuclear 
medicine; Radioisotopes in medicine; Stem cells. 
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I Canines 


Canines are species in the carnivore family, 
Canidae, including the wolves, coyote, foxes, dingo, 
jackals, and several species of wild dog. The family 
also includes the domestic dog, which is believed to 
have descended from the wolf. The Canidae includes 
10-14 genera with 30-35 species, depending on the 
taxonomic treatment. 


Canines originated in North America during the 
Eocene era (38-54 million years ago); from there they 
spread throughout the world. The social behavior of 
canines varies from solitary habits to highly organized, 
cooperative packs. Canines range in size from the 
fennec fox, about 16.5 in (41 cm) long including the 
tail, and weighing about 2.2—3 Ib (1-1.5 kg), to the 
gray or timber wolf, which is more than 6 ft (2 m) in 
length and weighs up to 175 Ib (87.5 kg). 


Canid skulls have a long muzzle, well-developed 
jaws, and a dental formula of 42 teeth. Most canines 
species live in packs, which offer several benefits 
including group defense of territory, communal care 
of the young, and the ability to catch large prey 
species. 


Wolves 


Wolves are found in North America, Europe, and 
Asia. The gray wolf (Canis lupus) is the largest member 
of the dog family, and is a widely distributed species. It 
lives in a variety of habitats, including forest, prairie, 
mountains, tundra, and desert. The red wolf (Canis 
rufus) is found only in southeastern Texas and south- 
ern Louisiana. The red wolf is smaller than the gray 
wolf, and it may be a hybrid between the gray wolf and 
coyote (Canis latrans). 


The gray wolf lives in packs and is a territorial 
species. Territories are scent marked, and range from 
50 to 5,000 sq mi (128—12,800 sq km) in area. Pack size 
is usually about eight members, consisting of a mature 
male and female, their offspring, and close relatives. 
A system of dominance hierarchy is established within 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the pack. The dominant male leader of the pack is 
called the alpha male, and the dominant female is the 
alpha female. Hierarchy is acknowledged among pack 
members through submissive facial expressions and 
body postures. 


Only the dominant male and female breed. 
Gestation is about two months and the average litter 
size is four to seven pups, which are born blind. The 
young are weaned within five weeks and reach phys- 
ical maturity within the year, but do not become sex- 
ually mature until the end of their second year. The 
non-breeding members of a pack will help to protect 
and feed the young. The prey species of the wolf 
include deer, moose, elk, caribou, and beavers. 


Besides scent marking, wolves communicate by 
howling. It is believed that howling lets dispersed 
pack members know each other’s position, and 
warns other packs off the territory. During the spring 
and summer, the wolf pack has a stationary phase and 
remains within its territory. It is during this period that 
the pups are raised. During the nomadic phase in 
autumn and winter, wolf packs travel widely, often 
following the migration of prey species. 


Foxes 


There are 21 species of foxes in four genera. Foxes 
range in size from the 3 Ib (1.5 kg) fennec fox (Vulpes 
zerda) to the 20 Ib (10 kg) red fox (Vulpes vulpes). The 
gray fox (Urocyon cinereoargenteus) and arctic fox 
(Alopex lagopus) are highly valued for their pelts. 
Color phases of the arctic fox include the silver fox 
and blue fox. Species found in the United States are 
the kit fox (Vulpes macrotis) and the swift fox 
(V. velox), which live on the western plains. Other 
species of Central or South America include the 
crab-eating fox (Cerdocyon thous), the sand fox 
(Vulpes rueppelli), and the Corsac fox (Vulpes corsac). 


Foxes have a pointed muzzle, large ears, a slender 
skull, and a long bushy tail. They are territorial and 
scent-mark their territories. They use stealth and dash- 
and-grab hunting techniques to catch their prey. 
Foxes are generally solitary hunters and most species 
feed on rabbits, rodents, and birds, as well as beetles, 
grasshoppers, and earthworms. Foxes mate in winter, 
having a litter of one to six pups after a gestation 
period of 50-60 days. Besides scent marking, foxes 
proclaim their territory by vocalizations such as yap- 
ping, howling, barking, whimpering, and screaming. 


Foxes are heavily hunted for their pelts. They also 
may be killed to prevent the spread of the viral disease 
rabies. Some efforts at oral vaccination for rabies have 
been successful in Switzerland and Canada. 
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Canines 


A blonde dingo. (Jim Steinberg. The National Audubon Society Collection/Photo Researchers, Inc.) 


Coyotes, jackals, the dingo, and species of wild 
dog comprise the rest of the canine family. Coyotes are 
found from Alaska to Central America. Coyote pop- 
ulations have flourished as wolves have been elimi- 
nated. Coyotes have interbred with wolves and with 
domestic dogs. They prey on small animals, but will 
also feed on carrion, insects, and fruit. Coyotes reach 
maturity within a year and produce a litter of about six 
pups. While the basic social unit of coyotes is the 
breeding pair, some coyotes form packs similar to 
wolves and scent-mark territory. In the United 
States, coyotes have been responsible for considerable 
losses of sheep. 


There are four species of jackals. In warmer parts 
of the world, jackals fill the same ecological niche as 
wolves and coyotes do in temperate and colder 
regions. Jackals are found throughout Africa, south- 
eastern Europe, and southern Asia as far east as 
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Myanmar. The four species are the golden jackal 
(Canis aureus), the simien jackal (C. simensis), the 
black-backed jackal (C. mesomelas), and the side-striped 
jackal (C. adustus). The golden jackal prefers arid grass- 
lands, and is the most widely distributed of the four 
species. The black-backed jackal prefers brushy wood- 
lands, the simien jackal the high mountains of 
Ethiopia, and the side-striped jackal moist woodland. 
Jackals have a varied diet of fruit, reptiles, birds, and 
small mammals. 


Jackals are unusually stable in their breeding rela- 
tionships, forming long-lasting partnerships. They 
also engage in cooperative hunting. Jackals are terri- 
torial and engage in scent marking, usually as a male 
and female pair that tends to remain monogamous. 
Jackals communicate by howling, barking, and yelp- 
ing. In Ethiopia, the simien jackal is an endangered 
species primarily due to habitat loss. 
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The endangered red wolf (Canis rufus). (Tim Davis. The National Audubon Society Collection/Photo Researchers, Inc.) 


Other wild canines include the Asiatic wild dog or 
dhole (Cuon alpinus) of Southeast Asia and China, the 
maned wolf (CArysocyon brachyurus) of Central Asia, 
the bush dog (Speothos venaticus) of Central America 
and northern South America, the dingo (Canis dingo) 
of Australia, and the raccoon dog (Nyctereutes pro- 
cyonoides) of eastern Asia. In Africa, the African wild 
dog (Lycaon pictus) hunts in packs which can over- 
power large mammal species. 


The domestic dog 


Kennel societies in the United States recognize 130 
breeds of domestic dog, while those in Britain recognize 
170 breeds, and the Federation Cynologique Inter- 
nationale (representing 65 countries) recognizes 335 
breeds. The size range of domestic dogs is from about 
3 Ib (2 kg) to 200 Ib (100 kg). Some breeds, such as the 
dachshund, have short legs; while others, such as the 
greyhound, have long legs. 


For dog owners, these animals can serve a number 
of different purposes. Pet dogs provide companionship 
and protection, while working dogs may herd sheep or 
cattle, or work as sled dogs. Police use dogs to sniff out 
illegal drugs and to help apprehend criminals. Dogs are 


GALE ENCYCLOPEDIA OF SCIENCE 4 


also used for hunting and for racing. Guide dogs help 
blind people find their way around. 


Female dogs may reproduce at an age of seven to 
18 months. Gestation lasts about two months, and the 
size of a litter is from three to six puppies. Born unable 
to see, like other canines, domestic dog puppies 
develop all their senses by 21 days. Around the age 
of two months, puppies are less dependent on their 
mother and begin to relate more to other dogs and 
people. Typical vocalizations of domestic dogs include 
barking and yelping. 


About 10,000 years ago human civilization 
changed from a hunting and gathering society to a 
farming culture, and the domestication of the dog 
began. However, dogs probably also associated with 
humans before this time. It is believed that all breeds 
of domestic dogs, whether small or large, long-haired 
or short-haired, are descended from a wolf-like ani- 
mal. Breeds of domestic dogs have been produced 
through selective breeding. One distinguishing feature 
between domestic dogs and wolves is the orbital angle 
of the skull. Dogs have a larger angle, which is meas- 
ured from lines at the top of the skull and at the side of 
the skull at the eye socket. 
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Cantilever 


KEY TERMS 


Alpha male or female—The dominant male or 
female in a pack of wolves. 


Dominance hierarchy—Rank-ordering among ani- 
mals, with dominant and submissive ranks. 


Opportunistic predator—An animal that eats what 
is available, either killing its own prey, stealing 
food from other predators, or eating plant material, 
such as berries. 


Stationary or nomadic phase—Seasonal periods in 
which animals may remain within a specific area, 
usually during the breeding season, as compared to 
nomadic periods when the group moves exten- 
sively to follow prey. 


The dog, sometimes known as “man’s best friend,” 
is treasured by humans. Dog stories abound in child- 
ren’s literature, from Lassie to Rin Tin Tin, and many 
politicians, including Presidents Franklin D. Roosevelt 
and Richard Nixon, used dogs to enhance their per- 
sonal image. 


Excessive hunting for their fur or as pests, often 
coupled with the destruction of habitat, have endan- 
gered some species of canines. Their reputation as 
predators has added to efforts to eradicate them 
from areas where livestock is raised or where they 
live close to human settlements. Some of the rare 
wild dogs, for instance the simien jackal of Ethiopia, 
are very few in number. The Asiatic wild dog has a 
population of fewer than 2,500 mature individuals, 
and the African wild dog is found in similarly low 
numbers. A successful effort has been made to rein- 
troduce the gray wolf into Yellowstone National Park 
in the United States, but this has been opposed by 
many local ranchers. 
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Cantaloupe see Gourd family 
(Cucurbitaceae) 


l Cantilever 


A cantilever, also called a fixed-end beam, is a 
beam supported only at one end. A cantilevered 
beam cannot rotate in any direction, and so creates a 
solid support. The cantilever is one of the three basic 
structural methods, the other two being post-and- 
beam construction and arch construction. 


Cantilevers did not become widely feasible in archi- 
tecture until the invention of steel and its widespread 
adoption in construction, because the combined 
strength of steel and cement is needed to create an 
effective cantilever. A building using cantilevers has 
an internal skeleton from which the walls hang like 
curtains. Unlike more traditional building methods, 
where the walls are used as load-bearing supports for 
the ceilings, here they are dividers of space. This allows 
the interior of the building to be designed almost arbi- 
trarily, for utility, whim, or both. The most famous 
architect to use the cantilever system was Frank Lloyd 
Wright (1867-1959). He first used it in the 1906 con- 
struction of the Robie House in Chicago. With the use 
of steel and concrete, Wright was able to extend the 
roof 20 ft (6m) beyond its support. With the cantilever 
and Wright’s belief in the use of the nature in which the 
building resided, an entire new school of architecture 
was created, called the Prairie School. 


Before cantilevers were used in buildings, they were 
used to create bridges. The first cantilever bridge was 
built in the late 1800s by Heinrich Gerber in Germany. 
He based his ideas on ancient Chinese bridges which, 
much earlier, used the concept of the cantilever. By 
using the cantilever, bridges would no longer need sup- 
ports in their middles and, thus, could span deep rav- 
ines or rivers. In addition, bridges could be built across 
extremely wide bodies of water, or valleys, because 
fewer supports are needed, and the supports which are 
used can be further apart. Thus, the incorporation of 
steel, cement, and cantilevers changed the world of 
architecture and civil engineering. 
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] Capacitance 


Capacitance is the capacity of a system of con- 
ducting surfaces separated by an insulator to store 
electrical charge. A device designed to have capaci- 
tance is called a capacitor. The voltage between the 
two conducting parts of a capacitor, and the amount 
of energy stored in the capacitor, stays constant until 
the quantity of charge stored is changed. In this sense, 
a capacitor is akin to a storage battery. 


The farad, the unit of capacitance 


The unit of capacitance is the farad (F), in honor 
of Michael Faraday’s work with electrostatics. When a 
1-farad capacitance store 1 Coulomb the result will be 
1 volt. The coulomb (C) is the basic unit of electrical 
charge, equal to 6.2422 x 10'* charges the size carried 
by an electron or by a proton. 


Practical capacitors may have as small a value as a 
few trillionths of a F or as large as several F. 


Energy storage in capacitors 


Work is performed to accumulate charge in a 
capacitor. Each additional electron stored must over- 
come the repelling force caused by the charge previ- 
ously stored. Energy storage increases as the square of 
the voltage across a capacitor. This often considerable 
energy can be used later. 


Capacitors used as energy reservoirs can deliver 
very tiny or very powerful pulses of energy, depending 
on their size. A capacitor can also discharge or 
recharge rapidly or slowly, depending on the applica- 
tion. Being a passive device, a capacitor can only be 
recharged by some power source. The power source 
needs only to be large enough to supply the average 
energy needed by the charge-discharge cycle of the 
capacitor in question. Inexpensive audio amplifiers 
may use large capacitors to provide high power 
peaks required by occasional loud sounds. Quiet inter- 
vals allow the capacitor to recharge before the next 
power burst. 


Capacitance and alternating current 


A capacitor effectively conducts alternating cur- 
rent even though electrons do not cross from one plate 
to other plate. Alternating current that appears to pass 
through a capacitor is actually the charge and dis- 
charge current resulting from the constantly-changing 
voltage across the capacitor. AA capacitor’s opposi- 
tion to alternating current is called reactance. Higher 
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capacitance introduces less reactance and higher fre- 
quencies result in lower reactance. An ideal capaci- 
tance appears as a purely reactive (non-resistive) load 
in a alternating-current circuit. All real-world capaci- 
tors, however, have inductance and resistance as well 
as capacitance. 


Capacitance and direct current 


In a direct-current circuit, a series capacitor will per- 
mit only a single pulse of charging current when the circuit 
voltage is changed. The charging current quickly falls to 
almost zero as a capacitor charges from a constant- 
voltage source. Capacitors are sometimes used in circuits 
to oppose direct current. They may block direct current 
while simultaneously passing a superimposed alternating 
currents. A blocking capacitor is commonly used to 
separate alternating and direct current components. 


Dielectrics 


Dielectrics are the insulating materials used between 
the conducting plates of capacitors. Dielectrics increase 
capacitance or provide better insulation between the 
plates. Dielectrics materials exhibit very little ability 
to conduct electric charge. Mylar, paper, mica, and 
ceramics are commonly-used dielectrics. When 
extremely high capacitance is required, a thin film of 
aluminum oxide on etched aluminum plates is used as 
a dielectric. 


Dielectrics have a property called polarizability. 
A dielectric placed within an electric field appears to 
have electric charge on its surfaces even though the 
insulator remains electrically neutral. Each of the 
dielectric’s molecules is stretched when the electric 
field causes its negative charges to be pulled toward 
the positive-charged capacitor plate and the mole- 
cule’s positive charges are pulled toward the negative 
plate. This polarization strain causes each dielectric 
molecule to act as a voltage source. These voltages add 
in series aiding as do the voltage from several cells 
making up the battery in a flashlight. A phantom 
charge appears on each surface of the dielectric, can- 
celing much of the electric field produced by the real 
charges. The greater the polarization developed by a 
dielectric, the larger the quantity of real charge the 
capacitor must store to develop a given voltage. The 
capacitance appears to increase as a result of dielectric 
polarization. 


The capacitance multiplier for any dielectric is 
called its dielectric constant. The dielectric constant 
of a perfect vacuum is defined as exactly 1. Common 
dielectrics have dielectrics constants in the range of 
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Capacitor 


KEY TERMS 


Alternating current—Electric current that flows first 
in one direction, then in the other; abbreviated AC. 


Direct current (DC)—Electrical current that 


always flows in the same direction. 


Electric field—The concept used to describe how 
one electric charge exerts force on another, distant 
electric charge. 


Electron—A negatively charged particle, ordinarily 
occurring as part of an atom. The atom’s electrons 
form a sort of cloud about the nucleus. 


Farad—tThe unit of capacitance, equal to 1 Volt per 
Coulomb. 


Neutral—No net charge, when positive and nega- 
tive charges cancel. 


Open circuit—A physical break in a circuit path 
that stops the current. 


Polarizability—Possible asymmetrical charge dis- 
tribution in a molecule. 


Power supply—A source of electrical energy used 
to supply a circuit. 


Proton—The positively-charged particle in atoms. 


Short circuit—Unwanted bypass of the expected 
current path in a circuit. 


Voltage—Ratio of electrical potential energy to the 
quantity of charge. 


2 to 4. Using a higher quality dielectric increases the 
capacitance by a factor equal to the dielectric constant. 


Dielectric strength 


Dielectric strength is the measure of a dielectric’s 
ability to resist electric stress without losing its insulat- 
ing capabilities. A high dielectric constant does not 
always correspond to high dielectric strength. Distilled 
water has a fairly high dielectric constant, but it has 
poor dielectric strength. Water, therefore, is not a useful 
dielectric for capacitors because it breaks down too 
easily. Some ceramics have dielectric constants as high 
as 10,000. These materials would be extremely valuable 
if they had better dielectric strength. 


Working voltage 


If the voltage across a capacitor is increased until 
charges jump from one plate to the other, the capacitor 
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will probably fail, either momentarily or permanently. 
Capacitors are rated to specify the maximum continu- 
ous voltage that can be applied across the dielectric 
before the capacitor will fail. 


Capacitors as a cause of electronics 
equipment failures 


Failed capacitors are a common cause of 
electronic-equipment breakdowns. When a capaci- 
tor’s dielectric is destroyed the resulting short circuit 
may cause other components to fail. Capacitors also 
develop open circuits, causing the loss of the 
capacitance. 


Electrolytic capacitors are generally less reliable 
than other types, a tradeoff made to secure very high 
capacitance in a small package. They tend to fail if 
stored without a voltage across their terminals. The 
electrolytic paste may dry in time, causing a loss of 
capacitance. Experienced electronic technicians con- 
sider electrolytic capacitor failures as a likely cause of 
an equipment fault that is not otherwise immediately 
obvious. 


The significance of capacitance 


Capacitance, inductance, and resistance are the 
passive electrical properties in electrical circuits. 
Understanding capacitance is an essential part of the 
study of electricity and electronics. 
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l Capacitor 


A capacitor is a device that stores energy in the 
form of electrical charges. A battery, in contrast, 
stores energy in the form of chemical potential energy. 
A capacitor is charged (given some amount of energy 
to store) by placing a voltage across its two terminals. 
When the capacitor is partly or fully charged, it can be 
removed from the circuit. To release the energy stored, 
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the two contacts of the capacitor are connected 
through some electrical circuit (closed path). 


Physically, capacitor consists of two electrical 
conductors that are not in contact. The conductors 
are usually separated by a layer of insulating material, 
a dielectric. The dielectric is not essential—the con- 
ductors could be separated by vacuum, instead—but 
in practice it keeps the conductors from touching and 
increases the amount of charge the capacitor can store. 
When the capacitor is charged, one conductor 
becomes positively charged and the other negatively 
charged. The conductors are not in contact, so a cur- 
rent cannot flow through the capacitor (unless the 
voltage is raised high enough to break down the 
device). In this state, the capacitor is storing electrical 
energy. The energy is released when current flows in 
the opposite direction, discharging the capacitor and 
partly or entirely equalizing the voltage difference 
between its two conductors. 


Capacitors take many shapes. The simplest is a 
parallel-plate capacitor, which consists of two flat 
conductors (such as metal plates) placed parallel to 
each other. Larger plates can store more charge, hence 
more energy. Putting the plates close together also 
allows the capacitor to store more energy. 


The capacitance of a capacitor is the charge on 
the conductor at any given time divided by the voltage 
between its conductors. Capacitance expresses the 
ability of a capacitor to store energy. The capacitance 
of a parallel-plate capacitor is proportional to the 
area of the plates divided by the distance between 
them. This number must then be multiplied by the 
permittivity of the insulator between the plates. 
(This is a property of the material and is expressed 
as a number with appropriate units.) If the permittiv- 
ity is greater than 1, the dielectric increases the 
capacitance. 


Capacitors come in a wide range of sizes. Banks 
of large capacitors can store and rapidly release large 
bursts of electrical energy. Engineers can use such 
devices for many purposes—for example, testing a 
system’s performance when struck by a bolt of light- 
ning. A camera flash works by retrieving energy 
from a chemical battery, storing it up in a capacitor, 
and then releasing it suddenly through a gas-filled 
tube to cause a bright flash of light. (The capacitor is 
used because small batteries cannot supply such 
large, brief currents.) Electronic circuits use large 
numbers of small capacitors. For example, a typical 
RAM (random access memory) chip uses millions or 
billions of microscopic capacitors coupled with 
switching transistors. 
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I Capillaries 


Capillaries are microscopic blood vessels that con- 
nect small arteries (arterioles) and small veins (ven- 
ules). Within the tissues, arterioles terminate into a 
network of microscopic capillaries. Substances move 
in and out of the capillary walls as the blood exchanges 
materials with the cells. Before leaving the tissues, 
capillaries unite into venules, which merge to form 
larger and larger veins that eventually return blood 
to the heart. Of all the blood vessels, only capillaries 
have walls thin enough to allow the exchange of mate- 
rials between cells and the blood. Their extensive 
branching provides a sufficient surface area to pick 
up and deliver substances to all cells in the body. 


Despite the fact that there are approximately 40 
billion capillaries in the body, they hold only 5% of 
total blood volume. There are two reasons for this. 
First, the size of the capillaries is only 5-10 nm in 
diameter. Second, at any give time only a fraction 
(25%) of capillaries are fully filled with blood, espe- 
cially in tissues at rest, as blood flow in microvessels is 
dependent on the metabolic activity of the tissue and is 
regulated at the sites of their origin by sphincter 
muscles. 


Capillaries are essential for the delivery of oxygen 
to the tissues and the exchange of nutrients between 
blood and interstitial fluid surrounding the cells. This 
function is well supported by the anatomy of the ves- 
sels. The thin walls of the capillaries are composed of a 
single layer of endothelial cells. As a result, gasses such 
as oxygen and carbon dioxide can diffuse through 
their walls, as can lipid soluble substances. In contrast, 
an exchange of lipid-insoluble substances occurs via 
transcytosis, which involves formation of pinocytotic 
vesicles at one side of the endothelial cell, their trans- 
port across the cells, and release of contents from the 
other side of the cell. 


Capillaries also play an important role in regulat- 
ing the relative volume of the blood and interstitial 
fluid by allowing a bulk flow through their walls. This 
exchange of water and solutes occurs in response to 
the pressure gradient across the capillary wall. 


Based on the structure of their endothelial cells, 
there are three types of capillaries. Continuous capil- 
laries are a tube developed by the endothelial cells with 
no intercellular or intracellular gaps (brain, retina), or 
small intercellular gaps. In contrast, fenestrated endo- 
thelium has pores of 70-100 nm in size which allow 
some substances to pass through. Finally, there are 
discontinuous capillaries (or sinusoids) that are the 
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Capillary action 


largest capillaries and have little or no basal mem- 
brane, and large intercellular pores and fenestrations. 


Capillaries form functional units known as capil- 
lary beds and these are not uniformly distributed 
among the different tissues. Sites of high metabolic 
activity (such as the liver and kidneys) contain numer- 
ous capillaries, while sites with little metabolic activity 
(such as the lens of the eye) are capillary-free. 


See also Circulatory system. 


l Capillary action 


Capillary action, also known as capillarity, is the 
intermolecular attraction between liquid and solid 
materials. It occurs when liquid rises in narrow 
tubes, or is drawn into small openings such as those 
between grains of a rock, or even when a dry paper 
towel absorbs a liquid by drawing it into the narrow 
openings between the fibers. 


The mutual attractive force that exists between 
like molecules of a particular liquid is called cohesion. 
This is what holds a raindrop together as a single unit. 
Cohesion produces surface tension, which may allow 
objects that are more dense than the liquid to be 
supported on its surface without sinking. When an 
attractive force exists between two unlike materials, 
such as a liquid and a solid container, the attractive 
force is known as adhesion; this, for example, causes 
water to stick to the inside of a glass. If the adhesive 
force between the liquid and solid is greater than the 
cohesive force within the liquid, the liquid is said to 
wet the surface and the surface of the liquid near the 
edge of the container will curve upward. In cases 
where the cohesive force is greater than adhesion, the 
liquid is said to be nonwetting and the liquid surface 
will curve downward near the edge of the container. 


The combination of adhesive forces and surface 
tension that arises from cohesion produces the char- 
acteristic upward curve in a wetting fluid. Capillarity is 
the result of cohesion of water molecules and adhesion 
of those molecules to the solid material forming the 
void. As the edges of the container are brought closer 
together, such as in a very narrow tube, the interaction 
of these phenomena causes the liquid to be drawn 
upward. The more narrow the tube, the greater the 
liquid’s rise. Greater surface tension and a higher ratio 
of adhesion to cohesion also increase the rise. 
However, a higher density liquid rise to a lesser degree. 
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The force with which water is held by capillary 
action varies with the quantity of water being held. 
Water entering a natural void, such as a pore within 
soil, forms a film on the surface of the material sur- 
rounding the pore. The adhesion of the water mole- 
cules nearest the solid material is greatest. As water is 
added to the pore, the thickness of the film increases, 
the capillary force is reduced, and water molecules 
on the outer portion of the film may begin to flow 
under the influence of gravity. As more water enters 
the pore, the capillary force is reduced to zero when 
the pore is saturated. The movement of groundwater 
through the soil zone is controlled, in part, by capillary 
action. The transport of fluids within plants is also an 
example of capillary action. As the plant releases water 
from its leaves, water is drawn upward from the roots 
to replace it. 


f Caprimulgids 


The frogmouths, oilbird, potoos, owlet-nightjars, 
and nightjars are about 105 unusual species of birds in 
five families that make up the order Caprimulgiformes. 
They are collectively referred to as caprimulgids. 
Caprimulgids have a large head, with a short but wide 
beak that can open with an enormous gape, fringed by 
long, stiff bristles. This apparatus is used by caprimulg- 
ids to catch their food of insects in flight. 


Caprimulgids have long, pointed wings, and 
short, weak legs and feet. Most of these birds are 
crepuscular, meaning they are active in the dim light 
of dusk. Some species are nocturnal, or active during 
the night. Caprimulgids have soft feathers and a sub- 
dued coloration, consisting of streaky patterns of 
brown, gray, and black. They are well camouflaged 
when they are at rest, and can be very difficult to detect 
when roosting or sitting on a nest. 


Caprimulgids may nest on the ground, in a tree 
cavity, or in caves. They lay one to five eggs. The 
chicks are downy and helpless at first, and are fed 
and brooded by both parents. 


The oilbird 


The oilbird (Steatornis caripensis) of Trinidad and 
northern South America is the only species in the 
family Steatornithidae. This bird forages widely for 
its major food of oily palm nuts, and it roosts and 
nests in caves. The oilbird navigates inside of its 
pitch-black caves using echolocation, similar to bats. 
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It rears two to four young, which are extremely fat, 
and at one stage of development are about 50% larger 
than their parents. 


In the past, large numbers of fat, baby oilbirds 
were collected and boiled down (that is, rendered) as a 
source of oil for illumination and cooking. Dead 
young oilbirds were sometimes even impaled on a 
stick and used as a long-burning torch. Excessive 
exploitation soon threatened the oilbird, and it is 
now a protected species over most of its range. 
However, the forest habitat of oilbirds is not well 
protected, and deforestation represents an important 
threat to the species over much of its range. 


Frogmouths 


Frogmouths are 13 species occurring in lowland 
and secondary tropical forests, collectively making up 
the family Podargidae. Frogmouths occur from India, 
through Indochina, Southeast Asia, the Philippines, 
Australia, and many nearby Pacific Islands. 


Frogmouths are rather large birds, with a body 
length of up to 20 in (50 cm). They have short, rounded 
wings and a long, pointed tail, and are relatively weak 
fliers. Their bill is very wide, flattened, and heavy. 
Unlike most caprimulgids, frogmouths do not feed 
aerially. Rather, these nocturnal birds pounce on 
their prey of invertebrates, small mammals, birds, 
and other small animals, on the ground and in tree 
branches. The cup-shaped or platform nest is usually 
built in a forked branch of a tree or on a horizontal 
branch, and depending on the species, contains one to 
four eggs. 


The tawny frogmouth (Podargus  strigoides) 
occurs in Australia and Tasmania. The Papuan frog- 
mouth (P. papuensis) breeds in New Guinea. The large 
frogmouth (Batrachostomus auritus) occurs in lowland 
forests of Indochina, Sumatra, and Borneo. 


Potoos 


Potoos, or tree-nighthawks, are seven species of 
birds that comprise the family Nyctibiidae. Potoos 
occur in open forests from southern Mexico and the 
West Indies to northern Argentina and Paraguay. 
They have long, pointed wings and a long tail. These 
birds have weak legs and feet, but long claws, and they 
perch in an upright, almost-invisible stance on tree 
limbs. Potoos are solitary birds, feeding nocturnally 
on insects in flycatcher-fashion, by making short 
sallies from a prominent perch. Potoos lay a single 
egg on a cup-like cavity atop a broken stub of a dead 
branch. 
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The common potoo (Nyctibius griseus) is a wide- 
spread species, occurring from southern Mexico to 
northern Argentina. The great potoo (N. grandis) 
occurs widely in forests of Central and northern 
South America. 


Owlet-nightjars 


Owlet-nightjars (or owlet frogmouths) are seven 
species that make up the family Aegothelidae. These 
birds are Australasian, occurring in Australia, New 
Guinea, New Caledonia, and nearby islands. Their 
typical breeding habitat is open forests and brushlands. 


Owlet-nightjars have long, pointed wings and a 
long, pointed tail. They are solitary, nocturnal animals 
that feed on insects in the air and on the ground. 
Owlet-nightjars lay their clutch of three to five eggs 
in tree cavities. 


The Australian owlet-nightjar (Aegotheles cristatus) 
occurs in savannas and open woodlands in Tasmania, 
Australia, and New Guinea. The gray or mountain 
owlet-nightjar (Aegotheles albertisi) is widespread in 
mountain forests of New Guinea. 


Nighthawks and nightjars 


The nightjars and nighthawks are 77 species that 
make up the family Caprimulgidae. Nightjars are also 
sometimes called goatsuckers due to a mistaken folk 
belief that these birds suck milk from the teats of 
goats. Most species in this family occur in Africa and 
Asia, but eight species breed in North America. These 
birds have extremely long, pointed wings, and are 
excellent fliers that feed aerially on flying insects. 


The whip-poor-will (Caprimulgus vociferous) is a 
familiar species found in the forests of the eastern 
United States and southeastern Canada. Chuck-will’s- 
widow (C. carolinensis) breeds in pine forests of the 
southeastern United States. The common poor-will 
(Phalaenoptilus nuttallii) occurs in the western United 
States. The common nighthawk (Chordeiles minor) is a 
familiar species over most of the United States and 
southern Canada, and sometimes nests on flat, graveled 
roofs in cities. The lesser nighthawk (C. acutipennis) is a 
smaller species of the southwestern United States. Like 
most species of caprimulgids, the North American spe- 
cies are declining because of habitat loss, and perhaps 
because of the effects of exposure to pesticides. 
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Bill Freedman 


I Captive breeding and 


reintroduction 


In 1973, the Endangered Species Act was passed in 
the United States to protect species that are rapidly 
declining due to human influences. Captive breeding 
and release is one of the tools available to halt or 
reverse the decline of some species in the wild. Such 
programs may be carried out by zoos, aquaria, bota- 
nical gardens, or conservation organizations. In some 
cases the efforts have met with a substantial degree of 
success, while in others the results have been limited. It 
takes a relatively deep understanding of the biology 
and ecology of an endangered species to implement a 
successful program of captive breeding and release. 


Captive breeding 


The primary goal of captive breeding, also known 
as ex situ conservation, is to develop a self-sustaining or 
increasing population of an endangered species in cap- 
tivity, without the need to capture additional individuals 
from the wild. Any surplus captive-bred individuals are 
available to support a program of release into the wild. 


Another goal of captive breeding programs is to 
maintain an appropriate level of genetic diversity, 
which can allow the population be adaptable to con- 
ditions in the environment after release. Genetic diver- 
sity refers to the numerous alleles of genes in a 
population. (An allele is one of several forms of a 
gene, the latter being the unit inherited by offspring 
from their parents.) If all captive-bred individuals are 
offspring of the same parents, then the population is 
likely to have low genetic diversity because of the 
effects of inbreeding (or breeding between closely 
related individuals). This can also lead to a phenom- 
enon known as inbreeding depression, a detrimental 
effect on offspring that can result from mating 
between close relatives. Inbreeding depression is due 
to an accumulation of deleterious recessive alleles, 
which can become expressed in a high frequency in 
inbred populations. Inbreeding depression can be 
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manifested as lowered fecundity, smaller numbers of 
offspring produced, and decreased survival after birth. 


If a highly inbred population was reintroduced 
into the wild, its chances of survival and reproduction 
are likely to be relatively low. In essence, genetic diver- 
sity helps to ensure that a released population will be 
able to survive and grow, despite natural selection 
against some of its individuals. 


The size of a released population is another impor- 
tant issue. A small population has a greater probability 
of extinction because of the potentially devastating 
effects of deaths caused by unpredictable environmen- 
tal events or flaws in the reintroduction process. In 
addition, small populations may exhibit a phenomenon 
known as genetic drift, caused by the disappearance of 
certain alleles and fixation in the population of others. 
Genetic drift occurs readily in small populations, and 
results in a loss of genetic diversity. 


It is also important that the alleles of the founder 
individuals, that is, the animals brought from the wild 
into the breeding program, are maintained so that the 
natural, “wild” alleles are not lost during years of captive 
breeding. Since the ultimate aim is to re-introduce ani- 
mals back into a native habitat, maintenance of the 
original genetic diversity is crucial to the eventual sur- 
vival of those individuals in the wild. Also, captive breed- 
ing over several generations may select for characteristics 
such as docility, which are not advantageous in the wild. 


Many research programs are addressing these 
problems of captive breeding. At the Minnesota Zoo, 
for example, a program known as the International 
Species Inventory is keeping track of the pedigree of 
individual animals in zoos around the world. This 
information is used to help prevent mating among 
closely related individuals, and to thereby maintain 
the genetic diversity of captive populations. 


Various methods are available for increasing the 
numbers of offspring that can be bred from a limited 
number of parents. One such method is artificial 
insemination, in which sperm is transferred to females 
by artificial means. This allows animals from different 
zoos to be mated without actually moving them from 
pace to place. Another enhancement technique 
involves the removal of eggs from nests of bird species 
that will subsequently lay replacement eggs. This 
allows more eggs to be produced by a female than 
would occur under natural conditions. Reproduction 
can also be enhanced by foster parenting the young of 
an endangered species by “parents” of a closely related 
one, thereby ensuring the rearing of young in a rela- 
tively natural, non-human environment. This method 
has been used to rear endangered whooping cranes, 
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by foster-rearing captive-incubated nestlings by sand- 
hill cranes. 


Preparing for successful release 


Captive breeding programs must address the issue 
of adequately preparing animals behaviorally for life 
in a wild environment. This is an especially formidable 
task with animals that have a complex social system, 
and whose behaviors for mating, communication, for- 
aging, predator avoidance, offspring rearing, and 
migration are learned by observation of the parents 
or other experienced individuals. A captive environ- 
ment does not adequately simulate natural conditions 
or ensure that exposure to appropriate learning 
opportunities occurs. To circumvent this important 
problem, training programs have been developed to 
teach survival skills to captive-bred animals before 
they are introduced to the wild. For example, red 
wolves have been taught to hunt and kill living prey, 
and golden lion tamarins to find and manipulate the 
kinds of fruit they depend on in the wild. 


Another extremely important learned behavior is 
the fear of potential predators, including humans. 
Captive-reared individuals may be taught this essen- 
tial behavior using realistic dummies in situations that 
frighten the animals, so they learn to associate fear 
with the model. Imprinting on humans is another 
potential problem, involving impressionable young 
animals learning to think that they are the same as 
humans, while not recognizing other individuals as 
their own species. Imprinting on people can be 
avoided by using a puppet of an adult of the proper 
species to “interact” with the young, including during 
feeding. For example, peregrine falcon chicks born in 
captivity are fed by people wearing puppets of adult 
falcons on their arms, while blocking the rest of their 
body from view with a partition. This prevents the 
falcon chicks from seeing the human care-giver, and 
helps it to imprint on an appropriate subject. 


Perhaps the most difficult problem involves teaching 
captive-bred animals about the social hierarchy and other 
behavioral intricacies of their species. The most practical 
approach to this problem has been to keep wild-caught 
individuals together with captive-reared ones for some 
time, and to then release them together. This method 
has been somewhat successful in the reintroduction of 
the golden lion tamarin to tropical forest in Brazil. 


Reintroduction 


If a successful reintroduction of an endangered 
species is to occur, the factors causing its decline must 
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be understood and managed. The most common cause 
of endangerment is habitat destruction or degradation. 
Obviously, it is crucial that the habitat of endangered 
species is conserved before captive-bred individuals are 
released into the wild. This is not necessarily an easily 
attained goal, because the causes of habitat destruction 
usually involve complex social, cultural, and economic 
factors. Controversy has, for example, accompanied 
reintroduction of the critically endangered California 
condor to the wild. The condor is a large scavenging 
bird that requires an extremely large range to survive, 
exceeding millions of acres per bird. Initially, the U.S. 
Fish and Wildlife Service failed to conserve enough 
habitat to support the highly endangered condor, 
resulting in controversy over the ultimate goal and 
likely success of the captive-breeding program. In 
1986, however, an extremely large tract of suitable 
land was purchased for use as the base of the 
reintroduction of captive-reared birds, which has since 
begun. 


After release, captive-reared animals must be 
monitored to determine whether they have been able 
to survive the stresses of living in a wild habitat. To 
ease the transition from captivity to the wild, the 
release may be somewhat gradual. For example, a 
“soft release” may involve the provision of food at 
the release point until animals learn to forage on 
their own. Moreover, if environmental conditions 
become particularly stressful, such as a drought mak- 
ing water and food scarce, it may be necessary to 
intervene temporarily until conditions improve. 
Monitoring the released population is necessary for 
the assessment of survival and the causes of mortality, 
so that future releases can attempt to avoid such 
pitfalls. 


Although releases of captive-bred animals has 
received most of the public attention, there have also 
been attempts to reintroduce endangered plants to the 
wild. Many of the same issues are involved, but plants 
also present unique problems due to their lack of 
mobility and specific microhabitat requirements for 
establishment and growth. For example, the immedi- 
ate environment in the soil surrounding a seed must 
have appropriate conditions of light, water, nutrient 
availability, and temperature, and must be free of seed 
predators and fungal disease spores. Moreover, the 
microhabitat requirements for germination often 
involve a specific disturbance regime, such as fire or 
canopy gaps created by tree-falls. Consequently, even 
in native habitats, only a very small percentage of 
seeds produced by a given plant can germinate and 
establish. In a successful reintroduction program, the 
habitat should be managed to allow these periodic 
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Capuchins 


KEY TERMS 


Genetic diversity—Variation in the alleles, or forms 
of genes, present in a population of organisms nat- 
ural selection acts upon this variation to select forms 
better able to survive and reproduce. 


Genetic drift—Random change in gene frequen- 
cies in a population; this can be a problem in 
captive populations. 

Habitat destruction—Removal or alteration of an 
organism’s home environment; this is the most 
common cause of extinction today. 


Social group—Individuals of an animal species liv- 
ing together; such groups form the cultural basis 
from which individuals learn complex behavior 
and survival skills from each other. 


disturbances to occur. Higher success rates in germi- 
nation can be achieved in a greenhouse, after which 
the seedlings can be transplanted into the wild. This 
does not, however, dismiss the necessity of managing 
the land for future reproduction and survival of the 
plant in the wild; otherwise the reintroduction effort 
could fail. 


A study was undertaken to evaluate 79 different 
reintroductions of birds and mammals in the US. It 
was found that certain reintroduction conditions had 
a higher probability of success than others. The high- 
est probability of failure occurred when the species 
was a large carnivore requiring an extensive range, 
when the animals were released into marginal habitat, 
and when the released individuals were reared in cap- 
tivity instead of being wild-caught and released within 
their lifetime. Any of these circumstances require par- 
ticularly close attention if the reintroduction attempt 
is to be successful. 


Programs of captive breeding and release can be 
extremely expensive, and their success may be limited 
because of difficulties in biology, ecology, and in 
addressing the ultimate cause of the species decline 
(such as habitat loss or excessive hunting). 
Moreover, reintroduction efforts should always be 
accompanied by a program of public education. The 
informed public has an influence on political decisions 
to attempt to reverse human-induced losses of biolog- 
ical diversity, and to avoid such ecological damage by 
preventing habitat loss, overhunting, and other 
destructive actions. 


See also Condors. 
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f Capuchins 


Capuchins are New World monkeys characterized 
by a cap or crown patch of hair that resembles a hood, 
called a capuche, worn by Franciscan monks. 
Capuchins belong to the family Cebidae, which 
includes 58 species in 11 genera. The Cebidae is sub- 
divided into six subfamilies that include night mon- 
keys, squirrel monkeys, titis, sakis, howler monkeys, 
spider monkeys, and the capuchins. 


Monkeys in the family Cebidae are thin animals 
with long legs and a prehensile tail, which is muscular 
and can be used to help the animal in climbing and 
swinging through trees. Most of these New World mon- 
keys, including capuchins, are active during the day and 
sleep at night. Capuchins are medium-sized animals with 
a body and legs that are evenly proportioned, and have 
fingers and toes with nails. The nostrils of New World 
monkeys are round and set far apart while those of the 
Old World monkeys are set close together. 


Physical characteristics 


There are five species of capuchin monkeys found 
in South America. The brown capuchin (Cebus apella) 
lives in tropical and subtropical forests from Venezuela 
to Brazil. Capuchins are not found in the Andes 
Mountains along the western part of the continent. 
The brown capuchin has tufts of hair on the forehead 
and a dark cap which extends downward on his fore- 
head into a triangle. Other distinctive markings of the 
brown capuchin are black sideburns, and a coarse coat 
that is usually paler on the abdomen, with black limbs. 
The hair on the face is sparser than the rest of the fur, 
and the facial skin is pale. The average weight is 6.5 Ib 
(3 kg) for females and 9 lb (4 kg) for males. 


The white-faced capuchin (C. capucinus) is found 
in Central America from the southern region of 
Mexico, south into Colombia. White-faced capuchins 
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A white-fronted capuchin (Cebus albifrons). (© Renee Lynn, National Audubon Society Collection/Photo Researchers, Inc.) 


live in dry or wet forests, and in mangroves. The color 
of their fur is pale cream to white on their bellies and 
the upper parts of their arms and legs, with black fur 
on their backs and lower limbs. They have white fur on 
their faces and a black cap. Many older white-faced 
capuchins have a ruff (fringe) of hair on their fore- 
heads and crowns. The average weight for males is 7.7 
Ib (3.5 kg) and 5.5 Ib (2.5 kg) for females. 


Weeper capuchins (C. nigrivittatus) are found north 
of the Amazon river and north and east of the Rio Negro 
river in Brazil, the Guianas, and central Venezuela. 
Females weigh less than 5.5 Ib (2.5 kg) and males weigh 
around 6.5 lb (3 kg). Their colorings are like the white- 
faced capuchins but there is less contrast between the 
dark and light colors. They have a narrow crown patch 
that comes to a marked point on their foreheads. They 
also live in dry and wet forests and mangroves as do the 
white-faced capuchin. 


The white-fronted capuchin (C. albifrons) is found 
in the moist forests of Venezuela, Brazil, Bolivia, 
Ecuador, Colombia, and on the island of Trinidad. 
This species is slightly smaller than other capuchin 
monkeys. The colors are similar to weeper and white- 
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faced capuchins, with a pale and broad cap that covers 
most of the tops of their heads. 


The most recently recognized species of capuchin, 
the yellow-breasted capuchin (C. xanthosternos), was 
elevated to full species status in 1997. It was formerly 
considered a subspecies of C. apella. This capuchin is 
found only in the Atlantic Forest region of eastern 
Brazil. The yellow-breasted capuchin has a distinctive 
yellow to golden red chest, belly and upper arms. Its 
face is a light brown and its cap is either dark brown/ 
black or light brown. Males are slightly larger than 
females. This species is considered critically endan- 
gered because it has a very restricted range, a frag- 
mented habitat, and it is heavily hunted. 


Capuchins are capable of running on two legs, as 
well as on all fours. They are very nimble and acro- 
batic in the treetops. The use of the tail as a fifth limb 
in capuchins is rather restricted. They do not spend all 
their time in trees, however, since they also find food 
on the forest floor. Fruit comprises 80% of capuchins’ 
diet, the rest consisting mainly of leaves and insects. In 
laboratory studies capuchins will use tools to help 
them get food. 
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Capybaras 


KEY TERMS 


Cebidae—The family of New World primates to 
which capuchin monkeys belong. 


Cebus—The genus classification for capuchin 
monkeys. 


Polygamous—Mating with more than one member 
of the opposite sex. 


Prehensile—The ability to grasp, such as possible 
with the thumb and fingers or with the tail of a 
primate. 


Social behavior 


The social groups of capuchin monkeys vary in size 
from small groups with three members, to groups of 30 
or more. There are usually more females in the group 
than males, and half of the members of these social 
groups are infants and adolescents. While there is a 
dominant male and female in each group, there is little 
evidence of any other hierarchy within the group, except 
that dominant males exhibit different degrees of toler- 
ance among the various members of the group. This is 
particularly evident when the group is foraging for food. 


The dominant male does not mingle much with 
other members of the group, but does play a role in 
defending the group from intruders. The dominant 
female establishes a special relationship with the dom- 
inant male and tries to keep others away from him. 


Capuchins are polygamous, and it is the females 
who do the courting. Their methods of luring males 
include raising their eyebrows, gesturing, and making 
sounds. If a male is interested, he will mimic her ges- 
tures and sounds, follow her, and mate. Females give 
birth to one infant at a time, about every two years. 
Gestation is about five months, and infants are com- 
pletely dependent on their mothers during the first 
three weeks of life. 


Pastime activities among capuchins differ by age 
and gender. During the first few months, sisters espe- 
cially take an interest in an infant sibling. After the 
third month after birth, the infant will also seek out the 
company of younger members of the group. A main 
social activity of male capuchins includes fighting 
games, while females spend a good deal of time sitting 
close together and in mutual grooming, particularly 
those parts of their bodies which are hard to reach or 
which they cannot see. Relationships among capu- 
chins extend not only to siblings and their mothers, 
but to other relatives within the group as well. 
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[ Capybaras 


Capybaras, also known as carpinchos or water 
hogs, are large South American rodents in the family 
Hydrochaeridae. Hydrochaeris hydrochaeris is the 
larger of the two species of capybaras, and is the world’s 
largest rodent. It can reach a body weight of 110 Ib 
(50 kg), a body length of 4.5 ft (1.3 m), and a height of 
1.5 ft (50 cm). Hydrochaeris isthmius is about half this 
size. H. hydrochaeris has a wide distribution in South 
America, while H. isthmius has a relatively restricted 
distribution in Panama, western Colombia, and north- 
western Venezuela. Some scientists, however, regard 
H. hydrochaeris and H. isthmius as a single species. 


Capybaras have a large head with a blunt snout and 
small ears. The body is stout, robust, and almost tailless. 
The feet of capybaras are partially webbed and have four 
digits on the forefeet and three on the hind, and all have 
strong claws. The fur of capybaras is long, coarse, and 
rather sparse, so that naked skin can be seen. The body 
color is generally brownish or grayish. Capybaras have a 
strong physical resemblance to another group of much 
smaller South American rodents, the closely related 
guinea pigs (family Caviidae). 


Capybaras are semi-aquatic animals, occurring in 
a wide range of terrestrial habitats in the vicinity of 
freshwater, including the forested edges of streams, 
rivers, ponds, lakes, swamps, and marshes. 
Capybaras can run easily on land, and when disturbed 
near water they generally swim and dive to escape. 
These animals can swim with only their eyes and nos- 
trils exposed to the atmosphere, or they can swim 
completely submerged. 
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A South American capybara (Hydrochaeris hydrochaeris). 
(Robert J. Huffman. Field Mark Publications.) 


Capybaras are herbivores, eating a wide range of 
aquatic, near-shore, and riparian plants. They some- 
times feed with cattle and other domestic herbivores, 
and are known to raid gardens for vegetables, fruits, 
and grains. Capybaras feed most actively during the 
moderate temperatures of dawn and dusk, spending 
the heat of the day in a cool, underground excavation. 
However, in places where they are frequently dis- 
turbed or hunted by people, capybaras generally 
develop a nocturnal habit. 


Capybaras are peaceful, social animals, living in 
extended family groups containing as many as several 
tens of animals. They give birth once a year to two to 
eight offspring. Capybaras are known to live as long as 
10 years in the wild. 


Capybaras are hunted by various species of natural 
predators, including jaguar and large caimans. They are 
also hunted by humans, because they are often regarded 
as agricultural pests. The meat of capybaras is sometimes 
consumed, although it is not regarded as one of the higher- 
quality game species. The capybara is still widespread and 
abundant over much of its natural range. 


Bill Freedman 


Caraway see Carrot family (Apiaceae) 


J Carbohydrate 


Carbohydrates are naturally occurring compounds 
composed of carbon, hydrogen, and oxygen. Examples 
of carbohydrate include sugars, starches, cellulose, and 
a number of other chemically related substances. For 
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the most part, these carbohydrates are produced by 
green plants through the process of photosynthesis. 
Plants use this process to synthesize a simple sugar 
(typically glucose) from the light energy absorbed by 
the chlorophyll in their leaves, water from the soil, and 
carbon dioxide from the air. Typically, plants use some 
of this simple sugar to form the more complex carbo- 
hydrate cellulose (which makes up the plant’s support- 
ing framework) and some to provide energy for its own 
metabolic needs; the rest is stored away for later use in 
the form of seeds, roots, or fruits. 


Interestingly, the digestive and metabolic processes in 
animals and humans work in almost the reverse fashion. 
As an example, when a fruit is eaten, the complex carbo- 
hydrates are broken down in the digestive tract to simpler 
glucose units. The glucose is then used primarily to pro- 
duce energy in a process, which involves oxidation and the 
excretion of carbon dioxide and water as waste products. 
In the mid-1800s, German chemist Justus von Liebig was 
one of the first to recognize that the body derived energy 
from the oxidation of foods recently eaten, and also 
declared that it was carbohydrates and fats that served 
to fuel the oxidation—not carbon and hydrogen as 
Antoine-Laurent Lavoisier had thought. 


Carbohydrates are usually divided into three main 
categories. The first category, the monosaccharides, 
are simple sugars that consist of a single carbohydrate 
unit that cannot be broken down into any simpler 
substances. The three most common sugars in this 
group are glucose (or dextrose), the most frequently 
seen sugar in fruits and vegetables (and, in digestion, 
the form of carbohydrate to which all others are even- 
tually converted); fructose, associated with glucose in 
honey and in many fruits and vegetables; and galac- 
tose, derived from the more complex milk sugar, lac- 
tose. Each of these simple but nutritionally important 
sugars is a hexose, which means it contains six carbon 
atoms, 12 hydrogen atoms, and six oxygen atoms. All 
three require virtually no digestion but are readily 
absorbed into the bloodstream from the intestine. 


Disaccharide are slightly more complex sugars that 
contain two hexose units. The three most nutritionally 
important of these are sucrose (table sugar), maltose 
(which is derived from starch), and lactose, which is 
formed in the mammary glands and is the only sugar 
not found in plants. In the digestive tract, specific 
enzymes split all of these sugars into the more easily 
absorbed monosaccharides. If needed for future energy 
use, glucose units are typically squeezed together into 
larger, more slowly absorbed units and stored as poly- 
saccharides, whose molecules often contain a hundred 
times the number of glucose units as do the simple 
sugars. These highly complex carbohydrates include 
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dextrin, starch, cellulose, and glycogen. More efficient 
and more stable than the simple sugars, they are much 
easier to store. On the other hand, most of them need to 
be broken down by the digestive tract’s enzymes before 
they can be absorbed. Some complex carbohydrates 
such as cellulose are almost impossible for humans to 
digest, but this indigestibility is useful since the colon 
needs a certain amount of bulk (roughage) to perform 
at its best. 


Glycogen is the form in which most of the body’s 
excess glucose is stored. Both the liver and muscle are 
able to store glycogen, with muscle glycogen used 
primarily to fuel muscle contractions and liver glyco- 
gen used (when necessary) to replenish the blood- 
stream’s dwindling supply of glucose. 


Glycogen was named by French physiologist 
Claude Bernard, who in 1856 discovered a starchlike 
substance in the liver of mammals. This substance, he 
later showed, was not only built out of glucose taken 
from the blood, but could be broken down again into 
sugar whenever it was needed. In 1891, German phys- 
iologist Karl von Voit demonstrated that mammals 
could make glycogen even when fed sugars more com- 
plex than glucose. In 1919, Otto Meyerhof was able to 
show that glycogen is converted into lactic acid in 
working muscles. It was not until the 1930s, however, 
that the complicated process by which glycogen, 
stored in the liver and muscle, is broken down in the 
body and resynthesized was discovered by Czech- 
American biochemists Carl Cori and Gerty Cori. 
Building on their work, Fritz Lipmann was able a 
few years later to further clarify the way carbohydrates 
can be converted into the forms of chemical energy 
most usable by the body. 


The chemical structure of the various sugars was 
worked out in great detail by German biochemist Emil 
Fischer, who began his Nobel Prize-winning work in 
1884. Fischer not only was able to synthesize glucose 
and 30 other sugars, he also showed that the shape of 
their molecules was even more important than their 
chemical composition. 


| Carbon 


Carbon is the non-metallic chemical element of 
atomic number 6 in group 14 of the periodic table. 
Its symbol is C, atomic weight 12.01, and specific 
gravity as graphite 2.25 and as diamond 3.51. Its stable 
isotopes are '°C (98.90%) and '°C (1.10%). The 
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weight of the '*C atom is the international standard 
on which atomic weights are based. It is defined as 
weighing exactly 12.00000 atomic mass units. 


Humans have known about various forms of car- 
bon for thousands of years, back somewhere in pre- 
historic times. When cave people made a fire, they 
observed the formation of soot (finely divided carbon 
particles), although they had, of course, no detailed 
understanding of the chemistry involved. The produc- 
tion of charcoal by heating wood in the absence of air 
and of coke by heating coal in the absence of air were 
both well known to ancient peoples. Lampblack was 
also mixed with olive oil or balsam gum to make ink by 
early peoples, and ancient Egyptians are known to 
have used lampblack as eyeliner. 


The person who first discovered carbon is 
unknown. However, the first recognition that carbon 
might be a chemical element is often attributed to the 
French physicist René Antoine Ferchault Réaumur 
(1683-1757), who attributed the difference among 
wrought iron, cast iron, and steel to the presence of 
some “black combustible material” that he knew was 
present in charcoal. Carbon was classified officially as 
an element near the end of the eighteenth century. The 
name chosen for the element was based on an earlier 
Latin name for charcoal, carbo. 


In various forms, carbon is found not only on 
Earth, but in the atmospheres of other planets, in the 
Sun and stars, in comets, and in some meteorites. 


On Earth, carbon can be considered to be the most 
important of all the chemical elements because it is the 
essential element in practically all of the chemical com- 
pounds in living things. Carbon compounds make the 
processes of life work. Beyond Earth, carbon-atom 
nuclei are an essential part of the nuclear fusion reac- 
tions that produce the energy of the Sun and other stars. 
Without carbon, the Sun would be cold and dark. 


How carbon is found 


In the form of chemical compounds, carbon is 
distributed throughout the world as carbon dioxide 
gas, CO», in the atmosphere and dissolved in all the 
rivers, lakes, and oceans. In the form of carbonates, 
mostly calcium carbonate (CaCOs), it occurs as huge 
rocky masses of limestone, marble, and chalk. In the 
form of hydrocarbons, it occurs as great deposits of 
natural gas, petroleum, and coal. Coal is important 
not only as a fuel, but because it is the source of the 
carbon that is dissolved in molten iron to make steel. 


All plants and animals on Earth contain a substan- 
tial proportion of carbon. After hydrogen and oxygen, 
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carbon is the most abundant element in the human 
body, making up 10.7% of all the body’s atoms. 


Carbon is found as the free (uncombined) element 
in three different allotropic forms—different geomet- 
rical arrangements of the atoms in the solid. The two 
crystalline forms (forms containing very definite 
atomic arrangements) are graphite and diamond. 
Graphite is one of the softest known materials, while 
diamond is one of the hardest. 


There is also a shapeless, or amorphous, form of 
carbon in which the atoms have no particular geo- 
metric arrangement. Carbon black, a form of amor- 
phous carbon obtained from smoky flames, is used to 
make rubber tires and black inks. Charcoal—wood or 
other plant material that has been heated in the 
absence of enough air to actually burn—is mostly 
amorphous carbon, but it retains some of the micro- 
scopic structure of the plant cells in the wood from 
which it was made. Activated charcoal is charcoal that 
has been steam-purified of all the gummy wood- 
decomposition products, leaving porous grains of 
pure carbon that have an enormous microscopic sur- 
face area. It is estimated that one cubic inch of acti- 
vated charcoal contains 200,000 square feet (18,580 
meters’) of microscopic surface. This huge surface 
has a stickiness, called adsorption, for molecules of 
gases and solids; activated charcoal is therefore used 
to remove impurities from water and air, such as in 
home water purifiers and in gas masks. 


Graphite 


Graphite is a soft, shiny, dark gray or black, 
greasy-feeling mineral that is found in large masses 
throughout the world, including the United States, 
Brazil, England, western Europe, Siberia, and Sri 
Lanka. It is a good conductor of electricity and resists 
temperatures up to about 6,332°F (3,500°C), which 
makes it useful as brushes (conductors that slide 
along rotating parts) in electric motors and genera- 
tors, and as electrodes in high-temperature electrolysis 
cells. Because of its slipperiness, it is used as a lubri- 
cant. For example, powdered graphite is used to lubri- 
cate locks, where oil might “gum up the works.” The 
so-called lead in pencils is actually a mixture of graph- 
ite, clay, and wax. It is called lead because the metallic 
element lead (Pb) leaves gray marks on paper and was 
used for writing in ancient times. When graphite-based 
pencils came into use, they were called lead pencils. 


The reason for graphite’s slipperiness is its unusual 
crystalline structure. It consists of a stack of one-atom- 
thick sheets of carbon atoms, bonded tightly together 
into a hexagonal pattern in each sheet, but with only 
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very weak attractions—much weaker than actual chem- 
ical bonds—holding the sheets together. 


The sheets of carbon atoms can therefore slide 
easily over one another; graphite is slippery in the 
same way as layers of wet leaves on a sidewalk. 


Diamond 


Diamond, the other crystalline form of pure car- 
bon, is the world’s hardest natural material, and is 
used in industry as an abrasive and in drill tips for 
drilling through rock in oil fields and human teeth in 
dentists’ offices. On a hardness scale of one to ten, 
which mineralogists refer to as the Moh scale of hard- 
ness, diamond is awarded a perfect ten. However, that 
is not why diamonds are so expensive. They are the 
most expensive of all gems, and they are kept that way, 
by supply and demand. The supply is largely con- 
trolled by the De Beers Consolidated Mines, Inc. in 
South Africa, where most of the world’s diamonds are 
mined, and the demand is kept high by the social 
importance that is widely attributed to diamonds. 


A diamond can be considered to be a single huge 
molecule consisting of nothing but carbon atoms that 
are strongly bonded to each other by covalent bonds, 
just as in other molecules. A one-carat diamond mol- 
ecule contains 10°? carbon atoms. 


The beauty of gem-quality diamonds—industrial 
diamonds are small, dark, and cloudy—comes from 
their crystal clarity, their high refractivity (ability to 
bend light rays), and their high dispersion (their ability 
to spread light of different colors apart, which makes 
the diamond’s rainbow fire). Skillful chipping of the 
gems into facets (flat faces) at carefully calculated 
angles makes the most of their sparkle. Even though 
diamonds are hard, meaning that they cannot be 
scratched by other materials, they are brittle—they 
can be cracked. 


The chemistry of carbon 


Carbon is unique among the elements because its 
atoms can form an endless variety of molecules with 
an endless variety of sizes, shapes, and chemical prop- 
erties. No other element can do that to the degree that 
carbon can. In the evolution of life on Earth, nature 
has always been able to find just the right carbon 
compound out of the millions available, to serve just 
about any required function in the complicated chem- 
istry of living things. 


Carbon-containing compounds are called organic 
compounds, and the study of their properties and reac- 
tions is called organic chemistry. The name organic was 
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originally given to those substances that are found in 
living organisms: plants and animals. As scientists now 
know, almost all of the chemical substances in living 
things are carbon compounds (water and minerals are 
the obvious exceptions). The name organic was even- 
tually applied to the chemistry of all carbon com- 
pounds, regardless of where they come from. 


Until the early nineteenth century, it was believed 
that organic substances contained a supernatural life 
force that made them special, and that they were not 
susceptible to chemical experimentation. But in 1828, 
German chemist named Friedrich Wohler (1800-1882) 
apparently broke down the mysterious barrier between 
living and non-living things. By simply heating a non- 
organic, non-living chemical called ammonium cyanate 
(NH,OCN), he converted it into a chemical called urea 
(H,N-CO-NH;), which was known to be a waste prod- 
uct in the urine of mammals and was therefore an 
organic substance. As Wohler put it, he was amazed 
to be able to create an organic substance “without 
benefit of a kidney, a bladder or a dog.” What had 
happened in Wohler’s experiment was that the eight 
atoms in the ammonium cyanate molecule—two nitro- 
gen atoms, four hydrogen atoms, one oxygen atom, and 
one carbon atom—simply rearranged themselves into a 
molecule having a different geometry. In chemical lan- 
guage, the two molecules are isomers of one another. 


After Wohler, chemists boldly synthesized (made 
artificially) many of the chemical compounds that 
formerly had been observed only in living things. 
Today, biochemistry—living chemistry—is one of the 
most active and productive fields of scientific research. 
It has taught scientists more about the processes of life 
than could ever have been imagined. 


Why carbon is special 


There are now more than ten million organic com- 
pounds known by chemists. Many more undoubtedly 
exist in nature, and organic chemists are continually cre- 
ating (synthesizing) new ones. Carbon is able to form the 
most compounds of any element because each carbon 
atom can form four chemical bonds to other atoms and 
because the carbon atom is just the right, small size to fit in 
comfortably as parts of very large molecules. 


Having the atomic number 6, every carbon atom 
has a total of six electrons. Two are in a completed 
inner orbit, while the other four are valence elec- 
trons—outer electrons that are available for forming 
bonds with other atoms. 


The carbon atom’s four valence electrons can be 
shared by other atoms that have electrons to share, 
thus forming covalent (shared-electron) bonds. They 


768 


can even be shared by other carbon atoms, which in 
turn can share electrons with other carbon atoms and 
so on, forming long strings of carbon atoms, bonded 
to each other like links in a chain. Silicon (Si), another 
element in group 14 of the periodic table, also has four 
valence electrons and can make large molecules called 
silicones, but its atoms are too large to fit together into 
as great a variety of molecules as carbon atoms can. 


Carbon’s ability to form long carbon-to-carbon 
chains is the first of five reasons that there can be so 
many different carbon compounds; a molecule that 
differs by even one atom is, of course, a molecule of a 
different compound. The second reason for carbon’s 
astounding compound-forming ability is that carbon 
atoms can bind to each other not only in straight 
chains, but in complex branchings, like the branches 
of a tree. They can even join head-to-tail to make rings 
of carbon atoms. There is practically no limit to the 
number or complexity of the branches or the number of 
rings that can be attached to them, and hence no limit to 
the number of different molecules that can be formed. 


The third reason is that carbon atoms can share 
not only a single electron with another atom to form a 
single bond, but it can also share two or three elec- 
trons, forming a double or triple bond. This makes for 
a huge number of possible bond combinations at dif- 
ferent places, making a huge number of different pos- 
sible molecules. And a molecule that differs by even 
one atom or one bond position is a molecule of a 
different compound. 


The fourth reason is that the same collection of 
atoms and bonds, but in a different geometrical 
arrangement within the molecule, makes a molecule 
with a different shape and hence different properties. 
These different molecules are called isomers. 


The fifth reason is that all of the electrons that are not 
being used to bond carbon atoms together into chains and 
rings can be used to form bonds with atoms of several 
other elements. The most common other element is 
hydrogen, which makes the family of compounds 
known as hydrocarbons. However, nitrogen, oxygen, 
phosphorus, sulfur, halogens, and several other kinds of 
atoms can also be attached as part of an organic molecule. 
There is a huge number of ways in which they can be 
attached to the carbon-atom branches, and each variation 
makes a molecule of a different compound. It is just as if 
moving a Christmas tree ornament from one branch to 
another created a completely different tree. 


Classes of carbon compounds 


It is obviously impossible to summarize the prop- 
erties of carbon’s millions of compounds in one place. 
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Introductory textbooks of organic chemistry generally 
run well over a thousand pages, and biochemistry 
textbooks run thousands more. But organic com- 
pounds can be classified into families that have similar 
properties because they have certain groupings of 
atoms in common. 


See also Alcohol; Aldehydes; Alkaloid; Amides; 
Amino acid; Barbiturates; Chemical bond; Carbohy- 
drate; Carbon cycle; Carboxylic acids; Ester; Ether; 
Fat; Fatty acids; Glycol; Halide, organic; Hydrocar- 
bon; Isomer; Lipid; Polymer; Proteins. 
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i Carbon cycle 


The carbon cycle describes the movement of car- 
bon in the atmosphere, where it exists as carbon diox- 
ide gas, through organisms, and then back into the 
atmosphere and the oceans following the deomposi- 
tion of the dead organisms. 


Carbon is a central element of the huge diversity 
of organic chemicals found in living things, such as the 
many kinds of carbohydrates, proteins, and fats. 
Energy is contained in the chemical bonds that hold 
the atoms of carbon and other elements together in 
these organic compounds. Organisms use chemical 
energy from organic compounds to carry out all the 
processes necessary to life. 


Carbon is released into the atmosphere through 
three major processes: cellular respiration, the burning 
of fossil fuels, and volcanic eruptions. In each of these 
processes, carbon is returned to the atmosphere or to 
the ocean. 
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Plants convert the carbon in atmospheric carbon 
dioxide into carbon-containing organic compounds 
such as sugars, fats, and proteins. Plants take in car- 
bon dioxide through stomata—microscopic openings 
in their leaves. They combine atmospheric carbon with 
water and manufacture organic compounds, using 
energy trapped from sunlight in a process called pho- 
tosynthesis. The byproduct of photosynthesis is oxy- 
gen, which plants release into the atmosphere through 
the stomata. 


Animals that eat plants, or that eat other animals, 
incorporate the carbon in the sugars, fats, and proteins 
derived from the ingested biomass into their bodies. 
Inside their cells, energy is extracted from the food ina 
process called cellular respiration. Cellular respiration 
requires oxygen (which is the byproduct of photosyn- 
thesis) and it produces carbon dioxide, which is used in 
photosynthesis. In this way, photosynthesis and cellu- 
lar respiration are linked in the carbon cycle. 


Photosynthesis requires atmospheric carbon, 
while cellular respiration returns carbon to the atmos- 
phere, and vice versa for oxygen. The global rates of 
photosynthesis and cellular respiration influence the 
amount of carbon dioxide in the atmosphere. In the 
summer, the high rate of photosynthesis uses up much 
of the carbon dioxide in the atmosphere, and the 
amount of atmospheric carbon dioxide decreases. In 
the winter, when the rate of photosynthesis is low, the 
amount of atmospheric carbon dioxide increases. 


Another way that cellular respiration releases car- 
bon into the atmosphere is through the actions of 
decomposers. Decomposers, such as bacteria and 
fungi, derive their nutrients by feeding on the remains 
of plants and animals. The bacteria and fungi use 
cellular respiration to extract the energy contained in 
the chemical bonds of the decomposing organic mat- 
ter, and so release carbon dioxide into the atmosphere. 


In ecosystems such as tropical rainforests, decom- 
position is accomplished quickly, and carbon dioxide 
is returned to the atmosphere at a relatively fast rate. 
In other ecosystems such as northern forests and tun- 
dra, decomposition proceeds more slowly. In some 
places, such as bogs and the deep ocean, the organic 
matter of plants and animals may accumulate in deep 
sediments, where decomposers cannot function well 
because of the lack of oxygen. Over millions of years, 
the carbon-rich materials are converted into carbon- 
rich fossil fuels, such as petroleum, natural gas, and 
coal. Also in marine environments, carbon-containing 
matter such as calcium carbonate is incorporated into 
the shells and other hard parts of aquatic organisms. 
When these organisms die, the carbon-rich hard parts 
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sink to the ocean bed. There they become buried in 
sediment, and eventually are transformed into rocks 
such as limestone and dolomite. 


Release of carbon into the atmosphere 


When fossil fuels are burned, their organic carbon 
is released into the atmosphere. During the past 100 
years, fossil fuel consumption has increased dramati- 
cally, and this has led to a huge amount of carbon 
dioxide being released into the atmosphere. In addi- 
tion, the widespread clearing of forests is resulting in 
the emission of huge quantities of carbon dioxide into 
the atmosphere. (Forests store large amounts of 
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organic carbon in their biomass, most of which is 
emitted through decomposition and fire when defor- 
estation occurs.) The increasing concentrations of 
atmospheric carbon dioxide are a cause for concern, 
since they may be responsible for global warming and 
associated climatic and ecological disruptions. During 
the middle of the nineteenth century, the atmospheric 
concentration of carbon dioxide was about 270 parts 
per million (ppm; equivalent to one microliter per 
liter), but in 2000 it had increased to 365 ppm. Just 
four years later, in 2006, the recorded carbon dioxide 
level had reached 381 ppm. The latter level is 100 ppm 
above the atmospheric level at the beginning of the 
industrial revolution. 
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Another way that carbon is released into the 
atmosphere is through volcanic eruptions. When a 
volcano erupts, it sends huge amounts of ash and 
soot high into the atmosphere. Some of this ash and 
soot is derived from ancient carbon-rich sediments, 
and the cloud of debris that results from a volcanic 
eruption returns large amounts of carbon to the 
atmosphere. 


The carbon cycle in land and sea 


The cycling of carbon takes place in oceans and 
other aquatic ecosystems as well as in terrestrial envi- 
ronments. The world’s oceans contain about 50% more 
carbon than does the atmosphere. The oceans are able 
to absorb some of the carbon dioxide currently being 
released by the burning of fossil fuels, thus offsetting 
global warming. However, the oceans cannot do this as 
quickly as the carbon dioxide is being released to the 
atmosphere, and this time lag is resulting in increasing 
concentrations in the atmosphere. 


In aquatic environments, carbon cycling is more 
complex because carbon interacts with water. When 
carbon dioxide is released by cellular respiration, it 
combines with water to form carbonic acid and bicar- 
bonate. Therefore, in aquatic environments most inor- 
ganic carbon is in the form of bicarbonate rather than 
carbon dioxide. Carbon dioxide from the atmosphere 
readily diffuses into water, and it is quickly converted 
to bicarbonate. 


Importance of the carbon cycle 


The carbon cycle is important in ecosystems 
because it moves carbon, a life-sustaining element, 
from the atmosphere and oceans into organisms and 
back again to the atmosphere and oceans. If the 
balance between these latter two reservoirs is upset, 
serious consequences, such as global warming and 
climate disruption, may result. Scientists are currently 
looking into ways in which humans can use other, 
non-carbon containing fuels for energy. Nuclear 
power, solar power, wind power, and water power 
are a few alternative energy sources that are being 
investigated. 
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| Carbon dioxide 


Carbon dioxide is a heavy, odorless, colorless, 
faintly acid-tasting, and non-flammable gas (at room 
temperature) that is released during respiration, com- 
bustion, and by the decomposition of organic substan- 
ces, which is then mostly absorbed from the air by 
plants in the process called photosynthesis. 
Sometimes called carbonic acid gas, its molecular 
makeup consists of one atom of carbon (C) attached 
to two atoms of oxygen (O): COz. Carbon dioxide was 
the first gas to be distinguished from ordinary air, 
perhaps because it is so intimately connected with the 
cycles of plant and animal life. When humans breathe 
air or when wood and other fuels are burned, carbon 
dioxide is released; when plants store energy in the 
form of food, they use up carbon dioxide. Early scien- 
tists were able to observe the effects of carbon dioxide 
long before they knew exactly what it was. 


Around 1630, Flemish scientist Jan van Helmont 
(1580-1644) discovered that certain vapors differed 
from air, which at the time was thought to be a single 
substance or element. Van Helmont coined the term 
gas to describe these vapors and collected the gas given 
off by burning wood, calling it gas sylvestre. Today, 
this gas is known as carbon dioxide. Van Helmont is 
credited with its discovery. He also recognized that 
carbon dioxide was produced by the fermentation of 
wine and from other natural processes. Before long, 
other scientists began to notice similarities between the 
processes of respiration and combustion, both of 
which used up and gave off carbon dioxide. For exam- 
ple, they discovered that a candle flame will eventually 
be extinguished when enclosed in a jar with a limited 
supply of air, as will the life of a bird or small animal. 


Then in 1756, Scottish chemist Joseph Black 
(1728-1799) proved that carbon dioxide, which he 
called fixed air, is present in the atmosphere and that 
it combines with other chemicals to form new com- 
pounds. Black also identified carbon dioxide in 
exhaled breath, determined that the gas is heavier 
than air, and characterized its chemical behavior as 
that of a weak acid. The pioneering work of van 
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Helmont and Black soon led to the discovery of other 
gases by English chemist and physicist Henry 
Cavendish (1731-1810), French chemist Antoine- 
Laurent Lavoisier (1743-1794), Swedish chemist Carl 
Wilhelm Scheele (1742-1786), and other chemists. As 
a result, scientists began to realize that gases must be 
weighed and accounted for in the analysis of chemical 
compounds, just like solids and liquids. 


The first practical use for carbon dioxide was 
invented by English chemist Joseph Priestley (1733- 
1804) in the mid-1700s. Priestley had duplicated 
Black’s experiments using a gas produced by ferment- 
ing grain and showed that it had the same properties as 
Black’s fixed air, or carbon dioxide. When Priestley 
dissolved the gas in water, he found that it created a 
refreshing drink with a slightly tart flavor. This was 
the first artificially carbonated water, known as soda 
water or seltzer. Carbon dioxide is still used today to 
make colas and other soft drinks. In addition to sup- 
plying bubbles and zest, the gas acts as a preservative. 


The early study of carbon dioxide also gave rise to 
the expression to be a guinea pig, meaning to subject 
oneself to an experiment. In 1783, French mathema- 
tician, Pierre Simon de Laplace (1749-1827) used a 
guinea pig to demonstrate quantitatively that oxygen 
from the air is used to burn carbon stored in the body 
and produce carbon dioxide in exhaled breath. 
Around the same time, chemists began drawing the 
connection between carbon dioxide and plant life. 
Like animals, plants breathe, using up oxygen and 
releasing carbon dioxide. However, plants also have 
the unique ability to store energy in the form of carbo- 
hydrates, the human body’s primary source of food. 
This energy-storing process, called photosynthesis, is 
essentially the reverse of respiration. It uses up carbon 
dioxide and releases oxygen in a complex series of 
reactions that also require sunlight and chlorophyll 
(the green substance that gives plants their color). In 
the 1770s, Dutch physiologist Jan Ingen-Housz (1730- 
1799) established the principles of photosynthesis that 
helped explain the age-old superstition that plants 
purify air during the day and poison it at night. 


Since these early discoveries, chemists have learned 
much more about carbon dioxide. English chemist 
John Dalton (1766-1844) guessed in 1803 that the mol- 
ecule contains one carbon atom and two oxygen atoms 
(CO3); this was later proved to be true. The decay of all 
organic materials produces carbon dioxide very slowly, 
and Earth’s atmosphere contains a small amount of the 
gas (about 0.033%). Spectroscopic analysis has shown 
that in the solar system, the planets of Venus and Mars 
have atmospheres very rich in carbon dioxide, both 
with atmospheres of over 95%. The gas also exists in 
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ocean water, where it plays a vital role in marine plant 
photosynthesis. 


In modern life, carbon dioxide has many practical 
applications. For example, fire extinguishers use CO 
to control electrical and oil fires that cannot be put out 
with water. Because carbon dioxide is heavier than air, 
it spreads into a blanket and smothers the flames. 
Carbon dioxide is also a very effective refrigerant. In 
its solid form, known as dry ice, it is used to chill 
perishable food during transport. Many industrial 
processes are also cooled by carbon dioxide, which 
allows faster production rates. For these commercial 
purposes, carbon dioxide can be obtained from either 
natural gas wells, fermentation of organic material, or 
combustion of fossil fuels. 


Recently, carbon dioxide has received negative 
attention as a greenhouse gas. When it accumulates in 
the upper atmosphere, it traps the Earth’s heat, even- 
tually causing global warming. Since the beginning of 
the Industrial Revolution in the mid-1800s, factories 
and power plants have significantly increased the 
amount of carbon dioxide in the atmosphere by burn- 
ing coal and other fossil fuels. This effect was first 
predicted by Swedish physicist Svante August 
Arrhenius (1859-1927) in the 1880s. Then in 1938, 
British physicist G. S. Callendar (1898-1964) suggested 
that higher CO, levels had caused the warmer temper- 
atures observed in America and Europe since 
Arrhenius’ day. Modern scientists have confirmed 
these views and identified other causes of increasing 
carbon dioxide levels, such as the clearing of the world’s 
forests. Because trees extract CO, from the air, their 
depletion has contributed to upsetting the delicate bal- 
ance of gases in the atmosphere. 


In very rare circumstances, carbon dioxide can 
endanger life. In 1986, a huge cloud of the gas 
exploded from Lake Nyos, a volcanic lake in north- 
western Cameroon, and quickly suffocated more than 
1,700 people and 8,000 animals. Scientists have 
attempted to control this phenomenon by slowly 
pumping the gas up from the bottom of the lake. 


See also Air pollution; Carbon cycle; Planetary 
atmospheres. 


| Carbon monoxide 


Carbon monoxide is a compound of carbon and 
oxygen with the chemical formula CO. It is a colorless, 
odorless, tasteless, toxic gas. Carbon monoxide is 
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poisonous to all warm-blooded animals (when it is 
inhaled and combined with hemoglobin in the blood, 
which prevents the absorption of oxygen) and to many 
other life forms. It has a density of 1.250 g/L at 32°F 
(0°C) and 760 mm Hg pressure. Carbon dioxide can be 
converted into a liquid at its boiling point of -312.7°F 
(-191.5°C) and then to a solid at its freezing point of 
-337°F (-205°C). It is about 3% lighter than air. 


History 


The discovery of carbon monoxide is often credited 
to the work of the English chemist and theologian Joseph 
Priestley (1733-1804). In the period between 1772 and 
1799, Priestley gradually recognized the nature of this 
compound and showed how it was different from carbon 
dioxide, with which it often appeared. Nonetheless, car- 
bon monoxide had been well known and extensively 
studied in the centuries prior to Priestley’s work. As 
early as the late 1200s, Spanish alchemist Arnold of 
Villanova (c.1238-c.1310) described a poisonous gas 
produced by the incomplete combustion of wood that 
was almost certainly carbon monoxide. 


In the five centuries between the work of Arnold 
and that of Priestley, carbon monoxide was studied 
and described by a number of prominent alchemists 
and chemists. Many made special mention of the tox- 
icity of the gas. French scientist Johann (Jan) Baptista 
van Helmont (1580-1644) in 1644 wrote that he nearly 
died from inhaling gas carbonum, apparently a mix- 
ture of carbon monoxide and carbon dioxide. 


An important milestone in the history of carbon 
monoxide came in 1877 when French physicist Louis 
Paul Cailletet (1832-1913) found a method for lique- 
fying the gas. Two decades later, a particularly inter- 
esting group of compounds made from carbon 
monoxide, the carbonyls, were discovered by the 
French chemist Paul Sabatier (1854-1941). 


Sources 


Carbon monoxide is the twelfth most abundant 
gas in the atmosphere. It makes up about 1.2 x 10°% 
of a sample of dry air in the lower atmosphere. The 
major natural source of carbon monoxide is the com- 
bustion of wood, coal, and other naturally occurring 
substances on the Earth’s surface. Huge quantities of 
carbon monoxide are produced, for example, during a 
forest fire or a volcanic eruption. The amount of car- 
bon monoxide produced in such reactions depends on 
the availability of oxygen and the combustion temper- 
ature. High levels of oxygen and high temperatures 
tend to produce complete oxidation of carbon, with 
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carbon dioxide as the final product. Lower levels of 
oxygen and lower temperatures result in the formation 
of higher percentages of carbon monoxide in the com- 
bustion mixture. 


Commercial methods for producing carbon mon- 
oxide often depend on the direct oxidation of carbon 
under controlled conditions. For example, producer 
gas is made by blowing air across very hot coke (nearly 
pure carbon). The final product consists of three gases, 
carbon monoxide, carbon dioxide, and nitrogen in the 
ratio of 6 to 1 to 18. Water gas is made by a similar 
process, by passing steam over hot coke. The products 
in this case are hydrogen (50%), carbon monoxide 
(40%), carbon dioxide (5%) and other gases (5%). 
Other methods of preparation are also available. One 
of the most commonly used involves the partial oxi- 
dation of hydrocarbons obtained from natural gas. 


Physiological effects 


The toxic character of carbon monoxide has been 
well known for many centuries. At low concentrations, 
carbon monoxide may cause nausea, vomiting, restless- 
ness, and euphoria. As exposure increases, a person 
may lose consciousness and go into convulsions. 
Death is a common result. The U.S. Occupational 
Safety and Health Administration (OSHA) has estab- 
lished a limit of 35 ppm (parts per million) of carbon 
monoxide in workplaces where a person may be con- 
tinually exposed to the gas (Figure 1). 


The earliest explanation for the toxic effects of 
carbon monoxide was offered by the French physiol- 
ogist Claude Bernard in the late 1850s. Bernard 
pointed out that carbon monoxide has a strong ten- 
dency to replace oxygen in the respiratory system. 
Someone exposed to high concentrations of carbon 
monoxide may actually begin to suffocate as his or 
her body is deprived of oxygen. 


Today a fairly sophisticated understanding is known 
of the mechanism by which carbon monoxide poisoning 
occurs. Normally, oxygen is transported from the lungs to 
cells in red blood cells. This process occurs when oxygen 
atoms bond to an iron atom at the center of a complex 
protein molecule known as oxyhemoglobin. It is an unsta- 
ble molecule that decomposes in the intercellular spaces to 
release free oxygen and hemoglobin. The oxygen is then 
available to carry out metabolic reactions in cells, reac- 
tions from which the body obtains energy. 


If carbon monoxide is present in the lungs, this 
sequence is disrupted. Carbon monoxide bonds with 
iron in hemoglobin to form carbonmonoxyhemoglobin, 
a complex somewhat similar to oxyhemoglobin. 
Carbonmonoxyhemoglobin is, however, a more stable 
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Figure 1. Effects of carbon monoxide on humans. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


compound than is oxyhemoglobin. When it reaches 
cells, it has much less tendency to break down, but 
continues to circulate in the bloodstream in its bound 
form. As a result, cells are unable to obtain the oxygen 
they need for metabolism and energy production dra- 
matically decreases. The clinical symptoms of carbon 
monoxide poisoning described above are manifestations 
of these changes. 


Carbon monoxide poisoning—at least at moderate 
levels—is common in everyday life. Poorly vented char- 
coal fires, improperly installed gas appliances, and the 
exhaust from internal combustion vehicles are among 
the most common sources of the gas. In fact, levels of 
carbon monoxide in the air can become dangerously 
high in busy urban areas where automotive transporta- 
tion is extensive. Cigarette smokers may also be 
exposed to dangerous levels of the gas. Studies have 
shown that the one to two pack-a-day smoker may have 
up to 7% of the hemoglobin in her or his body tied up in 
the form of carbonmonoxyhemoglobin. 
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Uses 


Carbon monoxide is a very important industrial 
compound. In the form of producer gas or water gas, 
it is widely used as a fuel in industrial operations. 
The gas is also an effective reducing agent. For 
example, when carbon monoxide is passed over hot 
iron oxides, the oxides are reduced to metallic iron, 
while the carbon monoxide is oxidized to carbon 
dioxide. 


In another application a mixture of metallic ores is 
heated to 122-176°F (50-80°C) in the presence of 
producer gas. All oxides except those of nickel are 
reduced to their metallic state. This process, known 
as the Mond process, is a way of separating nickel 
from other metals with which it commonly occurs. 


Yet another use of the gas is in the Fischer- 
Tropsch process for the manufacture of hydrocarbons 
and their oxygen derivatives from a combination of 
hydrogen and carbon monoxide. Carbon monoxide 
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KEY TERMS 


Combustion—A form of oxidation that occurs so 
rapidly that noticeable heat and light are produced. 


Hemoglobin—An iron-containing, complex mole- 
cule carried in red blood cells that binds oxygen for 
transport to other areas of the body. 


Incomplete combustion—Combustion that occurs 
in such a way that fuel is not completely oxidized. 
The incomplete combustion of carbon-containing 
fuel, for example, always results in the formation of 
some carbon monoxide. 


Intercellular spaces—The spaces between cells in 
tissue. 


Reductant (reducing agent)—A chemical substance 
that reduces materials by donating electrons to them. 


Toxicity—The extent to which a substance is 
poisonous. 


also reacts with certain metals, especially iron, cobalt, 
and nickel, to form compounds known as carbonyls. 
Some of the carbonyls have unusual physical and chem- 
ical properties that make them useful in industry. The 
highly toxic nickel tetracarbonyl, for example, is used to 
produce very pure nickel coatings and powders. 


Catalytic converters are used in automobiles to 
reduce carbon monoxide emissions. Recent nanotech- 
nology advances (those technologies involving micro- 
scopic devices) have developed a nanoparticle catalyst 
made of nonreactive metals, helping to reduce more 
efficiently such poisonous gases as nitrogen oxides and 
carbon monoxide. 


See also Metallurgy. 
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| Carbon tetrachloride 


Carbon tetrachloride is an organic chemical that was 
commonly used as a solvent before it was determned to 
be carcinogenic (to cause cancer). It is also called tetra 
chloromethane and is composed of molecules that have 
one carbon atom and four chlorineatoms bonded 
together in the shape of a tetrahedron. It is made by 
combining elemental chlorine with simple carbon com- 
pounds like methane or carbon disulfide. It is a liquid at 
room temperature, with a freezing point of -9.4°F (-23°C) 
and a boiling point of 170.6°F (77°C). Carbon tetrachlor- 
ide dissolves other organic materials such as oils, fats, and 
grease very well. This property made carbon tetrachlor- 
ide very useful for cleaning manufactured parts. Carbon 
tetrachloride was once used heavily in the dry-cleaning 
industry. Use in that industry has declined because it is 
toxic when inhaled or absorbed through the skin, and it is 
no longer used in products for the home. Since carbon 
tetrachloride is a good solvent, it can be used to dissolve 
things like oils, fragrances, and colors from flowers and 
seeds. Carbon tetrachloride is not flammable, so it can be 
used in fire extinguishers or as an additive to make other 
chemicals nonflammable. It is also very useful as a raw 
material in synthesizing larger, more complicated organic 
compounds. Because of the health hazards of long-term 
exposure to carbon tetrachloride, it should only be used 
where there is adequate ventilation present. 


l Carbonyl group 


A carbonyl group in chemistry is a group of atoms 
that consists of a carbon (C) atom covalently attached 
to an oxygen (O) atom by a double bond: C = O. The 
carbon atom, to satisfy its valence of 4, must also be 
attached by covalent bonds to two other atoms. The 
simplest type of molecule that contains a carbonyl 
group is a ketone. Other types of molecules that con- 
tain carbonyl groups are aldehydes, acids, esters, and 
amides. 
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Ketones 


A ketone is a compound whose molecules contain 
a carbonyl group and have two other groups attached 
to the carbon atom of the carbonyl group. There are 
many molecules that belong to this classification, but 
the simplest one is acetone. A condensed structural 
formula for acetone looks like the following formula. 


I 
CH;—C—CH, 


In this formula, the C =O represents the carbonyl 
group, and the two CHs3 groups satisfy the carbon 
atom’s valence of 4. In other molecules that contain 
the carbonyl group, the C=O is still present, but the 
two CH; groups are traded for other atoms or groups 
of atoms. 


Sometimes chemists need to talk about the entire 
class of possible ketone molecules. In this case, one 
uses a structural formula that looks like this formula. 


O 
| 


R—C—R’ 


In this picture, R and R’ can stand for any hydro- 
carbon-containing group and as CH3-,C>Hs-, etc. 


Properties of the carbonyl group 


The carbonyl group is somewhat polar. That 
means that one end of it (the carbon atom) has a slight 
positive electric charge, and one end of it (the oxygen 
atom) has a slight negative charge. This makes the 
entire molecular a polar molecule. 


The polar nature of the carbonyl part of the mol- 
ecule affects the physical properties of the entire mol- 
ecule. For instance, small ketone molecules, with fewer 
than six carbon atoms in all, are soluble in water, a 
very polar solvent. At the same time, small ketone 
molecules are themselves excellent solvents for other 
compounds with polar groups. This is in contrast to 
small hydrocarbon molecules with no carbonyl 
group—they are insoluble in water, and they will not 
dissolve other polar molecules. 


A carbonyl group in a molecule is often the most 
chemically reactive portion. When a molecule contain- 
ing a carbonyl group undergoes a chemical reaction, it 
is often this polarity that controls which reaction will 
take place. Usually a chemical reaction in a molecule 
containing only a carbonyl group and hydrocarbon 
groups will take place at the carbonyl group. 
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KEY TERMS 


Covalent bond—A chemical bond formed when 
two atoms share a pair of electrons with each other. 


Double bond—A covalent bond consisting of two 
pairs of shared electrons that hold the two atoms 
together. 


Hydrocarbon group—A portion of a molecule con- 
taining only carbon and hydrogen atoms. 


Molecule—A single particle of a substance in 
which the atoms join together by covalent bonds. 


Polarity—The distribution of electrical forces 
within a molecule. There are non-polar molecules, 
in which the electrical forces balance each other 
out, and polar ones, in which the complete mole- 
cule may still be neutral, but the electrical forces 
within it are not directed evenly throughout the 
molecule. 


Other molecules with carbonyl groups 


In many molecules that contain a carbonyl 
group, the other two groups of atoms are not hydro- 
carbon groups. Molecules like this are so different 
chemically that they belong to entirely different clas- 
sifications. There are four major classes of molecules 
like this. Again, R stands for any hydrocarbon group. 
There is more information about these kinds of car- 
bonyl-containing molecules in their entries in this 
encyclopedia. 


I I 1 1 
R—C—H R—C—OH R—C—O—R’ R—C—NH, 
aldehyde acid ester amide 


See also Acids and bases; Amides; Ester. 
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l Carboxyl group 


A carboxyl group, also called a carboxy group, is 
a characteristic group of atoms found in organic mol- 
ecules. Organic compounds that contain carboxyl 
groups are called carboxylic acids. The simplest car- 
boxylic acid is the alkanoic acids. 


The carboxyl group occurs on the end or side of a 
molecule. The group consists of a carbon (C) atom 
that forms two chemical bonds to one oxygen (O) 
atom and one chemical bond to a second oxygen 
atom. This second oxygen is also bonded to a hydro- 
gen (H) atom. The arrangement is written -COOH or 
—C(O)OH (which emphasizes the different chemical 
bonding between the carbon atom and one of the 
oxygen atoms). 


The name carboxyl is actually a combination of 
the words carbonyl and hydroxyl, since the carboxyl 
group itself can be considered as a combination of 
carbonyl (CO) and hydroxyl (OH) groups. 


Carboxyl groups are reactive. They are able to 
react with amine groups. When this occurs, they 
form peptide bonds that, in the process, release a 
molecule of water (H2O). They are also able to react 
with alcohols, which have the general form (where n is 
a variable) C,H>,,,;OH. In this instance, esters are 
formed in one of two ways: by the Mitsunobu reaction 
or the Fischer esterification. 


] Carboxylic acids 


Carboxylic acids are chemical compounds that 
contain a carboxyl group, which contains carbon, 
oxygen, and hydrogen atoms symbolized by the 
chemical name -COOH. The carboxyl group is 
attached to another hydrogen (H) atom or to one 
end of a larger molecule. Examples include formic 
acid, which is produced by some ants and causes 
their bites to sting. (In fact, the scientific name for 
ants, Formica, is what gives formic acid its name.) 
Another example is acetic acid, which is found in 
vinegar. Many carboxylic acids dissolve in water. 
Solutions of many carboxylic acids have a sour taste 
to them, a characteristic of many acids. Carboxylic 
acids also react with alkalis, or bases. Generally, 
however, carboxylic acids are not as chemically 
active as the non-organic mineral acids such as 
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hydrochloric acid or sulfuric acid. When a carboxyl 
group is added to a compound, it is called carboxy- 
lation, and when a carboxyl group is removed it is 
called decarboxylation. Carboxylases and decarbox- 
ylases are enzymes that catalyze both types of these 
reactions, respectively. 


Biological importance 


Carboxylic acids are very important biologi- 
cally. The drug aspirin is a carboxylic acid, and 
some people are sensitive to its acidity. The non- 
aspirin pain reliever ibuprofen is also a carboxylic 
acid. Carboxylic acids that have very long chains of 
carbon (C) atoms attached to them are called fatty 
acids. As their name suggests, they are important in 
the formation of fat in the body. Many carboxylic 
acids are present in the foods and drinks that 
humans ingest, like malic acid (found in apples), 
tartaric acid (grape juice), oxalic acid (spinach and 
some parts of the rhubarb plant), and lactic acid 
(sour milk). Two other simple carboxylic acids are 
propionic acid and butyric acid. Propionic acid is 
partly responsible for the flavor and odor of Swiss 
cheese. Butyric acid is responsible not only for the 
smell of rancid butter, but also contributes to the 
odor of sweat. Lactic acid is generated in muscles of 
the body as the individual cells metabolize sugar and 
do work. A buildup of lactic acid, caused by over- 
exertion, is responsible for the fatigue one feels in the 
muscles by such short-term use. When one rests, the 
lactic acid is gradually converted to water and 
carbon dioxide, and the feeling of fatigue passes. 
A form of vitamin C is called ascorbic acid and is a 
carboxylic acid. 


A special form of carboxylic acids are the amino 
acids, which are carboxylic acids that also have a 
nitrogen-containing group called an amine group in 
the molecule. Aminoacids are very important because 
combinations of amino acids make up the proteins. 
Proteins are one of the three major components of the 
diet, the other two being fats and carbohydrates. 
Much of the human body, like skin, hair, and muscle, 
is composed of protein. 


Industrial importance 


Carboxylic acids are also very important indus- 
trially. Perhaps one of the most important industrial 
applications of compounds with carboxyl groups is 
the use of fatty acids (which are carboxyl groups 
attached to long carbon chains) in making soaps, 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH2) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 

Carboxyl group—The -COOH group of atoms, 
whose presence defines a carboxylic acid. 
Ester—A derivative of a carboxylic acid, where an 
organic group has been substituted for the hydro- 
gen atom in the acid group. Esters contribute to 
tastes and smells. 

Fatty acid—A carboxylic acid that is attached to a 
chain of at least eight carbon atoms. Fatty acids are 
important components in fats, and are used to make 
soaps. 

Lactic acid—A carboxylic acid formed during the 
metabolism of sugar in muscle cells. A buildup of 
lactic acid leads to a feeling of fatigue. 

Mineral acid—An acid that is not organic. Examples 
include hydrochloric acid and sulfuric acid. 
Saponification—A chemical reaction involving the 
breakdown of triglycerides to component fatty 
acids, and the conversion of these acids to soap. 


detergents, and shampoos. In some such com- 
pounds, the hydrogen atom in the carboxyl group 
is replaced with some metalcation. The modified 
carboxyl group is soluble in water, while the long 
chain of carbons remains soluble in fats, oils, and 
greases. This double solubility allows water to wash 
out the fat- and oil-based dirt. Many shampoos are 
based on lauric, palmitic, and stearic acids, which 
have long chains of 12, 16, and 18 carbon atoms, 
respectively. To make other cleansing agents, three 
molecules of fatty acid are combined with one mol- 
ecule of a compound called glycerin in a reaction 
called saponification. This reaction also makes a 
soap molecule that has one end soluble in water 
and the other soluble in fat or grease or oil. 
Various fatty acids are used to make soaps and 
detergents that have different applications in society. 
Carboxylic acids are also important in the manufac- 
ture of greases, crayons, and plastics. 


Compounds with carboxyl groups are relatively 
easily converted to compounds called esters, which 
have the hydrogen atom of the carboxyl group 
replaced with a group containing carbon and 
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hydrogen atoms. Such esters are considered deriva- 
tives of carboxylic acids. Esters are important 
because many of them have characteristic tastes and 
odors. For example, methyl butyrate, a derivative of 
butyric acid, smells like apples. Benzyl acetate, from 
acetic acid, has a jasmine odor. Carboxylic acids are 
thus used commercially as raw materials for the pro- 
duction of synthetic odors and flavors. Other esters, 
derived from carboxylic acids, have different uses. 
For example, the ester ethyl acetate is a very good 
solvent and is a major component in nail polish 
remover. 


See also Acetylsalicylic acid; Acids and bases. 
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Carcinogen 


A carcinogen is a substance that causes a normal 
cell to change into a cancerous cell (a cell that grows 
and divides uncontrollably). The explosive growth of 
cells that have been triggered by a carcinogen can 
deprive other cells of nutrients and crowd out the cell 
from the available space. These changes can be lethal. 


The word “carcinogen” is derived from Greek and 
means in English, cancer-causing. Carcinogens fall 
into two broad categories; naturally occurring sub- 
stances that are found in food or soil, or artificial 
substances created by chemists for various industrial 
purposes. Although the way carcinogens cause cancer 
is still not completely understood, cancer researchers 
believe that humans and other animals must be 
exposed to a carcinogen for a certain period of time 
and at a high enough concentration for cancer to 
occur. 
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Cancer is a group of diseases in which cells grow 
abnormally. Like all living things, normal cells grow, 
reproduce, and die. These processes are controlled by 
chemicals and reactions within the cell, which are in 
turn controlled by the cell’s genetic material within its 
nucleus. In a cancerous cell, the genetic material is 
altered, and the genes which encode and direct the 
chemical reactions within the cell are mutated, or 
changed. Cancerous cells grow uncontrollably, form- 
ing a large mass of cells called a tumor, which invades 
tissues and kills non-cancerous cells. Sometimes can- 
cerous cells “break off’ from a tumor and enter the 
bloodstream, traveling to other parts of the body and 
infecting other organs and tissues in a process known 
as metastasis. In this way, a cancer can spread from an 
isolated tumor to the entire body. 


Agents such as viruses, medication, and synthetic 
carcinogens can cause mutations within a cell’s genetic 
material. Some kinds of cancers are caused by viruses. 
For example, a special kind of virus called a retrovirus 
causes a rare form of leukemia (cancer of the white 
blood cells). Radiation from naturally-occurring 
radioactive substances (such as uranium) can disrupt 
a cell’s genetic material and bring about cancer. 
Synthetic carcinogens are found in processed foods 
and industrial chemicals. 


Carcinogens and cancer 


Available research evidence is consistent with the 
suggestion that a carcinogen is apt to cause cancer if a 
person’s exposure to the chemical is present in a suffi- 
ciently high enough concentration for a suitable period 
of time. The conditions of time and concetnration vary 
depending upon the carcinogen. Repeated exposure to a 
carcinogen over an extended period (such as 20 years) 
increases the likelihood that a normal cell’s genetic mate- 
rial will mutate and initiate cancer. Cigarette smoke 
contains potent carcinogens; it can take many years 
and many repeated exposure to the carcinogens in 
smoke for smoking to cause cancer. Smoking-related 
lung cancers typically develop between 10 and 20 years 
of continuous smoking. In Hiroshima and Nagasaki in 
Japan, where atomic bombs were dropped in 1945, the 
leukemia rates in the surviving population increased 
dramatically some five years after the bombs were det- 
onated. The intense radiation that was emitted in each 
explosion caused damage to genetic material that almost 
immediately mutated cells. 


Some carcinogens are more powerful cancer-caus- 
ing agents than others. Powerful carcinogens are 
called tumor promoters; these can cause genetic muta- 
tions directly within cells. Less powerful carcinogens 
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are called tumor initiators; they can cause latent 
changes in the cell’s genetic material. These changes 
are not enough to actually cause cancer, but sensitize 
the tissue for later exposures to tumor promoters. If 
a tumor initiator has already damaged the cell’s 
genetic material, the likelihood that a tumor promotor 
will cause the cell to become cancerous is increased. 


The development of a tumor is typically not a one- 
step process, but involves multiple events. Thus, it is 
rare that exposure to a carcinogen is the sole cause of 
most cancers. Exposure to a carcinogen must usually 
be combined with other environmental factors for a 
cancer to develop. Some environmental risk factors 
are difficult to identify, while others such as pro- 
longed, heavy cigarette smoking have been easy to 
identify. Heredity, such as whether close relatives 
have developed cancer, is another risk factor that is 
not as easily characterized. 


Some carcinogens such as cigarette smoke can be 
avoided. Other factors, such as a diet, can be modified. 
Additional risk factors such as gender, immune status, 
metabolic rate, levels of certain enzymes, and age can 
neither be avoided nor modified. 


Indutrial carcinogens 


The idea that chemicals could cause cancer was 
first promoted in 1775 by English physician Percivall 
Pott, who noted that young chimney sweeps had a 
high incidence of scrotal cancer. Because most sweeps 
began their careers very early in life and seldom 
washed or changed clothes, they were exposed to 
soot repeatedly and for long periods of time, leading 
to scrotal cancer in young adulthood. Not until 150 
years later were the actual carcinogenic substances in 
soot identified, but Dr. Pott made his case for more 
humane treatment and better working conditions for 
the chimney sweeps by noting the connections between 
cancer and this profession. 


With the advent of industrial development in the 
nineteenth century, other connections between certain 
cancers and chemicals were noticed. Shale oil and coal 
and tar workers had a high incidence of skin cancer. 
Dyestuff workers developed bladder cancer. And a 
chemical called vinyl chloride, used in the manufac- 
ture of leather goods, caused a rare liver tumor. 


In response to growing concern about cancer in 
industrial workers, the International Agency for 
Research on Cancer and the National Toxicology 
Program formulated a system to classify chemicals 
according to their cancer-causing risk. A chemical 
could be classified either as a probable carcinogen, or 
as a non-carcinogen. 
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Cardiac cycle 


A problem with this and other classification sys- 
tems is that much of the research is based on experi- 
ments on animals. If cancer can be induced in 
experimental animals with high levels of a chemical, 
it is sometimes assumed that humans could also be at 
risk even with lower exposure levels over a long period 
of time. The science of risk assessment investigates the 
possibility of developing cancer from very low levels of 
exposure to chemicals that cause cancer at very high 
levels. 


Other carcinogens 


Some foods contain naturally occurring carcino- 
gens. Safrole, found in sassafras root; estragole, found 
in the herb tarragon; allyl isothiocynate, found in 
mustard seed; and benzene, found in eggs, fruits, veg- 
etables, cooked meats, and fish are all carcinogens. 
However, these substances must be consumed in 
large amounts, over a long period, to initiate cancer. 


Processed foods such as bacon, sausages, and 
canned meats contain the preservative nitrite. Frying 
the cured bacon can convert some non-carcinogenic 
substances in the nitrites into potent carcinogens. 
Browning meats such as hamburger can also cause 
carcinogenic chemicals to be produced. However, in 
both cases, the amount of carcinogen is extremely 
small. Interestingly, microwave cooking does not 
release the carcinogens in beef. 


Foods that involve fermentation in their produc- 
tion, such as beer, wine, bread, and yogurt, all contain 
mildly carcinogenic substances. Again, these foods 
must be eaten in large amounts over decades to possi- 
bly cause the genetic mutations related to cancer. 


A type of fat known as trans-fat, which has been 
popularly used in the deep-frying of foods and in other 
foods including cookies, has been demonstrated to be 
a carcinogen. Countries such as Canada have banned 
the use of trans-fats in prepared foods. However, as of 
2006, foods prepared at fast food outlets are not 
included in the legislation. 


Radioactive substances found in rocks and soil 
are also considered potentially carcinogenic. While 
most people do not come in contact with radioactive 
chemicals on a day-to-day basis, these substances can 
emit radioactive particles that can be dangerous. 
Radon, a radioactive substance emitted by uranium, 
can seep from rocks into buildings. In some areas of 
the country, radon can be emitted in relatively large 
amounts into buildings which should be tested for 
radon. If the levels are found to be high, changes 
should be made to the building’s ventilation system 
to reduce the amount of radon in the building. 
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KEY TERMS 


Cancer—A disease in which cells grow abnormally. 


Carcinogen—Any substance capable of causing 
cancer by mutating the cell’s DNA. 


Mutation—A change in the genetic material of a 
cell. 


Risk assessment—The study of the risk of exposure 
to certain levels of an agent that may lead to the 
development of a disease, such as cancer. 


Risk factor—Any habit, condition, or external force 
that renders an individual more susceptible to dis- 
ease. Cigarette smoking, for example, is a signifi- 
cant risk factor for lung cancer and heart disease. 


It is recommended that people eat a varied diet 
high in fresh fruits and vegetable and avoid excess 
consumption of foods high in nitrites. While it is not 
possible to completely eliminate one’s exposure to 
carcinogens, it is possible to avoid the concomitant 
risk factors that may lead to cancer. Avoiding smok- 
ing; eating a varied, balanced diet that includes fiber; 
and limiting alcohol consumption are all associated 
with a lowered cancer risk. 


See also Mutagen; Mutation. 
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l Cardiac cycle 


The normal muscular contractions of the heart are 
called the cardiac cycle. The heart consists of two pairs 
of hollow muscular chambers through which blood is 
pumped. One pair—the right atrium and right ven- 
tricle—pumps blood through the lungs. The other 
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pair—the left atrium and left ventricle—pumps blood 
through the rest of the body, including the arteries and 
veins of the heart itself. Each atrium serves to fill its 
corresponding ventricle, which then does the actual 
work of pumping the blood out of the heart. The 
pairs of chambers pump at the same time. In each 
pair, the atrium contracts first, to fill the ventricle. 
This is why the heart makes a characteristic lub-DUB 
sound: the “lub” is the sound of valves shutting when 
the atria (which are smaller and weaker) contract, and 
the louder “DUB” is the sound of valves shutting when 
the ventricles, which have just been filled by the atria, 
contract. Valves at the entry and exit of every heart 
chamber keep blood from flowing the wrong way. 


In humans, the cardiac cycle can be divided into 
two major phases, the systolic phase and the diastolic 
phase. Systole (pronounced SIS-tole-ee) occurs during 
the systolic phase, when the ventricles of the heart 
contract. Accordingly, systole results in the highest 
pressures within the systemic and pulmonary circula- 
tory systems. Diastole (pronounced die-ASS-tole-ee) 
occurs during the diastolic phase, when the right and 
left ventricles relax and fill. 


The cardiac cycle cannot be described as a linear 
series of events associated with the flow of blood 
through the four chambers. One cannot accurately 
describe the cardiac cycle by simply tracing the path 
of blood from the right atrium, into the right ventricle, 
into the pulmonary circulation, the venous pulmonary 
return to the left atrium, and finally the ejection into 
the aorta and systemic circulation by the contraction 
of the left ventricle. In reality, the cardiac cycle is a 
coordinated series of events that take place simulta- 
neously on both the right pulmonary circuit and left 
systemic circuit of the heart. 


The cardiac cycle begins with a period of rapid 
ventricular filling. The right atrium fills with deoxy- 
genated blood from the superior vena cava, the infe- 
rior vena cava, and the coronary venous return (e.g., 
the coronary sinus and smaller coronary veins). At the 
same time, the pulmonary veins return oxygenated 
blood from the lungs to the left atrium. During the 
early diastolic phase of the cardiac cycle, both ven- 
tricles relax and fill from their respective atrial sources. 
The atrio-ventricular valves (the tricuspid valve is 
located between the right atrium and right ventricle; 
the mitral valve is between the left atrium and left 
ventricle) open and allow blood to flow from the 
atria into the ventricles. 


The flow of blood through the atrio-ventricular 
valves is unidirectional and as volume-related pressure 
increases within the ventricles, the atrioventricular 
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valves close to prevent backflow from the ventricles 
into the atria. 


At the onset of the systolic phase, specialized car- 
diac muscle fibers within the sino-atrial node (S-A 
node) contract and send an electrical signal propa- 
gated throughout the heart. In a sweeping fashion, 
the right atrium contracts and forces the final volume 
of blood into the right ventricle. The left atrium con- 
tracts and contributes the final 20% of volume to the 
left ventricle. 


The S-A node signal is delayed by the atrioven- 
tricular node to allow the full contraction of the atria 
that allows the ventricles to reach their maximum 
volume. A sweeping right to left wave of ventricular 
contraction then pumps blood into the pulmonary and 
systemic circulatory systems. The semilunar valves 
that separate the right ventricle from the pulmonary 
artery and the left ventricle from the aorta open 
shortly after the ventricles begin to contract. The 
opening of the semilunar valves ends a brief period 
of isometric (constant volume) ventricular contraction 
and initiates a period of rapid ventricular ejection. 


As muscle fibers contract, they lose their ability to 
contract forcefully (i.e., the greatest force of muscular 
contraction in the ventricle occurs earlier in the con- 
traction phase and decreases as contraction proceeds). 
When ventricular pressures fall below their respective 
attached arterial pressures, the semilunar pulmonary 
and aortic valves close. At the end of systole, the semi- 
lunar valves shut to prevent the backflow of blood into 
the ventricles. 


After emptying, both ventricles collapse to 
undergo a period of repolarization and refilling. The 
receptivity of the ventricles to filling corresponding 
lowers atrial pressures and allows them to fill from 
their respective venous sources. At the outset, ventric- 
ular pressures remain greater than atrial pressures and 
the atrioventricular valves remain closed. Because the 
volume of blood in the ventricle is once again static— 
closed off by both the atrio-ventricular and semilunar 
valves—this period is described as isometric (same 
volume) relaxation. 


The cardiac cycle is complete with the onset of 
another period of rapid ventricular filling that takes 
place when atrial pressures exceed ventricular pres- 
sures and the atrio-ventricular valves open to allow 
rapid filling. 


It is the opening and snapping shut of the atrio- 
ventricular and semilunar pulmonary and _ aortic 
valves that creates the familiar pattern of sound asso- 
ciated with the cardiac cycle. Because the right to left 
contractions of the atria and ventricles are sweeping, 
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the opening and closings of the right side and left side 
valves are separated by a short interval. The first heart 
sound results from the closure of the atrio-ventricular 
valves. The second heart sound results from the clo- 
sure of the semilunar valves. 


The electrical events associated with cardiac cycle 
are measured with the electrocardiogram (EKG or 
ECG). Many heart problems can be diagnosed by 
examining an ECG. 


See also Action potential; Circulatory system; 
Heart diseases; Heart, embryonic development and 
changes at birth; Heart, rhythm control and impulse 
conduction; Nerve impulses and conduction of 
impulses; Nervous system; Neuron. 
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| Cardinal number 


A cardinal number is the measure of the number 
of elements in a group or a set. For example, the 
number of books on a shelf can be described by a 
single cardinal number. Similarly, the set could be 
assigned the cardinal number 3 if it has only 3 ele- 
ments. Since cardinal numbers count the number of 
elements in a set, they are always positive whole inte- 
gers. If the elements from two sets have a one-to-one 
relationship, so that each element can be paired 
together such that no elements are left over, then 
they can be represented by the same cardinal number. 


Some sets have an infinite number of elements. 
However, not all infinite sets have a one-to-one rela- 
tionship. Consider the following sets: set X, set Y. 
Although both of these sets have an infinite number 
of elements, they can not be represented by the same 
cardinal number because set X contains all the ele- 
ments of set Y, but also contains additional elements. 
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To solve this problem a nineteenth century mathema- 
tician named George Cantor (1845-1918) created a 
new numbering system to deal with infinite sets. He 
called these new numbers transfinite cardinal numbers 
and used the symbol No (called aleph null) to represent 
the smallest one. He also developed an arithmetic 
system for manipulating these numbers. 


fl Cardinals and grosbeaks 


The cardinals and grosbeaks belong to the subfa- 
milies Cardinalinae, of the finch family (Fringillidae), 
which is the largest of all North American bird fami- 
lies. (Some researchers include the cardinals and gros- 
beaks with the Emberizidae, the buntings and 
tanagers.) 


Cardinals and grosbeaks are New World birds, 
ranging from central Argentina as far north as central 
Canada. They live primarily in temperate zone wood- 
lands, and have adapted to life around humans, whose 
assistance (in the form of birdseed) has helped cardi- 
nals extend their range north to Canada. 


The name “grosbeak” is descriptive: these birds 
have thick, sturdy beaks, which help them crack open 
seeds. Their diet also includes blackberries, strawber- 
ries, insects, spiders, bees, corn, snails, slugs, and 
earthworms. Cardinals have been seen drinking 
maple sap from holes left by sapsuckers. The pine 
grosbeak has special throat pouches in which it trans- 
ports food. 


The males of cardinals and grosbeaks are brightly 
colored; females are duller. Pine grosbeaks (Pinicola 
enucleator) and evening grosbeaks (Coccothraustes 
vespertinus) remain in their northern or high-moun- 
tain habitats year-round, but have been known to 
migrate out of these areas if food is in short supply. 
Three species of North American grosbeak—the rose- 
breasted grosbeak (Pheuctinus ludovicianus), black- 
headed grosbeak (Pheuctinus melanocephalus), and 
blue grosbeak (Guiraca caerulea)—prefer southern 
areas, and the rose-breasted will migrate as far south 
as Venezuela and Peru in the winter. 


In some species, including the cardinal (Cardinalis 
cardinalis), the female builds the nest and incubates the 
eggs without help from the male. In others, males and 
females share in these efforts. Two to five eggs are laid. 
Young cardinals fledge quickly, leaving the nest when 
10 or 11 days old. This rapid development allows the 
cardinal to raise multiple clutches in a season, up to as 
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many as four; the male cares for the hatchlings while 
the female incubates the next clutch. 


Male cardinals and grosbeaks are renowned sing- 
ers. The cardinal has at least 28 different songs. Male 
rose-breasted grosbeaks will compete for a female by 
hovering over her and singing a long, liquid, robin-like 
song; the winner of that courtship will sing while he is 
helping incubate the eggs. 


| Caribou 


The caribou or reindeer (Rangifer tarandus) is a 
northern species of deer occurring in the boreal and 
arctic regions of North America and Eurasia. At one 
time, caribou and reindeer were considered to be sep- 
arate species, but these animals are fully interfertile 
and are now considered to be the same species. In 
North America they are called caribou, whereas in 
Eurasia they are known as reindeer. However, there 
are well-differentiated, geographically distinct popu- 
lations of these animals, which are designated as sub- 
species. Northern caribou are relatively small, while 
southern caribou are larger, with the biggest males 
(bucks) weighing up to 660 Ib (300 kg). 


Caribou are even-toed, hoofed mammals in the 
order Artiodactyla and suborder Ruminanta. They 
are in the family Cervidae, along with other species 
of deer. Like other deer and cattle, caribou have a 
four-chambered stomach capable of digesting the 
tough, fibrous plant and lichen materials containing 
cellulose that comprise most of their diet. Caribou 
ruminate, which means they re-chew forage that has 
previously fermented in the fore-pouches of their 
stomach. 


Like other deer (family Cervidae), caribou have 
deciduous antlers, which are long, branching, bony 
outgrowths of the frontal bones of the skull. During 
their growth, antlers are covered with a heavily vas- 
cularized tissue called velvet, which eventually dries 
and is peeled or rubbed off, leaving the bare bone 
exposed. Unlike other species of deer, both sexes of 
caribou can develop antlers. However, the antlers of 
mature male animals are much larger and more elab- 
orate than those of females. The males use their ant- 
lers for jousting during the rutting season, when they 
attempt to assemble a harem of does. The antlers of 
adult bucks grow most rapidly from May to July, and 
are at their largest size in August. By October the 
antlers are hard and velvet free, and are used in 
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A reindeer bull in Finnish Lapland. (B&C Alexander/Photo 
Researchers, Inc.) 


ritualized combat with other males, although this 
can escalate into real fighting. Soon after the rut, 
the joint between the antler and the skull weakens, 
and the antler is shed, usually by early December. 
Antler growth in female caribou starts later (June to 
September), and shedding is delayed until April or 
May when the calves are born. 


The newborn calves of caribou are very preco- 
cious, and are able to stand within one hour of birth. 
After a few days, calves are capable of running several 
kilometers an hour, and can keep up with the moving 
herd. This rapid development is, of course, an adapta- 
tion to reducing the predation rate of young calves, the 
stage with the highest risk of mortality. 


In North America, the most northerly subspecies 
is the Peary caribou (Rangifer tarandus pearyi). This 
relatively small, whitish subspecies is a resident of the 
high-arctic islands of northern Canada. Peary caribou 
gain weight during the warmest two to three months of 
the year, foraging on grasses and forbs (broadleaf 
herbs) in relatively productive wet meadows and 
dwarf-shrub tundra. During most of the rest of the 
year, however, these animals must survive on the much 
sparser and less nutritious vegetation of upland, rela- 
tively snow-free ridges. 
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Farther to the south are woodland, or barren- 
ground caribou (these are mostly R. t. caribou in the 
east, and R. t. groenlandicus in the west). These rela- 
tively large, brown-colored caribou tend to undertake 
long-distance, seasonal migrations, which can exceed 
600 mi (1,000 km) in their circuitous passage. The 
caribou often swim across large rivers during those 
journeys. During the growing season, these caribou 
move to open habitats such as tundra and muskeg 
(the latter is mostly peaty wetlands with tussock mead- 
ows and low woody vegetation), where they calve and 
feed on the lush growth of grasses, sedges, forbs, and 
young twigs of shrubs. At the end of the growing 
season, the barren-ground caribou migrate back to 
the boreal forest, where they feed largely on arboreal 
and ground lichens during the winter. More southerly 
caribou living in mountainous terrain undertake ver- 
tical migrations, to alpine tundra and meadows during 
the summer, and montane forest in winter. 


In general, the winter diet of caribou consists of 
foods that are not very nutritious, such as lichens, 
twigs, and dried grasses and forbs. Caribou tend to 
slowly lose weight on this poor-quality diet, during a 
time when there are great energy demands for thermo- 
regulation in cold temperatures and windy conditions. 
During summer, a much wider range of more nutri- 
tious foods is available, and caribou gain weight at 
that time. Summer foods include grasses, sedges, 
forbs, new twigs and foliage of shrubs, mushrooms, 
and berries. Caribou will also opportunistically eat 
lemmings and birds eggs. 


Caribou are rather social animals, tending to 
occur in groups of various size. These assemblies are 
loosely segregated by sex and age-class, and their size 
can vary seasonally. The density of animals in the 
groups also varies, being more compact when caribou 
are harassed by predators such as wolves or humans, 
or sometimes if the animals are being severely both- 
ered by biting flies. During the autumn migrations 
and the rutting period, woodland caribou may occur 
in enormous herds of tens of thousands of animals, 
which disperse into much smaller herds at other 
times. 


Caribou have an excellent sense of smell, but do 
less well visually. Sometimes, these animals can be 
closely approached from downwind. Caribou can be 
quite curious, and humans can occasionally approach 
these animals while walking directly towards them and 
holding their arms straight up, roughly simulating the 
silhouette of an oncoming caribou. When frightened, 
caribou usually run a short distance, circle around 
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KEY TERMS 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Rutting season—A period of sexual excitement in 
an animal, for example, in bull caribou during the 
autumn. 


Velvet—tThe soft, vascular skin that covers deer antlers 
during growth. 


until they catch a confirming scent of the intruder, 
and then move to a safer distance. 


Wolves are the most important natural predators 
of caribou, but grizzly bear, wolverine, and lynx also 
kill some animals. Caribou were also a staple food for 
aboriginal humans in North America, and they con- 
tinue to be an important game species throughout 
their range. In some areas caribou have been over- 
harvested, and they have been widely extirpated from 
most of the southern parts of their original North 
American range, for example in Maine, the Maritime 
Provinces, parts of the southern boreal forest, and 
parts of the Rocky Mountains. In one unusual case, 
about 10,000 caribou drowned in northern Quebec 
when a hydroelectric authority released huge quanti- 
ties of water into a river that the animals had to 
traverse. 


Reindeer (R. ¢t. tarandus) have long been domes- 
ticated by northern peoples of Eurasia, such as the 
Lapps of northern Scandinavia. Reindeer have also 
been introduced to the western Arctic of North 
America, and to subarctic South Georgia Island in 
the Southern Hemisphere, in attempts to develop com- 
mercial enterprises. Domestic reindeer are husbanded 
for their meat, hide, and milk. In recent years, a large 
export market has developed in China and elsewhere 
in eastern Asia for reindeer or caribou horn in velvet, 
which is made into a powder used in traditional med- 
icine. Domestic reindeer have also been used to pull 
small sleighs and wagons. 
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| Carnivore 


A carnivore is an organism that eats animals. Two 
ecological groups of carnivores are predators that 
hunt their prey in order to eat it and scavengers that 
feed on dead animals. 


Carnivores are heterotrophs, which means that 
they obtain energy and nutrients from other organ- 
isms. (In contrast, autotrophs such as green plants can 
fix their own energy and synthesize biochemicals uti- 
lizing inorganic sources such as sunlight and simple 
inorganic molecules.) 


In a simple ecological food chain, animals that 
feed on plants are herbivores or primary consumers. 
Animals that eat herbivores are primary carnivores or 
secondary consumers. Carnivores that feed on other 
carnivores are tertiary consumers. Because energy is 
lost at each level of the food chain, most ecosystems 
have few large carnivores. In addition, some toxins 
found in the environment are not easily metabolized 
and tend to become concentrated in top carnivores as 
they are passed along a food chain. This process, 
called biomagnification is especially significant in 
large residues of fat-soluble, persistent chemicals 
such as the chlorinated hydrocarbons, DDT, PCBs, 
and dioxins. Extremely high concentrations these 
chemicals have been found in peregrine falcons, 
polar bears, and seals. 


Almost all carnivores are animals. However, a 
few carnivores are specialized species of plants that 
trap, kill, and ingest small animals, and then absorb 
some of their nutrients. Examples of carnivorous 
plants include Venus flytrap, sundews, and pitcher 
plants. 


See also Food chain/web; Herbivore; Heterotroph; 
Omnivore; Predator; Scavenger; Trophic levels. 
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The endangered cougar (Felis concolor) is a carnivore. (JLM 
Visuals.) 


tl Carnivorous plants 


Carnivorous plants are botanical oddities that sup- 
plement their requirement for nutrients by trapping, kill- 
ing, and digesting small animals, mostly insects. 
Carnivorous plants are photosynthetic, and are therefore 
fundamentally autotrophic. Still, their feeding relation- 
ship with animals represents a reversal of the normal 
trophic connections between autotrophs and consumers. 


Carnivorous plants have long been fascinating to 
humans. They have the subject of some captivating 
tales of science fiction, involving fantastic trees that 
consume large, unwary creatures in tropical forests. 
Tales have even been told about ritual sacrifices of 
humans to these awesome carnivores, presumably to 
appease evil, botanical spirits. Fortunately, fact 
involves much smaller predators than those of science 
fiction. Still, the few species of carnivorous plants that 
really exist are very curious variants on the usual form 
and function of plants. Scaled up, these carnivores 
would indeed be formidable predators. 


All species of carnivorous plants are small, herba- 
ceous plants, generally growing in nutrient poor hab- 
itats, such as acidic bogs and oligotrophic lakes. The 
usual prey of these green predators is not unwary deer, 
cattle, or humans, but insects and other small inverte- 
brates, although a few of the larger species are capable 
of capturing tadpoles and small fish. 


Ecology of carnivorous plants 


Carnivorous plants are mostly herbaceous peren- 
nials with poorly developed root systems, and often 
propagate by vegetative means, such as stolons and 
rhizomes. Carnivorous plants are typically intolerant 
of competition, occurring in open, wet habitats subject 
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Carnivorous plants 


A pitcher plant in Isle Royale National Park, Michigan. (Robert 
J. Huffman. Field Mark Publications.) 


to full sunlight. Carnivorous plants are often tolerant 
of a limited amount of disturbance, and in fact may 
benefit from a low intensity of trampling, which pre- 
pares a substrate suitable for the germination of their 
seeds and the establishment of new individuals. Some 
species are also tolerant of light fires, which also favor 
their reproduction. 


Most carnivorous plants grow in acidic bogs, 
unproductive lakes, or sandy soils. These are all hab- 
itats that are poor in the nutrients that plants require 
for growth, particularly inorganic nitrogen, phospho- 
rus, and calcium. The nutrients obtained through car- 
nivory are important to these plants. In the absence of 
animal foods these plants grow less well, and they 
flower sparsely or not at all. 


The types of traps 
Contrary to some portrayals in science fiction, 


the flowers of carnivorous plants are not the organs that 
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ensnare their prey. Rather, in all cases the deadly traps are 
modified leaves and stems. There are three basic types of 
trapping organs: active, adhesive, and passive. 


Active traps of carnivorous plants attract their 
mostly arthropod prey using various machinations, 
including color, scent, and nectar. Once a victim is 
suitably within, the trap rapidly closes, preventing 
the escape of the prey. The active trap of the Venus 
fly-trap (Dionaea muscipula) is modeled on a basic 
clamshell design. This species utilizes a fast-acting 
response to a mechanical stimulus caused when an 
insect triggers sensitive hairs in the trap, causing its 
clam-shell leaves to close. The fringing outer projec- 
tiles of the leaves rapidly enclose to form a barrier that 
prevents the trapped arthropod from escaping. At the 
same time, mechanical stimuli from the struggling 
victim trigger the synthesis and excretion of digestive 
enzymes onto the inner surface of the trap, which 
facilitate digestion of the prey. 


Another design of active trap is based on a small, 
hollow chamber with a trap door. This design is uti- 
lized by the bladderworts (various species of 
Utricularia), small aquatic plants that form little blad- 
ders with diameters of several millimeters, that trap 
tiny aquatic invertebrates behind a rapidly closing 
trap door. The door of the bladderwort trap initially 
swings quickly into the bladder, triggered to respond 
in this way by motion sensed by fine, fringing bristles. 
The inward motion of the door develops a suction that 
can sweep invertebrates into the trap, where they are 
trapped by the re-closing door, and are digested for the 
nutrients they contain. 


Adhesive, semi-active traps primarily rely on 
sticky, surface exudates to ensnare their prey. Once a 
victim is firmly entangled, the leaf slowly enfolds to 
seal the fate of the unlucky arthropod, and to facilitate 
the process of digestion. This manner of trap is typi- 
fied by the most species-rich of the carnivorous plants, 
the genus of plants known as sundews (Drosera spp.). 
These plants develop relatively wide, modified leaves, 
that are densely covered with stalked glands that 
resemble tentacles several millimeters long. Each ten- 
tacle is tipped with a droplet of sticky mucilage. 
Unwary arthropods, lured by scent, color, and nectar, 
are caught by this gluey material and are then firmly 
entangled during their struggles. The leaf then slowly, 
almost imperceptibly, enfolds the prey, which is then 
digested by proteolytic enzymes secreted by special 
glands on the leaf surface. 


Passive traps lie in deadly wait for their small 
victims, which are attracted by enticing scents, colors, 
and nectar. However, these seeming treats are located 
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A Venus fly trap with its red jaws open waiting for prey. 
(© Peter J. Aitken/The National Audubon Society Collection/Photo 
Researchers, Inc.) 


at the end of a fatal, usually one-way passage, from 
which the prey cannot easily exit. The passage termi- 
nates in a pit filled with water and digestive enzymes, 
where the victim drowns, or is attacked by predacious 
insects that live symbiotically with the carnivorous 
plant. 


The ingenious design of the pitcher plant 
(Sarracenia purpurea) is a revealing example of passive 
traps. The pitcher plant has foliage modified into 
upright vessels, as much as 4-6 in (10-15 cm) tall. 
When mature, these are reddish-green in color, with 
ultraviolet nectar guides pointing into their interior, 
which also emits alluring scents. The fringing lip and 
upper part of the inside of the pitcher are rich in insect 
attracting nectaries (organs that secrete nectar), and 
are covered with stiff, downward pointing bristles. 
These bristles can be easily traversed by an insect 
walking into the trap, but they passively resist move- 
ment upwards and out of the trap. Beneath the zone of 
bristles is a very waxy, slippery zone, the surface of 
which is almost impossible for even the tiny feet of 
insects to grasp, so they fall to the bottom of the trap. 
There the victim encounters a pool of collected rain- 
water, replete with digestive enzymes and the floating 
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A slender-leaved sundew (Drosera linearis) in Bruce 
National Park, Ontario. (Robert J. Huffman. Field Mark 
Publications.) 


corpses of drowned insects, in various stages of decay 
and digestion. The newest victim struggles for a while, 
then drowns, and is digested. 


Interestingly, a few species of insects are capable 
of living happily in the water-filled vessels of the 
pitcher plant and related species, such as the cobra 
plant (Darlingtonia californica). These insects are 
resistant to the digestive enzymes of the carnivorous 
plants, and they utilize the pitchers as a micro-aquatic 
habitat. Some species of midges and flies that live in 
pitcher plants actually attack recently trapped insects, 
killing and feeding on them. Eventually, the carnivo- 
rous plant benefits from nutrients excreted by the sym- 
biotic insects. These pitchers also support a rich 
microbial community, which are useful in the decay 
of trapped arthropods, helping to make nutrients 
available for uptake by the carnivorous plant. 


Conservation and protection of carnivorous 
plants 


Most species of carnivorous plants are rare, and 
many are endangered. The principle threats to these 
species are habitat destruction caused by the drainage 
and infilling of wetlands and bogs to develop housing, 
and ecological conversions associated with agriculture 
and forestry. The mining of bog peat for horticultural 
materials or as a source of energy is another threat to 
some species of carnivorous plants. In addition, some 
species of carnivorous plants are actively collected in 
the wild to supply the horticultural trade, and this can 
seriously threaten the populations of those species. 


Venus flytrap is a famous North American exam- 
ple of a carnivorous plant that is endangered in the 
wild. The natural distribution of this species is 
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Carp 


KEY TERMS 


Carnivorous plant—A plant that supplements its 
nutrient requirements by trapping, killing, and 
digesting small animals, most commonly insects. 


Oligotrophic—Refers to a waterbody or wetland 
with a restricted supply of nutrients and a small 
rate of productivity. 


restricted to a small area of the coastal plain of North 
and South Carolina, fringing inland as far as 124 mi 
(200 km) along about 186 mi (300 km) of the coast, on 
either side of Cape Fear. However, the Venus flytrap 
only occurs today in a few small, scattered remnants of 
its natural habitat, associated with open spots in acidic 
bogs and pine savannas. To some degree this species 
has been endangered in the wild by excessive collecting 
in the past, but the modern threat is mostly associated 
with habitat losses to urbanization, agriculture, and 
forestry. 


Fortunately, the Venus flytrap and many other 
species of carnivorous plants are fairly easy to prop- 
agate by vegetative means, usually by sowing leaf frag- 
ments onto moist sphagnum peat. For these species, 
there is no need to collect plants from the wild to 
supply the economic demands of horticulture. 


However, some other species of carnivorous 
plants cannot be easily propagated in greenhouses, 
and the demand for these species by aficionados of 
these charismatic carnivores must be satisfied by col- 
lecting wild plants. In some cases, these demands are 
resulting in unsustainable harvests that are endanger- 
ing wild populations, for example, of some of the 
species of the tropical Eurasian pitcher plant, 
Nepenthes. 


However, even species that can be propagated in 
greenhouses may be collected from the wild for sale to 
horticulturalists, because quick and easy profits can be 
made in this way. So, if you decide to try to grow 
carnivorous plants as unusual pets, ensure that you 
are obtaining stock that was cultivated in a green- 
house, and not collected from the wild. 


Resources 
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l Carp 


Carp are fish species in the minnow family 
(Cyprinidae), one of the major groups of freshwater 
fish. The most familiar species are the common carp 
(Cyprinus carpio) and the closely related goldfish 
(Carassius aureus). The minnow family is character- 
ized by having no teeth in the jaws, although well- 
developed teeth occur on the pharyngeal bones 
(located behind the gill chamber) and are used to 
grind food against a hard, rough pad in the roof of 
the pharynx. 


The body of the common carp is covered with 
large scales. A single dorsal fin is present, with 17—22 
branched rays and a strong, toothed spine in front. 
The carp has four barbels, which are fleshy out- 
growths of the mouth that play a sensory role in the 
locating of food. There are two long barbels at the 
corners of the mouth and shorter ones on the upper 
lip. Carp mostly eat vegetable matter, but also feed on 
worms, crustaceans, aquatic insects, and smaller fish. 
Their food is mostly obtained by probing in the bot- 
tom mud of their aquatic habitat. The common carp is 
colored dull green-brown on the flanks, darkening on 
the back, and the underside may be golden-yellow. 
The fins are gray-green or dusky brown, with a reddish 
tinge. 


The common carp is a hardy fish that can live and 
breed under difficult conditions. Its preferred habitat 
is lowland lakes and slow-flowing rivers with abun- 
dant vegetation for food and shelter. During periods 
of exceptionally cold weather, carp move into deep 
water and enter a resting phase in which their metab- 
olism is greatly slowed. Breeding takes place during 
the spring, generally from May to June, when water 
temperature reaches about 68°F (20°C). Spawning 
takes place in shallow water, and the eggs are laid 
directly onto plants. When the eggs hatch the tiny fry 
remain in the shallows for several weeks, concealed 
amongst the vegetation. The growth rate of carp varies 
considerably according to local conditions. They can 
attain a large size: individuals weighing more than 
66 lb (30 kg) have been recorded. In general, however, 
mature carp are about 20-25 in (50-60 cm) in length 
and weigh from 4.4—-10 lb (2-4.5 kg). In their natural 
environment, carp are thought to live for as many as 
15 years; in captivity, however, far greater ages have 
been recorded, with some being credited with a life 
span of more than 200 years. 


Of the fish species that have been reared success- 
fully in captivity from egg to maturity, the carp has 
probably been one of the most successful on a 
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A carp (Cyprinus carpio). (© Y. Lanceau Jacana, National 
Audubon Society Collection/Photo Researchers, Inc.) 


commercial basis. A number of domesticated varieties 
of common carp occur, including one that is scaleless. 
There is a long history of carp aquaculture in the Far 
East, and these fish are also grown in parts of Europe. 
Carp have also been released to freshwater habitats in 
North America, Australia, and New Zealand, both asa 
sport fish and as a commercial venture. Unfortunately, 
the release of carp into foreign aquatic ecosystems often 
causes intense ecological damage. This results from the 
physical disturbance caused by carp as they feed and 
spawn, as well as the intense competition and predation 
they can exert on native species of fish. In the United 
States, four species of Asian carps have been introduced 
into lakes or rivers both illegally and legally and have 
spread to nearly every state. Their most significant 
impact has been in and around the Mississippi River 
where common and grass carps now consume enor- 
mous quantities of vegetation and degrade water qual- 
ity for native fishes. 


See also Minnows; Suckers. 


l Carpal tunnel syndrome 


Carpal tunnel syndrome (sometimes abbreviated 
CTS) is a disorder caused by compression at the wrist 
of the median nerve supplying the hand, which causes 
numbness and tingling. It results from irritation of the 
median nerve where it passes through the wrist. In the 
end, the median nerve is responsible for both sensation 
and movement. When the median nerve is com- 
pressed, an individual’s hand will feel as if it has gone 
to sleep. The individual will experience numbness, 
tingling, and a prickly pin like sensation over the 
palm surface of the hand, and the individual may 
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begin to experience muscle weakness, making it diffi- 
cult to open jars and hold objects with the affected 
hand. Eventually, the muscles of the hand served by 
the median nerve may begin to atrophy, or grow 
noticeably smaller. 


Compression of the median nerve in the wrist can 
occur during a number of different conditions, partic- 
ularly conditions that lead to changes in fluid accumu- 
lation throughout the body. Because the area of the 
wrist through which the median nerve passes is very 
narrow, any swelling in the area will lead to pressure 
on the median nerve, which will interfere with the 
nerve’s ability to function normally. Pregnancy, obe- 
sity, arthritis, certain thyroid conditions, diabetes, and 
certain pituitary abnormalities all predispose to carpal 
tunnel syndrome. Furthermore, overuse syndrome, in 
which an individual’s job requires repeated strong 
wrist motions (in particular, motions that bend the 
wrist inward toward the forearm) can also predispose 
to carpal tunnel syndrome. 


Research conducted by the American Academy of 
Orthopaedic Surgeons has found that advanced carpal 
tunnel syndrome can be prevented in many cases. 
They concluded that by doing an uncomplicated set 
of wrist exercises consistently before work, during 
breaks, and after work, pressure on the median nerves 
that leads to carpal tunnel syndrome can be avoided. 
The exercises are simple, involving mild flexion and 
extension of the wrists. By stretching the associated 
tendons, trauma from repetitive exertion is made less 
likely by significantly lowering pressure within carpal 
tunnels. People most likely to benefit from such exer- 
cise are those who use computers and other electronic 
keyboard devices daily. Women are known to experi- 
ence carpal tunnel syndrome more frequently than 
do men. 


To diagnose carpal tunnel syndrome, a doctor will 
perform a variety of simple tests to measure muscle 
strength and sensation in the affected hand and arm of 
the patient. Wrist x-rays are often taken to rule out the 
possibility of a tumor pressing against the median 
nerve. Further testing may include electromyographic 
or nerve conduction velocity testing. These tests 
involve stimulating the median nerve with electricity 
and measuring the speed and strength of the muscle 
response and how fast the nerve transmission travels 
across the carpal tunnel. 


Carpal tunnel syndrome is initially treated by 
splinting, which prevents the wrist from flexing inward 
into the position that exacerbates median nerve com- 
pression. When carpal tunnel syndrome is more 
advanced, injection of steroids into the wrist to 
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Carrier (genetics) 


decrease inflammation may be necessary. The most 
severe cases of carpal tunnel syndrome may require 
surgery to decrease the compression of the median 
nerve and restore its normal function. 


An often underestimated disorder, carpal tunnel 
syndrome affects significant numbers of workers. In 
some years, according to United States federal labor 
statistics, carpal tunnel syndrome exceeded lower back 
pain in its contribution to the duration of work absences. 
One estimate reports that as many as five to ten workers 
per 10,000 will miss work for some length of time each 
year due to work-related carpal tunnel syndrome. 
Additionally, the affliction is not limited to those 
whose jobs involve long hours of typing. International 
epidemiological data indicate that the highest rates of 
the disorder also include occupations such as meat- 
packers, automobile and other assembly workers, and 
poultry processors. Also from these studies, strong 
evidence is presented which positively correlates car- 
pal tunnel syndrome with multiple risk factors, rather 
than a single factor alone. It is believed that the risk of 
developing carpal tunnel syndrome is far greater when 
continual repetition of action is combined with 
increased force of the action, wrist vibration, and 
overall poor posture. 


| Carrier (genetics) 


In genetics, the term carrier describes an organism 
that carries two different forms (alleles) of a recessive 
gene (alleles of a gene linked to a recessive trait) and is 
thus heterozygous for that the recessive gene. Although 
carriers may act to convey and maintain recessive genes 
within a population by passing them on to offspring, 
the carriers themselves are not affected by the recessive 
trait associated with the recessive gene. 


Although a carrier’s genome contains a particular 
mutant allele, another gene (e.g., a dominant gene), or 
series of genetic mechanisms act to prevent the observ- 
able expression of that mutant allele (phenotypic 
expression). If, for example, at the genetic level an 
organism had a genotype (T, t), with the capital letter 
“T” designating a completely dominant allele and the 
lowercase letter “t” representing the recessive allele, 
that organism would express the observed trait asso- 
ciated with “T” and be a carrier for the recessive gene 
designated by “t.” In contrast, the human blood type 
AB presents an example of allele codominance 
because the allele IA and IA allele are both expressed 
and contribute to the phenotype (blood group AB). 


790 


Because heterozygous organisms carry contain 
different forms (alleles) of a particular gene, diploid 
carriers produce sex cells (gametes) by the process of 
cell meiosis. Accordingly, heterozygous organisms 
produce gametes that contain different copies of the 
genes for which they are heterozygous. With regard to 
a (T, t) genotype, such a diploid organism would 
produce equal numbers of gametes that carried a sin- 
gle “T” allele or a single “t” allele. 


At the observable level, an individual may, for 
example, convey the sickle cell gene but remain unaf- 
fected by sickle cell disease that strikes those who are 
homozygous for the sickle cell gene (i.e., carry two 
copies of the recessive sickle cell allele). 


Under some conditions, a carrier may actually be 
more fit for a particular environment. Carriers who 
benefit from this heterozygote superiority or advant- 
age are able to pass on and maintain a particular 
recessive allele within a population. In the case of 
sickle cell, the heterzygote carrier has a greater resist- 
ance to some forms of malaria. Accordingly, in 
malaria-stricken areas, carriers of sickle cell disease 
avoid (in greater numbers) the selective disadvantages 
of malaria. 


Studies of patients of Ashkenazi Jewish heritage 
(Jewish individuals of Eastern European descent), indi- 
cate that as many as one in seven individuals acts as a 
carrier of at least one of several different genetic dis- 
eases. Although some of these diseases are potentially 
fatal, the carriers of these diseases remain observably 
healthy individuals and show no signs of being affected 
with the disease related to the particular gene they carry. 


Geneticists and physicians have developed a num- 
ber of screening tests (carrier screening) to identify 
individuals who may be carriers for a particular gene. 


See also Chromosomal abnormalities; Chromosome 
mapping; Chromosome; Gene mutation; Germ cells and 
the germ cell line; Pedigree analysis; Sexually transmitted 
diseases. 


[ Carrot family (Apiaceae) 


The carrot family (Apiaceae or Umbelliferae) is a 
diverse group of about 3,000 species of plants, occur- 
ring in all parts of the world. 


Most Umbellifers are herbaceous, perennial plants, 
often with aromatic foliage. Some have poisonous 
foliage or roots. The leaves are typically alternately 
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Cow parsnip growing in a field. (Mary M. Thacker/Photo Researchers, Inc.) 


arranged on the stem, and in many species are com- 
pound and divided into lobes. The flowers are small 
and contain both female (pistillate) and male (stami- 
nate) organs. Individual flowers are aggregated into 
characteristic, flat-topped inflorescences (groups) 
called umbels, from which one of the scientific names 
of the family (Umbelliferae) is derived. The fruits are 
dry, two-seeded structures called schizocarps, which 
split at maturity into two one-seeded, vertically ribbed 
subfruits, known as mericarps. 


Edible species in the carrot family 


Various species of the Apiaceae are grown as food 
or as flavorings. The best known of the food crops is 
the carrot (Daucus carota), a biennial plant native to 
temperate Eurasia. The cultivated carrot develops a 
large, roughly conical, orange-yellow tap root, which 
is harvested at the end of one growing season, just 
before the ground freezes. The color of carrot roots 
is due to the pigment carotene, a metabolic precursor 
for the synthesis of vitamin A. Carotene is sometimes 
extracted from carrots and used to color other foods, 
such as cheddar cheese, and sometimes butter and 


margarine. Carrots can be eaten raw, cooked as a 
vegetable, or added to stews and soups. 


The parsnip (Pastinaca sativa) is another biennial 
species in which the whitish tap root is harvested and 
eaten, usually as a cooked vegetable. Both the carrot 
and parsnip are ancient cultivated plants, being widely 
used as a food and medicine by the early Greeks and 
Romans. 


The celery (Apium graveolens) is native to moist 
habitats in temperate regions of Eurasia. Wild celery 
plants are tough, distasteful, and even poisonous, but 
domesticated varieties are harvested for their crisp, 
edible petioles (stalks). The most commonly grown 
variety of celery has been bred to have long, crunchy, 
juicy petioles. Until this variety was developed, the 
flavor of cultivated celery was commonly improved 
by a technique known as blanching, in which the 
growing plant is partially covered by mulch, paper, 
or boards to reduce the amount of chlorophyll that it 
develops. This practice is still used to grow “celery 
hearts.” The celeriac or celery root is a variety in 
which the upper part of the root and the lower part 
of the stem, a tissue known as a hypocotyl, are swollen, 
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Fennel (Foeniculum vulgare). (© Hans Reinhard/Okapia 1990, 
National Audubon Society Collection/Photo Researchers, Inc.) 


and can be harvested and used in soups or cooked as a 
nutritious vegetable. Celery seeds are sometimes used 
as a savory garnish for cooked foods, and to manu- 
facture celery salt. 


Parsley (Petroselinum crispum) is one of the most 
common of the garden herbs, and is often used as a 
savory, edible foliage, rich in vitamin C and iron. 
Parsley is most commonly used as a pleasing visual 
garnish for well presented, epicurean foods. This 
dark-green plant can be a pleasant food in itself and 
is used to flavor tabouleh, a North African dish made 
with bulgar wheat, tomatoes, and chopped parsley. 


The foliage of dill (Anethum graveolens) is com- 
monly used to flavor pickled cucumbers, gherkins, and 
tomatoes, and sometimes as a garnish for fish or 
chicken. Chervil (Anthriscus cerefolium) leaves are 
also used as a garnish and in salads. 


Other species in the Apiaceae are cultivated largely 
for their tasty aromatic seeds. The most economically 
important of these are those of caraway (Carum carvi), 
which are widely used to flavor bread and cheese. An 
aromatic oil extracted from caraway seeds is used in the 
preparation of medicine and perfume, and to flavor the 
liquors kummel and aqua-vitae. The anise or aniseed 
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(Pimpinella anisum) is one of the oldest of the edible 
aromatic seeds. An oil extracted from anise seeds is 
used to flavor candies, cough medicines, and a liquor 
known as anisette. The seeds of fennel (Foeniculum 
vulgare) also contain anise oil, and are used in the 
preparation of medicines and liquorice, while the foli- 
age is sometimes used as a garnish. The seeds of 
angelica (Angelica archangelica) are also a source of 
an aromatic oil, used to flavor vermouth and other 
liquors. Coriander (Coriander sativum) seeds yield 
another aromatic oil, used to flavor candy, medicine, 
and liquors. The seeds of cumin (Cuminum cyminum) 
are used to flavor breads, cheese, candy, soup, and 
pickles. 


Ornamental species 


A few species in the carrot family are grown as 
ornamentals, usually as foliage plants, rather than for 
their flowers. A variegated variety of goutweed 
(Aegopodium podagraria) is often cultivated for this 
reason, as are some larger species, such as angelica 
(Angelica sylvestris). 


Wild species occurring in North America 


A number of species of wildflowers in the carrot 
family occur naturally in North America, or have been 
introduced from elsewhere and have spread to natural 
habitats. 


Some of the more familiar and widespread native 
species of Apiaceae in North America include black 
snake-root (Sanicula  marylandica), sweet-cicely 
(Osmorrhiza claytoni, O. divaricata), Scotch or sea lov- 
age (Ligusticum scothicum), golden Alexanders (Zizia 
aurea), marsh-pennywort (Hydrocotyle umbellata), and 
water hemlock (Sium suave). 


Some wild species in the Apiaceae are deadly poi- 
sonous. The poison hemlock (Conium maculatum) is a 
native of Eurasia, but has spread in North America as 
an introduced weed. Poison hemlock may be the most 
poisonous of the temperate plants, and it can be a 
deadly forage for cattle. The famous Greek philoso- 
pher, Socrates, is thought to have been executed by 
being condemned by the court to drink a fatal infusion 
prepared from the poison hemlock. Native species are 
similarly poisonous, for example, the water hemlock 
or cowbane (Cicuta maculata), and the bulb-bearing 
water hemlock (Cicuta bulbifera). Most cases of poi- 
soning by these plants involve cattle or people eating 
the roots or the seeds, which, while apparently tasty, 
are deadly toxic. 
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KEY TERMS 


Biennial—A plant that requires at least two growing 
seasons to complete its life cycle. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Umbel—An arrangement of flowers, whereby each 
flower stalk arises from the same level of the stem, 
as in onions. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


Some other wild species, while not deadly, can 
cause a severe dermatitis in exposed people. These 
include wild parsnip (Pastinaca sativa) and cow par- 
snip (Heracleum lanatum). 


The wild carrot, also known as Queen Anne’s lace, 
or bird’s-nest plant (Daucus carota) is a common, 
introduced species in North America. This is a wild 
variety of the cultivated carrot, but it has small, fibrous 
tap roots, and is not edible. Queen Anne’s lace prob- 
ably escaped into wild habitats in North America from 
cultivation. However, other Eurasian species in the 
Apiaceae appear to have been introduced through the 
dumping of ships’ ballast. This happened when ships 
sailing from Europe to America carried incomplete 
loads of cargo, so they had to take on soil to serve as 
a stabilizing ballast at sea. The soil ballast was usually 
dumped at an American port, serving as a means of 
entry for many species of Eurasian weeds, which had 
viable seeds in the material. Apiaceae species that are 
believed to have spread to North America in this way 
include the knotted hedge parsley (Torilis nodosa), 
Venus comb or shepherd’s needle (Scandix pecten- 
veneris), and cow parsnip (Heracleum sphondylium). 


See also Herb. 
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! Carrying capacity 


Carrying capacity refers to the maximum abun- 
dance of a species that can be sustained within a given 
habitat. When an ideal population is in equilibrium 
with the carrying capacity of its environment, the birth 
and death rates are equal, and size of the population 
does not change. Populations larger than the carrying 
capacity are not sustainable, and will degrade their 
habitat. In nature, however, neither carrying capacity 
or populations are ideal; both vary over time for rea- 
sons that may be complex and in ways that may be 
difficult to predict. Nevertheless, the notion of carry- 
ing capacity is very useful because it highlights the 
ecological fact that, for all species, there are environ- 
mental limitations to the sizes of populations that can 
be sustained. 


Carrying capacity is never static. It varies over 
time in response to gradual environmental changes, 
perhaps associated with climatic change or the succes- 
sional development of ecosystems. More rapid 
changes in carrying capacity may be caused by distur- 
bances of the habitat occurring because of a fire or 
windstorm, or because of a human influence such as 
timber harvesting, pollution, or the introduction of a 
non-native competitor, predator, or disease. Carrying 
capacity can also be damaged by overpopulation, 
which leads to excessive exploitation of resources and 
a degradation of the habitat’s ability to support the 
species. Of course, birth and death rates of a species 
must respond to changes in carrying capacity along 
with changes in other factors, such as the intensities of 
disease or predation. 


Carrying capacity for humans 


Humans, like all organisms, can only sustain 
themselves and their populations by having access to 
the products and services of their environment, 
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including those of other species and ecosystems. 
However, humans are clever at developing and using 
technologies; as a result they have an unparalleled 
ability to manipulate the carrying capacity of the envi- 
ronment in support of their own activities. When pre- 
historic humans first discovered that crude tools and 
weapons allowed greater effectiveness in gathering 
wild foods and hunting animals, they effectively 
increased the carrying capacity of the environment 
for their species. The subsequent development and 
improvement of agricultural systems has had a similar 
effect, as have discoveries in medicine and industrial 
technology. 


Clearly, the cultural evolution of human socio- 
technological systems has allowed enormous increases 
to be achieved in carrying capacity for our species. 
This increased effectiveness of environmental exploi- 
tation has allowed a tremendous multiplying of the 
human population to occur. In prehistoric times (that 
is, more than 10,000 years ago) all humans were 
engaged in a primitive hunting and gathering lifestyle, 
and their global population probably amounted to 
several million individuals. In the year 2000, because 
humans have been so adept at increasing the carrying 
capacity of their environment, more than six billion 
individuals were sustained, and the global population 
is still increasing. 


Humans have also increased the carrying capacity 
of the environment for a few other species, including 
those with which we live in a mutually beneficial sym- 
biosis. Those companion species include more than 
about 20 billion domestic animals such as cows, 
horses, pigs, sheep, goats, dogs, cats, and chickens, 
as well as certain plants such as wheat, rice, barley, 
maize, tomato, and cabbage. Clearly, humans and 
their selected companions have benefited greatly 
through active management of Earth’s carrying 
capacity. 


However, an enormously greater number of 
Earth’s species have not fared as well, having been 
displaced or made extinct as a consequence of ecolog- 
ical changes associated with the use and management 
of the environment by humans, especially through loss 
of their habitat and over harvesting. In general, any 
increase in the carrying capacity of the environment 
for one species will negatively affect other species. 


In addition, there are increasingly powerful indi- 
cations that the intensity of environmental exploita- 
tion required to sustain the large populations of 
humans and our symbionts is causing important deg- 
radations of carrying capacity—that the apparent 
technology-based increases in carrying capacity that 
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humans have achieved may be temporary. Symptoms 
of this environmental deterioration include the extinc- 
tion crisis, loss of soil and decreased soil fertility, 
desertification, deforestation, fishery declines, pollu- 
tion, and increased competition among nations for 
scarce resources. Many reputable scientists believe 
that the sustainable limits of Earth’s carrying capacity 
for the human enterprise may already have been 
exceeded. This is a worrisome circumstance, especially 
because it is predicted that there will be additional 
large increases in the global population of humans. 
The degradation of Earth’s carrying capacity for 
humans is associated with two integrated factors: (1) 
overpopulation and (2) the intensity of resource use 
and pollution. In recent decades human populations 
have been growing most quickly in poorer countries, 
but the most intense lifestyles occur in the richest 
countries. 


If it is true that the human enterprise has exceeded 
Earth’s sustainable carrying capacity for our species, 
then compensatory adjustments will either have to be 
made by the human economy or they will occur natu- 
rally, via mass famine and die-off. Those managed or 
catastrophic changes will involve a combination of 
decreased per-capita use of environmental resources, 
decreased birth rates, and possibly, increased death 
rates. However, technological optimists argue that 
the Earth’s human carrying capacity is unlimited, 
based on the notion that technological advances 
always increase effectively available resources faster 
than industrial activity depletes them. 


See also Sustainable development. 
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l Cartesian coordinate plane 


The Cartesian coordinate system is named after 
French mathematician and philosopher René 
Descartes (1596-1650), who was among the first to 
describe its properties. However, historical evidence 
shows that Pierre de Fermat (1601-1665), another 
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French mathematician and scholar, actually did more 
to develop the Cartesian system. 


To best understand the nature of the Cartesian 
plane, we can start with the number line. Begin with 
line L, which stands for a number axis (Figure 1) . On 
L choose a point, O, and let this point designate the 
zero point or origin. Distance to the right of O is 
positive; to the left is negative. Now choose another 
point, A, to the right of O on L. This point corre- 
sponds to the number 1. The distance between O and 
A is the unit with which we can locate B, C, D..., 
corresponding to 2, 3, 4... Repeat this process to the 
left of O on L with points Q, R, S, T... which corre- 
spond to the numbers -1, -2, -3, -4... Thus, the points 
A,B,C,D...Q,R,S,T...correspond to the set of the 
integers (Figure 1). If we further subdivide the segment 
OA into d equal parts, then 1/d represents the length of 
each part. Also, if c is a positive integer, then c/d 
represents the length of c of these parts. In this way 
we can locate points to correspond to rational num- 
bers between 0 and 1. 


By constructing rectangles with their bases on the 
number line we can find points that correspond to 
some irrational numbers as well. For example, in 
Figure 1, rectangle OCPZ has a base of 3 and a seg- 
ment of 2. Using the Pythagorean theory we know that 
the segment OP has a length equal to V/13. Similarly, 
the length of segment OW is \/10. The real numbers 
have the following property: to every real number 
there corresponds one and only one point on the num- 
ber axis; and conversely, to every point on the number 
axis there corresponds one and only one real number. 


What happens when two number lines—one hor- 
izontal and the other vertical—are introduced? In the 
rectangular Cartesian plane, a point’s position is 
determined with reference to two perpendicular lines 
called coordinate axes. The intersection of these axes is 
called the origin, and the four sections into which the 
axis divide a given plane are quadrants. The vertical 
axis is real numbers, usually referred to as the y axis or 
functions axis; the horizontal axis is usually known as 
the x axis or axis of the independent variable (Figure 2). 
Distance along the x axis to the right of the y axis is 
positive; to the left is negative. Distance along the y 
axis above the x axis is positive; below is negative. 
Ordinarily, the unit of measure along the coordinate 
axes is the same for both axes, but sometimes it is 
convenient to use different measures for each axis. 


P; (x1, yi) denotes a fixed point where x, repre- 
sents the x coordinate (abscissa)—the perpendicular 
distance from the y axis to P,; y,; represents the y 
coordinate (ordinate)—the perpendicular distance 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 2. Cartesian plane (illustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


from the axis to P;. For P;, x; and y, are real numbers. 
No other kind of numbers would have meaning here. 
Thus, we observe that by means of a rectangular coor- 
dinate system we can show the correspondence 
between pairs of real numbers and points in a plane. 
For each pair of real numbers (x, y) there corresponds 
one and only one point (P), and conversely, to each 
point (P) there corresponds one and only pair of real 
numbers (x, y). We say there exists a one-to-one cor- 
respondence between the points in a plane and the pair 
of all real numbers. 


The introduction of a rectangular coordinate sys- 
tem had many uses, chief of which was the concept of a 
graph. By the graph of an equation in two variables, 
say x and y, we mean the collection of all points whose 
coordinates satisfy the given equation. By the graph of 
the function f(x) we mean the graph of the equation 
y = f(x). To plot the graph of an equation we sub- 
stitute admissible values for one variable and solve for 
the corresponding values of the other variable. Each 
such pair of values represents a point that we locate in 
the coordinate system. When we have located a suffi- 
cient number of such points, we join them with a 
smooth curve. 


In general, to draw the graph of an equation we do 
not depend merely upon the plotted points we have at 
our disposal. An inspection of the equation itself yields 
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Figure 3. A plot of the points P,(-1, 2); P2(3/2, 3/4); P3(4, 0); Py 
(-2, -1). (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 4. A graph of the triangle whose vertices are the points 
P,(-2,-1), P2(6, 1), and P3(2, 4). (//lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


certain properties which are useful in sketching the 
curve like symmetry, asymptotes, and intercepts. 


Cartilage see Connective tissue 


l Cartilaginous fish 


Cartilaginous fish such as sharks, skates, and rays 
are vertebrates whose internal skeleton is made 
entirely of cartilage and contains no ossified bone. 
Cartilaginous fish are also known as Chondrichthyes 
and have one or two dorsal fins, a caudal fin, an anal 
fin, and ventral fins which are supported by girdles of 
the internal skeleton. 
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Placoid scales, or dermal teeth, are characteristic 
of the skin of both sharks and rays. The touch of 
shark’s skin is similar to the feel of sandpaper and 
was used as such for many years. The tiny teeth that 
protrude from the skin vary in each species of shark. 
The tooth tip is dentine with an overlay of dental 
enamel, while the lower part of the tooth is made of 
bone, which anchors the tooth to the skin. The skin of 
rays is naked in places, that is, without dermal teeth, 
but on the back or upper tail surface, the dermal teeth 
have developed large, strong spines. 


The jaw teeth of both sharks and rays are, in fact, 
modified dermal teeth, which are lost when they 
become worn, and are replaced by rows of new teeth 
from the space behind. In some species of sharks, the 
jaw looks like an assembly line, with new teeth filling 
spaces immediately. 


Both sharks and rays breathe through gills and 
have an opening called a spiracle on both sides of the 
head behind the eye. The spiracle enables the rays, 
which often bury in the sand, and seabed-resting 
sharks to take in water, pump it through the gill 
chamber, and release it through the gill slits without 
taking in large amounts of mud and sand. These fish 
usually take respiratory water in through the mouth, 
extract the oxygen from the water in the gills, and pass 
it out through the gill slits. 


Cartilaginous fish are divided into two subclasses 
on the basis of gill slits and other characteristics. The 
first is the Elasmobranchs, which have at least five gill 
slits and gills on each side, one spiracle behind each 
eye, dermal teeth on the upper body surface, a tooth 
jaw, and an upper jaw not firmly attached to the skull. 
Sharks (Selachii), rays, and skates (Rajiformes) belong 
to this group. The chimeras (Holocephali) have one 
gill opening on each side, tooth plates, and a skull with 
a firmly attached upper jaw. 


Cartilaginous fish do not have swim bladders, so a 
swimming motion must be maintained continuously, 
even when sleeping, or they will sink to the bottom. The 
caudal fin of the shark provides the propellant force in 
swimming, the dorsal fin provides balance, and the pec- 
toral fins are used for upward force and depth rudders. 


The flattened body and the rear spine of the rays 
makes their swimming motion unique and completely 
different than that of sharks. The large flattened body 
of the rays has become fused with the pectoral fins, 
which produces vertical waves from front to rear, 
similar to that of a bird in flight. 


The chimeras utilize their pectoral fins when 
swimming, beating these fins simultaneously for pro- 
pulsion, or alternately, to change direction. This 
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method is highly effective for this group of cartilagi- 
nous fish, but is seen most often in bony fish. 


The pectoral fins in the male cartilaginous fish are 
also used for mating. The rear part of the pectoral fin is 
modified as a copulatory organ. All cartilaginous fish 
have internal fertilization. Some species are oviparous, 
or egg-layers, and some are ovoviviparous, hatching the 
eggs within the female and giving birth to live young. Still 
others may be viviparous, with the young developing in 
utero, similar to mammals, with the yolk sac developing 
into a yolk placenta providing nutrients to the embryo. 


Only true rays, species of sharks which live near 
the sea bed, and the chimeras lay eggs. The eggs are 
often encased in a leathery shell with twisted tendrils 
which anchor the egg case to rocks or weeds. These 
leathery shells are known as the “mermaid’s purse.” 


Cartilaginous fish are predatory, meaning that 
they feed on other animals, from zooplankton to shell- 
fish to whales. Humans fish for cartilaginous fish as a 
food source. Shark meat, once marketed under the 
pseudonyms of “flake” and “steakfish” is now popular 
worldwide. Shark fins have long been popular in the 
Asia. Rays are considered delicacies in Great Britain 
and France, and thornback rays and flapper skates are 
often sold as sea trout. 


F. C. Nicholson 


I Cartography 


Cartography involves the creation, production, and 
study of maps. Many cartographers are geographers 
who specialize in the combination of art, science, and 
technology to make and study maps. Some cartogra- 
phers teach map-making skills and techniques, some 
design and produce maps, and some are curators of 
map libraries. All cartographers, however, focus on 
maps as the object of their study or livelihood. In other 
cases, biologists, economists, geologists, hydrologists, 
planners, and others can engage in cartography to sum- 
marize or analyze spatial data. Geologists, for example, 
produce highly specialized geologic maps to show the 
three-dimensional arrangement of rock types in an area. 


A major change in cartography during the late 
twentieth and early twenty-first centuries has been 
the use of geographic information system (GIS) soft- 
ware to produce, store, and use maps. GIS software 
can be used to create custom maps that cover an area 
or portray features of specific interest to a user. For 
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example, a map showing vegetation types can be 
placed over a shaded relief map of Earth’s surface to 
illustrate the relationship between biology and topog- 
raphy. GIS software can also be linked to computer 
simulations of processes such as flooding or earth- 
quake damage to help communities develop emer- 
gency response plans. Digital maps can also be 
widely distributed using internet map servers that 
allow users to interactively explore a large map by 
scrolling and zooming. 


What is a map? 


A map is a two-dimensional representation of the 
spatial distribution of phenomena or objects. For exam- 
ple, a map may show the location of cities, mountain 
ranges, rivers, or types of rock in a given region. Most 
maps are flat, making their production, storage, and 
handling relatively easy. Maps present their information 
to the viewer at a reduced scale. They are smaller than 
the area they represent and use mathematical relation- 
ships to maintain proportionally accurate geographic 
relationships between points. Maps portray information 
by using symbols that are identified in a legend. 


The history of cartography 


References to surveying and mapping are found in 
ancient Egyptian and Mesopotamian writings. The old- 
est known map is of an area in northern Mesopotamia. 
The baked clay tablet, found near Nuzi, Iraq, dates 
from approximately 3800 BC. Fragments of clay 
maps nearly 4,000 years old have been found in other 
parts of Mesopotamia, some showing city plans and 
others showing parcels of land. Over 3,000 years ago, 
the ancient Egyptians were surveying the lands in the 
Nile Valley. They drew detailed maps on papyrus to use 
for tax purposes. 


Chinese cartographers produced maps as early as 
227 BC. Following the invention of paper about AD 
100, cartography flourished throughout the Chinese 
empire. Chinese cartography continued to have its 
own distinctive style until the 1500s, when it began to 
be influenced by European cartography. 


Although Chinese cartography followed certain 
standards, it was not based on the same scientific 
principles as European cartography. The Greeks 
developed many of the basic principles of modern 
cartography, including latitude and longitude, and 
map projections. The maps of Ptolemy, a Greek 
astronomer and mathematician who lived in the first 
century AD, are considered the high point of Greek 
cartography. Although his maps appear crude by 
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current standards, they are amazingly accurate given 
the extent of geographic knowledge at the time. 


Cartography came to a near-halt in Europe dur- 
ing the medieval period, when maps were little more 
than imaginative illustrations for theological texts. In 
Muslim countries, however, the science of cartogra- 
phy continued to grow, and various techniques were 
refined or improved by Arabic cartographers. Their 
knowledge and skills were introduced into Europe 
during the Renaissance. 


The eras of exploration that followed the 
Renaissance supplied cartographers with a wealth of 
new information, which allowed them to produce 
maps and navigation charts of ever-increasing accu- 
racy and detail. Europeans became fascinated with the 
idea of mapping the world. The French initiated the 
first national topographic survey during the 1700s, 
and soon other European countries followed suit. 
Today, most countries have an official organization 
devoted to cartographic research and production. 


Types of maps 


There are many different types of maps. A com- 
mon classification system divides maps into two cate- 
gories: general and thematic. General maps are maps 
that show spatial relationships between a variety of 
geographic features and phenomena, emphasizing 
their location relative to each other. Thematic maps 
illustrate the spatial variation of a single phenomenon 
or variable, or the spatial relationship between two 
particular phenomena or variables, emphasizing the 
pattern of the distribution. 


Maps can be either general or thematic, depend- 
ing on the intent of the cartographer. For example, a 
cartographer may produce a vegetation map showing 
the distribution of various plant communities. If the 
cartographer shows the location of various plant com- 
munities in relation to a number of other geographic 
features, the map is properly considered a general 
map. The map is more likely to be considered thematic 
if the cartographer uses it to focus on something about 
the relationship of the plant communities to each 
other, or to another particular phenomenon or fea- 
ture, such as the differences in plant communities 
associated with changes in elevation or changes in 
soil type. 


Some examples of general maps include topo- 
graphic maps, planimetric maps, and_ charts. 
Topographic maps depict the form of Earth’s surface, 
most commonly expressed as elevation above sea level, 
and are general maps if they also include features such 
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as cities, rivers, and roads. Bathymetric maps depict 
underwater topography. Planimetric maps show fea- 
tures such as cities and roads without depicting eleva- 
tions. Charts are used by the navigators of aircraft and 
seagoing vessels to plot positions and courses. World 
maps on a small or medium scale showing physical 
and cultural features, such as those in atlases, are also 
considered general maps. 


Although the subject matter of thematic maps is 
nearly infinite, cartographers use common techniques 
involving points, lines, and areal units to illustrate the 
structure of spatial distribution. Isarithmic maps use 
lines to connect points of equal value; these lines are 
called isopleths, or isolines. Isopleths are used to show 
how certain quantities change with location and those 
used for a particular purpose may have a particular 
name. For example, isotherms connect points of equal 
temperature, isobars connect points of equal air pres- 
sure, and isohyets connect points of equal precipita- 
tion. Isopleths indicating differences in elevation are 
called topographic contour lines, and a topographic 
map that does not depict general features such as cities 
and roads would be a thematic map. 


A topographic map is a good example of how iso- 
pleths are used to present information. Topographic 
maps use isopleths called elevation contour lines to indi- 
cate the topographic relief. Each contour line connects 
points of the same elevation, and the difference in eleva- 
tion between each contour line is known as the contour 
interval. A contour interval of 20 ft (6.1 m) means that 
there is a 20 ft (6.1 m) difference in elevation between the 
points connected by one contour line and the points 
connected by an adjacent contour line. Closely spaced 
contour lines represent steep slopes and widely spaced 
contour lines represent gentle slopes. Closed contour 
lines, for example in the general shape of a circle or 
ellipse, represent hills. 


Chloropleth maps are another type of thematic 
map. They use areas of graduated gray tones or colors 
to show spatial variations in the magnitude of a 
phenomenon. 


Geographic illustrations 


There are many portrayals of geographic relation- 
ships that do not qualify as maps as previously 
defined. Throughout human history, people have 
been illustrating geographic relationships between 
various elements of the physical and cultural environ- 
ment. These geographic illustrations and representa- 
tions are often beautiful, and can illustrate the 
worldview of the culture that produced them. Some 
are extremely accurate in their representation of 
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geographic relationships. Most geographic illustrations, 
however, are not considered true maps by modern cartog- 
raphers because they do not use a scale based on distance. 
The development of the tools and techniques for accu- 
rately measuring distance requires a particular technical 
and scientific world view not shared by all cultures. 


Many geographic illustrations or representations 
do not have a scale. Those that do, typically have a 
scale based on traveling times. Traveling times for the 
same distance can vary depending on the nature of the 
terrain, weather conditions, or other variables. For 
example, a 4-mi (6.4 km) journey across rugged moun- 
tains in a snow storm and a 12-mi (19.3 km) journey 
across a relatively smooth plain on a spring day may 
both take eight hours. A geographic illustration using 
a time-based scale would show two equal intervals; a 
distance-based scale would show the 12-mi journey as 
three times longer than the rugged 4-mi trek. Clearly, 
for a nomadic or migratory society, a geographic rep- 
resentation with a scale based on traveling times 
would be extremely useful, whereas one with a scale 
based on a distance would be of little or no use. 


Map making 


Cartographers traditionally obtained their infor- 
mation from navigators and surveyors. Explorations 
that expanded the geographical awareness of a map- 
making culture also resulted in increasingly sophisti- 
cated and accurate maps. Today, cartographers incor- 
porate information from aerial photographs and 
satellite images in the maps they create. 


Modern cartographers face three major design 
challenges when creating a map. First, they must fig- 
ure out how to represent three-dimensional objects in 
two dimensions. Second, cartographers must repre- 
sent geographic relationships at a reduced size while 
maintaining their proportional relationships. Third, 
they must select which pieces of information will be 
included in the map and develop a system of general- 
ization that will make the information presented by 
the map useful and accessible to its readers. This 
includes the development of symbols that will effec- 
tively convey the subject of the map. 


Showing three-dimensional relationships 
in two dimensions 


When creating a flat map of a portion of Earth’s 
surface, cartographers first locate their specific area of 
interest using latitude and longitude. They then use 
map projection techniques to represent the three- 
dimensional characteristics of that area in two 
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dimensions. Finally, a grid, called a rectangular coor- 
dinate system, may be superimposed on the map, 
making it easier to use. 


Latitude and longitude 


Distance and direction are used to describe the 
location of an object in space. In conversation, terms 
like right and left, up and down, or here and there are 
used to indicate direction and distance. These terms are 
useful only if one knows the location of the speaker; in 
other words, they are relative. Cartographers, however, 
need objective terms for describing location, because 
maps are intended for use by many individuals in many 
different situations. The system of latitude and longi- 
tude, a geographical coordinate system developed by 
the Greeks, is used by cartographers for describing 
location. 


Earth is a spheriod rotating around an axis tilted 
approximately 23.5 degrees. The two points where the 
axis intersects Earth’s surface are called the poles. The 
equator is an imaginary circle drawn around the center 
of Earth, equidistant from both poles. A plane that 
sliced through Earth at the equator would intersect the 
axis of Earth at a right angle. Lines drawn around 
Earth to the north and south of the equator and at 
right angles to Earth’s axis are called parallels. Any 
point on Earth’s surface is located on a parallel. 


An arc is established when an angle is drawn from 
the equator to the axis and then north or south to a 
parallel. Latitude is the measurement of this arc in 
degrees. There are 90 degrees from the equator to 
each pole, and sixty minutes in each degree. Latitude 
is used to determine distance and direction north and 
south of the equator. 


Meridians are lines running from the north pole to 
the south pole, dividing Earth’s surface into sections, 
like those of an orange. Meridians intersect parallels at 
right angles, creating a grid. Just as the equator acts as 
the line from which to measure north or south, a 
particular meridian, called the prime meridian, acts 
as the line from which to measure east or west. There 
is no meridian that has a natural basis for being con- 
sidered the prime meridian. The prime meridian is 
established by international agreement and currently 
runs through the Royal Observatory in Greenwich, 
England. Longitude is the measurement in degrees of 
the arc created by an angle drawn from the prime 
meridian to Earth’s axis and then east or west to a 
meridian. There are 180 degrees west of the prime 
meridian and 180 degrees east of it. The international 
dateline lies approximately where the 180th meridian 
passes through the Pacific Ocean. 
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Using the geographical coordinate system of lat- 
itude and longitude, any point on Earth’s surface can 
be located with precision. For example, Buenos Aires, 
the capital of Argentina, is located 34 degrees 35 
minutes south of the equator and 58 degrees 22 
minutes west of the prime meridian. Anchorage, the 
capital Alaska, is located 61 degrees 10 minutes north 
of the equator and 149 degrees 45 minutes west of the 
prime meridian. 


Map projections 


After locating their area of interest using latitude 
and longitude, cartographers must determine how best 
to represent that particular portion of Earth’s surface 
in two dimensions. They must do this in such a way 
that minimal amounts of distortion affect the geo- 
graphic information the map is designed to convey. 


In order to understand the difficulty of such a 
task, imagine an orange with lines similar to parallels 
and meridians inked onto its surface. Now imagine 
removing the peel from the orange in one piece. If 
the peel of an orange is laid out flat on a tabletop, 
the peel will crack and break in various places. The 
cracks and breaks will distort the original shape of the 
orange, and the inked lines will no longer bear the 
same spatial relationship to each other as they did 
when the peel was on the orange. If the peel is arranged 
so that there are no cracks, breaks, or distortions in the 
relationships between the lines on its surface, the peel 
will assume the shape of a hollow sphere. There are 
only two choices: a spherical, distortion-free arrange- 
ment or a flat, distorted arrangement. 


Cartographers have developed map projections to 
transform geographic information from a spherical 
surface onto a planar surface. A map projection is a 
method for representing a curved surface, such as the 
surface of Earth, on a flat surface, such as a piece of 
paper, so that each point on the curved surface corre- 
sponds to only one point on the flat surface. 


There are many types of map projections. Some of 
them are based on geometry; others are based on 
mathematical formulae. None of them, however, can 
accurately represent all aspects of Earth’s surface. 
Inevitably there will be some distortion in shape, dis- 
tance, direction or area. Each type of map projection is 
intended to reduce the distortion of a particular spatial 
element. Some projections reduce directional distor- 
tion, while others try to present shapes or areas in as 
distortion-free a manner as possible. The cartographer 
must decide which of the many projections available 
will provide the most distortion-free presentation of 
the information to be mapped. 
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Rectangular coordinates 


Although the geographical coordinate system is use- 
ful for large areas, it can be awkward to use for small 
areas. Many city maps use rectangular coordinate sys- 
tems. After the map is complete, a grid is superimposed 
over it. The horizontal lines of the grid are assigned one 
set of numbers or letters, the vertical lines are assigned 
another set of numbers or letters. An index of place 
names is generated, which lists the horizontal and vertical 
coordinates for each place shown on the map. Used in 
conjunction with an index of place names, the rectangu- 
lar coordinate system makes it simple for map readers to 
locate particular places. The Universal Transverse 
Mercator (UTM) system divides most of Earth’s surface 
into zones, each of which has its own rectangular grid 
system. Most global positioning system (GPS) receivers 
can be set to show locations in UTM coordinates. Within 
the United States, each state has its own rectangular 
coordinate system that is used for surveying and 
construction. 


Reducing size while maintaining accurate 
proportions 


Maps present geographical information at a 
reduced scale. In order for the information to be useful 
to the map user, the relative proportions of geographic 
features and spatial relationships must be kept as 
accurate as possible. Cartographers use various types 
of scales to keep those features and relationships in the 
correct proportion. 


Scale is the mathematical relationship between a 
distance between two points on the map and the dis- 
tance between two corresponding points on the 
ground. The relationship is expressed as a ratio, the 
first number being the distance between two points on 
the map and the second number being the actual dis- 
tance represented. The number indicating map dis- 
tance is always one. Thus, a map with a scale of 
1:125,000 tells the map user that every unit of distance 
on the map equals 125,000 of the same units of dis- 
tance on the ground. The units of distance used are not 
important as long as they are the same on both sides of 
the ratio. One centimeter on the map would equal 
125,000 cm on the ground, | ft on the map would 
equal 125,000 ft on the ground, and 1 m on the map 
would equal 125,000 m on the ground. 


Maps showing a large area are called small-scale 
maps. This is because the ratio between map distance 
and actual distance is a small number. The number is 
small because one distance unit on the map represents 
a large number of distance units on the ground. For 
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example, a map showing North America at a scale of 
1:40,000,000 would use one unit of map distance to 
depict 40,000,000 units of actual distance. One centi- 
meter on these maps equals 40 km of actual distance. 
Such a map fits on a piece of paper only 9 in wide and 
8.25 in high (23 cm by 21 cm). 


Maps showing a small area are called large-scale 
maps. The ratio between map distance and actual 
distance is a large number. It is large because each 
unit of distance on the map represents a relatively 
small number of distance units on the ground. City 
maps are good example of large-scale maps. A city 
map of Portland, Oregon with a scale of 1:38,000 fits 
on a piece of paper 41.75 in by 35.5 in (106.5 cm by 90 
cm). One centimeter on this map equals 0.38 km of 
actual distance and one inch equals six tenths of a mile. 


Every properly prepared map has a statement of 
its scale. This statement can take many forms, and 
many maps express scale in more than one way. The 
scale may be indicated by a ratio, such as 1:100,000 or 
1/100,000 (the latter is less common). This ratio is 
called the representative fraction. Representative frac- 
tions are not particularly easy to use in everyday sit- 
uations, so cartographers have developed other ways 
to communicate the scale of a map to its users. 


Sometimes cartographers use a graphic scale, also 
called a bar scale. A graphic scale is a line or bar 
subdivided to show how many actual miles fit into a 
particular measurement on the map. In most parts of 
the world the graphic scale shows how many actual 
miles or kilometers are represented by a particular 
number of inches or centimeters on the map. 


Two other means for expressing scale are the area 
scale and the verbal statement. Area scales are used for 
maps based on equal-area projections, that is, maps that 
present all areas shown in the same proportion to one 
another as they occur on Earth’s surface. These scales tell 
the reader that one unit of area on the map represents a 
certain area on the ground. The scale can be written 
1:250,0007, although 1:250,000 is more common. The 
latter expression assumes the reader is aware that the 
number represents a ratio of square units. A verbal state- 
ment of scale uses words, rather than numbers or graphic 
symbols. “One inch equals one mile” is a verbal statement 
of scale equivalent to the representative fraction 1:63,360 
(there are 63,360 inches in one mile). 


Presenting geographic information 
effectively 


No single map can accurately show every feature on 
Earth’s surface. There is simply too much spatial 
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information at any particular point on Earth’s surface 
for all of the information to be presented in a compre- 
hensible, usable format. In addition, the process of 
reduction has certain visual effects on geographic fea- 
tures and spatial relationships. Because every feature is 
reduced by the ratio of the reduction, the distance 
between features is reduced, crowding them closer 
together and lessening the clarity of the image. The 
width and length of individual features are also reduced. 


When designing a map, cartographers strive for 
clarity and effective communication. They use the 
technique of selection to determine which pieces of 
information to include and what kinds of symbols 
will most effectively portray that information. 


A wide array of geographical information is available 
to mapmakers. When preparing a map, cartographers 
must choose only those pieces of information that are 
pertinent to the purpose of the map and then display 
those pieces of information in a way that effectively com- 
municates their significance. Only information deemed 
significant or useful is selected for inclusion in the map. 


Once cartographers have selected the information 
that will be portrayed on the map, the information must 
be displayed in an effective manner. Cartographers deal 
with this problem by applying the techniques of carto- 
graphic generalization. Both map geometry and map 
content are generalized. 


Geometric generalization techniques change the 
placement and appearance of various map features in 
order to make the map easier to interpret and more 
pleasing to the eye. For example, not every twist and 
turn of a 15 mi stretch of river can be accurately por- 
trayed at a 1:500,000 scale, where 1 in equals 7.89 mi. 
The path of the river is simplified, reducing excessive 
detail and angularity. A railroad running 50 ft from the 
river would appear to run in the riverbed when shown at 
a 1:500,000 scale. Using cartographic generalization, the 
cartographer displaces the railroad, showing it next to 
the river, avoiding graphic interference and increasing 
the readability of the map. The numerous right-angle 
bends in a highway following rural property boundaries 
along the river would be smoothed by the cartographer, 
reducing their angularity and thereby making the line of 
the highway easier for the eye to follow. 


Linear and areal features can be generalized using 
the techniques of simplification, displacement, smooth- 
ing, and enhancement. Additionally, the techniques of 
dissolution, segmentation, and aggregation are applied 
to areal features. Point features are generalized by dis- 
placement, graphic association, and abbreviation. 


Map content is generalized using the technique of 
classification, in which similar features to be grouped 
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together are represented by a single symbol. 
Campgrounds, for example, are often represented by 
a tent-shaped symbol, even when the facilities can 
accommodate trailers or large recreational vehicles. 
Categorization is another form of classification. 
Many maps, for example, use one point symbol for 
population centers of 1,000—10,000. Another point 
symbol for population centers of more than 10,000 
but less than 100,000, and a third point symbol for 
population centers of more than 100,000 but less than 
500,000. Cartographers must carefully consider the 
implications of such classification schemes. The sys- 
tem described above implies that towns of 1,000 and 
towns of 9,000 have more in common than towns of 
9,500 and towns of 10,500. 


Cartographic production 


For many centuries maps were produced entirely by 
hand. They were drawn or painted on paper, hide, parch- 
ment, clay tablets, and slabs of wood, among other things. 
Each map was an original work; the content may have 
been copied, but each map was executed by hand. 


Once printing techniques were developed, many 
reproductions could be made from one original map. 
Chinese printmakers were producing maps on hand- 
made paper using wood block printing techniques over 
1,800 years ago. The Europeans developed the printing 
press and movable type in the 1400s, and maps became 
more common and more accessible. The paper they 
were printed on was still handmade, however, and any 
colored areas on the map had to be painted by hand. 


The introduction of the lithographic printing 
method in the late 1800s allowed multi-colored maps to 
be produced by machine. Various photographic techni- 
ques were integrated into the printing process during the 
last 200 years, increasing the variety of scales at which 
maps were produced. Despite these production advan- 
ces, each original map was still drawn by cartographers, 
using technical pens, various lettering devices, straight 
edges and razor knives, the traditional tools of the trade. 


During the last few decades, cartographers have 
acquired another production tool, the computer. They 
use the computer to conjure and produce map images, 
but computer programs cannot replace cartographers. 
The various techniques for cartographic expression 
involve a sense of craft and artistry that has not yet 
been duplicated by electronic means. 


See also Archaeological mapping; Cartesian coor- 
dinate plane; Celestial coordinates; Earth science; 
Geographic and magnetic poles; Geologic map; Global 
Positioning System; Isobars; Latitude and longitude; 
Surveying instruments. 
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KEY TERMS 


Isopleth—A line connecting points of equal value. 


Latitude—The measurement in degrees of the arc 
created by an angle drawn from the equator to 
Earth’s axis and then north or south to a parallel. 


Longitude—The measurement in degrees of the arc 
created by an angle drawn from the prime meridian 
to Earth’s axis and then east or west to a meridian. 


Map—A generalized two-dimensional representa- 
tion of the spatial distribution of one or more phe- 
nomenon or objects presented at a reduced scale. 


Map projection—The geometric or mathematical 
methods for representing portions of the curved 
surface of a sphere as a flat surface so that any 
one point on the sphere corresponds to only one 
point on the flat surface. 

Relief—the difference in elevation of various parts 
of Earth’s surface. 

Representative fraction—A numerical expression 
of map scale that gives the ratio between any dis- 
tance on the map and the corresponding distance 
on the ground. 

Scale—The mathematical relationship between a 
distance on a map and the corresponding distance 
on the ground. 
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[ Cashew family 


(Anacardiaceae) 


The cashew family (Anacardiaceae) is a group of 
about 600 species of plants, most of which are tropical 
in distribution, although some occur in the temperate 
zone. 
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Maturing pistachio (Pistacia vera) nuts on a tree in California. 
(© Holt Studios International, National Audubon Society 
Collection/Photo Researchers, Inc.) 


Poison ivy growing on a tree trunk. (© Carolina Biological 
Supply/Phototake NYC.) 


Almost all members of the cashew family are trees 
or shrubs, though some are vines. Many species have 
foliage, fruits, or bark on the stems and roots that 
contain an acrid, often milky resin, and saps that are 
irritating or poisonous if touched or eaten. The leaves 
are typically compound, with at least three if not more 
leaflets per leaf. The flowers are small, five-parted, 
insect pollinated, and arranged in compact inflores- 
cences. The fruits are either a one-seeded drupe or a 
many-seeded berry, and are generally eaten and dis- 
persed by birds or small mammals. 


The fruits of some species in the cashew family are 
an important source of food for people, while other 
species are used in horticulture. Many species are con- 
sidered to be important weeds because they are poi- 
sonous, often causing a severe dermatitis (rash) in 
exposed people. 
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Edible species of the cashew family 


Various nuts and other fruits are obtained from 
species in the cashew family. 


The cashew (Anacardium occidentale) is the source 
of kidney-shaped cashew nuts. The cashew was origi- 
nally from northeastern South America, but it is now 
planted widely throughout the humid tropics. The 
seedcoat of the fruit contains a toxic oil, and the raw 
cashew nut is also poisonous if eaten by people. 
However, the toxic chemical can be neutralized by 
roasting, and this richly delicious nut can be eaten 
safely. 


The pistachio or green almond (Pistacia vera) is 
native to Syria, but is now widely cultivated in the 
Mediterranean region, the southern United States, 
and elsewhere. These fruits are prepared for eating 
by roasting and are usually salted by a brief soaking 
in a brine solution. The natural color of the pistachio’s 
shell is white, but they are sometimes dyed red to make 
them more attractive to consumers. 


The mango (Mangifera indica) is an evergreen 
tropical tree that grows up to 98 feet (30 m) and is 
native to southern Asia. Its fruit is known as a mango, 
possessing a yellow-red skin with a large, flat seed 
surrounded by a tasty, juicy pulp, which can be yellow, 
red, or orange in color. However, there are numerous 
cultivated varieties of mangos varying greatly in the 
size, shape, and color of their fruits. The flavor of the 
mango is an exotic blend of sweet and acidic tartness, 
with an aromatic undercurrent. Mangos are an 
ancient, cultivated fruit, having been grown in tropical 
Asia for as many as 6,000 years, and achieving sacred 
status in some Indian cultures. Most mangos are eaten 
as a fresh fruit, but this food is also used to prepare 
sauces, jams, and chutney. 


Other, less-well known tropical fruits in the 
cashew family include the ogplum, Jamaica plum, 
Otaheite apple (obtained from species of Spondias) 
and the kaffir plum (Harpephyllum caffrum) of south- 
ern Africa. 


Other useful species 


The lacquer tree (Rhus verniciflua) occurs in China 
and Japan, where the viscous, milky sap of this plant 
has long been collected and applied as a natural var- 
nish to fine wood carvings and furniture. The sap turns 
dark after oxidation in the atmosphere, providing an 
attractive, glossy coating to oriental lacquerware. A 
lacquer finish is resistant to heat, moisture, acid, 
alkali, and alcohol, and is therefore an excellent pro- 
tection for fine works of art. Lacquering is an old art 
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form, although it reached its greatest expression in 
China during the Ming Dynasty of 1368-1644 and in 
Japan during the seventeenth century. The finest 
pieces of lacquerware received hundreds of individual 
coatings, applied over a period of several years. Other 
minor sources of lacquer are the Burmese lacquer tree 
(Melanorrhoea usitata) and an Indonesian sumac 
(Rhus succedanea). 


The leaves of some species in the cashew family are 
dried and processed as a source of tannins, chemicals that 
are useful for preparing leather. The Sicilian sumac (Rhus 
coriaria) of southern Italy is especially useful, as its leaves 
can have a tannin concentration of 20-35%. This species 
is actually cultivated as a source of tannins, and it produ- 
ces a superior soft leather with a pale color, considered 
especially useful for fine gloves and book covers. The red 
quebracho (Schinopsis lorentzii) of South American tem- 
perate forests is another important source of tannins, 
which are obtained from the wood of this tree. The dried 
leaves of native sumacs (Rhus spp.) of North America 
have also been used as a minor source of tannins. 


Chios mastic is a type of resin derived from the 
dried sap of Pistacia lentiscus of the Mediterranean 
region, while Bombay mastic is obtained from P. 
cabulica of southern Asia. These materials are used 
to manufacture a clear, high-grade varnish, which is 
sometimes used to coat metallic art and pictures, and 
in lithography. 


The terebinth tree (Pistacia terebinthus) was the 
original source of artists’ turpentine, but this solvent is 
now more commonly distilled from other types of 
trees. Another minor product is a yellow dye obtained 
from the twigs of the tropical South American tree 
Cotinus cuggygroa. 


Ornamental species 


Various species of sumac are grown as ornamen- 
tals. The staghorn sumac (Rhus typhina) is cultivated 
for its attractive, purple-red foliage in the autumn and 
the interesting reddish horn-shaped fruiting inflores- 
cences of female plants. This species is dioecious, 
meaning individual plants only bear female flowers 
(pistillate), or male flowers (staminate). The fragrant 
sumac (R. aromatica) is also commonly grown in 
horticulture. 


The South American pepper tree (Schinus molle) is 
also grown as an ornamental shrub. So are the smoke 
trees, Cotinus obovatus of North America, and the 
introduced C. coggygria, with their diffuse and fuzzy 
smoke-like inflorescences, and attractive purplish foli- 
age in autumn. 
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Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Tannin—Chemicals that can be extracted from cer- 
tain plants, and used to prepare leather from raw 
animal skins. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


Wild species occurring in North America 


Various species in the cashew family are native to 
North America. One of the more familiar groups 
includes species of vines and shrubs in the genus 
Toxicodendron, many of which contain a toxic oil 
that causes a contact dermatitis in people exposed to 
crushed foliage, stems, or roots. The most widespread 
species is known as poison ivy (7. radicans, sometimes 
known as Rhus radicans), a plant with distinctive shiny 
compound leaves with three leaflets and shiny white 
berries. Poison ivy can grow as a perennial ground 
cover or as a vine that grows up trees. Other toxic 
species include poison oak (7. toxicodendron) and poi- 
son or swamp sumac (T. vernix), both of which are 
shrubs. The Florida poison tree or poisonwood 
(Metopium toxiferum) grows in southern Florida. 


Some people develop an increased sensitivity to 
this toxic oil with increased exposure; others appear to 
not have been initially affected by contact with poison 
ivy and its relatives, but subsequent exposures then 
elicit sensitive responses. In contrast, others appear to 
obtain a progressive immunity to the toxic oil of these 
plants. Especially severe poisoning can be caused if 
smoke from burning Toxicodendron biomass is inad- 
vertently inhaled. Human deaths have been caused by 
this type of exposure, which can cause severe blistering 
of the pharynx and lungs. 


Various species of sumac (Rhus spp.) occur as 
shrubs in North America. One of the more familiar 
species is the staghorn sumac (Rhus typhina), the fruits 
of which are sometimes collected and used to prepare a 
lemonade-like drink. Other widespread species are the 
shining or mountain sumac (Rhus copallina), smooth or 
scarlet sumac (R. glabra), fragrant sumac (R. aroma- 
tica), and ill-scented sumac or skunkbush (R. trilobata). 


The wild smoke-tree (Cotinus obovatus) occurs in 
the southeastern United States and is sometimes 
grown as an ornamental shrub. 


See also Poisons and toxins. 
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! Cassini spacecraft 


On October 15, 1997, the Cassini spacecraft began 
a seven-year, 2.175 billion mi (3.5 billion km) journey 
to explore from orbit the planet Saturn and its system 
of rings and moons. It left that day from Cape 
Canaveral, Florida, aboard a Titan-IVB/Centaur 
rocket. The robotic spacecraft, constructed by the 
European Space Agency (ESA), is 22.3 ft (6.8 m) 
long and 13.1 ft (4 m) wide. It arrived at Saturn on 
June 30, 2004. Cassini fired its main engine one day 
later in order to become captured by Saturn’s gravity. 
Upon taking its place within the orbit of Saturn, 
Cassini began sending back images and data to 
Earth. It will spend four years probing the Saturnian 
system. Cassini, the first spacecraft to visit Saturn 
since Voyager 2 swung past it in 1980 and the first 
spacecraft ever to take up orbit around Saturn, will 
observe Saturn’s atmosphere, magnetic field, rings, 
and moons. 


Cassini released its Huygens Probe on December 
25, 2004. It coasted for 21 days and, then, descended by 
parachute through the thick atmosphere of Saturn’s 
moon Titan. Huygens carried six science instruments 
onboard in order to study the dynamics of Titan’s 
atmosphere and information on its surface. During its 
descent, its camera took more than 750 images. 
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Huygens’ five other instruments took samples of the 
atmosphere to determine its composition and structure. 
The probe landed on Titan on January 14, 2005. 


Cassini bears a number of specialized cameras and 
other instruments. The magnetosphere imaging instru- 
ment (MIMI), for example, designed by the Applied 
Physics Laboratory at Johns Hopkins University, will 
allow the first-ever imaging of a planet’s magnetic field. 
MIMI will obtain images of the plasma and radiation 
surrounding Saturn and enveloping its moons and will 
observe the glow of Titan’s exosphere (highest layer of 
atmosphere) caused by bombardment of high-speed 
protons trapped in Saturn’s magnetic field. 


Saturn’s sixth moon, Titan—the second-largest 
moon in the solar system (larger than the planet 
Mercury) and one of only two moons in the solar 
system to have an atmosphere (the other is Neptune’s 
moon Triton)—is of particular interest. Titan’s atmos- 
phere is so smoggy that observations of its surface have 
been limited, although images acquired by the Keck 
Observatory in Hawaii in 2001 at infrared wavelengths 
show that Titan has a blotchy surface. The dark parts, 
scientists theorize, may be pitch-black oceans of liquid 
hydrocarbons that are fed by methane rain falling on 
Titan’s surface. Titan’s surface chemistry may resemble 
that of a frigid, primordial Earth; if so, an understand- 
ing of Titan’s atmosphere may help to understand the 
evolutionary origin of life on planet Earth. 


A detailed study of Saturn’s rings is another of the 
Cassini spacecraft’s goals. Researchers hope that long- 
term, close-up observations of the planet’s rings will 
help resolve whether there are material left over from 
Saturn’s original formation or remnants of one or 
more moons shattered by comet or meteor strikes. 
This data should also help prove or disprove theories 
about the origin and evolution of the dust and gas 
from which the planets first formed. Researchers 
timed Cassini’s arrival at Saturn so that the rings will 
be illuminated by sunlight. The tilt of the ring plane 
and resulting illumination angle will offer Cassini ’s 
instruments an excellent view of the ring disk. 


The Cassini-Huygens mission, the result of an 
international collaboration between the USS. 
National Aeronautics and Space Administration 
(NASA), the European Space Agency, the Italian 
Space Agency, and several other European academic 
and industrial partners, was named in honor of 
French-Italian astronomer Jean-Dominique Cassini 
(1625-1712). Cassini discovered the prominent gap in 
Saturn’s main rings (what is called the Cassini 
Division), as well as the icy moons Iapetus, Rhea, 
Dione, and Tethys. Dutch scientist Christiann 
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Huygens (1629-1695) discovered Saturn’s rings and, 
in 1655, its largest moon Titan. 


Cassini’s launch was accompanied by political 
controversy and protest, as the probe carried 72 Ib 
(34 kg) of plutonium with which to generate electric 
power during its seven years in space. All probes to the 
outer solar system have been powered by similar sys- 
tems, as the dimness of the Sun’s light at such distances 
makes the use of solar power difficult. Cassini caused 
unique worry because unlike earlier plutonium-carrying 
spacecraft, it was designed to follow a complex, loop- 
ing path from the Earth to Venus, the Sun, and past 
Earth again on its way to Saturn. There was concern 
that if the Cassini struck Earth by accident (as the 
Mars Climate Orbiter spacecraft struck Mars in 
1999), its plutonium load might be vaporized in the 
atmosphere and constitute a global health hazard. 
(Plutonium has a half-life of 24,000 years and is highly 
carcinogenic; 72 Ib (32.7 kg), if divided into small 
particles and inhaled, would be sufficient to cause 
cancer in billions of people.) NASA disputed the pro- 
testors’ claims. Whatever the merits of this contro- 
versy, Cassini did not crash into Earth during its flyby. 


Cassini acquired valuable science data during its 
flyby of Jupiter on December 30, 2000. It took many 
photographs, measured magnetic fields in collabora- 
tion with the Galileo spacecraft orbiting Jupiter, and 
took advantage of Jupiter’s gravity to boost itself 
toward Saturn at increased speed. 


During its tour of Saturn, Cassini will fly 74 orbits 
about the planet, 44 flybys of its moon Titan, and many 
flybys of the other icy moons of Saturn. The year 2006 
has been a busy year for Cassini. As of October 2006, 
Cassini did a flyby of Titan on January 15, allowing 
scientists to see the Sun shining through the atmosphere 
of Titan. Two days later, it did a flyby of Rhea, which 
was followed up with another flyby on March 21 to 
observe its craters and topography. On February 27, 
the craft performed another Titan flyby, this time when 
Titan was near apoapsis (its farthest point from 
Saturn). On March 19, Cassini did another Titan 
flyby in which it bounced a signal off the surface and 
returned it to Earth and, then, sent a radio signal 
through the atmosphere of Titan to the Earth. In all, 
Cassini has performed numerous flybys of Titan and 
Rhea. It also performed flybys of Enceladus (one of the 
innermost moons of Saturn) and Methone (a tiny moon 
between Mimas and Enceladus). 


The sophisticated instruments onboard Cassini 
and Huygens are continuing to provide important 
data and images of the Saturnian system. After the 
primary mission to study Saturn and its moons is 
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finished in 2008, Cassini may fly closer to Saturn and 
pass inside the G ring while evading the regions known 
to contain a high density of potentially damaging ring 
particles. The spacecraft may also be sent into orbit 
around Titan to make a closer study. 
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Cassowaries see Flightless birds 


Castor bean see Spurge family 


| Catabolism 


Catabolism is the breakdown of large molecules 
into small molecules. Its opposite process is anabolism, 
the combination of small molecules into large mole- 
cules. These two cellular chemical reactions are 
together called metabolism. Cells use the energy derived 
from catabolism to fuel anabolic reactions that synthe- 
size enzymes, hormones, sugars, and other molecules 
needed to sustain themselves, grow, and reproduce. 


Energy released from organic nutrients during 
catabolism is stored within the moleculeadenosine tri- 
phosphate (ATP), in the form of the high-energy 
chemical bonds between the second and third mole- 
cules of phosphate. The cell uses ATP to synthesize cell 
components from simple precursors, for the mechan- 
ical work of contraction and motion, and for transport 
of substances across its membrane. ATP’s energy is 
released when this bond is broken, turning ATP into 
adenosine diphosphate (ADP). 


Although anabolism and catabolism occur simulta- 
neously in the cell, their rates are controlled independently 
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of each other. Cells separate these pathways because 
catabolism is a so-called “downhill” process during 
which energy is released, while anabolism is an energeti- 
cally “uphill” process which requires the input of energy. 


The different pathways also permit the cell to 
control the anabolic and catabolic pathways of spe- 
cific molecules independently of each _ other. 
Moreover, some opposing anabolic and catabolic 
pathways occur in different parts of the same cell. 
For example, in the liver, the fatty acids are broken 
down to acetyl CoA inside mitochondria, while fatty 
acids are synthesized from acetyl CoA in the cyto- 
plasm of the cell. 


Both catabolism and anabolism share an important 
common sequence of reactions known collectively as the 
citric acid cycle, or Krebs cycle, which is part of a larger 
series of enzymatic reactions known as oxidative phos- 
phorylation. Here, glucose is broken down to release 
energy, which is stored in the form of ATP (catabolism), 
while other molecules produced by the Krebs cycle are 
used as precursor molecules for anabolic reactions that 
build proteins, fats, and carbohydrates (anabolism). 


Cells regulate the rate of catabolic pathways by 
means of allosteric enzymes, whose activity increases 
or decreases in response to the presence or absence of 
the end product of the series of reactions. For exam- 
ple, during the Krebs cycle, the activity of the enzyme 
citrate synthase is slowed by the buildup of succinyl 
CoA, a product formed later in the cycle. 
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l Catalyst and catalysis 


A catalyst is a substance that initiates or acceler- 
ates the rate of a particular chemical reaction without 
itself being chemically affected. A catalyst can be 
added to a reaction and then be recovered and reused 
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after the reaction occurs. The process or action by 
which a catalyst increases the reaction rate is called 
catalysis. Kinetics is the study of reaction rates and 
how they change when manipulated experimentally. 


Humans used the process known as catalysis long 
before they understood what took place in that proc- 
ess. For example, soap-making, the fermentation of 
wine to vinegar, and the leavening of bread are all 
processes that involve catalysis. Ordinary people 
were using these procedures in their everyday lives 
without knowing that catalysis was involved. 


The term catalysis was proposed in 1835 by the 
Swedish chemist J6ns Berzelius (1779-1848). The term 
comes from the Greek words for down, kata, and 
loosen, /yein. Berzelius explained that he meant by 
the term catalysis the property of exerting on other 
bodies an action that is very different from chemical 
affinity. By means of this action, they produce decom- 
position in bodies, and form new compounds into the 
composition of which they do not enter. 


One of the examples of catalysis familiar to Berzelius 
was the conversion of starch to sugar in the presence of 
strong acids. In 1812, Russian chemist Gottlieb 
Sigismund Constantin Kirchhof (1764-1833) had studied 
this reaction. He found that when a water suspension of 
starch is boiled, no change occurs in the starch. 


However, when a few drops of concentrated sul- 
furic acid are added to the same suspension before 
boiling, the starch breaks down into a simple sugar 
called glucose. The acid can be recovered unchanged 
from the reaction. Kirchhof concluded that it had 
played a helping role in the breakdown of the starch, 
without itself having undergone any change. 


Berzelius had been able to draw on many other 
examples of catalysis. For example, both English 
chemist Sir Humphry Davy (1778-1829) and 
German chemist Johann Wolfgang Dobereiner 
(1780-1849) had studied the effect of platinum metal 
on certain organic reactions. They had concluded that 
the metal increased the rate at which these reactions 
occurred without undergoing any change itself. 
Davy’s most famous protégé, English physicist and 
chemist Michael Faraday (1791-1867), also demon- 
strated the ability of platinum to bring about the 
recombination of hydrogen and oxygen that had 
been obtained by the electrolysis of water. 


When Berzelius first defined catalysis, he had in 
mind some kind of power or force by which an agent 
(the catalyst) acted on a reaction. He imagined, for 
example, that platinum might exert an electrical force 
on gases with which it came into contact in order to 
bring about a change in reaction rates. 
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Catalyst and catalysis 


This kind of explanation works well for heteroge- 
neous catalysis, in which the catalyst and the reaction 
are in different phases. In a platinum-catalyzed reac- 
tion, for example, the platinum is in a solid state and 
the reaction in a gaseous or liquid state. 


Homogeneous catalysis, in which catalyst and 
reaction are in the same state, requires a different 
explanation. How does sulfuric acid in the liquid 
state, for example, bring about the conversion of a 
starch suspension with which it is intermixed? 


The solution to this problem came in the early 
1850s. British organic chemist Alexander William 
Williamson (1824-1904) was carrying out research 
on the preparation of ethers from alcohol. Chemists 
knew that concentrated sulfuric acid was an effective 
catalyst for this reaction, but they did not know why. 
Williamson was able to demonstrate that the catalyst 
does break down in the first stage of this reaction, but 
is regenerated in its original form at the conclusion of 
the reaction. 


The role of catalysts in living systems was first 
recognized in 1833. French chemists Anselme Payen 
(1795-1871) and Jean Francois Persoz (1805-1869) 
isolated a material from malt that accelerated the 
conversion of starch to sugar. Payen called the sub- 
stance diastase. A half century later, German physiol- 
ogist Willy Ktihne (1837-1900) suggested the name 
enzyme for catalysts that occur in living systems. 


Toward the end of the nineteenth century, cata- 
lysts rapidly became important in a variety of indus- 
trial applications. The synthesis of indigo became a 
commercial possibility in 1897 when mercury was acci- 
dentally found to catalyze the reaction by which 
indigo was produced. Catalysis also made possible 
the commercial production of ammonia from its ele- 
ments (the Haber-Bosch process), of nitric acid from 
ammonia (the Ostwald process) and of sulfuric acid 
from sulfur oxides (the contact process). 


Most chemical reactions occur as a series of steps. 
This series of steps is called a pathway or mechanism. 
Each individual step is called an elementary step, with 
the slowest elementary step in a pathway determining 
the reaction rate. The reaction rate is the rate at which 
reactants (substances that undergo a chemical reac- 
tion) disappear and products appear as the final result 
in a chemical reaction; or, more specifically, the 
change in concentration of reactants and products in 
a certain amount of time. 


While going through a reaction pathway, reac- 
tants enter a transitional state where they are no longer 
reactants, but are not yet products. During this transi- 
tional state they form what is called an activated 
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complex. The activated complex is short-lived and 
has partial bonding characteristics of both reactants 
and products. The energy required to reach this transi- 
tional state and form the activated complex in a reac- 
tion is called the activation energy. In order for a 
reaction to occur, the activation energy must be 
reached. 


A catalyst increases the rate of reaction by low- 
ering the activation energy required for the reaction to 
take place. The catalyst forms an activated complex 
with a lower energy than the complex formed without 
catalysis. This provides the reactants a new pathway 
that requires less energy. Although the catalyst lowers 
the activation energy required, it does not affect reac- 
tion equilibrium or thermodynamics. The catalyst 
does not appear in the overall chemical equation for 
a pathway because the mechanism involves an elemen- 
tary step in which the catalyst is consumed and 
another in which it is regenerated. 


Metals are often used as heterogeneous catalysts 
because many reactants adsorb to the metal surface, 
increasing the concentration of the reactants and therefore 
the rate of the reaction. Ionic interactions between metals 
and other molecules can be used to orient the reactants 
involved so that they react better with each other, or to 
stabilize charged reaction transition states. Metals also 
can increase the rate of oxidation-reduction reactions 
through changes in the metal ion’s oxidation state. 


Another group of catalysts are called enzymes. 
They are strong catalysts that are found in biological 
systems. Enzymes are proteins; therefore, have a highly 
folded three-dimensional configuration. This configu- 
ration makes an enzyme particularly specific for a 
certain reaction or type of reaction. Synthetic catalysts, 
on the other hand, are not nearly as specific. They will 
catalyze similar reactions that involve a wide variety of 
reactants. Enzymes, in general, will lose activity more 
easily than synthetic catalysts. Very slight disturbances 
in the protein structure of enzymes will change the 
three-dimensional configuration of the molecule and, 
as a result, its reactivity. Enzymes tend to be more 
active; i.e., they catalyze reactions faster than synthetic 
catalysts at ambient temperatures. Catalytic activity for 
a reaction is expressed as the turnover number. This is 
simply the number of reactant molecules changed to 
product per catalyst site in a given unit of time. When 
temperature is increased, synthetic catalysts can 
become just as active as enzymes. With an increase in 
temperature, many enzymes will become inactive 
because of changes to the protein structure. 


There are endless reactions that can undergo cat- 
alysis. One example is the decomposition of hydrogen 
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peroxide (H2O2). Without catalysis, hydrogen perox- 
ide decomposes slowly over time to form water and 
oxygen gas. A 30% solution of hydrogen peroxide at 
room temperature will decompose at a rate of 0.5% 
per year. The activation energy for this reaction is 75 
kilojoules per mole (kJ/mol). This activation energy 
can be lowered to 58 kJ/mol with the addition of 
iodide ions (I). These ions form an intermediate, 
HIO’, which reacts with the hydrogen peroxide to 
regenerate the iodide ions. When the enzyme catalase 
(an enzyme found in most plant and animal cells that 
functions as an oxidative catalyst) is added to the 
hydrogen peroxide solution, the activation energy is 
lowered even further to 4 kJ/mol. The catalase is also 
regenerated in the reaction and can be separated from 
the solution for reuse. This example shows how a 
catalyst can lower the activation energy of a reaction 
without itself being used up in the reaction pathway. 


Another example of catalysis is the catalytic con- 
verter of an automobile. Exhaust from the automobile 
can contain carbon monoxide and nitrogen oxides, 
which are poisonous gases. Before the exhaust can 
leave the exhaust system these toxins must be 
removed. The catalytic converter mixes these gases 
with air and then passes them over a catalyst made of 
rhodium and platinum metals. This catalyst acceler- 
ates the reaction of carbon monoxide with oxygen and 
converts it to carbon dioxide, which is not toxic. The 
catalyst also increases the rate of reactions for which 
the nitrogen oxides are broken down into their 
elements. 


A well-known example of catalysis is the natural 
destruction of the ozone layer. Ozone (O3) in the upper 
atmosphere serves as a shield for the harmful ultra- 
violet rays from the Sun. Ozone is formed when an 
oxygen molecule (O3) is split into two oxygen atoms 
(O) by the radiation from the Sun. The free oxygen 
atoms then attach to oxygen molecules to form ozone. 
When another free oxygen atom reacts with the ozone 
molecule, two oxygen molecules are formed. This is 
the natural destruction of ozone. Under normal cir- 
cumstances, the rate of destruction of ozone is the 
same as the rate of ozone formation, so no net ozone 
depletion occurs. 


However, when chlorine (Cl) atoms are present in 
the atmosphere, they act as catalysts for the destruc- 
tion of ozone. Chlorine atoms in the atmosphere come 
from compounds containing chlorofluorocarbons, or 
CFCs. CFCs are compounds containing chlorine, flu- 
orine, and carbon. They are very stable and can drift 
into the upper atmosphere without first being broken 
down. Once in the upper atmosphere, the energy from 
the Sun causes the chlorine to be released. The chlorine 
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atom reacts with ozone to form chlorine monoxide 
(CIO) and an oxygen molecule. The chlorine monox- 
ide then reacts with another oxygen atom to form an 
oxygen molecule and the regenerated chlorine atom. 
With the help of the chlorine catalyst, the degeneration 
of ozone occurs at a faster rate than its formation, 
which has caused a net depletion of ozone in the 
atmosphere. 


The previous examples illustrate some of the 
many practical applications of catalysis. Almost all 
of the chemicals produced by the chemical industry 
are made using catalysis. Catalytic processes used in 
the chemical industry decrease production costs as 
well as create products with higher purity and less 
environmental hazards. Wide varieties of products 
are made using catalytic processes. Catalysis is used 
in industrial chemistry, pharmaceutical chemistry, and 
agricultural chemistry, as well as in the specialty chem- 
ical industry. Useful chemicals such as sulfuric acid, 
penicillin, and fructose are made more efficiently using 
catalytic processes. Research and development efforts 
in the chemical industry are significantly more pro- 
ductive with the use of catalysis in fields such as fuel 
refining, petrochemical manufacturing, and environ- 
mental management. 


The majority of manufacturing processes in use 
today by the chemical industry employ catalytic reac- 
tions. These reactions are highly efficient, but research 
is continuing to increase the efficiency even more. The 
focus of this research is on separation and regenera- 
tion of the catalysts in order to decrease costs of 
production while increasing the purity of the product. 
The field of catalysis research is rapidly growing and 
will continue to do so as new catalysts and catalytic 
processes are discovered. 


l Catastrophism 


Catastrophism is the doctrine that Earth’s history 
has been dominated by cataclysmic events rather than 
gradual processes acting over long periods of time. 
For example, a catastrophist might conclude that the 
Rocky Mountains were created in a single rapid event 
such as a great earthquake rather than by impercept- 
ibly slow uplift and erosion. 


Catastrophism developed in the seventeenth and 
eighteenth centuries. A prominent British theologian, 
Bishop James Ussher (1581-1656) added together the 
ages of people in the Bible and calculated that Earth 
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must have been created in 4004 BC. His calculation 
implied that all of the features of Earth’s surface must 
be less than 6,000 years old and were therefore formed 
as the result of violent upheavals or catastrophes. 
Current research, in contrast, suggests that Earth is 
about 4.5 billion years old. Baron Georges Cuvier 
(1769-1832), a French anatomist, tried to reconcile 
the fossil record with Biblical history. Cuvier stated 
that different groups of fossil organisms were created 
and then became extinct as the result of geologic cata- 
strophes, the last of which was the great flood 
described in the Bible. Each catastrophe, according 
to Cuvier, killed the fossilized organisms and depos- 
ited the sediment that solidified into the rock sur- 
rounding the fossils. 


A new concept, uniformitarianism, grew from the 
work of the Scottish geologist James Hutton (1726— 
1797) and eventually replaced catastrophism. 
Uniformitarianism is the doctrine that geologic proc- 
esses operate at the same rates and with the same 
intensity now as they did in the past. Hutton suggested 
that Earth had a very long history that could be under- 
stood in terms of currently observable processes such 
as the weathering of rocks and erosion of sediment. 
Sandstone, for example, was formed by the same kinds 
of physical processes that form modern sandy beaches 
or deserts. Therefore, catastrophic events were not 
needed to explain Earth’s history. Geologists often 
summarize the idea of uniformitarianism with the 
phrase, “The present is the key to the past.” 


The concept of catastrophism has been revived 
with the discovery of large meteorite impact structures 
and evidence of mass extinctions in the fossil record. 
The most notable of these events was the asteroid 
impact marking the boundary between the 
Cretaceous and Tertiary Periods about 65 million 
years ago, which coincides with the extinction of the 
dinosaurs. The resulting Chicxulub impact structure, 
located in the Gulf of Mexico near the Yucatan 
Peninsula, is approximately 120 mi (180 mi) wide and 
1 mi (1.6 km) deep. It is thought that the crater was 
formed by the catastrophic impact of an asteroid 4-9 
mi (6-15 km) in diameter. The impact produced a thin 
layer of clay that contains elements rare on Earth but 
abundant in meteorites, along with minerals that can 
only be formed under very high pressure. Soot within 
the clay also suggests that the impact triggered exten- 
sive wildfires, which may have acted with sulfate min- 
erals pulverized in the impact, to slow photosynthesis 
and cause global cooling to occur. Clouds of dust may 
have darkened the atmosphere for weeks or months. 
Other large impact structures on Earth include a 100 
mi (120 km) wide structure in Acraman, Australia, a 
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120 mi (200 km) wide structure near Sudbury, 
Ontario, Canada, and an 50 mi (85 km) wide structure 
in Chesapeake Bay, Virginia and Maryland. Meteor 
Crater, Arizona, is an example of a relatively small 
impact structure. 


The recognition that Earth’s history has been 
punctuated by rare but catastrophic events such as 
asteroid impacts has led most geologists to abandon 
strict uniformitarianism in favor of a doctrine known 
as actualism. Actualism states that the laws of nature 
do not change with time and much of Earth’s history 
can be explained in terms of currently observable 
processes. It acknowledges, however, that rates of geo- 
logic change are not constant over long periods of 
time, and that there have been some catastrophic geo- 
logic events that are far beyond the range of human 
experience. 


I Catfish 


Catfish include some 2,500 species of mostly 
freshwaterfish characterized by two to four pairs of 
whiskers or barbels around their mouth. Many species 
have spines on the dorsal fins and near the gills. In 
some species these spines may contain poison. 


Catfish belong to the bony fish order Siluriformes, 
and are mainly freshwater forms with representatives 
throughout the world. Most species of catfish lack 
scales, although some species are covered with heavy 
plates of tough, armored skin. Catfish tend to be hardy 
and a few species can survive for some time out of 
water as long as their skin is kept moist by an external 
layer of mucus. 


A few species of catfish live in the oceans, such as 
the sea catfishes of the family Aridae which are found in 
tropical and subtropical seas, and in temperate waters 
during the summer. Catfish vary in size from the pygmy 
corydoras (Corydoras hastatus), about 0.8 in (2 cm) 
long, to the giant catfish (Pangasianodon giga) of south- 
eastern Asia, which can exceed 7 ft (2.1 m) and weigh 
250 Ib (113 kg). This group also includes the glass cat- 
fish (Physailla pellucida), a popular aquarium fish. 


North American freshwater catfish are found 
from Canada to Guatemala. They are often caught 
by rod and reel, have considerable commercial impor- 
tance, and are also raised on fish farms. Catfish live in 
murky lakes and ponds, feeding on the bottom on 
both live and dead material. Catfish spawn around 
May and June. The parents prepare a nest in the 
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A brown bullhead catfish. (JLM Visuals.) 


mud or sand. After the eggs hatch the parents guard 
the nest and protect the young until they have devel- 
oped enough to become independent. 


The most abundant North American catfish are 
the bullheads, including: the black bullhead Uctalurus 
melas), the brown bullhead (Ul. nebulosus), and the 
yellow bullhead (/. natali). 


Bullheads are plentiful in streams and ponds of 
North America, from the Atlantic to the Pacific 
Oceans. Bullheads are thought to have spread natu- 
rally from western North America to the east. 
Adhesive bullhead eggs may have stuck to the legs 
and feet of aquatic migratory birds, and later washed 
off when the birds traveled to another pond, thus 
establishing new populations of these fish. 


Rivalling the bullheads in commercial importance 
in some areas are the channel catfish (J. punctatus), the 
blue catfish U. furcatus), the white catfish (/. catus), 
and the flathead catfish (Py/odictus olivaris). These 
species may reach 150 lb (68 kg), although they are 
usually smaller. Catfish farming is an increasing enter- 
prise in the southern United States, with more than 
100 million Ib (45.4 million kg) of fish being produced 
annually. 
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The diet of the ictalurids is varied since they eat 
almost anything, dead or alive. People fishing for cat- 
fish often use a use “stink bait.” Such bait can lure 
catfishes over a wide expanse. Catfish can detect the 
bait using the extensive sensory surface of their body 
and their long barbels. 


Also included in the North American catfish fam- 
ily are the madtoms in the genus Noturus. These are 
small fish under 5 in (13 cm) in length. Madtoms have 
glands associated with spines which can_ inflict 
extremely painful stab wounds. 


The Eurasian catfish family Siluridae includes the 
wels (Siluris glanis), which grows over 12 ft (3.7 m) long 
and weighs hundreds of pounds. At the other extreme 
in this family is the glass catfish (Kryptopterus bicirrhus) 
of southeastern Asia, which is only 4 in (10 cm) long. 
The skin and muscles of the glass catfish are transparent 
enough to display its viscera. 


The catfish family Clariidae includes labyrinthic 
fishes which have evolved a special air-breathing 
apparatus, found anterior to the gills and equipped 
with numerous blood vessels. These catfish can stay 
out of water for an extended period of time as long as 
their skin is kept moist with mucus. Air-breathing 
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Catheters 


catfish can live in stagnant, low-oxygen water that 
would be lethal to other species of fish. 


The walking catfish (Clarius batrachus) of south- 
east Asia “walks” on dry land by performing snakelike 
movements, using its pectoral fins as props. In times of 
severe drought these catfish try to move overland to 
ponds containing water, or they may dig into the bot- 
tom of a pool and wait there for the return of the rains. 


The talking catfish (Acanthodoras spinosissimus, 
family Doradidae) makes a croaking sound, especially 
when captured. These sounds result from air forced in 
and out of the swim bladder due to changes in pressure 
when the pectoral fins flap. 


In Africa, electric catfish (Malapterurus electicus, 
family Malapteruridae) range in size from 8 in (20 cm) 
to 4 ft (1.2 m) and reach a weight of 50 lb (23 kg). These 
fish can produce a 100-volt shock followed by lesser 
shocks, which can stun large fish. In addition to pre- 
dation and defense, the electrical impulses are used to 
navigate in turbid water. The electric organs are found 
along the body and tail, and are derived from glandu- 
lar cells in the epidermis, rather than from the muscles 
as occurs in other species of electric fish. 


Nathan Lavenda 


| Catheters 


Catheters are long, flexible tubes that are inserted 
into the body for various purposes, either to remove 
an unwanted substance or to instill nourishment or 
medication. 


A relatively large catheter can be passed through 
the nose, down the throat and into the stomach to 
remove the contents of the stomach; for example, if 
someone has consumed a poisonous substance, a cath- 
eter can be used to remove a small sample of the 
stomach contents for laboratory testing. A catheter 
may also be used to pass liquid nourishment into the 
digestive tract, as in the case of someone unable to 
swallow for some reason. This catheter is called a 
nasogastric tube. 


A smaller tube can be passed through the urethra 
into the bladder to empty its urine. Oftentimes after 
surgery or trauma an individual is unable to void and 
must have the bladder emptied. Sometimes these uri- 
nary catheters must be left in place; a small balloon 
near the end of the catheter is inflated to hold the 
catheter in the bladder. 
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Very long catheters are often passed through an 
incision in the thigh into an artery and into the heart; a 
doctor can then inject contrast agents into the patient 
to outline the coronary arteries. The physician can 
watch as the agent, which is visible on x rays, is 
injected and courses through the heart’s arterial sys- 
tem. In this way a doctor can see a blockage and take 
measures to bypass it or remove it. These catheters 
have now been fitted with devices to open clogged 
arteries. Small balloons mash obstructions out of the 
way, and laser tips or whirring blades cut stubborn 
blockages from the arterial passage. Since there are no 
pain receptors inside blood vessels, passing the cardiac 
catheter is done under local anesthetic with the patient 
fully awake. 


Still other catheters can be inserted through the 
trachea into the lungs to remove fluid or mucus. Some 
two-channeled catheters are used to induce a chemical 
into an organ and remove the organ’s contents at the 
same time. Others can be used for wound drainage or 
for measuring blood pressure in any of the heart’s four 
chambers. Most intravenous devices (IVs) have very 
thin catheters that remain in the blood vessel to deliver 
the intended medication or nutrition. As the body 
temperature warms these catheters, they become very 
soft and flexible for patient comfort. 


Often, sterile catheters are imbedded or treated 
with antibacterial substances to minimize infection 
once they are inserted into the body. 


See also Surgery. 


| Cathode 


The cathode is one of two electrodes that are 
present in any system in which electricity is entering 
and leaving a region; the other electrode is called the 
anode. The electric current enters through one of the 
electrodes and leaves through the other. Both vacuum 
tubes (also called gas discharge tubes) and electro- 
chemical cells use electrodes. 


In a vacuum tube, the cathode is the negative elec- 
trode, which carries a negative potential with respect to 
the other. The cathode is often heated to drive out 
electrons, which then fly through the vacuum toward 
the positive electrode, or anode. These streams of elec- 
trons are referred to as cathode rays. Cathode ray tubes 
are vacuum tubes that are widely used as oscilloscopes, 
television tubes, and computer monitors. 
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There are two types of electrochemical cells: vol- 
taic or galvanic cells, and electrolytic cells. In a gal- 
vanic cell, such as an automobilebattery, an electric 
current is produced by a chemical oxidation-reduction 
reaction. In an electrolytic cell, such as one designed 
for the electrolysis of water, the oxidation-reduction 
reaction is produced by an externally supplied electric 
current. In either case, the cathode is the electrode at 
which chemical reduction is taking place—that is, the 
electrode at which electrons are being taken up by 
atoms, molecules, or ions. The anode, on the other 
hand, is the electrode at which the oxidation process is 
taking place—that is, the electrode at which electrons 
are being given off by atoms, molecules, or ions. 


See also Cathode ray tube. 


l Cathode ray tube 


A cathode ray tube is a device that uses a beam of 
electrons in order to produce an image on a screen. 
Cathode ray tubes are also known commonly as 
CRTs. Cathode ray tubes are still widely used in a 
number of electrical devices, such as computer screens, 
television sets, radar screens, and oscilloscopes (signal- 
vizualization tools used in science and engineering). 


A cathode ray tube consists of five major parts: an 
envelope or container, an electron gun, a focusing 
system, a deflection system, and a display screen. 


Envelope or container 


Most people have seen a cathode ray tube or 
pictures of one. The “picture tube” in a television set 
is perhaps the most familiar form of a cathode ray 
tube. The outer shell that gives a picture tube its char- 
acteristic shape is called the envelope of a cathode ray 
tube. The envelope is most commonly made of glass, 
although tubes of metal and ceramic can also be used 
for special purposes. The glass cathode ray tube con- 
sists of a cylindrical portion that holds the electron 
gun and the focusing and deflection systems. At the 
end of the cylindrical portion farthest from the elec- 
tron gun, the tube widens out to form a conical shape. 
At the flat wide end of the cone is the display screen. 


Air is pumped out of the cathode ray tube to 
produce a vacuum with a pressure in the range of 107 
to 10° pascal, the exact value depending on the use to 
which the tube will be put. A vacuum is necessary to 
prevent electrons produced in the CRT from colliding 
with atoms and molecules within the tube. 
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Electron gun 


An electron gun consists of three major parts. The 
first is the cathode, a piece of metal which, when 
heated, gives off electrons. One of the most common 
cathodes in use is made of cesium metal, a member of 
the alkali family that loses electrons very easily. When 
a cesium cathode is heated to a temperature of about 
1,750°F (954°C), it begins to release a stream of elec- 
trons. These electrons are then accelerated by an 
anode (a positively charged electrode) placed a short 
distance away from the cathode. As the electrons are 
accelerated, they pass through a small hole in the 
anode into the center of the cathode ray tube. 


The intensity of the electron beam entering the 
anode is controlled by the grid. The grid may consist 
of a cylindrical piece of metal to which a variable 
electrical charge can be applied. The amount of charge 
placed on the control grid determines the intensity of 
the electron beam that passes through it. 


Focusing and deflection systems 


Under normal circumstances, an electron beam 
produced by the electron gun described above would 
have a tendency to spread out to form a cone-shaped 
beam. However, the beam that strikes the display 
screen must be pencil-thin and clearly defined. In 
order to form the electron beam into the correct 
shape, an electrical or magnetic lens, similar to an 
optical lens, can be created adjacent to the accelerating 
electrode. The lens consists of some combination of 
electrical or magnetic fields that shapes the flow of 
electrons that pass through it, just as a glass lens 
shapes the light rays that pass through it. 


The electron beam in a cathode ray tube also has 
to be moved about so that it can strike any part of the 
display screen. In general, two kinds of systems are 
available for controlling the path of the electron beam, 
an electrostatic system and a magnetic system. In the 
first case, negatively charged electrons are deflected by 
similar or opposite electrical charges, and in the sec- 
ond case, they are deflected by magnetic fields. 


In either case, two deflection systems are needed, 
one to move the electron beam in a horizontal direction, 
and the other to move it in a vertical direction. In a 
standard television tube, the electron beam completely 
scans the display screen about 25 times every second. 


Display screen 
The actual conversion of electrical to light energy 


takes place on the display screen when electrons strike a 
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Cation 


material known as a phosphor. A phosphor is a chem- 
ical that glows when exposed to electrical energy. A 
commonly used phosphor is the compound zinc sul- 
fide. When pure zinc sulfide is struck by an electron 
beam, it gives off a greenish glow. The exact color given 
off by a phosphor also depends on the presence 
of small amounts of impurities. For example, zinc sul- 
fide with silver metal as an impurity gives off a bluish 
glow and with copper metal as an impurity, a greenish 
glow. 


The selection of phosphors to be used in a cathode 
ray tube is very important. Many different phosphors 
are known, and each has special characteristics. For 
example, the phosphor known as yttrium oxide gives 
off a red glow when struck by electrons, and yttrium 
silicate gives off a purplish blue glow. 


The rate at which a phosphor responds to an 
electron beam is also of importance. In a color tele- 
vision set, for example, the glow produced by a phos- 
phor has to last long enough, but not too long. 
Remember that the screen is being scanned 25 times 
every second. If the phosphor continues to glow too 
long, color will remain from the first scan when the 
second scan has begun, and the overall picture will 
become blurred. On the other hand, if the color from 
the first scan fades out before the second scan has 
begun, there will be a blank moment on the screen, 
and the picture will appear to flicker. 


Cathode ray tubes differ in their details of con- 
struction depending on the use to which they will be 
put. In an oscilloscope, for example, the electron beam 
has to be able to move about on the screen very 
quickly and with high precision, although it needs to 
display only one color. Factors such as size and dura- 
bility are also more important in an oscilloscope than 
they might be in a home television set. 


In a commercial television set, on the other hand, 
color is obviously an important factor. In such a set, a 
combination of three electron guns is needed, one for each 
of the primary colors used in making the color picture. 


In the early 2000s, flat-screen display technologies 
began to rapidly displace CRTs in most of their appli- 
cations. While CRT televisions still remained on the 
market as of 2006 because of their price advantage, 
most computer makers were ramping down their 
production of CRT monitors in favor of flatscreen 
monitors. For example, Apple Corporation stopped 
shipping computers with CRT monitors in the summer 
of 2001, and Sony Corporation announced in 2005 that 
it would cease manufacture of CRT monitors. The 
global CRT market was forecast to plunge from 
about $20 billion in 1999 to about $10 billion in 2007. 
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KEY TERMS 


Phosphor—A chemical that emits a glow when 
struck by a beam of electrons. 
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David E. Newton 


Cathode rays see Subatomic particles 


| Cation 


A cation is any atom or group of atoms that has a 
net positive charge. While matter is electrically neutral 
overall, ionic compounds are matter composed of pos- 
itively and negatively charged particles called ions— 
any atom or group of atoms with an overall electrical 
charge. According to the laws of physics, opposite 
charges attract, so the oppositely charged ions attract 
each other to form compounds that are, overall, elec- 
trically neutral. In such compounds, the number of 
positive charges on the cations equal the number of 
negative charges. Ions with an overall negative charge 
are called anions. Compounds composed of both cat- 
ions and anions, such as table salt (sodium chloride, 
NaCl) and potash (potassium carbonate, K»CO3), are 
ionic compounds. 


Cations are formed when an atom or group of 
atom loses one or more electrons, producing more 
protons than electrons and resulting in an overall 
positive charge. (Each proton has a +1 charge, and 
each electron has a -1 charge. In normal atoms, the 
number of protons equals the number of electrons, so 
a normal atom has an overall charge of zero. We say it 
is electrically neutral.) Anions, on the other hand, are 
formed when an atom or group of atoms accepts one 
or more electrons, so it has more negative than pos- 
itive charges. Most metallic elements react chemically 
to form cations, losing electrons. Most nonmetallic 
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elements react chemically to gain electrons, forming 
anions. 


See also Anion. 


Cation-ratio dating see Dating techniques 


[| Cats 


Cats are mammals in the family Felidae of the 
order Carnivora, which includes all of the carnivores. 
The highly predatory instincts of species in the cat 
family are easily seen in domestic cats, for even well- 
fed individuals will aggressively hunt small mammals 
and birds. 


The cat family includes both large species (jaguar, 
leopard, lion, and tiger) and small ones (bobcat, lynx, 
ocelot, and serval). Small species of cats purr but do 
not roar, whereas big cats roar but do not purr. The 
reason for this is that the tongue muscles of large cats 
are attached to a pliable cartilage at the base of the 
tongue, which allows roaring, while those of small cats 
are attached to the hyoid bone, which only allows 
purring. 


Most cats have 30 teeth, including large canine 
and carnassal teeth, but few in their cheek. This 
arrangement is suited to crushing bones and tearing, 
cutting, and gripping the flesh of their prey. Their jaws 
are mostly adapted to vertical movement, and the 
chewing action is aided by sharp, backward projec- 
tions on the tongue (known as papillae), which help to 
grip and manipulate food. 


Members of the cat family occur naturally in all 
parts of the world, except Antarctica, Australia, 
and New Zealand (although domestic cats have been 
introduced and are now wild in the latter two places). 
The most recent taxonomy of the Felidae places the 
36 living species of cats in 18 genera. These 18 genera 
are divided into three subfamilies: Pantherinae (four 
genera), Acinonychinae (one genus), Felinae (13 
genera). 


Pantherinae 


There are seven species of so-called big cats, which 
includes the lion (Panthera leo), tiger (P. tigris), leop- 
ard (P. pardus), jaguar (P. onca), snow leopard (Uncia 
uncia), clouded leopard (Neofelis nebulosa), and 
marbled cat (Pardofelis marmorata). 
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Two cheetahs in Kenya. (Lew Eatherton. The National Audubon 
Society Collection/Photo Researchers, Inc.) 


The lion 


Lions were once distributed over much of south- 
ern Europe, Asia, and Africa. Today, lions are found 
only in sub-Saharan Africa and in the Gir Forest, a 
wildlife sanctuary in India. Lions prefer open grass- 
land and savanna to forest, and are also found in the 
Kalahari Desert. Adult male lions weigh from 300-500 
Ib (135-225 kg), while females weigh about 300 Ib (135 
kg). Lions are a light tawny color with black markings 
on the abdomen, legs, ears, and mane. They live up to 
15 years, reaching sexual maturity in their third year. 
Male lions have been observed to kill cubs that they 
have not fathered. 


Lions are the most social of the cats. They live in 
family groups called prides, which consists of four to 
12 related adult females, their young, and one to six 
adult males. The size of the pride usually reflects the 
amount of available food. Where prey is abundant, 
lion prides tend to be larger, making them better able 
to protect their kills from hyenas and other scav- 
engers. Most lion kills are made by the females, while 
the males defend the pride’s territory, which may 
range from 8 sq mi (20 sq km) to more than 150 sq 
mi (385 sq km). 
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Cats 


A leopard resting on a rock. (Digital Vision.) 


The tiger 


The tiger is the largest member of the cat family, 
with males weighing from 400 to 600 Ib (180-275 kg) 
and females 300-350 Ib (135-160 kg). Tigers range 
from a pale yellow to a reddish orange background 
color (depending on habitat), overlain by vertical 
stripes. They live in habitats with a dense cover of 
vegetation, commonly forest and swamps (or forested 
wetlands) on the Indian subcontinent, southern 
China, Southeast Asia, and Indonesia. A century 
ago, tigers commonly inhabited areas as far north as 
southern Siberia, all of India and Southeast Asia, and 
regions along the eastern part of China. Today, how- 
ever, their range is much reduced and fragmented and 
all eight subspecies of tigers are endangered. 


Tigers live a solitary life and systematically pro- 
tect their territory by marking its boundary with urine, 
feces, glandular secretions, and scrape marks on trees. 
Tigers are solitary nocturnal hunters, approaching 
their prey stealthily in a semi-crouching position. 
When close enough, the tiger makes a sudden rush 
for the prey, attacking from the side or the rear. The 
tiger keeps its hind feet on the ground while using its 
front paws and jaws to seize its prey by the shoulder or 
neck. The tiger applies a throat bite that suffocates its 
victim, which is then carried into cover and consumed. 


The leopard 


Male leopards weigh about 155 Ib (70 kg), with 
females weighing about half that mass. Leopards are 
found in sub-Saharan Africa, India, and Southeast 
Asia. There are also small populations in Arabia and 
North Africa. Leopards have a distinctive coloring of 
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black spots over a pale brown coat. Their habitat 
includes tropical rainforest, dry savanna, and cooler 
mountainous areas. 


Leopards feed on a variety of small and medium- 
sized prey, usually hunting at night by ambush. Leopards 
use trees as resting places and frequently drag their catch 
up there for feeding. The number of leopards is declining 
worldwide due to hunting and habitat destruction result- 
ing from human population pressure. 


The jaguar, clouded leopard, snow leopard, 
and marbled cat 


The other big cats include the jaguar, snow leop- 
ard, clouded leopard, and marbled cat. These cats 
inhabit forested wilderness, and all are solitary, noctur- 
nal predators. Jaguars are found in Central and South 
America, while the clouded leopard occurs in southern 
China, India, and Southeast Asia. The snow leopard 
occurs at higher elevations in the Himalayas of Central 
Asia, and the small marbled cat is found from Nepal 
and India through Southeast Asia to Sumatra and 
Borneo. The clouded leopard weighs 24-44 Ib (11-20 
kg); its coat is silvery gray to tawny with distinctive 
darker cloud-shaped markings that give the species its 
common name. The snow leopard weighs 77-120 Ib 
(35-55 kg), and its thick coat is a yellow-tinged, 
smoky gray marked with darker rosettes and black 
spots. The clouded leopard and the snow leopard 
have a rigid hyoid bone in their throat which prevents 
them from roaring. Jaguars weigh 125-250 Ib (57-113 
kg); their yellowish brown coats are marked with dark 
rosettes around small black spots. The black panther is 
a melanistic (or black) form of the jaguar; its spots are 
barely discernable within its dark coat. The diminutive 
marbled cat weighs 4.5—11 Ib (2-5 kg) and the pattern 
of its coat is strikingly similar to that of the clouded 
leopard. Little information is known about this species 
in the wild, but it is thought to be arboreal. 


Acinonychinae 


Cheetahs (Acinonyx jubatus) can reach a speed of 
up to 70 mph (112 km/h), and are the fastest animals 
on land. They resemble leopards in having a black 
spotted pattern over a tawny coat, but are distin- 
guished by a long, lithe body, large black “tear” stripes 
under their eyes, and a relatively small head. Cheetahs 
are the only members of the cat family that do not 
have retractable claws. Cheetahs are solitary hunters, 
feeding mostly on gazelles and impala. They hunt 
mainly in the morning and early afternoon, when 
other big cats are usually sleeping, thereby enabling 
them to share hunting areas with other large 
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carnivores. Cheetahs are found in North and East 
Africa, in eastern parts of southern Africa, and in 
certain areas of the Middle East and South Asia. 
There is a considerable trade in cheetah skins, and 
hunting of these animals, together with the loss of 
habitat, threatens their survival in the wild. 


Felinae 


Smaller wild cats are native to most areas of the 
world, except Australasia and Antarctica. These cats are 
characterized by an inability to roar, retractable claws, 
and a hairless strip along the front of their nose. 
Examples of small wild cats are the Eurasian wild cat 
(Felis silvestris), the African wild cat (F. lybica; in some 
taxonomies classified as a subspecies of F. silvestris), the 
sand cat (F. margarita) of the Sahara, the African tiger 
cat (Profelis aurata) of tropical forests, the Asiatic 
golden cat (Catopuma temminckii), and the Pallas cat 
(Otocolobus manul) of central Asia. Medium-sized cats 
include the African serval (Leptailurus serval) and the 
caracal or desert lynx (Caracal caracal). Medium-sized 
cats of the New World include the ocelot (Leopardus 
pardalis) of South and Central America and the jaguar- 
undi (Herpailurus yaguarondi). 


The bobcat or wildcat (Lynx rufus) of North 
America is colored to blend into the rocky, densely 
vegetated background of its habitat. Bobcats rely 
more on hearing and smell than on sight to catch 
their prey. The lynx (Lynx lynx) lives in cold climates 
and has long legs and big feet to make trekking 
through deep snow easier. The Canada lynx (L. cana- 
densis) has long hair and does not have a spotted coat. 


The cougar, also known as the puma or mountain 
lion, is about the size of a leopard and ranges from 
western Canada to Argentina. It has an unpatterned, 
silvery gray to reddish coat and is found in mountains, 
plains, deserts, and forests, where it preys on deer and 
medium-sized mammals. 


The other species of smaller cats live mainly in 
forests and feed on small prey, such as squirrels and 
other rodents, hares, small deer, birds, snakes, lizards, 
fish, and insects. Most species have a spotted or 
striped coat and usually a rounded head. Small wild 
cats are either solitary in habit or form small groups, 
depending on the abundance of the food supply. Most 
species are hunted for their spotted or striped skin and 
some are in danger of becoming extinct. 


Senses 
Cats have excellent binocular vision, which allows 


them to judge distance well. Cats can see well at night, 
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using dim light to distinguish objects and prey. Their 
eyes have a special reflective layer behind the retina 
that aids in low-light perception. This tapetal layer 
makes their eyes appear to glow in the dark when 
light shines on them. 


The senses of smell and taste in cats are closely 
connected, as they are in all mammals. Distinctive to 
cats is an avoidance of foods that taste sweet. Their 
taste buds are located along the front and side edges of 
their tongue. Their vomeronasal organ, also known as 
Jacobson’s organ, is a saclike structure located in the 
roof of the mouth, that is believed to be involved in 
sensing chemical cues associated with sexual activity. 
When a male cat smells a female’s urine, which con- 
tains hormones indicating sexual receptiveness, he 
may wrinkle his nose and curl back his upper lip in a 
gesture known as flehmening. He will also raise his 
head and bare his teeth. 


Cats have the ability to hear high-frequency 
sounds that humans are unable to perceive. This abil- 
ity is particularly helpful when cats are stalking such 
prey as mice, since the cats can detect the high-fre- 
quency sounds emitted by these rodents. The external 
ears of cats are flexible and can turn as much as 180 
degrees to locate sounds more precisely. 


A cat’s whiskers have a sensory function, helping 
it to avoid objects in its path in the dimmest light. If a 
cat passes an object that touches its whiskers, it will 
blink, thus protecting the eyes from possible injury. 
Besides the long cheek whiskers, cats have thicker 
whiskers above their eyes. Cats use their nose to deter- 
mine the temperature, as well as the smell, of food. The 
hairless pads of their feet are an important source of 
tactile information gained from investigating objects 
with their paws. 


Behavior 


In the wild, most forest-living members of the cat 
family tend to be solitary hunters. Some species live in 
pairs, while others, such as lions, live in family groups. 
Cats engage in daily grooming that not only keeps 
their fur in good condition, but also helps regulate 
their body temperature (fur licking helps cool the cat 
through evaporation), and spreads oils to keep their 
coat waterproof. 


Cats need a great deal of sleep, which is consistent 
with the large amounts of energy they expend when 
hunting. They typically sleep intermittently almost 
two-thirds of the day. Because of a slight decrease in 
their body temperature when they sleep, cats often 
look for warm, sunny places for dozing. 
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Cats 


Most cats are excellent climbers, great jumpers, 
and have remarkable balance. Except for the cheetah, 
cats have retractable claws that are curved, sharp, and 
sheathed. The claws are particularly useful when 
climbing trees. The bones of their feet (like those of 
dogs) are arranged in a digitigrade posture, meaning 
that only their toes make contact with the ground, 
which increases their speed of running. Cats have the 
a remarkable ability to right themselves when falling, 
when first the head, then the rest of the body turns 
toward the ground so that the cat lands on its feet. 


Cats follow a well-defined hunting sequence that 
begins with the sighting or smelling of prey. The hunting 
skills that cats display are in some aspects instinctual and 
in others learned. Cats begin learning how to hunt 
through the play they engage in when young. Mother 
cats teach hunting skills to their young, first by bringing 
back dead prey, later by bringing back immobilized prey, 
allowing the young to kill it themselves. Still later, the 
mother cat will take the young on stalking and killing 
missions. Cats that do not have the opportunity to learn 
to hunt from their mother do not become good hunters. 


Cats are territorial, marking their territory by 
spraying its boundary with urine. Cats also scratch 
and rub against fixed objects to mark their territory. 
Within the territorial boundary of a male cat, there 
may be several female territories. During mating, the 
male will seek out or be lured to nearby females that 
are in heat (estrous). Females may vocalize loudly 
when they are ready to mate, thus attracting males. 
Frequent scenting and rubbing against trees by the 
female cat also help the male know she is ready to 
mate. Frequent sexual intercourse during estrous is 
also important to ensure successful ovulation. 


The gestation (pregnancy) period in cats depends 
upon their body size. Gestation ranges from slightly 
less than 60 days for smaller species to about 115 days 
for large cats, such as lions. The number in the litter 
varies from one to seven. The body size is not a con- 
sistent factor determining litter size; it may have more 
to do with the availability of food and the survival rate 
in the ecosystem the cat inhabits. With the exception 
of lions, the care and training of the cubs or kittens are 
left to the mother. Nursing continues until the young 
are weaned and learn to eat meat. 


Evolution and history 


The emergence of modern cats began about 25 
million years ago during the Miocene epoch. Much 
more recently, the saber-toothed cat (Smilodon fatalis) 
lived in Europe, Asia, Africa, and North America, and 
had extremely long, upper canine teeth for stabbing its 
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prey. The remains of saber-toothed cats have been 
found to be as recent as 13,000 years old. 


Cats were probably first domesticated in ancient 
Egypt about 5,000 years ago. The Egyptians used cats 
to protect grain supplies from rodents. They also wor- 
shiped cats, and mummified large numbers of them 
and placed then in tombs so they could continue to 
serve their owners in the afterlife. Since that time, the 
domestic cat has been carried by people throughout 
most of the world. The breeding of cats into numerous 
specific pedigrees was particularly active beginning 
with the middle of the nineteenth century. 


Domestic cats 


The breeding of the domestic cat (Felis cattus) 
involves basic principles of heredity, with considera- 
tion of dominant and recessive traits. It was in 
England that this breeding first became serious 
enough that so-called “purebred” cats were displayed 
at shows and a system of authenticating the genetic 
lineage was begun by issuing pedigree certificates. 
Special associations were established to regulate the 
validation of cat pedigrees and to sponsor the shows. 


Cat breeds can be categorized as either long- 
haired or short-haired. Within each group, the breeds 
are distinguished by their color and pattern, head and 
ear shape and size, body shape, hair color and length, 
eye color and shape, and special markings like stripes 
and color variations on the feet, tail, face, and neck. 


More than a hundred different breeds of domestic 
cats are recognized, subdivided into five broad groups. 
One group includes Persian longhairs, another the rest 
of the long-haired cats, a third the British short-haired 
cats, a fourth the American short-haired cats, and a 
fifth the Oriental short-haired cats. 


The Persian cat, highly prized among cat fanciers, 
has a rounded body, face, eyes, and head, with a short 
nose and legs. Its fur is long and woolly, and its tail is 
fluffy and bushy. Persian cats vary from black to 
white, cream, blue, red, blue-cream, cameo, tortoise- 
shell, smoke, silver, tabby, calico, pewter, chocolate, 
and lilac. Other popular long-haired cats include the 
Balinese, the ragdoll, the Turkish angora, and the 
Maine coon cat. Among the short-haired cats, the 
Manx, British shorthair, American  shorthair, 
Abyssinian, Burmese, and Siamese are popular. One 
breed is hairless: the sphynx, bred from a mutant 
kitten in 1966, does not even have whiskers. 


The domestic cat is rivaled only by the domestic dog 
as a household pet, and in recent years has outnumbered 
the dog in urban areas. Cats are more self-sufficient than 
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KEY TERMS 


Digitigrade posture—Walking on the toes, as cats 
and dogs do, as opposed to walking on the ball of 
the feet, as humans do. 


Estrus—A condition marking ovulation and sexual 
receptiveness in female mammals. 


Flehmening—A gesture of cats that involves curling 
the lips upwards, baring the teeth, wrinkling the 
nose, and raising the head. 


Righting reflex—The ability of a cat to land on all 
fours during a fall. 


Vomeronasal organ—A pit on the roof of the mouth 
in most vertebrates that serves to detect odor mol- 
ecules that are not as volatile as those detected by 
the nose. 


dogs in that they self-groom, need little if any training to 
use a litter box, and do not have to be walked. Cats are 
generally quiet and aloof, but will display affection to their 
owners. They have a reputation of being fussy eaters, but 
will usually adapt quickly to a particular kind of food. 


See also Marsupial cats. 
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| Cattails 


Cattails or reedmaces are about 10 species of 
monocotyledonous plants in the genus Typha, com- 
prising the family Typhaceae. Cattails are tall herba- 
ceous aquatic plants, growing from stout rhizomes 
located in shallow sediments of wetlands. The leaves 
of cattails are long and straplike, sheathing at the base 
of the plant, while the spike-like inflorescence is borne 
by a long cylindrical shoot. The typical habitat of cat- 
tails is productive marshes, the edges of shallow, fertile 
lakes, and ditches. Cattails occur in temperate and 
tropical regions but not in Australia or South 
America. 


Cattail inflorescences are dense aggregations of 
numerous small separate female and male flowers, 
the latter occurring segregated at the top of the 
club-like flowering structure. Pollination is anemo- 
philous, meaning the pollen is shed copiously to the 
wind, which transports it to the stigmatic surfaces of 
female flowers. The small, mature fruits of cattails 
are shed late in the growing season or during the 
ensuing autumn or winter. The fruits have a white 
filamentous pappus that makes them aerodynami- 
cally buoyant so they can be easily dispersed by the 
wind. 


Two familiar species of cattail in North America 
are the broad-leaved cattail (Typha latifolia) and the 
narrow-leaved cattail (7. angustifolia). Both occur 
commonly in a wide range of fertile, freshwater 
wetlands. 


Cattail leaves are sometimes used for weaving 
mats, baskets, chair bottoms, and floor mats. Cattail 
pollen can be collected and used to make or include in 
protein-rich pancakes and breads. The rhizomes of 
cattails are sometimes collected and used as a starchy 
food. Sometimes the dried plants are collected, dried, 
and used for winter bouquets and other natural 
decorations. 


Cattails’ major importance, however, is ecologi- 
cal. These plants are a significant component of the 
vegetation of many productive marshes. As such, they 
help provide critical habitat for many species of 
aquatic wildlife such as waterfowl, waders, other spe- 
cies of birds, and mammals such as muskrats. 


Because of their great productivity, cattails can 
take up large quantities of nutrients from water and 
sediment. This makes these plants rather efficient and 
useful at cleansing nutrients from both natural and 
waste waters. In this way cattails can help to alleviate 
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Great meadows cattails. (Farrell Grehan. Photo Researchers, 
Inc.) 


eutrophication, an environmental problem associated 
with large rates of aquatic productivity caused by 
nutrient loading. 


[ Cattle family (Bovidae) 


The cattle family, Bovidae, is a widespread group of 
mammals which also includes the goats, sheep, gazelles, 
antelopes, and goat-antelopes. Of the 107 species cur- 
rently recognized within this family, just 12 are wild 
cattle. Even the large muskox (Ovibos moschatus), 
which looks quite cow-like, is more closely related to 
the goats than to cattle. Cattle are generally characterized 
by their large size and the single pair of non-branching 
horns growing from their forehead. The horns, which are 
not shed, are largely hollow and differ considerably 
among species: some of the largest are those of the wild 
yak (Bos mutus) and African buffalo (Syncerus caffer), 
while the smallest are those of the anoas or dwarf water- 
buffalo (Bubalus spp.). Both males and females develop 
horns as they mature, but those of the male are usually 
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much longer. Wild cattle vary considerably in appear- 
ance—from the brown-black colors of the anoas to the 
banteng (Bos javanicus), in which the females are reddish 
brown and the males shiny black. Both sexes are adorned 
with white stockings, a white rump patch, a white patch 
over the eyes, and a white band around the muzzle. The 
antithesis to these decorative cattle are wild yaks, whose 
unkempt, shaggy appearance and unpredictable tem- 
perament are an example of how one species has evolved 
to withstand extreme conditions which few other animals 
could exploit. 


The precise origins of wild cattle are still unclear, 
but it is thought that they arose from species resembling 
the small four-horned antelope (Tetracerus quadricor- 
nis) and larger nilgai (Boselaphus tragocamelus), which 
today survive only in India. The ancestors of the mod- 
ern-day cow (Bos taurus) have been traced back to a 
species known as the auroch (Bos primigenius), an 
extinct wild ox of Europe and Asia that reached more 
than 7 ft (2 m) at the shoulder. These were largely forest- 
dwelling cattle, feeding in open glades and around the 
fringes of woodlands. Adult males, or bulls, had long 
curving horns, a black coat with a white stripe down the 
middle of the back, and a patch of short tufts of white 
hair between the horns. Females, or cows, were smaller 
and a reddish brown color. The last known auroch died 
in Poland in 1627. Domestic cows, of course, are 
extremely abundant in captivity, with a worldwide pop- 
ulation exceeding a billion animals. 


Wild cattle have evolved to survive in a wide range 
of habitats, from Arctic to tropical conditions. Wild 
yaks are an example of a species that has adapted to 
living in a harsh climate, with their thick shaggy outer 
hair and densely matted undercoat providing insula- 
tion against the extreme cold in their native habitat in 
the high, wind- and snow-swept plateaus of the 
Himalayas. Species that live in the tropics have other 
physiological problems to overcome, such as avoiding 
becoming too hot. These species are typically forest- 
dwelling, and have short hair that does not retain body 
heat very effectively. Some species, such as the kou- 
prey (Bos sauveli), have extended dewlaps, large fat- 
filled folds of loose skin that hang below the neck and 
serve as heat-radiating surfaces. Other species, such as 
water buffaloes, cope with the heat and ever-present 
flies by immersing themselves in water. By frequent 
wallowing, buffalo cover themselves with a layer of 
mud that also helps protect them from the piercing 
bites of insects. Most species feed at dawn and dusk in 
order to avoid the midday heat. Some of the shyer 
species, such as gaur, anoa, and tamaraw (Bubalus 
mindorensis) may feed at nighttime in order to avoid 
detection by predators, including humans. 
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A Longhorn bull, heifer, and calf. (JLM Visuals.) 


Over the centuries, several species of wild cattle 
have been domesticated, including the auroch, yak, 
gaur, banteng, and water buffalo. In some cultures, 
cattle are their owner’s most important possessions. In 
Africa, cattle are an important symbol of wealth and 
are used for trade purposes, as well as for their milk 
and blood, both of which feature in the diet of certain 
tribes. Their meat, of course, is also of importance, as 
are their valuable hides, but cattle are only butchered 
on special occasions. Even their dung is of consider- 
able importance as it is dried and stored as a source of 
cooking fuel in many parts of the continent where tree 
cover is sparse. Domesticated yaks are equally impor- 
tant for the people of mountainous Nepal and Tibet in 
regions where roads are few and the climate extreme. 
Working at altitudes of up to 20,000 ft (6,000 m), yaks 
are capable of hauling heavy loads and surviving on a 
low-quality diet. In addition, they provide people with 
an essential supply of milk, meat, wool, and hides. 


Cattle are grazing animals that feed mainly on 
grasses, herbs, and tree and shrub leaves. They feed 
by twisting grasses and stems around their tongue and 
cutting the vegetation off with the lower incisors, 
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which protrude slightly forward. The jaw is designed 
to allow a circular grinding motion, which allows the 
food to be thoroughly crushed and masticated between 
the animal’s large teeth. Their plant food, however, is 
largely composed of cellulose, a tough carbohydrate 
that few animals are able to digest. Cows, however, 
have evolved a means of overcoming this problem and 
are able to benefit from the relatively abundant sup- 
plies of available plant biomass. Cows belong to a 
group of animals known as ruminants, which have a 
specialized system of digestion that enables them to 
break down the cellulose fibers and extract the energy 
from the plants they eat. One of the most significant 
features of this system is a specialized stomach which, 
in ruminants, consists of four distinct chambers: the 
rumen, reticulum, omasum, and abomasum. Another 
is the presence of large numbers of specialized bacteria 
that live within a sort of liquid broth in the stomach, 
and are essential in digesting cellulose. Without these 
symbiotic bacteria, no amount of chewing would ren- 
der the plant material in a state from which nutrients 
can be absorbed. 


Cattle are prodigious eaters; at any one feeding, 
large quantities of grasses are consumed and pass 
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A water buffalo during a monsoon in Nepal. (© George Turner, National Audubon Society Collection/Photo Researchers, Inc.) 


directly into the large rumen. Here they are moistened 
and mixed with the bacteria that begin to attack the 
tough plant fibers. From the rumen, partly digested 
materials pass on to the reticulum, where a similar 
process continues. Most wild cattle have preferred 
feeding and resting grounds and, when not feeding or 
moving, they withdraw to protective cover to digest 
their food. At this time the animal will regurgitate this 
partly digested food once again into the mouth, where 
it is chewed a second time, mixed with salivary 
enzymes, and then swallowed again in a process com- 
monly known as “chewing the cud.” When it is swal- 
lowed again, the food passes through the upper 
stomach to the omasum and abomasum, where nor- 
mal digestive enzymes take over the process of break- 
ing down the plant materials and freeing the nutrients, 
which can then be absorbed and used by the cow. In 
total, food takes from 70-100 hours to pass through 
the digestive system of a cow—one of the slowest 
passage rates in the animal kingdom. Although this 
passage is slow, it is extremely effective. A thoroughly 
masticated and digested food base allows a large frac- 
tion of the proteins and other nutrients to be absorbed. 
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Wild cattle play an important ecological role 
through their grazing habits, in particular by keeping 
grasslands open from invading shrubs and coarse 
grasses, and creating a habitat favorable for other 
grazing animals, such as deer and antelope. Their 
dung, which is widely scattered across the grasslands 
or throughout the forest, serves as an important fer- 
tilizer and is broken down by a wide range of beetles, 
fungi, and bacteria that release essential nutrients and 
minerals that promote further plant growth. 


Cattle are naturally social animals and form small 
herds, the composition of which varies according to 
the species. Some species, like the anoa, may be soli- 
tary or travel in groups of just two to four animals. At 
the other extreme, herds of thousands of bison once 
ranged across the vast fertile prairies of North 
America, each massive herd separated into sub-units 
of several hundred animals. 


The African buffalo displays a relatively advanced 
system of social behavior. The entire herd not only 
feeds and moves around as a colossal single unit, but 
individual animals will also gather around an injured 
or sick animal if it is threatened by predators. This is a 
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non-territorial species that forms herds of 50—2,000 
animals, with an average of about 350 animals. 
Within the herd, a distinct social hierarchy is evident: 
dominant males are most successful in breeding with 
females. There is constant rivalry between these dom- 
inant bulls and transient males who do not belong to 
the local herd. Subordinate juvenile males are allowed 
to remain with the herd until they reach sexual matur- 
ity, at which time they are driven out and may remain 
solitary or form small bachelor groups with other 
males. Juvenile females remain with the herd and 
maintain a strong bond with their mother. 


Breeding is a frantic time for all species of wild 
cattle, with adult males vying with other socially dom- 
inant males for the right to mate with receptive 
females. Dominant males must also keep a vigilant 
eye on sexually mature transient males, who may 
attempt to steal their cows and form their own herd. 
Adult bulls challenge others of similar status with loud 
roars and mock charges. On most occasions these dis- 
plays of strength are sufficient to deter challenging 
males, but sometimes the challenging male refuses to 
back down and the situation escalates to fierce clashes 
in which one bull pitches his strength and agility 
against the power of another. The bull’s horns are 
one focus of attention in such battles, as males inter- 
lock their horns and try to wrestle their opponent into 
a vulnerable position where they may strike other 
parts of the body with their pointed horns. The winner 
of such conflicts is almost certainly guaranteed the 
rights of dominant male within the herd, until he, in 
turn, is deposed by another challenging male. 


The gestation period of wild cattle varies consid- 
erably, from about 270 days to over 400 days. As the 
calving time approaches, most cows leave the herd, 
returning to join it again seven to 10 days later with 
their offspring. Most cows give birth to a single calf, 
which remains close to its mother until weaned. 
Following that, calves usually remain with the herd 
for a further three years until they reach sexual matur- 
ity. The fate of young cattle thereafter depends on the 
social system of the particular species, as described 
above. 


Wild cattle have few natural predators, at least at 
the adult stage. Calves, however, are susceptible to 
predation from lions, tigers, leopards, and wild dogs. 
Predation is thought to have been one of the main 
reasons why wild cattle developed a herding life style, 
as the presence of large numbers of heavily armored 
animals is often enough to deter a predator from 
attacking. When feeding as a group, the animals are 
slightly spread apart, and it is advantageous to have 
many eyes on the lookout. Each animal takes its turn 
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to scan the surrounding vegetation between feeding 
bouts. Through the centuries, however, wild cattle 
have suffered considerably at the hands of humans, 
as they have been hunted for their meat, hides, and as 
sport. Widespread herds of auroch were decimated by 
the sixteenth century; the European bison (Bison bona- 
sus) suffered a similar fate during the nineteenth cen- 
tury, and the once vast herds of American bison 
suffered heavily at the hands of European settlers in 
their quest to open up the American West. 


The European bison is an example of a species 
that became extirpated in the wild, but then recovered 
somewhat through the breeding and release of captive 
animals. A sedentary, woodland-dwelling species, the 
European bison was reduced to a few scattered pop- 
ulations by the beginning of the twentieth century. 
Many of these were destroyed during World War I 
(1914-1918), and the last remaining wild herds died 
out in Lithuania and the Caucasus by the middle 
1920s. Concentrated efforts by a few zoos led to the 
re-introduction of a small herd to natural habitat in 
the Bialowieza Forest in Poland. At first, these ani- 
mals were retained in semi-captive conditions, but 
they were later released to form free-ranging herds. 
Although this species has been saved from extinction, 
present-day herds are closely inbred—they are all 
descended from just 17 animals. Additional conserva- 
tion programs are underway to try and maximize the 
genetic exchange between breeding herds. 


One of the least-known cattle species is the tam- 
araw, a small species that reaches just 3 ft (1 m) at the 
shoulder. This species inhabits forested parts of the 
island of Mindoro in the Philippines. It is thought to 
be nocturnal and quite aggressive, but almost nothing 
is known about its ecology. Overhunting, as well as 
loss of habitat and human encroachment on this spe- 
cies’ habitat, has resulted in a serious population 
decline from an estimated 10,000 animals in the early 
1900s, to fewer than 200 animals today. The majority 
of these free-living animals are confined to Mount Ilgo 
National Park. In view of the extent of deforestation 
on this island, the species is classified as endangered by 
conservation organizations. Several conservation ini- 
tiatives have been attempted in the past, but these have 
met with little success so far. 


Like the tamaraw, the kouprey is another highly 
endangered species. Once wide-ranging throughout 
Indochina, it is now thought to be extinct in countries 
such as Thailand. The last remaining herds may survive 
in the forested border countries of Laos, Cambodia, 
and Vietnam. A large species reaching a height of 6 ft 
(1.9 m) at the shoulder and measuring from 7-8 ft 
(2.1—2.3 m) in body length, males of this species are 
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much larger than females. Young calves and females 
are generally a gray color (the species is locally known 
as the “gray ox’), with the undersides a lighter hue and 
the neck, chest and forelegs slightly darker. Mature 
males are a rich dark brown color, with white or gray 
coloring on the lower legs. The species may be recog- 
nized by its dewlap, which in some older males may 
even reach and drag along the ground. Apart from 
color differences, bulls are easily distinguished from 
cows by their horns: the latter generally have horns 
that spiral upwards, while those of a bull are more 
widely spaced and often frayed at the ends. The reason 
why these split at the ends is unknown, but some 
authorities believe kouprey use their horns for digging 
in the earth, perhaps in search of mineral salts. 


Kouprey are animals of gently rolling hills in 
deciduous and semi-evergreen tropical forests that 
offer a wide range of open feeding and resting sites. 
They may, however, move to higher ground during the 
wettest periods of the year. Little is known about the 
ecology of this species. They are known to form small 
herds of cows and offspring, with separate bachelor 
herds of young males. Animals appear to be most 
active in the morning and again in late afternoon, 
and frequently travel at night. Mixed herds of kou- 
prey, banteng, and feral water buffaloes have been 
reported. In 1949, there were thought to be around 
1,000 kouprey surviving. This number is thought to 
have declined to 500 in 1951, and just 100 in 1969. No 
one is quite sure how many kouprey survive in the wild 
today, as this species’ habitat is at the center of almost 
constant human warfare. Authorities fear for its sur- 
vival in view of the heavy hunting pressure in the 
region. 


Recent analyses of kouprey DNA have added a 
surprising twist to the story of this species. Three 
biologists from Northwestern University and the 
Cambodian Forestry Administration have proposed 
that the kouprey is not a valid species at all, but rather 
is a hybrid of two domesticated species—the banteng 
and the zebu—that became feral, probably in the nine- 
teenth century. Other scientists dispute this interpre- 
tation and maintain that the kouprey is a valid, natural 
species. Further DNA sampling and analysis is neces- 
sary to resolve this question, but no one disputes the 
fact that very few kouprey (if any) remain in the wild. 


Other species, which are perhaps equally threat- 
ened, are the wild anoas, of which two species have 
been recorded: the mountain anoa (Bubalus quartesi) 
and the lowland anoa (B. depressicornis). Both species 
are only found in Sulawesi, Indonesia. In appearance, 
anoas resemble dwarf water buffaloes, measuring just 
2-3 ft (0.7—1 m) at the shoulder and 5-6 ft (1.6-1.7 m) 
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in body length, and weighing about 300-600 Ib (150- 
300 kg). Adults are usually a dull brown color, but the 
shading pattern may vary, with some animals having 
lighter undersides. Calves are covered with woolly 
yellow-brown hair, but this is lost as they mature. 
Little is known about the ecology of these secretive 
cattle as few observations have been made in the wild. 
It is known that they are widely hunted for their meat, 
but another serious threat is continuing loss of forest 
habitat, which affects both species. 


Wild cattle are of enormous importance for our 
present civilization, just as they have been in our past. 
They not only play a vital role in the local ecology of 
their diverse environments, but also represent an 
important genetic reservoir which is important for 
breeding purposes. Hybrids of cattle-yak origin are 
already of great importance in many parts of Nepal 
and China. Elsewhere in Asia, farmers in Laos and 
Kampuchea used to drive their cows into the forest in 
the hope that they would breed with wild kouprey 
bulls, as they found that such offspring were stronger 
than if the cows were mated with domestic cattle. All 
wild cattle therefore, have considerable potential in 
the breeding arena, since these species are often far 
better adapted to local climatic and forage conditions, 
as well as being stronger and more resistant to dis- 
eases, many of which are debilitating for domestic 
breeds. 


If humans are to save these remaining species in 
the wild, however, there is not much time to lose. Most 
species are now severely threatened by hunting as well 
as habitat loss. As the habitat range of these species 
continues to shrink in the face of human encroach- 
ment, all wild populations of cattle risk becoming 
isolated and susceptible to disease, as well as inbreed- 
ing, as there will no longer be a possibility of genetic 
exchange between isolated populations. Future con- 
servation efforts must continue to focus on preserving 
natural feeding and breeding ranges, as well as essen- 
tial migration corridors of these species, in order to 
ensure the continued viability of the wild herds of 
cattle. 


See also Livestock. 
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| Cauterization 


Cauterization is the application of heat, mechan- 
ically or chemically, to prevent or stop bleeding. It is 
widely used in surgery to hold bleeding to a minimum 
and speed the surgical process. 


History 


Searing areas of bleeding with a hot instrument, a 
hot iron or other metallic object, was practiced for 
many years for the treatment of wounded soldiers. 
Even thousands of years ago, open wounds were 
treated by pouring boiling oil into the wound to arrest 
bleeding. Of course, this cure was often as harmful as 
the original injury when burns, shock, and infection 
resulted. 


As surgery progressed and anesthesia was intro- 
duced to quiet the patient and prevent his feeling pain, 
more care and more time could be devoted by the 
surgeon to preventing bleeding. In making an incision 
the surgeon would cut across small blood vessels such 
as capillaries and arterioles that would begin to ooze 
blood. The surgeon then had to locate each point of 
frank bleeding and apply a clamp to stop it, and then 
go back and tie a suture around each bleeding vessel, a 
long and exacting process. 


The electric cautery, a form of scalpel, then was 
invented and introduced into the surgical suite. Using 
this instrument, the surgeon could make his incision 
and the cautery seared and sealed off all sites of bleed- 
ing except the largest vessels. This considerably 
reduced the time the surgeon spent stopping the flow 
of blood into the surgical field. It was also a benefit to 
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Birthmark removal by cauterization with an argon laser. 
(Alexander Tsiaras. National Audubon Society Collection/Photo 
Researchers, Inc.) 


the patient, who spent less time under the anesthetic 
and endured less blood loss. 


Currently, the ubiquitous laser has been intro- 
duced as a scalpel. The powerful beam cuts into tissue 
and opens the incision, while at the same time heat- 
searing the small blood vessels. 


Other applications 


Chemical cauterization also is used in limited cir- 
cumstances. For example, one means of stopping a 
nosebleed is to use an applicator with silver nitrate 
on one end. The silver nitrate is applied directly to 
the bleeding area and cauterizes it. 


See also Laser surgery. 


| Cave 


A cave is a naturally occurring void beneath 
Earth’s surface. Most caves are formed by erosion or 
dissolution of rock, although some, such as lava tubes, 
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Stalactite and stalagmite formations inside Carlsbad 
Caverns, Guadalupe Mountains, New Mexico. (Adam Woolfitt. 
Corbis.) 


form as open voids. The formation of caves depends 
upon geologic, topographic, and hydrologic factors 
that determine where and how caves develop, their 
structure, and their shape. Some caves are small hill- 
side openings whereas others consist of large chambers 
and interconnecting passages. Openings to the surface 
may be large holes or small crevices. The study of 
caves is called speleology. 


Caves have provided shelter to prehistoric, ancient, 
and primitive contemporary people such as the Tasaday 
of the Philippine Islands. Human remains, artifacts, 
sculptures, and drawings found in caves have helped 
archeologists to learn about early humans. The Dead 
Sea Scrolls, for example, were discovered in a cave. 
Many religious traditions have regarded caves as sacred 
and have used them to perform rituals, and some ancient 
traditions held that caves led to the underworld. 


Cave types 


Caves hosted in rocks other than limestone are 
usually formed by water erosion. Rivers running 
through canyons with steep walls can erode rock at 
points where the current is strong and create small 
caves with large openings. Caves of this type can be 
found in the southwestern United States, and some 
were at one time inhabited by prehistoric Native 
Americans. Sea caves are formed by the action of 
waves against cliffs or steep walls, and in many cases 
can only be entered at low tide. Ice caves are formed in 
glaciers and icebergs by meltwater that drains into 
cracks and crevasses. 


Lava tube caves, which can be several miles long, 
form when the exterior of a lava flow hardens and 
cools to form a roof while the surrounding lava 
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continues to flow, leaving a hollow tube. Wind or 
aeolian caves usually form in sandstone cliffs as 
wind-blown sand abrades the cliff face. They are 
found in desert areas, and occur in a bottle neck 
shape with the entrance much smaller than the cham- 
ber. Talus caves are formed by boulders that have 
piled up on mountain slopes. 


Solution caves 


The most common, largest, and spectacular caves 
are solution caves. Solution caves form by chemical 
weathering of the surrounding bedrock as ground- 
water moves along fractures or other openings in the 
rock. These caves produce a particular type of surface 
topography called karst, which is named after the 
region in Croatia where the phenomenon was first 
studied. Karst terrain occurs primarily above lime- 
stone bedrock composed of soluble calcium carbo- 
nate, but can develop in any soluble sedimentary 
rock such as dolomite, rock gypsum, or rock salt. 
Distinctive features of karst terrain include sinkholes, 
which are circular depressions where the underlying 
rock has been dissolved away, irregular topography, 
natural bridges, and so-called sinking streams that 
abruptly disappear beneath the surface. Entrances to 
solution caves are not always obvious, and their dis- 
covery is sometimes by accident. 


Formation of karst terrain involves the chemical 
interaction of air, soil, water, and rock. As water flows 
over and drains into Earth’s surface, it mixes with 
carbon dioxide from the air and soil to form carbonic 
acid (H,CO3). The groundwater becomes acidic, per- 
colates through naturally occurring fractures in the 
bedrock, and gradually dissolves the rock. With con- 
tinual water drainage, the fractures become estab- 
lished passageways that can grow together to create 
an underground drainage system. Over thousands, 
perhaps millions of years, these passages evolve into 
caves. Mammoth Cave, Kentucky, is a well-known 
example of a cave formed by this process. 


During heavy rain or times of flooding in a well- 
established karst terrain, very little water flows over 
the surface in stream channels. Most water drains into 
the ground through enlarged fractures and sinkholes. 
This underground drainage system sometimes carries 
large amounts of water, sand, and mud through the 
passageways and further erodes the bedrock. 
Sometimes ceilings fall and passageways collapse, cre- 
ating new spaces and drainage routes. 


Not all solution caves form due to dissolution by 
carbonic acid. Some caves form in areas where hydrogen 
sulfide gas is released from Earth’s crust or from 
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decaying organic material. Sulfuric acid forms when the 
hydrogen sulfide comes in contact with water and 
microbes, and is capable of dissolving rock. Sulfuric 
acid played an important role in the formation of 
Carlsbad Caverns, New Mexico. 


Cave environment and formations 


The deep cave environment is completely dark, 
has a stable atmosphere, and the temperature is nearly 
constant, varying only a few degrees throughout the 
year. The humidity in limestone caves is usually near 
100%. Many caves contain unique life forms, under- 
ground streams and lakes, and have unusual mineral 
formations called speleothems. 


When groundwater seeps through the bedrock 
and reaches a chamber or tunnel, it meets a different 
atmosphere. Ions and gasses in solution react with the 
surrounding atmosphere, precipitate, and are depos- 
ited in the form of a crystals on the cave ceiling or 
walls. Calcite and, to a lesser degree, aragonite are the 
most common minerals of speleothems. The amount 
of mineral that precipitates depends upon the amount 
of gas dissolved in the water. For example, water that 
must pass through a thick layer of soil becomes more 
saturated with carbon dioxide than water that passes 
through a thin layer. This charges the water with more 
carbonic acid and causes it to dissolve more limestone 
from the bedrock. Later, it will form a thicker mineral 
deposit in the cave interior as a result. 


Water that makes its way to a cave ceiling hangs as 
a drop. When the drop of water gives off carbon dioxide 
and reaches chemical equilibrium with the cave atmos- 
phere, calcite begins to precipitate. Calcite deposited in 
layers on the walls or floors of a cave is called flowstone. 


In other cases water runs down a wall and calcite 
is deposited as a low ridge. Subsequent drops of water 
follow the ridge, adding more calcite. Constant 
buildup of calcite in this fashion results in the forma- 
tion of a large sheet-like formation, called a curtain, 
hanging from the ceiling. Curtain formations often 
have waves and folds in them and have streaks of 
various shades of off-white and browns. The streaki- 
ness results from variations in the mineral and iron 
content of the precipitating solution. 


In other cases, a hanging drop falls directly to the 
ground and some calcite is deposited on the ceiling 
before the drop falls. When the drop falls, another 
takes its place. As with a curtain formation, subse- 
quent drops will follow a raised surface and a buildup 
of calcite in the form of a hanging drop develops. This 
process results in icicle-shaped speleothems called sta- 
lactites. The water that falls to the floor accumulates in 
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the same fashion, resembling an upside-down icicle 
called a stalagmite. 


The shape of speleothems varies according to the 
amount of water that drips from the ceiling, the temper- 
ature of the cave interior, rates and directions of air 
flow in the cave, and how much dissolved calcium 
carbonate the water contains. Speleothems occur as 
tiered formations, cylinders, cones, some join together, 
and occasionally stalactites and stalagmites meet and 
form a tower. Sometimes, when a stalactite is forming, 
the calcite is initially deposited in a round ring. As 
calcite builds up on the rim and water drips through 
the center, a thin hollow tube called a straw develops. 


Stalactites and stalagmites occur in most solution 
caves and in most cases stalactites are paired with 
stalagmites. In caves where there is a great deal of 
seepage, water may drip continuously. Speleothems 
formed under a steady drip of water are typically 
smooth. Those formed in caves where the water supply 
is seasonal may reveal growth rings similar to those of 
a tree trunk. Stalactites and stalagmites grow by only a 
fraction of an inch or centimeter in a year, and because 
some are many yards or meters long, one can appre- 
ciate the time it takes for these speleothems to develop. 


The most bizarre of the speleothems are called 
helictites. Helictites are hollow, cylindrical formations 
that grow and twist in a number of directions and are 
not simply oriented according to the gravitational pull 
of a water drop. Other influences such as crystal 
growth patterns and air currents influence the direc- 
tion in which these speleothems grow. Helictites grow 
out from the side of other speleothems and rarely grow 
larger than 4 in (8.5 cm) in length. 


Speleothems called anthodites are usually made of 
aragonite. Calcite and aragonite are both forms of 
calcium carbonate, but have different crystal forms. 
Anthodites grow as radiating, delicate, needle-like 
crystals. Pools of seepage water that drain leave 
behind round formations called cave popcorn. Cave 
pearls are formed in seepage pools by grains of sand 
encrusted with calcite; flowing water moves the grains 
about and they gather concentric layers of calcite. 


Cave life 


Three main groups of animals inhabit caves and 
are classified by their degree of dependence on specific 
cave conditions such as amount of light, temperature, 
atmospheric conditions, and water. Animals that com- 
monly use caves but depend on the outside world for 
survival are called trogloxenes. The best known trog- 
loxenes are bats. Other examples include birds, bears, 
and crickets. 
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Cave fish 


Troglophiles are species that live their entire life 
cycle within a cave, generally near the entrance, but are 
also found living outside caves. Cockroaches, beetles, 
and millipedes are some examples of troglophiles. 
Certain fungi and algae are also classified as troglo- 
philes. The third classification are  troglobites. 
Troglobites are permanent cave dwellers found deep 
within the cave system in total darkness, and conse- 
quently lack color. These species are white, transparent, 
or slightly pinkish. Troglobites have no need for eyes. 
Accordingly, groups of organisms that once could see 
have evolved into eyeless creatures, although some spe- 
cies have retained eye sockets. They rely on their sense 
of touch to get around. Some examples of troglobites 
are fish, shrimp, crayfish, salamanders, worms, snails, 
insects, bacteria, fungi, and algae. Each cave has a self- 
contained ecosystem, and it is thought that some have 
not changed for millions of years. As new caves are 
discovered, speleobiologists regularly find new species 
of animals. 
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| Cave fish 


Many species of fish have evolved to living under 
strange conditions, but few are more intriguing than 
those that have adapted to living in complete dark- 
ness. Some of these fish have developed a tendency to 
live at great depths in the ocean where no light pene- 
trates, while others have found refuge in equally dim 
locations such as caves, wells, and subterranean 
streams. This specialization to living in complete dark- 
ness has arisen many times during the course of evo- 
lution, and the physical and behavioral attributes 
these species have developed are not confined to a 
single taxonomic group of fish. Some 32 species of 
fish have been observed to exhibit this cave-dwelling 
behavior. Most of these are small species, measuring 
some 3 in (7 cm) in length; the Kentucky blind fish 
(Amblyopsis spelaea), which lives in limestone caves, is 
one of the largest known cave-dwelling species, with 
adults reaching a length of almost 8 in (20 cm). 


A few of these species have functional eyes but, for 
the vast majority, vision is of little use. Some of them 
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are completely blind, with the vestiges of eyes still 
visible beneath a thin layer of skin. In many species, 
functional eyes are present in the young fry, but these 
either disappear or are covered up by a layer of skin as 
they grow and mature. Many cave fish have little or no 
skin pigment, since these species have no need for body 
coloring, a feature widely used for communication 
purposes among other fish. Some cave fish do appear 
to be a pinkish color, but this is the result of the 
animal’s blood vessels showing through the pale skin, 
rather than any pigmentation. 


Apart from the specialized adaptations these fish 
have developed, what is interesting to scientists is the 
fact that so many species of different groups have evolved 
independently to living in perpetual darkness. In Africa, 
a group of cyprinid fish (related to the carp) has adapted 
to living in underground streams and wells, while several 
species of catfish in Africa, the United States, and parts of 
South America have developed a similar habit. In 
Central America, the brotulid fish (family Brotulidae) 
of Mexico and Cuba are typically cave-dwellers, lacking 
functional eyes and body pigment. Similar features have 
been detected among the Amblyopsidae, a group of five 
species of small freshwater fish that only occur in the 
United States. Some of these species actually live in slow- 
moving streams and swamps in the open air in southern 
Atlantic coastal plain, yet they are all blind and live 
amongst the rubble and vegetation in deeper water, well 
out of direct light. 


To compensate for their lack of vision, all of these 
species have developed other means of locating food 
and finding a mate, two of the essential features for 
survival. Many species have developed sensory organs 
capable of detecting prey either through chemical 
means or touch. Most are thought to be sensitive to 
vibrations. Some of these species retain their body 
scales but, in others, these have been lost during the 
course of evolution, enabling them to develop addi- 
tional sensory organs on the skin. In addition to this 
range of specialized adaptations, one feature that all of 
these fish have developed to a higher level than other 
ocean or freshwater species, is an improved lateral line 
system—a series of grooves or canals that run along 
each side of the body and extend over the head to the 
eyes, snout, and jaws. These lines are well equipped 
with sensory organs known as neuromasts, each of 
which consists of a group of sensory cells with fine 
hair-like projections that extend beyond the body wall. 
They function not only in orientation and balance, but 
also in helping the fish locate potential food sources. 


While many of these adaptations assist with the 
detection and gathering of food, it is also likely that 
some nourishment is obtained on a chance basis. Very 
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little is known about the feeding behavior of cave fish, 
but they are known to eat a wide range of insects, small 
crustaceans, smaller fish, and probably some detritus. 
Some species are even thought to feed on fecal drop- 
pings from overhead bat roosts. 


The reasons why species should evolve to living in 
total darkness are not immediately obvious, and there 
is probably no single explanation for this phenom- 
enon. Cave environments are known to provide a 
relatively stable habitat in terms of temperature fluc- 
tuations, but the species living in caves and wells are 
totally reliant on food being brought to them by 
underground streams. As such, they are highly vulner- 
able to external factors as subterranean aquifers are 
becoming increasingly tapped for irrigation purposes, 
and many sites may be at risk from drying out either 
temporarily or permanently. These species are also at 
risk from water-borne pollutants in agricultural runoff 
and other waste products entering their underground 
watercourses. For these reasons, many species of cave 
fish are endangered. On the other hand, these fish 
experience a reduced level of feeding competition, 
since so few species have succeeded in colonizing 
these habitats. They are also relatively safe from 
predators, which is an obvious advantage provided 
they can obtain enough food in their immediate 
habitat. 


Scientists now believe that the colonization of 
caves and wells by these fish was a deliberate, rather 
than accidental, move. Many species are known to live 
in and around cave openings and pools near under- 
ground springs. It is therefore possible that these dim 
habitats were gradually explored by a few different 
species that may have already favored living in poorly 
lit conditions, such as beneath rocks, or in the murky 
depths of swamps and lakes. Through a gradual pro- 
gression and corresponding behavioral and anatomi- 
cal changes, these fish could have eventually moved 
further into the cave system, exploiting the untapped 
food resources of these habitats. 


Cavies see Guinea pigs and cavies 


| Celestial coordinates 


In astronomy, celestial coordinate systems locate 
objects in the sky, which is considered to be an infin- 
itely large celestial sphere. There are four conventional 
celestial coordinate systems: horizontal, equatorial, 
ecliptic, and galactic. 
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Horizontal coordinate system 


Horizontal coordinates (also called alt/az coordi- 
nates) refer to an observer on the Earth’s surface at the 
center of an imagined celestial sphere. The observer’s 
local horizon is the fundamental plane. The sky is 
divided into an upper hemisphere (that the observer 
can see) and the lower hemisphere (that cannot be seen). 


Altitude (h) is an object’s arc distance along a 
vertical circle from the horizon, positive for objects 
above the horizon [between it and the zenith 
(h= +90°)] and negative for objects below it [between 
it and the nadir (h=-90°)]. 


Azimuth (A) is the arc distance from the north 
point of the horizon (4=0°, A=0°) eastward along it 
to where it meets the object’s vertical circle, going from 
0 to 360° from the north point to full circle back to the 
north point. Azimuth is undefined at the Earth’s North 
and South Poles, where the north and south celestial 
poles (NCP and SCP) coincide with the zenith and 
nadir, and the celestial meridian becomes undefined. 


Equatorial coordinate system 


Equatorial coordinates are based on the Earth’s 
rotation, which produces an apparent westward rotation 
of the celestial sphere around the NCP and SCP. The 
projection of the equator of the Earth onto the celestial 
sphere is called the celestial equator. The Earth’s geo- 
graphic poles are projected onto the celestial sphere, 
which defines the north and south celestial poles. 


Right ascension (a) is measured eastward along the 
celestial equator from the vernal equinox to where an 
object’s hour circle meets the celestial equator, usually 
measured full circle in time units from 0" to 24". 


Declination d is an object’s arc distance along its 
hour circle from the celestial equator: positive north of 
the equator and negative south of it. d = + 90° for the 
NCP, and d =-90° for the SCP. 


An object’s hour angle (t) is the arc distance west- 
ward along the celestial equator from its intersection 
with the celestial meridian above the horizon to where 
the celestial equator meets the object’s hour circle. Its 
value increases with time from 0” to 24°. 


Right ascension and declination on the celestial 
sphere are analogous to geographic longitude and lati- 
tude, respectively, on Earth, but their measurements dif- 
fers somewhat. 


Ecliptic coordinate system 


The ecliptic coordinates uses the ecliptic for its 
fundamental plane. The ecliptic is the Sun’s path as it 
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Celestial coordinates 


KEY TERMS 


Celestial equator—The projection into space of the 
Earth’s equator. 


Celestial merdian—tThe circle passing through the 
zenith, zadir, north celestial pole, and south celestial 
pole. 


Ecliptic—The intersection of the Earth’s orbital plane 
with the celestial sphere. 


Galactic equator—The circle through the middle of 
the Milky Way galaxy’s disk, which passes through 
the direction from the solar system to the center of 
the Milky Way. 

Horizon—tThe circle on the celestial sphere 90° from 
the zenith and nadir. 


Hour circles—Half circles from the north celestial 
pole to the south celestial pole. 


Nadir—The point on the celestial sphere directly 
below (by downward extension of the plumb line 
through the Earth) the observer. 


crosses the sky over a one-year period. The ecliptic is 
the basic circle (or the Earth’s orbital plane onto the 
celestial sphere) and the vernal equinox is the zero 
point for these coordinates. The north (NEP) and 
south (SEP) ecliptic poles are 23°.5 from the NCP 
and SCP, respectively, and are everywhere 90° from 
the ecliptic. The ecliptic coordinate system is often 
used to chart the position of solar system objects. 


Celestial longitude (1) is the arc distance eastward 
along the ecliptic from the vernal equinox to where an 
object’s secondary to the ecliptic meets the ecliptic. It 
is expressed in arc units from 0 to 360°. 


Celestial latitude (6) is an object’s arc distance 
from the ecliptic along its secondary to the ecliptic. It 
is positive north of the ecliptic and negative south of it. 

= +90° at the NEP and b =-90° at the SEP. These 
coordinates may be either geocentric (Earth-centered) 
or heliocentric (Sun-centered). 


Galactic coordinate system 


The galactic coordinates uses the Milky Way gal- 
axy as its fundamental plane. It involves the galactic 
equator, which is its basic circle. The origin of the 
galactic coordinate system is the point of the rotation 
of the Sun around the Milky Way’s axis of rotation. 
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North point of the horizon—tThe intersection of the 
horizon and celestial meridian closer to the north 
celestial pole (NCP). 


North (south) celestial poles (NCP, SCP)—The inter- 
section(s) of the Earth’s rotation axis extended 
beyond the North (South) geographic poles, respec- 
tively, with the celestial sphere. 


Secondaries to the ecliptic—Half circles from the 
north ecliptic pole to the south ecliptic pole. 


Secondaries to the galactic equator—Half circles 
from the north galactic pole to the south galactic pole. 


Vernal equinox—The intersection of the celestial 
equator and ecliptic that the Sun appears to reach 
on or about March 21. 


Vertical circles—Half circles from the zenith to the 
nadir. 


Zenith—The point on the celestial sphere directly 
above (by upward extension of the local direction 
of gravity (plumb line) the observer. 


The north (NGP) and south (SGP) galactic poles are 
90° from the galactic equator and are 62.6° from the 
NCP and SCP, respectively. 


The galactic longitude (1) is the arc distance east- 
ward along the galactic equator from the direction to 
the center of the Milky Way galaxy to where an 
object’s secondary to the galactic equator crosses the 
galactic equator. It ranges from 0 to 360°. 


Galactic latitude (b) is the arc distance of an object 
from the galactic equator along its secondary to the 
galactic equator. Values of b vary from + 90° at the 
NGP to -90° at the SGP. Galactic coordinates of the 
direction to the center of the Milky Way galaxy are 
!=0°, b=0°. Galactic coordinates are usually helio- 
centric but can also be centered at the center of the 
Milky Way galaxy. 
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| Celestial mechanics 


Modern celestial mechanics began with the gen- 
eralization by English physicist and mathematician Sir 
Isaac Newton (1642-1727) of Kepler’s laws published 
in his Principia in 1687. Newton used his three laws of 
motion and his law of universal gravitation to do this. 
The three generalized Kepler’s law are explained in 
more detail below. 


First, the orbits of two bodies around their center 
of mass (barycenter) are conic sections (ellipses, 
circles, parabolas, or hyperbolas) with the center of 
mass at a focus of each conic sections. 


Second, the line joining the center of the two 
bodies sweeps out equal areas in their orbits in equal 
time intervals. Newton showed that this is a conse- 
quence of conservation of angular momentum of an 
isolated two-body system unperturbed by other forces 
(Newton’s third law of motion). 


Third, from his law of universal gravitation, 
which states that Bodies 1 and 2 of masses M, and 
M>, respectively, whose centers are separated by a 
distance (r), experience equal and opposite attractive 
gravitational forces F, of magnitudes: 


__ GMM, (Eq. 1) 
— 


F, 


where G is the Newtonian gravitations factor, and 
from his second law of motion, Newton derived the 
following general form of Kepler’s third law for these 
bodies moving around the center of mass along ellip- 
tical or circular orbits: 
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where P is the sidereal period of revolution of the 
bodies around the center of mass, 7 is the ratio of the 
circumference of a circle to its diameter, X, M, and M> 
are the same as in Equation | and a is the semi-major 
axis of the relative orbit of the center of the less mas- 
sive Body 2 around the center of the more massive 
Body I. 
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These three generalized Kepler’s law form the 
basis of the two-body problem of celestial mechanics. 
Astrometry is the branch of celestial mechanics that is 
concerned with making precise measurements of the 
positions of celestial bodies, then calculating precise 
orbits for them based on the observations. In theory, 
only three observations are needed to define the orbit 
of one celestial body relative to a second one. Actually, 
many observations are needed to obtain an accurate 
orbit. 


However, for the most precise orbits and predic- 
tions, the vast majority of systems investigated are not 
strictly two-body systems but consist of many bodies 
(the solar system, planetary satellite systems, multiple 
star systems, star clusters, and galaxies). 


Planetary perturbations 


To a first approximation, the solar system consists 
of the Sun and eight major planets, a system much more 
complicated than a two-body problem. However, use of 
Equation 2 with reasonable values for the astronomical 
unit (a convenient unit of length for the solar system) 
and for G showed that the Sun is far more massive than 
even the most massive planet Jupiter (whose mass is 
0.000955 the Sun’s mass). This showed that the grav- 
itational forces of the planets on each other are much 
weaker than the gravitational forces between the Sun 
and each of the planets. This concept enabled astron- 
omers to consider the gravitational interactions of the 
planets as producing small changes with time pertur- 
bations) in the elliptical orbit of each planet around 
the center of mass of the solar system (which is always 
in or near the Sun). If the Sun and a planet (say the 
Earth or Jupiter) were alone in empty space, scientists 
would have an ideal two-body problem and they 
would expect the two-body problem as defined by 
the generalized Kepler’s law to exactly describe their 
orbits around the systems’ center of mass. Then, the 
seven orbital elements (of which a and y are two) ofa 
planet’s orbit should remain constant forever. 


However, the gravitational forces of the other 
planets on a particular planet cause its orbit to change 
slightly over time. These changes can be accurately 
allowed for over limited time intervals by calculating 
the perturbations of its orbital elements over time that 
are caused by the gravitational forces of the other 
planets. 


Historically, perturbation theory has been more 
useful than merely providing accurate predictions of 
future planetary positions. Only six major planets 
were known when Newton published his Principia. 
German-born English astronomer William Herschel 
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Celestial mechanics 


(1738-1822) fortuitously discovered Uranus, the sev- 
enth major planet from the Sun, in March 1781. The 
initial orbital elements calculated for Uranus did not 
accurately allow prediction of its future position even 
after inclusion of the perturbations caused by the six 
other major planets. Before 1821, Uranus was consis- 
tently observed to be ahead of its predicted position in 
its orbit; afterwards, it lagged behind its predicted 
positions. 


John Couch Adams (1819-1892) in England and 
Urbain Leverier (1811—1877) in France, hypothesized 
that Uranus had passed an undiscovered massive 
planet further than it was from the Sun in the year 
1821. They both made detailed calculations to locate 
the position of the undiscovered planet perturbing the 
motion of Uranus. Johann Galle (1812-1910) in 
Berlin, Germany, used Leverier’s calculations to dis- 
cover the unknown planet in September 1846, which 
was then named Neptune. 


Further unexplained perturbations of the orbits of 
Uranus and Neptune led American astronomer 
Percival Lowell (1855-1916) and several other astron- 
omers to use them to calculate predicted positions for 
another undiscovered (trans-Neptunian) planet 
beyond Neptune’s orbit. Lowell searched for the 
trans-Neptunian planets he predicted from 1906 until 
his death in November 1916 without finding it. The 
search for a trans-Neptunian planet was resumed in 
1929 at Lowell Observatory, where American astron- 
omer Clyde Tombaugh (1906-1997) who discovered 
Pluto in February 1930. 


Lowell had predicted that a planet more massive 
than Earth produced the unexplained perturbations. 
During the years following Pluto’s discovery, how- 
ever, detailed studies of its perturbations of the orbits 
of Uranus and Neptune showed that Pluto is consid- 
erably less massive than Earth. The discovery of 
Pluto’s satellite, Charon, in 1978 allowed the determi- 
nation of the total mass of Pluto and Charon from 
Equation 2 that is about 0.00237 Earth’s mass (about 
0.2 the mass of Earth’s moon). There are two conse- 
quences of this discovery; Tombaugh’s discovery of 
Pluto may have been fortuitous, and one may make 
the case that Pluto is not a major planet. (In fact, as of 
August 24, 2006, Pluto had been demoted to a dwarf 
planet by the International Astronomical Union.) 


The discrepancy in mass between the masses pre- 
dicted by Lowell and others for the trans-Neptunian 
planet and the mass of the Pluto-Charon double 
planet has led to a renewed search for one or more 
additional trans-Neptunian planet(s) that still contin- 
ues. The opinion also exists that the unexplained 
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perturbations of the orbits of Uranus and Neptune 
are caused by systematic errors in some early 
measurements of their positions and that no trans- 
Neptunian planets with masses on the order of 
Earth’s mass exist. 


Resonance phenomena 


Ceres, the first asteroid or minor planet, was dis- 
covered to orbit the Sun between the orbits of Mars 
and Jupiter in 1801. Thousands of other asteroids have 
been discovered in that part of interplanetary space, 
which is now called the Main Asteroid Belt. 


Daniel Kirkwood (1815-1895) noticed in 1866 
that the periods of revolution of the asteroids around 
the Sun did not form a continuous distribution over 
the Main Asteroid Belt but showed gaps (now known 
as Kirkwood’s gaps) at periods corresponding to one- 
half, one-third, and two-fifths of Jupiter’s period of 
revolution (11.86 sidereal years). This phenomenon 
can be explained by the fact that, if an asteroid is in 
one of Kirkwood’s gaps, then every second, third, or 
fifth revolution around the Sun, it will experience a 
perturbation by Jupiter of the same direction and 
magnitude; over the course of millions of years. 
These perturbations move asteroids out of the 
Kirkwood’s gaps. This is a resonance effect of plane- 
tary perturbations, and it is only one of several reso- 
nance phenomena found in the solar system. 


Ratios between the periods of revolution of several 
planets around the Sun are another resonance phenom- 
enon that is poorly understood. The periods of revolu- 
tion of Venus, Earth, and Mars around the Sun are 
nearly in the ratio is 5:8:15. The periods of revolution 
of Jupiter and Saturn are nearly in a 2:5 ratio, and for 
Uranus, Neptune, and Pluto they are nearly in a 1:2:3 
ratio. The 2:3 ratio between the periods of revolution of 
Neptune and Pluto makes Pluto’s orbit more stable. Due 
to the ellipticity of its orbit, near perihelion (the point on 
its orbit closest to the Sun) Pluto comes closer to the Sun 
than Neptune. Pluto last reached perihelion in 
September 1989; it has been closer to the Sun than 
Neptune since 1979 and will continue to be closer until 
1998, when it will resume its usual place further from 
Neptune. However, Neptune was the Sun’s most distant 
known planet from 1995 to 1998! Recent calculations 
showed that, because of the 2:3 ratio of the orbital 
periods, the orientation of Pluto’s orbit, and of the posi- 
tions of Neptune and Pluto in their orbits, Neptune and 
Pluto have never been closer than 2,500,000,000 km (1.5 
billion miles) in the last 10,000,000 years. Without the 2:3 
ratio of their orbital periods, Pluto probably would have 
had a close encounter with Neptune, which could have 
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ejected Pluto and Charon into separate orbits around the 
Sun that are drastically different from the system’s 
present orbit. 


Jupiter’s inner three Gallean satellite, lo, Europa, 
and Ganymede, have orbital periods of revolution 
around Jupiter that are nearly in the ratio 1:2:4. Five of 
Saturn’s closest satellites, Pandora, Mimas, Enceladus, 
Tethys, and Dione, have orbital periods of revolution 
around Saturn that are nearly in the ratio 4:6:9:12:18. 
Resonance effects produced by some of these satellites, 
especially the 1:2 resonance with Mimas’ period of rev- 
olution around Saturn, seem to have produced the 
Cassini Division between Saturn’s A and B rings, 
which is analogous to the 1:2 Kirkwood’s gap in the 
Main Asteroid Belt. A 3:4 orbital period resonance 
seems to exist between Saturn’s largest satellite Titan 
and its next satellite out Hyperion. 


Other resonances between the satellites and ring 
systems of Jupiter, Uranus, and Neptune are not clear 
because these ring systems are far less developed than 
that of Saturn. 


Tidal effects 


A tidal effect is produced when the gravitational 
pull of one body ona second one is appreciably greater 
on the nearer part of the second one than on its center, 
and in turn, the first body’s pull on the second one’s 
center is greater than its pull on the second one’s most 
distant part. Unlike the gravitational force (Fy), which 
varies as the inverse square of the distance (r) between 
the centers of the two bodies (1/rz); see Equation 1, the 
tidal effect varies as the inverse cube (1/r*) of the 
distance between their centers. Both the Moon and 
the Sun raise tides in Earth’s oceans, atmosphere, 
and solid body. The lag of the tides raised in the oceans 
behind the Moon’s crossings of the celestial meridian 
causes a gravitational interaction between Earth and 
Moon that slows the Earth’s rotation and moves the 
Moon’s orbit further from Earth. 


Tides raised in the Moon’s solid body by Earth 
have slowed its rotation until it has become tidally 
locked to Earth (the Moon keeps the same hemisphere 
turned towards Earth, and its periods of rotation and 
revolution around Earth are the same, 27.32 mean 
solar days). Eventually Earth’s rotation will be slowed 
to where Earth will be tidally locked to the Moon, and 
the durations of the sidereal day and sidereal month 
will both equal about 47 present mean solar days. 


Tidal evolution has forced most planetary satel- 
lites to become tidally locked to their planets. This 
includes all of Jupiter’s Galilean satellites and its 
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four small satellites closer to Jupiter than Io, probably 
most of Saturn’s satellites out to Iasetus (Titan, 
Saturn’s largest satellite, is probably tidally locked to 
Saturn), the satellites of Uranus and Neptune, and the 
Pluto-Charon double dwarf planet. Tidal action in 
Io’s interior produced by Jupiter (and to a lesser 
degree by its next satellite out Europa) powers volcan- 
ism on Io, making it the most volcanically active body 
in the solar system. Tidal effects also may have pow- 
ered volcanic activity on Europa and Ganymede, 
Saturn’s satellite Enceladus, and Uranus satellites 
Miranda and Ariel; all of them show some evidence 
of resurfacing. Some of Earth’s internal heat may have 
been produced by the Moon’s tidal action. 


The Sun’s tidal action on Mercury at perihelion 
has tidally locked Mercury’s rotation to its angular 
velocity near perihelion, which is 1.5 times Mercury’s 
average orbital angular velocity; Mercury’s rotation 
period is 58.6 days, two-thirds of its 87.9 day period of 
revolution around the Sun. 


When two bodies are very close together, tidal 
forces tending to disrupt a body can equal or exceed 
the attractive gravitational forces holding it together. If 
the tidal stresses exceed the yield limits of the body’s 
material, the body will gradually disintegrate into many 
smaller bodies. French mathematician Edouard Albert 
Roche (1820-1883) studied the limiting separation of 
two bodies where the tidal and gravitational forces are 
equal; it usually between two to three times the radius 
of the more massive body and depends on the relative 
densities of the bodies and their state of motion. If two 
bodies approach closer than this Roche limit, one 
(usually the smaller, less massive body) or both bodies 
will begin to disintegrate. The rings of some of the 
Jovian planets may have formed from the tidal disin- 
tegration of one or more of their close satellites. 
Theory predicts that after the Earth’s and Moon’s 
rotations become tidally locked (see above), the 
Sun’s tides raised on Earth will cause the Moon to 
approach Earth. If this effect lasts long enough, the 
Moon may get closer to Earth than its Roche limit, be 
disintegrated by Earth’s tidal forces, and form a ring 
of small bodies that orbit Earth. 


Tidal effects act on close double stars, distorting 
their shapes, changing their orbits, and sometimes 
tidally locking their rotations. In some cases, tidal 
effects cause streams of gas to flow in a double star 
system and can transfer matter from one star to the 
other or allow it to escape into interstellar space. Tidal 
effects even seem to act between galaxies, with one 
galaxy distorting the form of its neighbor. 
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Celestial mechanics 


Precession 


Rapidly rotating planets and satellites have appreci- 
able equatorial bulges as a consequence of Newton’s first 
law of motion. If the rotation axis of such a body is not 
perpendicular to its orbit, other bodies in the system will 
exert stronger gravitational attractions on the near part 
of the bulge than its far part. The effect of this difference 
is to tend to turn the body’s rotation axis perpendicular 
to the plane of its orbit. Because the body is rotating 
rapidly, however, this does not happen, and, like the 
rotation axis of a spinning top, the body’s rotation axis 
describes a cone in space whose axis is the perpendicular 
to the body’s orbit (in a two-body system). This phenom- 
enon is called precession, and it is important for Earth, 
Mars, and the Jovian planets. For Earth, precession 
causes its celestial poles to describe small circles of 
23°.5 arc radii around its ecliptic poles and the equinoxes 
to move westward on the ecliptic. They require 25,800 
years to make one 360° circuit around the ecliptic poles 
and the ecliptic. For Mars, the estimated period of pre- 
cession is about 175,000 years. 


Non-gravitational effects 


Physicists in the twentieth century found that pho- 
tons of light possess momentum that, when they are 
absorbed or reflected by material bodies, transfers 
momentum to the bodies, producing a light pressure 
effect. The interaction of photon velocity of light with 
the orbital velocities of bodies orbiting the Sun pro- 
duces a retarding effect on their orbits known as the 
Poynting-Robertson effect. These effects are insignif- 
icant for large solar system bodies, but are important 
for bodies smaller than 0.394 in (1 cm) in diameter. 
The Poynting-Robertson effect causes such small 
interplanetary particles to spiral inwards towards the 
Sun and to eventually be vaporized by heating from its 
radiation. Much smaller (micron-sized) particles will 
be pushed out away from the Sun by light pressure 
that, along with electromagnetic forces, are the dom- 
inant mechanisms for the formation of comet tails. 


The three-body problem 


No closed general solution has been found for the 
problem of systems of three or more bodies whose 
motions are controlled by their mutual gravitational 
attractions in a form analogous to the generalized 
Kepler’s laws for the two-body problem. 


However, in 1772 Joseph Lagrange (1736-1813) 
found a special stable solution known as the restricted 
three-body problem. If the second body in the 
three-body system has a mass Mz less than 0.04M, 
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where M, is the mass of the most massive Body 1, 
then there are five stability points in the orbital plane 
of Bodies | and 2. Three of these points, L;, L2, and L3 
lie on the line joining Bodies 1 and 2. The stability of 
particles placed at these points is minimal; slight per- 
turbations will cause them to move away from these 
points indefinitely. The points L4 and Ls, respectively 
60° ahead of and 60° behind Body 2 in its orbit around 
the system’s center of mass, are more stable; particles 
placed there will, if slightly perturbed, go into orbits 
around these points. 


Lagrange’s solution became relevant to the solar 
system in 1906 when Max Wolf (1863-1952) discovered 
the asteroid Achilles in Jupiter’s orbit but about 60° 
ahead of it (near the Ly point of the solution). Several 
hundred such asteroids are now known; they are called 
the Trojan asteroids, since they are named for heroes of 
the Trojan War. Following the three-body problem, the 
Sun is Body 1, Jupiter is Body 2, and the asteroids 
Achilles, Agamemnon, Ajax, Diomedes, Odysseus, 
and other asteroids named after Greek heroes cluster 
around the L4 point of Jupiter’s orbit, forming the 
Greek camp. The asteroids Anchises, Patroclus, 
Priam, Aneas, which are named for Trojan heroes, 
cluster around the Ls point (60° behind Jupiter in its 
orbit), forming the Trojan camp. The L, and Ls points 
of the orbits of Earth, Mars, and Saturn around the Sun 
and of the Moon’s orbits around the Earth have been 
searched for the presence of small bodies ranging in size 
from asteroids to interplanetary dust without con- 
firmed success. In Saturn’s satellite system, with 
Saturn as Body | and its satellite Dione as Body 2, 
Saturn’s small satellite Helene orbits Saturn in 
Dione’s orbit near the Ly point. With Saturn’s satellite 
Tethys as Body 2, Saturn’s satellite Telesto orbits in 
Tethys’ orbit close to the leading L, point and Calypso 
orbits close to the-following Ls point. 


The n-body problem 


For systems of n gravitationally interacting bodies 
where n = 3 to thousands (that is, multiple stars and star 
clusters where the member stars are of comparable 
mass), the Virial theorem—by working with a system’s 
gravitational potential energy and the kinetic energies 
of the member stars—can give some insight into the 
system’s stability and evolution. However, the theorem 
gives mainly information of a statistical nature about 
the system. It cannot define the space trajectory of a 
specific star in the system over an extended time inter- 
val. Therefore, it cannot predict close encounters of it 
with other stars nor whether or not this specific star will 
remain part of the system or will be ejected from it. 
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Recent developments 


In the last 35 years, high performance computers 
have been used to study the n-body problem (n=3 to 
n= 10 or more) by stepwise integration of the orbits of 
the gravitationally interacting bodies. Earlier com- 
puters were incapable of performing such calculations 
over sufficiently long time intervals. The study of the 
stability of Pluto’s orbits over the last 10,000,000 
years, as mentioned above, was made for n=5 (the 
Sun and the Jovian planets) perturbing Pluto’s orbit. 
Some other studies have treated the solar system as a 
n=9 system (the Sun and the eight major solar system 
bodies) over time intervals of several million years. 


However, the finite increments of space and time 
used in stepwise integrations introduce small uncer- 
tainties in the predicted positions of solar system 
objects. These uncertainties increase as the time inter- 
val covered by the calculations increases. This has led 
to the application to celestial mechanics of a new con- 
cept in science, chaos, which started to develop in the 
1970s. Chaos studies indicate that, due to increasing 
inaccuracy of prediction from integration calculations 
and, also, due to incompleteness of the mathematical 
models integrated, meaningful predictions about the 
state or position of a system cannot be made beyond 
some finite time. One result is that Pluto’s orbit is 
chaotic over times of about 800 million years, so that 
its orbit and position in the early solar system or 
billions of years from now cannot be specified. In 
addition, the rotation of Saturn’s satellite Hyperion 
appears to be chaotic. Chaos is now being applied to 
studies of the stability of the solar system, a problem 
which celestial mechanics has considered for centuries 
without finding a definite answer. 


Chaos has also been able to show how certain orbits 
of main belt asteroids can, over billions of years, evolve 
into orbits that cross the orbits of Mars and Earth, 
producing near-Earth asteroids (NEAs), of which over 
100 are now known. Computer predictions of NEA 
orbits are now being made to identify NEAs that may 
collide with Earth in the future. Such collisions would 
threaten the very existence of human civilization. The 
prediction of such Earth-impacting asteroids may allow 
them to be dejected past Earth or to be destroyed. The 
space technology to do this may be available soon. 


High performance computers and the concept of 
chaos are now also being used to study the satellite 
systems of the Jovian planets. They have also been 
used to study the orbits of stars in multiple star systems 
and the trajectories of stars in star clusters and galaxies. 


The search for planets around other stars is also a 
recent development. It uses the theory of the two-body 
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problem, starting from earlier work on astrometric 
double stars. Such stars have proper motions in the 
sky that are not straight lines as is the case for single 
stars. Instead, they are wavelike curves with periods of 
some years. This indicates that they are actually dou- 
ble stars with the visible star moving around the sys- 
tem’s center of mass (which has straight-line proper 
motion) with an unseen companion. The stellar com- 
panions of Airius A (Gliese 244A), Procyon A (Gliese 
280A), Ross 614 A (Gliese 234A), and Mu Cassiopeiae 
(Gliese 53A) were first detected as astrometric double 
stars before being observed optically. Small depar- 
tures of the proper motions of stars from straight 
lines have been used since 1940 to predict the presence 
of companions of substellar mass (less than 0.07 solar 
mass) around nearby stars. 


Action of a star around a double star system’s 
center of mass produces periodic variations of the 
Doppler shift of the star’s spectral lines as the star 
first approaches Earth, then recedes from it as seen 
from the system’s center of mass. Since 1980, very 
precise spectroscopic observations have allowed 
searches for companions of substellar mass of visible 
stars to be made at several observatories. 


These methods have allowed many companions of 
substellar mass (so-called brown dwarfs and bodies of 
Jovian planet mass) to be discovered near stars other 
than the Sun. In fact, since 1995, hundreds of brown 
dwarfs have been discovered and it appears that they 
may be very numerous. In addition, as of October 2006 
according to the Extrasolar Planets Encyclopedia, 208 
planetary systems have been discovered—1 54 in single- 
planet systems, 48 in 20 multiple-planet systems, and 
six orbiting pulsars. The search for planets orbiting 
normal stars continues; this is closely associated with 
the Search for Extra-Terrestrial Intelligence (the SETI 
Project). 


Since 1957, the Space Age has accelerated the devel- 
opment of the branch of celestial mechanics called astro- 
dynamics, which is becoming increasingly important. In 
addition to the traditional gravitational interactions 
between celestial bodies, astrodynamics must also con- 
sider (rocket) propulsion effects that are necessary for 
inserting artificial satellites and other spacecraft into 
their necessary orbits and trajectories. Aerodynamic 
effects must sometimes be considered for planets and 
satellites with appreciable atmospheres (Venus, Earth, 
Mars, the Jovian planets, Io, Titan, Neptune’s satellite 
Britons, and Pluto). Trajectory building is a new part 
of astrodynamics; it consists of combining different 
conic section orbits and propulsion segments along 
with planet and planetary satellite flybys to increase 
spacecraft payload on missions requiring very large 
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propellant expenditures. The spacecraft Voyager 1 and 
Voyager 2, Magellan, Galileo, and Cassini/Huygens have 
all used trajectory building to reach their destinations. 
Minor perturbations due to light pressure, the Poynting- 
Robertson Effect, and electromagnetic effects some- 
times must also be considered. 


The solar sail is now being studied in spacecraft 
design as a way of using the light pressure from starlight 
on solar sails to maneuver spacecraft and propel them 
through interplanetary space. Finally, the development of 
astrodynamics has increased the importance of hyperbolic 
orbits, since so far, most flybys of planets and planetary 
satellites by spacecraft have occurred along hyperbolic 
orbits. The spacecraft Pioneers 10 and 1] and Voyagers 
7 and 2 are leaving the solar system along hyperbolic 
orbits with respect to the Sun that will take them into 
interstellar trajectories around the center of the Milky 
Way galaxy. Their hyperbolic orbits are being checked 
by intermittent radio signals from their transmitters as 
they leave the solar system for perturbations that could 
be produced by the gravitational attractions of undiscov- 
ered trans-Neptunian planets. 


See also Brown dwarf; Celestial coordinates; 
Gravity and gravitation; Precession of the equinoxes; 
Stellar evolution. 
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I Celestial sphere: The apparent 


motions of the Sun, Moon, 
planets, and stars 


The celestial sphere is an imaginary projection of the 
Sun, Moon, planets, stars, and all astronomical bodies 
upon an imaginary sphere surrounding Earth. Although 
originally developed as part of the ancient Greek con- 
cept of an Earth-centered (geocentric) universe, the 
hypothetical celestial sphere gives astronomers an 
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important tool for fixing the location and plotting move- 
ments of celestial objects. 


Ancient Greek astronomers envisioned concentric 
crystalline spheres centered around Earth, upon which 
the Sun, Moon, planets, and stars moved. Although 
heliocentric (Sun-centered) models of the universe 
were also proposed by the Greeks, they were disre- 
garded as counterintuitive to the apparent motions of 
celestial bodies across the sky. 


Early in the sixteenth century, Polish astrono- 
mer Nicolaus Copernicus (1473-1543) reasserted the 
heliocentric theory. Although sparking a revolution 
in astronomy, this system was deeply flawed by the 
fact the sun is certainly not the center of the uni- 
verse, and Copernicus’s insistence that planetary 
orbits were circular. Even so, the heliocentric 
model developed by Copernicus fit observed data 
better than the ancient Greek geocentric concept. 
For example, the periodic backward or retrograde 
motion of Mars, Jupiter, and Saturn, and the lack 
of such motion for Mercury and Venus was more 
readily explained by the fact that the former plan- 
ets’ orbits were outside of Earth’s. Thus, Earth 
“overtook” them as it circled the Sun. 


Planetary positions could also be predicted much 
more accurately using the Copernican model. Danish 
astronomer Tycho Brahe’s (1546-1601) precise obser- 
vations of movements across the celestial sphere 
allowed German astronomer and mathematician 
Johannes Kepler (1571-1630) to formulate his laws 
of planetary motion that correctly described the plan- 
et’s elliptical orbits. 


The modern celestial sphere is an extension of the 
latitude and longitude coordinate system used to fix 
terrestrial location, a grid system that can plot any 
location on Earth’s surface. Latitudes—also known 
as parallels—mark and measure distance north or 
south from the equator. Earth’s equator is designated 
0° latitude. The north and south geographic poles 
respectively measure 90° north (N) and 90° south (S) 
from the equator. The angle of latitude is deter- 
mined as the angle between a transverse plane cut- 
ting through Earth’s equator and the right angle 
(90°) of the polar axis. Longitudes—also known as 
meridians—are great circles that run north and 
south, and converge at the north and south geo- 
graphic poles. 


On the celestial sphere, projections of latitude and 
longitude are transformed into declination and right 
ascension. A direct extension of Earth’s equator at 
0° latitude is the celestial equator at 0° declination. 
Corresponding to Earth’s rotation, right ascension is 
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with latitude. The observer’s zenith is directly overhead. (K. Lee Lerner, with Argosy. The Gale Group.) 


measured from zero to 24 hours around the celestial 
sphere. Accordingly, one hour represents 15 angular 
degrees of travel around the 360° celestial sphere. 


Declination is subdivided into arcminutes and 
arcseconds. In 1° of declination, there are 60 arcmi- 
nutes (60’) and in one arcminute there are 60 arcsec- 
onds (60%). Right ascension hours are subdivided into 
minutes and seconds of time. 


The designation of 0° longitude is an arbitrary 
international convention held since the days of 
British naval superiority. This established the 0° line 
of longitude—or Prime Meridian—as the great circle 
that passes through the Royal Observatory in 
Greenwich, England. On the celestial sphere, zero 
hours (0 h) right ascension 1s also arbitrarily defined 
by international convention as the line of right ascen- 
sion where the ecliptic—the apparent movement of the 
Sun across the celestial sphere established by the plane 
of Earth’s orbit around the Sun—intersects the celes- 
tial equator at the vernal equinox. 


Just as every point on Earth can be expressed with 
a unique set of latitude and longitude coordinates, 
every object on the celestial sphere can be specified 
by declination and right ascension coordinates. For 
any latitude on Earth’s surface, the extended declina- 
tion line crosses the observer’s zenith—the highest 
point on the celestial sphere directly above the 
observer. By international agreement and customary 
usage, declinations north of the celestial equator are 
designated as positive (+) and declinations south of 
the celestial equator are designated as negative (—). 


The polar axis is an imaginary line that extends 
through the north and south geographic poles. The 
earth rotates on its axis as it revolves around the Sun, 
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tilted approximately 23.5 degrees to the plane of the 
ecliptic. The changing tilt of Earth’s polar axis is prin- 
cipally responsible for the cyclic progressions of the 
seasons. The polar axis also establishes the principal 
axis about which the celestial sphere rotates, creating 
north and south celestial poles. In the Northern 
Hemisphere, the star Polaris (also known as the 
North Star)is currently within approximately one 
degree (1°) of the north celestial pole. This means 
that all stars and other celestial objects appear to 
rotate about Polaris; depending on the latitude of 
observation, stars located near Polaris (circumpolar 
stars) may never “set.” 


For any observer, the angle between the north 
celestial pole and the terrestrial horizon equals and 
varies directly with latitude north of the equator. For 
example, at 30° N latitude an observer views Polaris at 
+30° declination; at the terrestrial North Pole (90° N), 
Polaris would be directly overhead (at the zenith) at 
+90° declination. 


The celestial meridian is an imaginary arc from 
the north point on the terrestrial horizon through the 
north celestial pole and zenith that terminates on the 
south point of the terrestrial horizon. Regardless of 
location on Earth, an observer’s celestial equator 
passes through the east and west points of the terres- 
trial horizon. In the Northern Hemisphere, the celes- 
tial equator is displaced southward from the zenith 
(the point directly over the observer’s head) by the 
number of degrees equal to the observer’s latitude. 


Rotation about the polar axis results in the diur- 
nal cycle of night and day, causing the apparent 
motion of the Sun across the imaginary celestial 
sphere. The Earth rotates about the polar axis at 
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approximately 15 angular degrees per hour and makes 
a complete rotation in 23.9 hours. This corresponds to 
the apparent rotation of the celestial sphere. Because 
Earth rotates eastward (from west to east), objects on 
the celestial sphere usually move along paths from east 
to west (1.e., the Sun “rises” in the east and “sets” in the 
west). One complete rotation of the celestial sphere 
comprises a diurnal cycle. 


As Earth rotates on its polar axis, it makes a 
slightly elliptical orbital revolution about the Sun in 
365.26 days. Earth’s revolution about the Sun also 
corresponds to the cyclic and seasonal changes of 
observable stars and constellations on the celestial 
sphere. Although stars grouped in traditional constel- 
lations have no proximate spatial relationship to one 
another (i.e., they may be billions of light years apart) 
that do have an apparent relationship as a two-dimen- 
sional pattern of stars on the celestial sphere. 
Accordingly, in the modern sense, constellations 
establish regional location of stars on the celestial 
sphere. 


A tropical year (i.e., a year of cyclic seasonal 
change), equals approximately 365.24 mean solar 
days. During this time, the Sun appears to travel com- 
pletely around the celestial sphere on the ecliptic and 
return to the vernal equinox. In contrast, one orbital 
revolution of Earth about the Sun returns the Sun to 
the same backdrop of stars—and is measured as a 
sidereal year. On the celestial sphere, a sidereal day is 
defined as the time it takes for the vernal equinox— 
starting from an observer’s celestial median—to rotate 
around with the celestial sphere and recross that same 
celestial median. The sidereal day is due to Earth’s 
rotational period. Because of precession, a sidereal 
year is approximately 20 minutes and 24 seconds lon- 
ger than a tropical year. Although the sidereal year 
more accurately measures the time it takes Earth to 
completely orbit the Sun, the use of the sidereal year 
would eventually cause large errors in calendars with 
regard to seasonal changes. For this reason the trop- 
ical year is the basis for modern Western calendar 
systems. 


Seasons are tied to the apparent movements of the 
Sun and stars across the celestial sphere. In the 
Northern Hemisphere, summer begins at the summer 
solstice (approximately June 21) when the Sun is 
reaches its apparent maximum declination. Winter 
begins at the winter solstice (approximately 
December 21) when the Sun’s highest point during 
the day is its minimum maximum daily declination. 
The changing orientation of Earth’s polar axis to the 
Sun alters the Sun’s apparent declination. The vernal 
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and autumnal equinox are denoted as the points where 
the celestial equator intersects the ecliptic. 


The location of sunrise on the eastern horizon, and 
sunset on the western horizon also varies between a north- 
ernmost maximum at the summer solstice to a southern- 
most maximum at the winter solstice. Only at the vernal 
and autumnal equinox does the Sun rise at a point due east 
or set at a point due west on the terrestrial horizon. 


During the year, the moon and planets appear to 
move in a restricted region of the celestial sphere termed 
the zodiac—a region extending outward approximately 8° 
from each side of the ecliptic. The modern celestial sphere 
is divided into twelve traditional zodiacal constellation 
patterns (corresponding to the pseudoscientific astrolog- 
ical zodiacal signs) through which the Sun appears to 
travel by successive eastward displacements throughout 
the year. 


During its revolution about the Sun, Earth’s polar 
axis exhibits parallelism to Polaris. Although observing 
parallelism, the orientation of Earth’s polar axis exhibits 
precession—a circular wobbling exhibited by gyro- 
scopes—that results in a 28,000-year-long precessional 
cycle. Currently, Earth’s polar axis points roughly in the 
direction of Polaris. As a result, over the next 11,00 years 
Earth’s axis will precess or wobble so that it assumes an 
orientation toward the star Vega. Precession causes an 
object’s celestial coordinates to change. As a result, celes- 
tial coordinates are usually accompanied by a date for 
which the coordinates are valid. 


Corresponding to Earth’s rotation, the celestial 
sphere rotates through 1° in about four minutes. 
Because of this, sunrise, sunset, moonrise, and moon- 
set, all take approximately two minutes because both 
the Sun and Moon have the same apparent size on the 
celestial sphere (about 0.5°). The Sun is, of course, 
much larger, but the Moon is much closer. If measured 
at the same time of day, the Sun appears to be dis- 
placed eastward on the star field of the celestial sphere 
by approximately 1° per day. Because of this apparent 
displacement, the stars appear to rise approximately 
four minutes earlier each evening and set four minutes 
later each morning. Alternatively, the Sun appears to 
rise four minutes earlier each day and set four minutes 
earlier each day. A change of approximately four 
minutes a day corresponds to a 24-hour cycle of rising 
and setting times that comprise an annual cycle. In 
contrast, if measured at the same time each day, the 
Moon appears to be displaced approximately 13° east- 
ward on the celestial sphere per day and therefore rises 
and sets almost one hour earlier each day. 


Because the Earth revolves about the Sun, its dis- 
placement along its orbital path causes the time it takes 
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to complete a cycle of lunar phases—a synodic month— 
and return the Sun, Earth, and Moon to the same starting 
alignment to be slightly longer than the sidereal month. 
The synodic month is approximately 29.5 days. 


Earth rotates about its axis at approximately 15 
angular degrees per hour. Rotation dictates the length 
of the diurnal (day/night) cycle, creating time zones 
with differing local noons. Local noon occurs when 
the Sun is at the highest point during its daily skyward 
arch from east to west (i.e., when the Sun is at its zenith 
on the celestial meridian). The Sun’s location (and 
reference to local noon) is described as ante meridian 
(A.M.—east of the celestial meridian—or post meridian 
p.M.)}—west of the celestial meridian. 


See also Astrolabe; Celestial mechanics; Cosmology; 
Geographic and magnetic poles; Precession of the equi- 
noxes; Solar illumination: Seasonal and diurnal patterns; 
Zodiacal light. 
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K. Lee Lerner 


l Cell 


The cell is the smallest living component of organ- 
isms and is the basic unit of life. A cell contains the 
genetic material that supplies the coded instructions 
for the manufacture of a new cell, as well as the other 
materials necessary for the cell’s growth and survival. 


In multicellular living things, a collection of cells 
that performs a similar function is called a tissue. 
Various tissues that perform coordinated functions 
form organs, and organs can work together to perform 
the general processes of body systems. As one exam- 
ple, the human digestive system is composed of vari- 
ous organs, including the stomach, pancreas, and the 
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intestines. The tissue that lines the intestine is called 
epithelial tissue. Epithelial tissue, in turn, is composed 
of special cells called epithelial cells. In the small intes- 
tine, these epithelial cells are specialized for their 
absorptive function: each epithelial cell is covered 
with thousands of small projections called microvilli. 
The numerous microvilli greatly increase the surface 
area of the small intestine through which nutrients can 
be absorbed into the bloodstream. 


Types of cells 


Multicellular organisms contain an array of 
highly specialized cells. For example, plants contain 
root cells, leaf cells, and stem cells. In another exam- 
ple, humans have different cells that comprise the skin, 
nerves, and heart. Each kind of cell is structured to 
perform a highly specialized function. Examining a 
cell’s structure can reveal a great deal about its func- 
tion in the organism. For instance, epithelial cells in 
the small intestine are specialized for absorption due 
to the numerous microvilli that crowd their surfaces. 
Nerve cells, or neurons, are another kind of specialized 
cell whose form reflects function. Nerve cells consist of 
a cell body and long processes, called axons, that con- 
duct nerve impulses. Dendrites are shorter processes 
that receive nerve impulses. 


Sensory cells—the cells that detect sensory infor- 
mation from the outside environment and transmit 
this information to the brain—often have unusual 
shapes and structures that contribute to their function. 
The rod cells in the retina of the eye are structurally 
unique. Shaped like a rod, these cells have a light- 
sensitive region that contains numerous membranous 
disks. Within each disk is embedded a special light- 
sensitive pigment that captures light. When the pig- 
ment receives light from the outside environment, 
nerve cells in the eye are triggered to send a nerve 
impulse in the brain. In this way, humans are able to 
detect light. 


Cells also exist as single-celled organisms. Protists 
are single-celled organisms. Examples of protists 
include the microscopic organism called Paramecium 
and the single-celled alga called Chlamydomonas. 
Bacteria are also single-celled organisms. 


Prokaryotes and eukaryotes 


Prokaryotes (literally, “before the nucleus”) are 
cells that have no distinct nucleus. Instead, the genetic 
material is disperded in the interior material of the cell 
(the cytoplasm). Most prokaryotic organisms are 
single-celled, such as bacteria and algae. In contrast, 
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Figure 1. A plant cell. (Dr. Dennis Kunkel. Phototake.) 


eukaryotic (literally, “true nucleus”) organisms have a 
distinct nucleus and a highly organized internal struc- 
ture. Also present are membrane-bound structures 
that perform specific functions (an example is the 
lysosome; compartmentalized enzymes that digest 
compounds). Prokaryotes lack these membrane- 
bound regions; digestive enzymes and other functional 
molecules are dispersed in the cytoplams of the pro- 
karyotic cell. 


Cell size and numbers 


An adult human body contains about 60 trillion 
(60 x 10”) cells. Most of these cells are so small that a 
microscope is necessary to see them. The small size of 
cells fulfills a distinct purpose in the functioning of the 
body. If cells were larger, many of the processes that 
cells perform could not occur efficiently. Such a large 
cell has a large volume, which is much larger than 
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surface area. Since nutrients enter the cell via the sur- 
face, only a relatively small amount of nutrients could 
enter the cell. Put another way, a cell would likely 
starve, since the nutrient supply could not keep pace 
with the nutrient demand of the cell. In a small cell, the 
correspondingly smaller volume means that the avail- 
able nutrient level is usually sufficient to support cell 
survivial and growth. 


Another reason for the small size of cells is that 
control of cellular processes is easier in a small cell 
than in a large cell. Cells are dynamic, living things. 
Cells transport substances from one place to another, 
reproduce themselves, and produce various enzymes 
and chemicals for export to the extracellular environ- 
ment. All of these activities are accomplished under the 
direction of the nucleus, the control center of the cell. If 
the nucleus had to control a large cell, then this direc- 
tion might break down. Substances transported from 
one place to another would have to traverse great 
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distances to reach their destinations; reproduction of a 
large cell would be an extremely complicated endeavor; 
and products for export would not be as efficiently 
produced. Smaller cells, because of their more manage- 
able size, are much more efficiently controlled than 
larger cells. 


Cell structure and function 


Prokaryotic and eukaroytic cells share structural 
similarities. Both cell types have a plasma membrane 
through which substances pass into and out of the cell. 
With the exception of a few minor differences, plasma 
membranes are the same in prokaryotes and eukar- 
yotes. The interior of both kinds of cells is called the 
cytoplasm. Finally, both types of cells contain small 
structures called ribosomes that function in protein 
synthesis. Composed of two protein subunits, ribo- 
somes are not bounded by membranes; therefore, 
they are not considered organelles. In eukaryotes, 
ribosomes are either bound to an organelle, the endo- 
plasmic reticulum, or exist as “free” ribosomes in the 
cytoplasm. Prokaryotes contain only free ribosomes. 


An example of a typical prokaryote is the bacterial 
cell. Bacteria can be shaped like rods, spheres, or cork- 
screws. All prokaryotes are bounded by a plasma mem- 
brane and contain a rigid layer called the peptidoglycan. 
Some bacteria also contain another membrane, which 
sandwiches the peptidoglycan between the membranes. 
As well, some bacteria have a sugary outer coating 
called a capsule. Many bacteria that cause illness in 
animals have capsules. The capsule provides an extra 
layer of protection against host immune molecules like 
antibodies. Bacteria with capsules generally cause a 
more severe disease than those without capsules. 


Attached to the cell wall of some bacteria are 
flagella, whip-like structures that provide for move- 
ment. Some bacteria also have pili, which are short, 
finger-like projections that assist the bacteria in 
attaching to tissues. Pili are also important disease 
determinants. Bacteria that cause pneumonia, for 
instance, attach to the tissues of the lung. Bacterial 
pili greatly facilitates this attachment to tissues, and 
thus, like capsules, bacteria with pili can be a greater 
disease problem than those without. 


Eukaryote structure 


The organelles found in eukaryotes include the 
membrane system, consisting of plasma membrane, 
endoplasmic reticulum, Golgi body, and vesicles; the 
nucleus; cytoskeleton; and mitochondria. In addition, 
plant cells have special organelles not found in animals 
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cells. These organelles are the chloroplasts, cell wall, 
and vacuoles. 


The membrane system of a cell performs many 
important functions. This system controls the entrance 
and exit of substances into and out of the cell, and also 
provides for the manufacture and packaging of sub- 
stances within the cell. The membrane system of the 
cell consists of the plasma membrane, which encloses 
the cell contents; the endoplasmic reticulum, which 
manufactures lipids and proteins; the Golgi body, 
which packages substances manufactured within the 
cell; and various vesicles, which perform different 
functions. 


The plasma membrane of the cell is selectively 
permeable; that is, the membrane is designed so that 
only certain substances are allowed to cross unaided. 
Other compounds that cross require specialized trans- 
port proteins, or pass through specific channels. The 
plasma membrane is composed of two layers of mol- 
ecules called phospholipids. Each phospholipid mole- 
cule consists of a phosphate “head” and two fatty acid 
chains that dangle from the head. 


The orientation of these two sections of the phos- 
pholipid molecule is crucial to the function of the 
plasma membrane. The phosphate region is hydrophilic 
(literally, “water-loving”). The fatty acid region is 
hydrophobic (literally, “water-hating”) and repels 
water. In the phospholipid bilayer of the plasma mem- 
brane, the phospholipid layers are arranged so that the 
two phosphate hydrophilic regions face outward, 
towards the watery extracellular environment, and 
inward, towards the cellular cytoplasm, which also con- 
tains water. The two hydrophobic fatty acid portions of 
the chains face each other, forming a water-tight shield. 
The plasma membrane functions both as a boundary 
between the cell’s contents and the external cellular 
environment, yet also allows the transport of water- 
containing and other substances across its boundaries. 


Embedded within the plasma membranes of 
eukaryotes are various proteins. These proteins serve 
several distinct functions in the cell. Some proteins are 
pumps or channels for the import and export of sub- 
stances. Other proteins, called antigens, serve as iden- 
tification markers for the cell. Still other proteins help 
the cell form attachments with other cells. Because 
these membrane proteins often protrude out of the 
cell membrane into the extracellular environment, 
they too have hydrophobic and hydrophilic regions. 
Portions of the proteins that are embedded within the 
plasma membrane are hydrophobic, and portions of 
the proteins that extend outward into the extracellular 
environment are hydrophilic. 


841 


19D 


Cell 


Scientists studying plasma membranes use the 
term “fluid-mosaic model” to describe the structure 
of plasma membranes. The “mosaic” portion of the 
model describes the way proteins are embedded within 
the plasma membrane. The “fluid” part of the model 
explains the fluid nature of plasma membranes. 
Rather than being fixed in one place within the plasma 
membrane, experiments have shown that the phos- 
pholipids exhibit some movement within the plasma 
membranes, sometimes moving laterally, sometimes 
(although rarely), flip-flopping from one phospholipid 
layer to another. The membrane proteins also may 
drift within the plasma membrane, albeit more slowly 
than the phospholipids. 


Endoplasmic reticulum 


The endoplasmic reticulum (meaning “within the 
cytoplasm” and “net’) consists of flattened sheets, sacs, 
and tubes of membrane that cover the entire expanse of 
a eukaryotic cell’s cytoplasm. This internal system of 
membrane is continuous with the double membrane 
that surrounds the cell’s nucleus. Therefore, the 
encoded instructions that the nucleus sends out for the 
synthesis of proteins flow directly into the endoplasmic 
reticulum. Within the cell, the endoplasmic reticulum 
synthesizes lipids and proteins. The proteins that the 
endoplasmic reticulum synthesizes, such as enzymes, 
are exported from the cell to perform various functions 
in the body. 


Two types of endoplasmic reticulum are found in 
the eukaryotic cell. Rough endoplasmic reticulum is 
studded with ribosomes on its outer face. These ribo- 
somes are the sites of protein synthesis. Once a protein 
is synthesized on a ribosome, it is enclosed within a 
vesicle, a bubble-type structure. The vesicle travels to 
another organelle called the Golgi body (see below for 
a description). By fusing with the Golgi body mem- 
brane, the contents of the vesicle can be released into 
the Golgi body. Within the Golgi body, the proteins 
within the vesicle are further modified before they are 
exported from the cell. Cells that specialize in protein 
secretion contain large amounts of rough endoplasmic 
reticulum. For instance, cells of the pancreas that 
produce the protein insulin have abundant rough 
endoplasmic reticulum. Plasma cells, white blood 
cells that secrete immune proteins called antibodies, 
are so crowded with rough endoplasmic reticulum it is 
difficult to distinguish other organelles within the 
cytoplasm. 


The other type of endoplasmic reticulum is 
smooth endoplasmic reticulum. Smooth endoplasmic 
reticulum does not have ribosomes and is the site of 
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lipidmetabolism. Here, macromolecules containing 
lipids are broken down into their constituent parts. 
In addition, smooth endoplasmic reticulum functions 
in the synthesis of lipid-containing macromolecules. 
Smooth endoplasmic reticulum is not as common in 
cells as rough endoplasmic reticulum. Large amounts 
of smooth endoplasmic reticulum are found in cells 
that specialize in lipid metabolism. For instance, liver 
cells remove alcohol and drugs from the bloodstream. 
Liver cells have an impressive network of smooth 
endoplasmic reticulum. Similarly, cells of the ovaries 
and testes, which produce the lipid-containing hor- 
mones estrogen and testosterone, contain large 
amounts of smooth endoplasmic reticulum. 


The Golgi body 


Named for its discoverer, the nineteenth century 
Italian scientist Camillo Golgi, the Golgi body is one 
of the most unusually shaped organelles. Looking 
somewhat like a stack of pancakes, the Golgi body 
consists of stacked, membrane-bounded, flattened 
sacs. Surrounding the Golgi body are numerous, 
small, membrane-bounded vesicles. The Golgi body 
and its vesicles function in the sorting, modifying, and 
packaging of macromolecules that are secreted by the 
cell or used within the cell for various functions. 


One portion of the Golgi body receives macro- 
molecules synthesized in the endoplasmic reticulum 
encased within vesicles. A portion of the Golgi body 
located on the opposite side is the site from which 
modified and packaged macromolecules are trans- 
ported to their destinations. 


Within the Golgi body, as the macromolecules 
move from the receiving to the transporting faces of 
the Golgi body, various chemical groups are added to 
the macromolecules so ensure that they reach their 
proper destination. For example, cells called goblet 
cells in the lining of the intestine secrete mucus. The 
protein component of mucous, called mucin, is modi- 
fied in the Golgi body by the addition of carbohydrate 
groups. From the Golgi body, the modified mucin is 
packaged within a vesicle (a small, membranous 
sphere). The vesicle containing its mucus cargo fuses 
with the plasma membrane of the goblet cell, and is 
released into the extracellular environment. 


Vesicles 


Vesicles are small, membrane-bounded spheres 
that contain various macromolecules. Lysosomes are 
vesicles that contain enzymes involved in cellular 
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KEY TERMS 


Actin filament—A type of cytoskeletal filament that 
has can contract. 


Amyloplast—A starch-storing portion of a plant cell. 


Centriole—Paired structures consisting of microtu- 
bules; in animal cells, the centriole has a vital role in 
cell division. 


Chloroplast—Green organelle in higher plants and 
algae in which photosynthesis occurs. 


Cilia—Short tubular projections that cover the sur- 
face of some cells and stimaulate the movement of 
molecules over the surface. 


Crista—pl., cristae; The folds of the inner membrane 
of a mitochondrion. 


Cytoskeleton—A network of assorted protein fila- 
ments attached to the cell membrane and to various 
organelles that comprises the framework for cell 
shape and movement. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial of a cell that contains encoded instructions for 
the synthesis of proteins and other molecules. 


Endoplasmic reticulum—The network of mem- 
branes that extends throughout the cell, and 
which is involved in protein synthesis and the use 
of lipids. 

Eukaryotic cell—A cell whose genetic material is 
carried on chromosomes inside a nucleus encased 
inamembrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Flagellum—Thread-like appendage of certain cells, 
such as sperm cells and some bacteria, which con- 
trols their locomotion. 


Golgi body—The organelle that manufactures, sorts, 
and transports macromolecules within a cell. 
Hydrophilic—“Water-loving;” describes the charged 
phosphate portion of a phospholipid. 


digestion and the digestion of cellular components 
that are chemically targeted for destruction. In a proc- 
ess called phagocytosis, protists surrounds a food particle 
and engulfs it within a vesicle. This food containing vesicle 
is transported within the protist’s cytoplasm until it is 
contiguous with a lysosome. The food vesicle and lyso- 
some merge, and the enzymes within the lysosome are 
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Hydrophobic—“Water-hating;” describes the uncharg- 
ed fatty acid portion of a phospholipid. 


Lysosome—A vesicle that contains 


enzymes. 


digestive 


Mitochondrion—The power-house of the cell; con- 
tains the enzymes necessary for the oxidation of food 
into energy. 


Nuclear envelope—The double membrane that sur- 
rounds the nucleus. 


Nuclear pore—Tiny openings in the nuclear enve- 
lope that permit movement of molecules into and out 
of the nucleus. 


Nucleolus—The darker region within the nucleolus 
where ribosomal subunits are manufactured. 


Peroxisome—A vesicle that oxidizes fats and other 
substances and stores hydrogen peroxide. 


Phospholipid bilayer—The double layer of phospho- 
lipids that compose the plasma membrane. 


Photosynthesis—The process in which carbon diox- 
ide and water are converted to sugars utilizing the 
energy of sunlight. 


Pili—Short projections that assist bacteria in attach- 
ing to tissues. 

Prokaryote—A cell without a true nucleus. 
Ribonucleic acid—RNA; the molecule translated 
from DNA in the nucleus that directs protein syn- 
thesis in the cytoplasm. It is also the genetic material 
of many viruses. 

Ribosome—A protein composed of two subunits that 
functions in protein synthesis. 

Stroma—The material that bathes the interior of 
chloroplasts in plant cells. 


Tubulin—A protein that comprises microtubules. 
Vacuole—Membrane-enclosed structure within cells 
which store pigments, water, nutrients, and wastes. 


Vesicle—A membrane-bound sphere that contains a 
variety of substances in cells. 


released into the food vesicle. The enzymes break the 
food down into smaller parts for use by the protist. 


Peroxisomes contain hydrogen peroxide. 
Peroxisomes function in the oxidation of many mate- 
rials, including fats. In oxidation, oxygen is added to a 
molecule. When oxygen is added to fats, hydrogen 
peroxide is formed. The chemical is lethal to cells. 


843 


19D 


Cell death 


Therefore, the oxidation of fats takes place within the 
membranes of peroxisomes so that the harmful chem- 
ical does not leak out into the cell’s cytoplasm. 


Mitochondria 


The mitochondria are the power plants of cells. 
Each sausage-shaped mitochondrion is covered by an 
outer membrane; the inner membrane of a mitochond- 
rion is folded into compartments called cristae (mean- 
ing “box”). The matrix, or inner space created by the 
cristae, contains the enzymes necessary for the many 
chemical reactions that eventually transform food 
molecules into energy. 


Cells contain hundreds to thousands of mito- 
chondria. An interesting aspect of mitochondria is 
that they contain their own DNA _ sequences, 
although not in the profusion that the nucleus con- 
tains. The presence of this separate DNA, along with 
the resemblance of mitochondria to single-celled pro- 
karyotes, has led to a theory that postulates that 
mitochondria were once free-living prokaryotes that 
became engulfed within other prokaryotes. Instead 
of being digested, the mitochondrial prokaryotes 
remained within the engulfing cell and performed its 
energy-releasing functions. Over millions of years, 
this symbiotic relationship fostered the evolution of 
the eukaryotic cell. 


Plant organelles 


Plant cells have several organelles not found in 
animal cells. Plastids are vesicle-type organelles that 
perform a variety of functions in plants. Amylopasts 
store starch, and chromoplasts store pigment mole- 
cules that give some plants their vibrant orange and 
yellow colors. Chloroplasts are plastids that carry out 
photosynthesis, a process in which water and carbon 
dioxide are transformed into sugars. The interior of 
chloroplasts contains an elaborate membrane system. 
Thylakoids bisect the chloroplasts, and attached to 
these platforms are stacks of membranous sacs called 
grana. Each granum contains the enzymes necessary 
for photosynthesis. The membrane system within the 
chloroplasts is bathed in a fluid called stroma, which 
also contains enzymes. 


Like mitochondria, chloroplasts resemble some 
ancient single-celled prokaryotes and also contain 
their own DNA sequences. Their origin within eukar- 
yotes is thought to have arisen from the endosymbiotic 
relationship between a photosynthetic single-celled 
prokaryote that was engulfed and remained within 
another prokaryotic cell. 
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Vacuoles 


Plant vacuoles are large vesicles bound by a single 
membrane. In many plant cells, they occupy about 
90% of the cellular space. They perform a variety of 
functions in the cell, including storage of organic com- 
pounds, waste products, pigments, and poisonous 
compounds, as well as digestive functions. 
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ll Cell death 


Like all living things, the various types of cells in 
plants, animals, and the many different cell types in 
humans eventually die. Cell death occurs in one of two 
ways. Cells can be killed by the effects of physical, 
biological, or chemical injury. Secondly, in a process 
that is a normal part of cell biology, cells are induced 
to kill themselves. Cell suicide is also referred to as 
apoptosis (from the Greek words apo, meaning from, 
and ptosis, meaning to fall or to drop). 


Cell death is important in disease and the aging 
process and is also necessary in the development of 
some fetal organs and tissues. 


Cell death that results from injury can be caused 
by mechanical damage such as tearing, or can be due 
to physical stresses such as heat. A third-degree 
sunburn, for example, results in the death of many 
skin cells. Exposure to toxic chemicals such as acids, 
corrosive bases, metabolic poisons, and other chem- 
icals is also lethal to many types of cells. For example, 
excessive consumption of alcohol (ethanol) over time 
causes death of liver cells in humans. The functioning 
of the liver becomes progressively impaired. In 
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extreme cases, a liver transplant may be necessary to 
replace a liver that is so damaged that it ceases to 
function. 


Substances that dehydrate cells can also cause cell 
death. If the environment outside of a cell contains 
more salt than the interior of the cell, water flows out 
of the cell in an attempt to dilute the outside environ- 
ment. The loss of water can disrupt the functioning of 
the cell to the point of death. This is called plasmolysis. 
Conversely, if the interior of a cell is saltier than the 
exterior environment, water flows into the cell. The 
cell can swell and burst. This phenomenon is called 
plasmoptisis. 


Some diseases and infections cause chemical cell 
death. For example, infection of the upper respiratory 
cells with viruses that causes the common cold kills 
cells during the viral life cycle. 


Causes of chemical or mechanical cell death are 
varied. Some agents act on the membrane that sur- 
rounds cells. The membrane can be dissolved or dam- 
aged. Other agents disrupt enzymes that the cell 
requires to sustain life. Still other agents can disrupt 
the genetic material inside the cell. 


Apoptosis, the process of programmed cell death, 
is a necessary part of the functioning of an individual 
cell and, in multi-celled organisms such as humans, of 
the whole organism. For example, reabsorption of a 
tadpole’s tail during the change from tadpole to frog 
involves apoptosis. Sloughing of uterine cells in 
women at the start of menstruation is due to apoptosis 
of the cells lining the uterine wall. Additionally, apop- 
tosis of extraneous cells during development of a 
human fetus produces the distinct fingers and toes. 


Apoptosis is also important as a means of dealing 
with threats to an organism. For example, the human 
immune system contains cells that can stimulate apop- 
tosis of other cells that have been infected with a virus. 
Similarly, cells with damaged genetic material undergo 
cell death. Thus, apoptosis helps the entire organism 
function efficiently by eliminating cells that threaten 
the whole organism. 


Programmed cell death occurs either by the with- 
drawal of a chemical signal that is required to continue 
living, or by exposure to a chemical signal that begins 
the death process. Once stimulated to die, apoptotic 
cells shrink, develop irregular cell surfaces, and show 
disintegration of genetic material within their nuclei. 
Eventually, these cells break into small, membrane- 
wrapped fragments that are engulfed by nearby cells. 
The apoptosis process is complex, and involves inter- 
actions between numbers of different biochemical 
compounds. This helps ensure that apoptosis does 
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not initiate by accident, and that the process is limited 
only to specifically targeted cells. 


Molecular biologists Sydney Brenner, Robert 
Horvitz, and John Sulston were awarded the 2002 
Nobel Prize in Physiology or Medicine for their pio- 
neering studies on the genetic regulation of pro- 
grammed cell death. Their studies, which were 
carried out in the 1980s using a nematode worm as 
the model system, has since been shown to have rele- 
vance to the process of cell death in humans. 


See also 
Eukaryotae. 


Deoxyribonucleic acid (DNA); 
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| Cell division 


Cell division is the process by which a single living 
cell splits to become two cells. All cells divide at some 
point in their lives. Cell division occurs in single-celled 
organisms like bacteria, and in multicellular organ- 
isms like plants, animals, and fungi. Many cells con- 
tinually divide; examples include the cells that line the 
human digestive tract and skin cells. 


Cell division is can occur by means of mitosis or 
meiosis. Mitosis is simple cell division that creates two 
daughter cells that are genetically identical to the orig- 
inal parent cell. The process varies slightly between 
prokaryotic organisms (organisms whose genetic mate- 
rial is not enclosed within a membrane) and eukaryotic 
organisms (whose genetic material is enclosed within a 
specialized membrane). In eukaryotes, mitosis begins 
with replication of the deoxyribonucleic acid (DNA) 
within the cell to form two copies of each chromosome. 
Once two copies are present, the cell splits to become 
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Cell dividing by mitosis. (Hans & Cassidy. Courtesy of Gale Group.) 


two new cells by cytokinesis, or formation of a fissure. 
Mitosis occurs in most cells and is the major form of cell 
division. 

The process of meiosis is the production of daugh- 
ter cells having half the amount of genetic material as 
the original parent cell. Such daughter cells are desig- 
nated as haploid. Meiosis occurs in human sperm and 
egg production in which four haploid sex cells are 
produced from a single parent precursor cell. In both 
mitosis and meiosis of nucleated cells, shuffling of 
chromosomes creates genetic variation in the new 
daughter cells. These very important shuffling proc- 
esses are known as independent assortment and ran- 
dom segregation of chromosomes. 


Cell division is stimulated by certain kinds of 
chemical compounds. Molecules called cytokines are 
secreted by some cells to stimulate others to begin cell 
division. Also, contact with adjacent cells can control 
cell division. The phenomenon of contact inhibition is 
a process where the physical contact between neigh- 
boring cells prevents cell division from occurring. 
When contact is interrupted, however, cell division is 
stimulated to close the gap between cells. Cell division 
is a major mechanism by which organisms grow, tis- 
sues and organs maintain themselves, and wound 
healing occurs. Cancer is a potentially deadly form of 
uncontrolled cell division. 
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while prokaryotes divide via mitosis that esen- 
tially involves the duplication of the genetic material 
and the separation of each copy into the newly divided 
cells, eukaryotes undergo a more complex process of 
cell division because DNA is packed in several chro- 
mosomes located inside a cell nucleus. In eukaryotes, 
cell division may take two different paths. Mitosis is a 
cellular division resulting in two identical nuclei is 
performed by somatic cells. The process of meiosis 
results in four nuclei, each containing half of the orig- 
inal number of chromosomes (the haploid cells). Sex 
cells or gametes (ovum and spermatozoids) divide by 
meiosis. Both prokaryotes and eukaryotes undergo a 
final process, known as cytoplasmatic division, which 
divides the parental cell in new daughter cells. 


The series of stages that a cell undergoes while 
progressing to division is known as the cell cycle. 
Cells undergoing division are also termed competent 
cells. When a cell is not progressing to mitosis, it 
remains in phase GO. Therefore, the cell cycle is div- 
ided into two major phases: interphase and mitosis. 
Interphase includes the phases (or stages) G1, S, and 
G2, whereas mitosis is subdivided into prophase, 
metaphase, anaphase and telophase. 


The cell cycle starts with the active synthesis of 
RNA and proteins, which are necessary for young cells 
to grow and mature. This phase varies greatly among 
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eukaryotic cells of different species and from one tis- 
sue to another in the same organism. Tissues that 
require fast cellular renovation such as mucosa and 
endometrial epithelia have a shorter G1 period than 
those tissues that do not require frequent renovation 
or repair, such as muscles or connective tissues. 


The cell cycle is highly regulated by several 
enzymes, proteins, and cytokines in each of its phases, 
in order to ensure that the resulting daughter cells 
receive the appropriate amount of genetic information 
originally present in the parental cell. In the case of 
somatic cells, each of the two daughter cells must 
contain an exact copy of the original genome present 
in the parental cell. Cell cycle controls also regulate 
when and to what extent the cells of a given tissue must 
proliferate, in order to avoid abnormal cell prolifera- 
tion that could lead to dysplasia or tumor develop- 
ment. Therefore, when one or more of such controls 
are lost or inhibited, abnormal overgrowth will occur 
and may lead to impairment of function and disease. 


When occurring properly, the various phases of 
the cell cycle result in the duplication of the genetic 
material and the segregation of the material in the 
correct amounts into the newly divided cell. 


Terry Watkins 


l Cell, electrochemical 


Electrochemical cells are devices based on the 
principle that when a chemical oxidation-reduction 
reaction takes place, electrons are transferred from 
one chemical species to another. In one type of electro- 
chemical cell—called a voltaic or galvanic cell—these 
electrons are deliberately taken outside the cell and 
made to flow through an electric circuit to operate 
some kind of electrical device. A flashlight battery is 
an example of a voltaic electrochemical cell. 


In the other type of electrochemical cell, called an 
electrolytic cell, the reverse process is takes place: 
Electrons in the form of an electric current are pumped 
through the chemicals in the cell to force an oxidation- 
reduction reaction to take place. An example of an 
electrolytic cell is the setup used to decompose water 
into hydrogen and oxygen by electrolysis. 


Thus, a voltaic cell produces electricity from a 
chemical reaction, while an electrolytic cell produces 
a chemical reaction from electricity. Voltaic and elec- 
trolytic cells are considered separately below, 
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following a general discussion of the relationship 
between chemistry and electricity. 


Chemistry and electricity 


In order to understand the intimate relationship 
between chemical reactions and electricity, we can 
consider a very simple oxidation-reduction reaction: 
the spontaneous reaction between a sodium atom and 
a chlorine atom to form sodium chloride: 


Na + Cl -+ Na® + Cr + energy 
sodium chlorine sodium chloride 
atom atom atom ion 


What happens in this reaction is that an electron is 
passed from the sodium atom to the chlorine atom, 
leaving the sodium atom positively charged and the 
chlorine atom negatively charged. (Under normal 
conditions, the chlorine atoms are paired up into 
diatomic chlorine molecules, Cl.; but that does not 
change the present argument.) When a large number 
of sodium atoms and chlorine atoms are mixed 
together and react, a large number of electrons 
move from sodium atoms to chlorine atoms. These 
moving electrons constitute a flow of electricity. The 
“push” or potential for this electron flow comes from 
the sodium atoms’ eagerness to get rid of electrons 
and the chlorine atoms’ relative eagerness to grab 
them. 


Voltaic cells 


The practical problem when large numbers of 
sodium and chlorine atoms react is that the electrons 
are flowing in every direction—wherever a sodium 
atom can find a chlorine atom. We therefore cannot 
harness the electron flow to do useful electrical work. 
To use the electricity to light up a bulb, for example, 
we must make the electrons flow in a single direction 
through a wire; then we can put a bulb in their path 
and they will have to push through the filament to get 
from the sodium atoms to the chlorine atoms, lighting 
the filament up in the process. In other words, we must 
separate the sodium atoms from the chlorine atoms, so 
that they can only transfer their electrons on our 
terms: through the wire that we provide. Such an 
arrangement constitutes a voltaic or galvanic cell. It 
has the effect of converting chemical potential 
energy—a chemical push—into electrical potential 
energy—an electrical push: in other words, a voltage. 


The sodium-plus-chlorine reaction is difficult to 
use in practice, because chlorine is a gas and sodium is 
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a highly reactive metal that is nasty to handle. But 
many other chemical reactions can be used to make 
voltaic cells for generating electricity. All that is 
needed is a reaction between a substance (atoms, mol- 
ecules, or ions) that wants to give up electrons and a 
substance that wants to grab onto electrons: in other 
words, an oxidation-reduction reaction. Then it is just 
a matter of arranging the substances so that the pass- 
ing of electrons from one to the other must take place 
through an external wire. Strictly speaking, the result- 
ing devices are voltaic cells, but people generally call 
them batteries. 


As an illustration of how a voltaic cell works, we 
can choose the metallic elements silver (Ag) and cop- 
per (Cu) with their respective ions in solution, Ag* and 
Cu**. Because copper atoms are more eager to give up 
electrons than silver atoms are, the copper atoms will 
tend to force the Ag ‘ions to take them. Or to say it the 
other way, Ag*ions are more eager to grab electrons 
than Cu‘ ‘ions are, so they will take them away from 
copper atoms to become neutral silver atoms. Thus, 
the spontaneous reaction that will take place when all 
four species are mixed together is 


Cu + 2Ag™ + Cu™ + = 2Ag 
copper silver copper silver 
metal ions ion metal 


This equation says that a piece of copper metal 
dipped into a solution containing silver ions will dis- 
solve and become copper ions, while at the same time 
silver ions “plate out” as metallic silver. (This isn’t how 
silverplating is done, however, because the silver 
comes out as a rough and nonadhering coating on 
the copper. The silverplating of dinnerware and jew- 
elry is done in an electrolytic cell.) To make a useful 
voltaic cell out of the copper-silver system, we must 
put the Cu and Cu‘* in one container, the Ag and Ag* 
in a separate container, and then connect them with a 
wire. Bars of copper and silver metal should be dipped 
into solutions of copper nitrate, Cu(NO3),, and silver 
nitrate, AgNO3, respectively. A salt bridge should be 
added between the two containers. This is a tube filled 
with an electrolyte—a solution of an ionic salt such as 
potassium nitrate KNO3, which allows ions to flow 
through it. Without the salt bridge, electrons would 
tend to build up in the silver container and the reaction 
would stop because the negative charge has no place to 
go. The salt bridge allows the negative charge, this 
time in the form of NO3<-b1.0001 >- ions, to com- 
plete the circuit by crossing the bridge. Now the circuit 
is complete and the reaction can proceed, producing a 
steady flow of electrons through the wire and keeping 
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KEY TERMS 


Anode—A positively charged electrode. 
Cathode—A negatively charged electrode. 


Electrode—A conductor, usually a piece of metal, 
used to lead electricity (electrons) into or out of a 
region. 


Electrolysis—The process by which an electrical 
current is used to break a compound apart into its 
components. 


Electrolyte—The chemical solution in which an 
electric current is carried by the movement and 
discharge of ions. 


Oxidation—The process in which an atom’s oxida- 
tion state is increased, by its losing one or more 
electrons. 


Oxidation state or oxidation number—A positive 
or negative whole number that expresses how 
many units of combining power an atom is exhibit- 
ing toward other atoms. For example, sodium in 
NaCl has an oxidation number of +1, while sulfur 
in Na»S has an oxidation number of 2. 


Oxidation-reduction reaction—A chemical reac- 
tion in which one or more atoms are oxidized, 
while one or more other atoms are reduced. 


Reduction—The process by which an atom’s oxi- 
dation state is decreased, by its gaining one or more 
electrons. 


the bulb lit until something runs out—either the cop- 
per bar is all dissolved or the silver ions are all 
depleted: our “battery” is dead. 


In principle, a voltaic cell can be made from the 
four constituents of any oxidation-reduction reaction: 
any two pairs of oxidizable and reducible atoms, ions, 
or molecules. For example, any two elements and their 
respective ions can be made into a voltaic cell. 
Examples: Ag/Ag* with Cu/Cu‘* (as above), or Cu/ 
Cut? with Zn/Zn** (zinc), or H2/H* (hydrogen) with 
Fe/Fe'** (iron), or Ni/Ni** (nickel) with Cd/Cd** 
(cadmium). The last cell is the basis for the recharge- 
able nickel-cadmium (nicad) batteries that power 
many electrical devices from razors to computers. 
When voltaic cells are used for portable purposes, 
they are “dry cells”: instead of a liquid solution, they 
contain a nonspillable paste. The lead storage battery 
in automobiles, however, does contain a liquid: a sul- 
furic acid solution. 
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Electrolytic cells 


There are many chemical reactions that, unlike 
the sodium-chlorine and copper-silver reactions 
above, simply will not occur spontaneously. One 
example is the breakup of water into hydrogen and 
oxygen: 


2H,O + energy > 2H, + O, 
water hydrogen oxygen 
gas gas 


This will not happen all by itself (that is, without 
the added energy) because water is an extremely stable 
compound. We can force this reaction, however, by 
pumping energy into the water in the form of an 
electric current. When we do this—pass an electric 
current through a chemical system to drive chemical 
reactionsmdash;it creates an electrolytic cell. 


Electrolytic cells are used for a variety of purposes 
other than electrolyzing water. They are used to obtain 
metals such as sodium, magnesium, and aluminum from 
their compounds; to refine copper; to produce impor- 
tant industrial chemicals such as sodium hydroxide, 
chlorine, and hydrogen, and to electroplate metals 
such as silver, gold, nickel, and chromium onto jewelry, 
tableware, and industrial machine parts. 
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l Cell membrane transport 


The cell is bound by an outer membrane that is 
comprised of a phospholipid lipid bilayer with pro- 
teins—molecules that also act as receptor sites—inter- 
spersed within the phospholipid bilayer. Varieties of 
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channels exist within the membrane. Some allow the 
nonspecific movement of molecules back and forth 
between the outside of the cell and the interior. Other 
channels are specific for one or a few compounds, and 
may require the input of energy to drive molecules in 
or out of the cell. There are a number of internal 
cellular membranes that partially partition the inter- 
cellular matrix, and that ultimately become continu- 
ous with the nuclear membrane. 


There are three principal mechanisms of outer cel- 
lular membrane transport (i.e., means by which mole- 
cules can pass through the boundary cellular membrane). 
The transport mechanisms are passive, or gradient, dif- 
fusion; facilitated diffusion; and active transport. 


Diffusion is a process in which the random 
motions of molecules or other particles result in a net 
movement from a region of high concentration to a 
region of lower concentration. The rate of flow of the 
diffusing substance is proportional to the concentra- 
tion gradient for a given direction of diffusion. Thus, if 
the concentration of the diffusing substance is very 
high at the source, and is diffusing in a direction 
where little or none is found, the diffusion rate will 
be maximized. Several substances may diffuse more or 
less independently and simultaneously within a space 
or volume of liquid. Because lightweight molecules 
have higher average speeds than heavy molecules at 
the same temperature, they also tend to diffuse more 
rapidly. Molecules of the same weight move more 
rapidly at higher temperatures, increasing the rate of 
diffusion as the temperature rises. 


Driven by concentration gradients, diffusion in 
the cell usually takes place through channels or pores 
lined by proteins. Size and electrical charge may 
inhibit or prohibit the passage of certain molecules 
or electrolytes (e.g., sodium, potassium, etc.). 


Osmosis describes passive diffusion of water 
across cell membranes. Although water is a polar 
molecule, that is, it has overall partially positive and 
negative charges separated by its molecular structure, 
transmembrane proteins form hydrophilic (water- 
loving) channels through which water molecules may 
move. 


Facilitated diffusion is the diffusion of a substance 
not moving against a concentration gradient (from a 
region of low concentration to high concentration) but 
which require the assistance of other molecules. These 
are not considered to be energetic reactions (i.e., 
energy in the form of use of adenosine triphosphate 
molecules (ATP) is not required. The facilitation or 
assistance—usually in physically turning or orienting 
a molecule so that it may more easily pass through 
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a membrane—may be by other molecules undergoing 
their own random motion. 


Transmembrane proteins establish pores through 
which ions and some small hydrophilic molecules are 
able to pass by diffusion. The channels open and close 
according to the physiological needs and state of the 
cell. Because they open and close, transmembrane 
proteins are termed “gated” proteins. Control of the 
opening and closing mechanism may be via mechan- 
ical, electrical, or other types of membrane changes 
that may occur as various molecules bind to cell recep- 
tor sites. 


Active transport is movement of molecules across a 
cell membrane or membrane of a cell organelle, from a 
region of low concentration to a region of high concen- 
tration. Since these molecules are being moved against 
a concentration gradient, cellular energy is required for 
active transport. Active transport allows a cell to main- 
tain conditions different from the surrounding 
environment. 


There are two main types of active transport; 
movement directly across the cell membrane with 
assistance from transport proteins; and endocytosis, 
the engulfing of materials into a cell using the proc- 
esses of pinocytosis, phagocytosis, or receptor-medi- 
ated endocytosis. 


Transport proteins found within the phospholipid 
bilayer of the cell membrane can move substances 
directly across the cell membrane, molecule by mole- 
cule. The sodium-potassium pump, which is found in 
many cells and helps nerve cells to pass their signals in 
the form of electrical impulses, is a well-studied exam- 
ple of active transport using transport proteins. The 
transport proteins that are an essential part of the 
sodium-potassium pump maintain a higher concentra- 
tion of potassium ions inside the cells compared to 
outside, and a higher concentration of sodium ions 
outside of cells compared to inside. In order to carry 
the ions across the cell membrane and against the 
concentration gradient, the transport proteins have 
very specific shapes that only fit or bond well with 
sodium and potassium ions. Because the transport of 
these ions is against the concentration gradient, it 
requires a significant amount of energy. 


Endocytosis is an infolding and then pinching in 
of the cell membrane so that materials are engulfed 
into a vacuole or vesicle within the cell. Pinocytosis is 
the process in which cells engulf liquids. The liquids 
may or may not contain dissolved materials. 
Phagocytosis is the process in which the materials 
that are taken into the cell are solid particles. With 
receptor-mediated endocytosis the substances that are 
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to be transported into the cell first bind to specific sites 
or receptor proteins on the outside of the cell. The 
substances can then be engulfed into the cell. As the 
materials are being carried into the cell, the cell mem- 
brane pinches in forming a vacuole or other vesicle. 
The materials can then be used inside the cell. Because 
all types of endocytosis use energy, they are considered 
active transport. 
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I Cell staining 


Cell staining refers to the use of chemicals that 
bind to cell components or which are retained inside 
the cell, in order to help visualize cells that would 
otherwise be transparent under the illumination of 
the light or electron microscope, identify bacteria, 
and reveal certain aspects of cell structure (for exam- 
ple, bacteria that are comprised of one membrane can 
be distinguished from bacteria that have two mem- 
branes on the basis of the staining pattern following 
a regimen known as the Gram stain). Other staining 
techniques performed routinely in microbiological 
laboratories include acid-fast, acridine orange, calco- 
fluor white, toluidine blue, methylene blue, silver 
stains, and fluorescent stains. Stains are classified 
broadly as basic, acidic, or neutral stains. The chem- 
ical nature of the cells under examination determines 
which stain is selected for use. 


Microscopic examination of stained cell samples 
allows examination of the size, shape, and arrange- 
ment of organelles, as well as external appendages 
such as the whip-like flagella, which propel a bacte- 
rium forward. Another function of staining can be to 
reveal aspects of a cell’s chemical composition; such 
stains are termed differential stains. 
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The Gram stain is fundamentally important in 
microbiology. The stain is named after Hans Christian 
Gram. In 1885, he noted the differences in the way 
bacteria react to stains. Those bacteria that retained a 
deep purple stain, even after they were washed, were 
termed “stain positive.” Those that lost the stain and 
responded again to another stain, were termed “stain 
negative.” Today, bacteria are classified as Gram-pos- 
itive or Gram-negative to distinguish the two major 
groups of bacteria. This staining test highlights differ- 
ences in the structure of the cell wall of the two types of 
bacteria. 


Bacteria are nearly colorless, so their features are 
difficult to distinguish when they are suspended in a 
fluid and viewed directly under a microscope. Stains are 
salts that color particular ions in the bacterial cell, and 
make more visible distinctions under the microscope. The 
chemical composition of the cell determines which stain is 
absorbed. Acidic parts of a cell absorb stains that are 
positively charged; alkaline parts of a cell combine with 
stains that are acidic or negatively charged. 


Before tissues are stained, a thin layer of cells that 
has been smeared onto a glass slide is prepared allow- 
ing the smear to dry at room temperature or by passing 
the specimen quickly over a flame. The specimen can 
then be stained. In simple (or direct) staining only one 
dye is used, which is washed away after 30-60 seconds, 
before drying and examination. Gentian violet, crystal 
violet, safranin, methylene blue, basic fuchsin, and 
others are the dyes used in this method. In differential 
staining, the gram stain and the acid-fast stain are used 
to distinguish different microorganisms. Negative (or 
indirect) techniques stain the background of cell 
smears, rather than the organisms directly. In this 
technique, a drop of the stain is placed on a slide and 
organisms are added to the stain. After the specimen is 
smeared over the slide, it is allowed to air dry and is 
then examined under the microscope. Negative or 
indirect staining procedures are useful when examin- 
ing the size and shape of microorganisms. 


Cell staining is one of a number of laboratory tests 
that are performed to aid in the analysis and diagnosis of 
disease. The work in these laboratories is performed for 
physicians as well as for government agencies involved in 
water purification and sewage treatment, and for indus- 
tries such as the food industry involved in the manufacture 
of goods that need to adhere to strict health standards. 


Standardization of these tests have been widely 
adopted throughout the microbiological laboratory 
community. In the United States, the National 
Committee for Clinical Laboratory Standards con- 
tinuously publishes standards for these laboratory 
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tests. Among the factors that have been standardized 
in laboratory testing are temperature, pH (acidity or 
alkalinity), growth medium, antibiotics, quality con- 
trol, and other factors. 
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l Cellular respiration 


Cellular respiration in the presence of oxygen 
(aerobic respiration) is the process by which energy- 
rich organic substrates are broken down into carbon 
dioxide and water, with the release of a considerable 
amount of energy in the form of adenosine triphos- 
phate (ATP). Anaerobic respiration breaks down glu- 
cose in the absence of oxygen to produce pyruvate, 
which is then reduced to lactate or to ethanol and 
CO,. Anaerobic respiration releases only a small 
amount of energy (in the form of ATP) from the 
glucose molecule. 


Respiration occurs in three stages. The first stage 
is glycolysis, which is a series of enzyme-controlled 
reactions that degrades glucose (a six-carbon mole- 
cule) to pyruvate (a three-carbon molecule), which is 
further utilized. Amino acids and fatty acids also pro- 
vide fuel for the respiration process. 


The second stage of respiration is comprised of a 
coordinated series of chemical reactions that together 
are called the citric acid or Krebs cycle (after the 
scientist who deduced the series of reactions). The 
cycle produces compounds that in turn can participate 
in energy-requiring reactions in the cell. 


Hydrogen atoms that are liberated in the Krebs 
cycle series of reaction are utilized in the third stage of 
cellular respiration. The hydrogen atoms are sepa- 
rated into protons [H*] and energy-rich electrons in 
the electron. The electron energy can be used in proc- 
esses such as the addition of a phosphate group to 
compounds, which is an important event in regulating 
the activities of many cellular processes. For example, 
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the addition of a phosphate group to a compound 
called adenosine diphosphate (ADP) generates the 
energy-rich molecule ATP. 


See also Catabolism; Respiration. 


Resources 


BOOKS 

Lambers, Hans and Miguel Carbo, ed. Plant Respiration: 
From Cell to Ecosystem. New York: Springer, 2005. 

Metzler, David E. Biochemistry: The Chemical Reactions of 
Living Cells. New York: Academic Press, 2002. 


Marc Kusinitz 


I Cellular telephone 


Cellular telephone (cell phone) technology is also 
called cellular radio. American inventor Marty 
Cooper is considered the inventor of the cellular 
phone. While working for Motorola Corporation, 
Cooper developed the concept of using wireless com- 
munications with a portable device to make telephone 
calls. He made the first cell phone call in New York 
City on April 3, 1973, with a brick-sized, 30-ounce 
(850-gram) device. The call was placed between com- 
petitors Motorola and AT&T Bell Laboratories. 


The cellular radio network became fully opera- 
tional in North America in 1978. This technology 
relies on the distribution of what are called cell sites 
over a wide geographical area. Each cell site consists of 
a radio transceiver and a controller that sends and 
receives signals from mobile phones in the area to a 
telephone switch. The signals can be beamed to a 
central point called the mobile telecommunications 
switching office. This office places calls from land- 
based telephones to mobile telephones, and allows 
mobile phones to operate across the globe as the 
phone signal is relayed from one switching office to 
another. 


Mobile telephone service was severely limited in 
availability until 1984. Until that year, only urban 
areas had mobile service, primarily for city services. 
Each city had a single antenna to transmit signals to 
and from the antennae of car phones. The Federal 
Communications Commission (FCC) assigned only 
12 to 24 frequencies to an urban area. As a result, 
only one or two-dozen car phone calls could take 
place in the entire city at one time. The system was 
frustrating. Users had to wait up to 30 minutes to get a 
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dial tone, and potential mobile phone customers were 
put on five to ten-year waiting lists. 


Cellular phone technology changed all this. Ina 
cellular system, each metropolitan area is divided 
into broadcasting zones, or cells. Each 6- to 10-mi? 
(15.5- to 25.9-km7) cell has its own broadcast 
antenna or tower. As a car phone moves through 
the city, a computer automatically passes its fre- 
quency from one cell to the next. A single frequency 
can be used for multiple, nonadjacent cells; and, as 
the number of users increases, cells can be subdivided 
into any number of smaller cells, so the cellular sys- 
tem is capable of far greater usage than the old 
mobile service. 


Rudimentary cellular technology was known as 
early as 1947. By the 1960s and 1970s, mobile phone 
service was overcrowded, and the need for a more 
efficient system led to a re-examination and refine- 
ment of cellular technology. Bell Laboratories, a 
research division within the American Telephone and 
Telegraph Company (AT&T), took the lead in this 
development. A prototype network had been devel- 
oped by 1971. In 1978, the first experimental cellular 
service, which was called the Advanced Mobile Phone 
Service (AMPS), was operational in the Chicago, 
Illinois, area. AT&T was declared a monopoly and 
was reorganized in 1978. This reorganization opened 
the cellular phone market to competitors. Seven new 
regional phone companies began to pursue the cellular 
phone market. 


In 1981, the FCC issued cellular phone regulations. 
In October 1983, Ameritech Mobile Communications 
(a subsidiary resulting from the Bell breakup) intro- 
duced the first American commercial cellular system 
in Chicago. Cellular service was also available by then 
in a number of other countries. The FCC also allowed 
one non-Bell service in each metropolitan area. For 
example, Cellular One began transmitting in 
Washington, DC, in December 1983. 


As the number of cellular phone systems and sub- 
scribers increased, the costs for equipment and service 
decreased. As of 2006, pocket-size personal telephones 
based on cellular technology were available, as were 
machines that combine a cellular phone, facsimile 
machine, voice and e-mail systems, answering 
machine, pager, video phone, camera, Internet-brows- 
ing, music (MP3), personal organizers, ring tones, 
games, instant messaging, and a number of other 
features. 


The cellular technology that relied on ground- 
based antennae is giving way to satellite technology. 
Communication satellites are being used increasingly 
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by the cellular services to provide uniform service as 
the telephone and its user travel through a number of 
cells. A new form of satellite technology called Global 
Mobile Personal Communications by Satellite 
(GMPCS) allows telecommunication virtually any- 
where in the world. 


Earlier communication satellites traveled high 
above the Earth and orbited at the same speed as 
Earth rotates. The satellites stayed in one position 
relative to the ground. This geosynchronous orbit 
caused delays and loss of quality in signal transmis- 
sion. Now, GMPCS satellites have much lower orbits 
and can be used in clusters called constellations to 
transfer signals rapidly and with greater clarity. 
Developing countries and remote areas have access 
to cellular service, and, during natural disasters, emer- 
gency relief can be mobilized and coordinated when 
land-line telephones have been disabled or the region 
is remote. 


The telephone industry is making advances 
toward a single telephone number per person. This is 
called a Personal Communications Network or PCN. 
The PCN can be used for both land-line networks 
(telephone service by cable that has traditionally 
been provided to homes and businesses) and cellular 
systems. Basically, the service is a form of call-for- 
warding in which the signal is transferred through 
the land-line network until a transceiver detects that 
the cell phone is within range. The call is then sent as a 
cellular signal. 


Further development is expected to lead to digi- 
tal transmissions that convert conversations into 
computer code that can be transferred by advanced 
cellular technology. In addition, microcellular tech- 
nology that uses smaller and more closely spaced 
transceivers instead of cellular towers or by satellite 
is on the horizon. Microcells will relieve the pressure 
to provide enough access telephone numbers, and the 
FCC is working on modifying communications reg- 
ulations to suit the new technologies and to free 
frequencies with less demand for cellular use. Radio 
frequencies may be converted to phone service, and 
dedicated land-lines for telephone service may be 
outmoded by delivering phone signals via cable 
television. 


In 2005, the number of cell phones in the world 
was estimated to be 2.14 billion. Hong Kong has the 
highest percentage of people with cell phones: nearly 
129% (more than one per person). As of 2006, about 
80% of the world’s population has access to cell phone 
coverage. This percentage is expected to increase to 
90% by 2010. Telecommunications experts predict 
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KEY TERMS 


Cellular signal—An analog or digital telephone 
signal that is transmitted on a specific frequency 
among areas or cells from cellular towers or by 
satellite. 


Land-line network—A communications network 
that uses underground or overhead cables to carry 
signals. 


Microcellular technology—Method of transmitting 
cellular telephone signals among smaller areas or 
microcells by transceivers or satellites. 


Personal Communications Network—Also called 
a Personal Communications Service (PCS), a tech- 
nology that uses one telephone access number 
assigned per person to transmit both land-line and 
cellular telephone calls. 


that eventually all telephones will be wireless. Some 
of the largest cell phone manufacturers include 
Audiovox, Fujitsu, Kyocera, Motorola, NEC, 
Nokia, Panasonic, Philips, Samsung, Sanyo, Sharp, 
Sony, and Toshiba. 


The ease of use and life-saving potential of cellular 
telephones has not come without negative aspects. 
Foremost is the use of cellular telephones in motor 
vehicles. The use of a phone can divert the driver’s 
attention from the road. An increase in motor vehicle 
accidents and in injuries and death has been attributed 
to the use of cellular telephones. Increasingly, legisla- 
tion is requiring the use of hands-off cellular technol- 
ogy in motor vehicles, where the phone is positioned 
somewhere on the dashboard and a speaker is acti- 
vated to carry on the conversation. In some states, 
such as New York, cell phone use is prohibited while 
driving. 


See also Fiber optics; Synthesizer, voice. 
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Cellulose 


| Cellulose 


Cellulose is a substance found in the cell walls of 
plants. Although cellulose is not a component of the 
human body, it is nevertheless the most abundant 
organic macromolecule on Earth. The scientific com- 
munity first observed cellulose in 1833 when it was 
studied in plant cell walls. The chemical structure of 
cellulose resembles that of starch, but unlike starch, 
cellulose is extremely rigid (Figure 1). This rigidity 
imparts great strength to the plant body and protec- 
tion to the interiors of plant cells. 


Structure of cellulose 


Like starch, cellulose is composed of a long chain 
of at least 500 glucose molecules. Cellulose is, thus, a 
polysaccharide (Latin for “many sugars”). Several of 
these polysaccharide chains are arranged in parallel 
arrays to form cellulose microfibrils. The individual 
polysaccharide chains are bound together in the 
microfibrils by hydrogen bonds. The microfibrils, in 
turn, are bundled together to form macrofibrils 
(Figure 1). 


The microfibrils of cellulose are extremely tough 
and inflexible due to the presence of hydrogen bonds. In 
fact, when describing the structure of cellulose micro- 
fibrils, chemists call their arrangement crystalline, 
meaning that the microfibrils have crystal-like proper- 
ties. Although starch has the same basic structure as 
cellulose—it is also a polysaccharide—the glucose sub- 
units are bonded in such a way that allows the starch 
molecule to twist. In other words, the starch molecule is 
flexible, while the cellulose molecule is rigid. 


How cellulose is arranged in plant cell walls 


Like human bone, plant cell walls are composed 
of fibrils laid down in a matrix, or background mate- 
rial. In a cell wall, the fibrils are cellulose microfibrils, 
and the matrix is composed of other polysaccharides 
and proteins. One of these matrix polysaccharides in 
cell walls is pectin, a substance that, when heated, 
forms a gel. Pectin is the substance that cooks use to 
make jellies and jams. 


The arrangement of cellulose microfibrils within 
the polysaccharide and protein matrix imparts great 
strength to plant cell walls. The cell wall of plants 
performs several functions, each related to the rigidity 
of the cell wall. It protects the interior of the plant cell, 
but also allows the circulation of fluids within and 
around the cell wall. The cell wall also binds the 
plant cell to its neighbors. This binding creates the 
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KEY TERMS 


Anaerobic—Describes biological processes that 
take place in the absence of oxygen. 


Cell wall—The tough, outer covering of plant cells 
composed of cellulose microfibrils held together in 
a matrix. 


Cellulose synthetase—The enzyme embedded in 
the plasma membrane that synthesizes cellulose. 


Colon—The terminal portion of the human diges- 
tive tract. 


Golgi body—The organelle that manufactures, 
sorts, and transports macromolecules within a cell. 


Lignin—A polysaccharide that forms the secondary 
cell wall in some plants. 


Matrix—The material, composed of polysacchar- 
ides and protein, in which microfibrils of cellulose 
are embedded in plant cell walls. 


Methane—A gas produced during the anaerobic 
digestion of cellulose by bacteria in certain 
animals. 


Microfibril—Small fibrils of cellulose; consists of 
parallel arrays of cellulose chains. 


Polysaccharide—A molecule composed of many 
glucose subunits arranged in a chain. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


tough, rigid skeleton of the plant body. Cell walls are 
the reason why plants are erect and rigid. Some plants 
have a secondary cell wall laid over the primary cell 
wall. The secondary cell wall is composed of yet 
another polysaccharide called lignin. For example, 
lignin is found in trees. The presence of both primary 
and secondary cell walls makes the tree even more 
rigid, penetrable only with sharp axes. 


Unlike the other components of the cell wall, 
which are synthesized in the plant’s Golgi body (an 
organelle that manufactures, sorts, and transports dif- 
ferent macromolecules within the cell), cellulose is 
synthesized on the surface of the plant cell. 
Embedded within the plant’s plasma membrane is an 
enzyme, called cellulose synthetase, which synthesizes 
cellulose. As cellulose is synthesized, it spontaneously 
forms microfibrils that are deposited on the cell’s sur- 
face. Because the cellulose synthetase enzyme is 
located in the plasma membrane, the new cellulose 
microfibrils are deposited under older cellulose micro- 
fibrils. Thus, the oldest cellulose microfibrils are 
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Figure 1. The structure of cellulose. (//lustration by Hans & Cassidy. Courtesy of Gale Group.) 


outermost on the cell wall, while the newer microfibrils 
are innermost on the cell wall. 


As the plant cell grows, it must expand to accom- 
modate the growing cell volume. However, because 
cellulose is so rigid, it cannot stretch or flex to allow 
this growth. Instead, the microfibrils of cellulose slide 
past each other or separate from adjacent microfibrils. 
In this way, the cellwall is able to expand when the cell 
volume enlarges during growth. 


Cellulose digestion 


Humans lack the enzyme necessary to digest cellu- 
lose. Hay and grasses are particularly abundant in cel- 
lulose, and both are indigestible by humans (although 
humans can digest starch). Animals such as termites and 
herbivores such as cows, koalas, and horses all digest 
cellulose, but even these animals do not themselves have 
an enzyme that digests this material. Instead, these 
animals harbor microbes that can digest cellulose. 


The termite, for instance, contains protists (single- 
celled organisms) called mastigophorans in their guts 
that carry out cellulose digestion. The species of mas- 
tigophorans that performs this service for termites is 
called Trichonympha, which, interestingly, can cause a 
serious parasitic infection in humans. 


Animals such as cows have anaerobic bacteria in 
their digestive tracts which digest cellulose. Cows are 
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ruminants, or animals that chew their cud. 
Ruminants have several stomachs that break down 
plant materials with the help of enzymes and bacte- 
ria. The partially digested material is, then, regurgi- 
tated into the mouth, which is again chewed to break 
the material down even further. The bacterial diges- 
tion of cellulose by bacteria in the stomachs of rumi- 
nants is anaerobic, meaning that the process does not 
use oxygen. One of the byproducts of anaerobic 
metabolism is methane, a notoriously foul-smelling 
gas. Ruminants give off large amounts of methane 
daily. In fact, many environmentalists are concerned 
about the production of methane by cows, because 
methane may contribute to the destruction of ozone 
in Earth’s stratosphere. 


Although cellulose is indigestible by humans, it 
does form a part of the human diet in the form of 
plant foods. Small amounts of cellulose found in 
vegetables and fruits pass through the human diges- 
tive system intact. Cellulose is part of the material 
called fiber that dieticians and nutritionists have 
identified as useful in moving food through the 
digestive tract quickly and efficiently. Diets high in 
fiber are thought to lower the risk of colon cancer 
because fiber reduces the time that waste products 
stay in contact with the walls of the colon (the termi- 
nal part of the digestive tract). 


See also Rumination. 
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Centipedes 
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Celsius see Temperature 


l Centipedes 


Centipedes (phylum Arthropoda, class Chilo- 
poda) occur throughout the world in both temperate 
and tropical regions, living in soil and humus and 
beneath fallen logs, bark, and stones. Because they 
lack a hard outer skeleton, centipedes are confined to 
moist environments in order to maintain their water 
balance. Many species are therefore active only at 
night, remaining sheltered during the day. Most 
centipedes are active on the surface, but some of the 
more slender species are capable of burrowing in loose 
soils. 


Four main orders of centipedes have been recog- 
nized with some 3,000 species described so far. Among 
these, there is considerable variation in size, color, and 
behavior. One of the largest species recorded is 
Scolopendra gigantea from Latin America, which 
reaches a length of 10 inches (26 cm). Most tropical 
species are distinguished by their bright colors—tred, 
yellow, green, blue or various combinations of these, 
while temperate-dwelling centipedes tend to be a red- 
dish brown. Many of the bold color combinations 
have evolved to deter potential predators. Such vivid 
yet simple colors advertise one of the following: that 
the animals can sting, inflict a painful or poisonous 
bite, produce a foul taste if eaten, or irritate the skin. 
In the case of centipedes, all of these hold true: an 
inquisitive animal may receive a small injection of 
poison from special claws on the head, a painful 
pinch from the last pair of legs, or may be covered 
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in foul acids produced from a series of glands along 
the body. 


All centipedes are instantly recognizable by their 
segmented body, each segment of which bear a single 
pair of legs. The number of legs varies considerably 
according to species—from 15 to as many as 170 pairs. 
The legs, however, are not always of similar length: in 
some Scutigeromorpha species the posterior legs may 
be twice as long as those nearer the head. With so 
many legs, people have often wondered how centi- 
pedes manage to coordinate their movements, espe- 
cially when running. But centipedes are well adapted 
for walking and running, as rhythmic waves of leg 
movements alternate on either side of the body. Thus 
at any one time, the feet on one side of the body may be 
clustered together in movement, while those on the 
opposite side are spread apart to provide balance. 
Some burrowing species, such as those of the 
Geophilomorpha, have a different form of locomotion, 
with each foot able to move independently of the 
others. These centipedes usually have quite short feet 
that are used more as anchors in the soil rather than 
digging tools. The main digging force in these species is 
provided by the strong muscular body trunk, which 
pushes the body through the soil, much in the same 
manner as an earthworm. 


The head betrays the highly predatory nature of 
these animals: extended antennae move constantly to 
detect potential prey which, once identified, is seized 
by the front pair of legs and held firmly by other, 
smaller pairs of claws. The front legs are not only 
sharply pointed but are also modified as poison 
claws, and can deliver a lethal injection of paralyzing 
fluid produced from special glands. The sense of 
vision is limited in most species—probably to the 
level of being able to differentiate between light and 
dark. Many species, however, lack eyes, especially the 
burrowing and cave-dwelling centipedes. Prey con- 
sists of small arthropods as well as earthworms, 
snails, and nematodes. Some of the larger tropical 
species have been known to eat frogs and small 
snakes. 


Male and female centipedes are quite similar on 
the outside and the sexes are difficult to tell apart. 
Tropical species may breed throughout the year but 
temperate-dwelling centipedes breed in the spring and 
summer months, becoming less active during the cold 
winter period. Most species have a simple courtship 
routine, after which the pair may mate. Reproduction 
takes place outside of the body, with the male 
constructing a shallow web of silk-like strands on 
which he deposits a single package known as a 
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spermatophore, which contains his sperm cells. The 
female then moves over the web and collects the sper- 
matophore, which is transferred to the ovary, where 
fertilization occurs. 


After carrying the eggs for some time the female 
may deposit them one by one in a protected place in 
the ground, for example, under a stone or in a rotten 
log. These eggs are covered with a glutinous 
secretion that helps them adhere to soil particles or 
other substances. Not all species lay their eggs 
in such a scattered fashion, however: some females 
create a simple nest in an enlarged cavity in a fallen 
log or similar suitable chamber; she remains to 
guard her eggs and even the larvae once they have 
hatched. The young later disperse and grow through 
a series of molt stages to reach adult size and sexual 
maturity. 


l Centrifuge 


A centrifuge is a device for separating two or more 
substances by using centrifugal force—the tendency of 
an object traveling around a central point to continue 
in a linear motion away from that central point. 


Centrifugation can be used to separate substances 
because materials with different masses experience 
different centrifugal forces when traveling at the 
same velocity and distance from a common center. 
For example, if two balls of different mass are 
attached to strings and swung around a common 
point at the same velocity, the ball with the greater 
mass will experience a greater centrifugal force. If the 
two strings are cut simultaneously, the heavier ball will 
fly farther from the common center than the lighter 
one. 


Centrifuges increase the effects of Earth’s gravita- 
tional pull. For example, if a spoonful of clay is mixed 
vigorously with a cup of water and then allowed to sit 
for a period of time, the clay will eventually settle out 
because it experiences a greater gravitational pull than 
does the water. If the same mixture is centrifuged, 
however, the separation will take place much more 
quickly. 


Types of centrifuges 


Centrifuges can be subdivided into two major 
categories, stationary and rotating. Both types work 
by setting a collection of particles of different mass 
into motion around a common center. The faster 
these particles move, the greater the difference with 
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A centrifuge. (Charles D. Winters. National Audubon Society 
Collection/Photo Researchers, Inc.) 


which they tend to escape from their common center, 
and the more easily they will be separated from each 
other. 


In a stationary centrifuge, a fluid (a gas or liquid) 
consisting of two or more components is sprayed into 
a cylindrical or conical chamber at a high rate of 
speed. As the fluid travels around the inside of the 
chamber, it separates into its components, with the 
heavier substance(s) traveling to the outside of the 
container, and the lighter substance(s) remaining 
closer to the center of the cylinder. 


Stationary centrifuges are used to separate ura- 
nium isotopes. Naturally occurring uranium consists 
of a mixture of uranium-235, which will undergo fis- 
sion, and uranium-238, which will not. A uranium 
sample is first converted into the gaseous compound 
uranium hexafluoride and then injected into a station- 
ary centrifuge. As the rapidly moving stream of 
uranium hexafluoride travels around inside the 
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Centrifuge 


centrifuge, it begins to separate. The heavier uranium 
uranium-235-hexafluoride concentrates along the 
outer wall of the centrifuge, while the lighter ura- 
nium-238-hexafluoride is left toward the center of the 
stream. The heavier isotope can then be drawn out of 
the centrifuge, leaving behind a sample of uranium 
hexafluoride slightly richer in the desired uranium- 
235 isotope. This sample can then be recentrifuged 
and made still richer in the lighter isotope. 


Rotating centrifuges 


Rotating centrifuges are familiar to most begin- 
ning chemistry students. The fluid to be separated is 
introduced into a container, which is then set into 
rapid rotational motion. It is commonly used as a 
substitute for filtration in the separation of a solid 
precipitate from the liquid in which it is suspended. 


In this kind of machine, hollow tubes about 2 in 
(5 cm) long are attached to arms radiating from the 
center of the machine. When the machine is turned on, 
the arms are spun around the center at a speed of 
about 30,000 revolutions per minute (rpm). The grav- 
itational force experienced by materials inside the 
tubes—about 25,000 times that of gravity—separates 
materials much more efficiently than a conventional 
filtration system. 


Laboratory centrifuges are invaluable tools in 
many kinds of scientific research. For example, a 
widely used method of studying cells is to break 
apart a tissue sample and centrifuge the resulting 
fluid. In this way, the discrete components of the cell 
can be separated and identified. 


Applications of the rotating centrifuge 


The basic centrifuge design described above can 
be adapted for use in many different settings. 
Industrial centrifuges, for example, tend to be quite 
large, ranging in size from 4 in to 4 ft (10 cm to 1.2 m) 
in diameter, with rotational velocities from 1,000 to 
15,000 rpm. They can be designed to remove separated 
portions continuously, all at once after the machine 
has been stopped, or intermittently. 


Large-scale centrifugation has found a great vari- 
ety of commercial and industrial uses. Cream has been 
separated from milk by this process for well over a 
hundred years. Centrifuges are also used to remove 
water from oil and jet fuel, and to purify water by 
removing solid materials from waste water. 


A centrifuge for use with very small particles of 
similar weight was first developed by the Swedish 
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KEY TERMS 


Centrifugal force—The tendency of an object trav- 
eling in a circle around a central point to escape 
from the center in a straight line. 
Gravitation—The pull of Earth’s mass on an object. 
Revolutions per minute (rpm)—The number of 
times per minute an object travels around a central 
point. 

Rotation—The spinning of an object on its axis. 


chemist Theodor Svedberg in 1923. The ultracen- 
trifuge uses containers no more than about 0.2 in 
(0.6 cm) in diameter that rotate at speeds of about 
230,000 rpm to separate colloidal particles not much 
larger than the size of molecules. 


Centrifuge studies in the space sciences 


Centrifuge studies have been very important in 
the development of manned space flight. Human 
volunteers are placed into very large centrifuges and 
then spun at high velocities, creating the high grav- 
itational velocities that correspond to high gravita- 
tional forces (g forces) that occur during the launch 
of space vehicles. Such experiments help scientists 
understand the limits of acceleration that humans 
can endure. 


See also Gravity and gravitation. 
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Century plant see Amaryllis family 
(Amaryllidaceae) 
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| Ceramics 


The term ceramic refers to an inorganic mineral 
that becomes hard and brittle after being subjected to 
high temperatures. The process of ceramics (which is 
Greek for “potter’s clay,” or burned material, kera- 
mos) is historically defined as the art and science of 
making and decorating pottery; another name for any 
ceramic (earthy) material that is pliable when worked 
but becomes rigid when subjected to heat. Ceramic 
materials are usually understood to be compounds of 
metallic and nonmetallic elements, though some are 
actually ionic salts, and others are insulators. These 
materials can be very complicated, as are, for example, 
clays, spinels, and common window glass. Many 
ceramic compounds have very high melting points. 


Ceramics have a wide range of applications. They 
have been used as refractories, abrasives, ferroelec- 
trics, piezoelectric transducers, magnets, building 
materials, and surface finishes. Humans still use 
ceramics. They find their way into the kitchen cup- 
board as bowls, plates, and cups, and on shelves as 
flower vases. Indeed, a ceramic cup is still the most 
environmentally friendly method for holding one’s 
morning coffee. Bricks have been used for years by 
the construction industry, and for lining of ore smelt- 
ing furnaces. Ceramic blades are being tested in jet 
engine turbines and automobile engines. Ceramics 
stovetops are common. Perhaps the most famous use 
of ceramics is the ceramic tiles that coat the space 
shuttle’s outside frame, which are designed to absorb 
the intense heat inflicted upon the spacecraft during 
re-entry into the Earth’s atmosphere. 


Unlike metals, there are really no heat treatments 
that can be used to modify the properties of ceramics, 
but their properties can be altered by changes in chem- 
ical composition. By carefully considering the choice 
of chemical composition; purity; particle size; uni- 
formity, arrangement, and packing of atoms, high 
quality ceramics can be synthesized in a wide variety. 


Traditional ceramics 


Arguably, ceramics is one of the pillars upon 
which modern civilization was built, both literally 
and figuratively. Ceramics have been used by humans 
since antiquity. The earliest ceramic articles were 
made from naturally occurring materials such as 
clay minerals. It was discovered in prehistoric times 
that clay materials become malleable when water is 
added to them, and that a molded object can then be 
dried in the sun and hardened in a high-temperature 
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Traditional ceramics 


Category Examples 


whitewares 
heavy clay products 


dishes, plumbing materials, enamels, tiles 
brick, pottery, materials for the treatment 
and transport of sewage, water purification 
components 

brick, cements, crucibles, molds 

brick, plaster, blocks, concrete, tile glass, 
fiberglass 


refractories 
construction 


Table 1. Traditional Ceramics. (Thomson Gale.) 


Category Examples 


electronic heating elements, dielectric materials, 
semiconductors, insulators, transducers, 
lasers, hermetic seals, igniters 

turbine components, heat exchangers, 
emission control 

prosthetics, controls 

kiln furniture, braze fixtures, advanced 
refractories 


fuels, controls 


aerospace and automotive 


medical 
high-temperature structural 


nuclear 


Table 2. Modern Ceramics. (Thomson Gale.) 


fire. Many of the same raw materials that were used 
by the ancients are still used today in the production 
of traditional ceramics. Traditional ceramic appli- 
cations include whitewares, heavy clay products, 
refractories, construction materials, abrasive prod- 
ucts, and glass. 


Clay minerals are hydrated compounds of alumi- 
num oxide and silica. These materials have layered 
structures. Examples include kaolinite, halloysite, pyro- 
phillite, and montmorillonite. They are all formed by 
the weathering of igneous rocks under the influence of 
water, dissolved CO., and organic acids. The largest 
sources of these clays were formed when feldspar was 
eroded from granite and deposited in lake beds, where it 
became altered to a clay. 


Silica is a major ingredient in glass, glazes, enam- 
els, refractories, abrasives, and whiteware. Its major 
source is quartz, which is made up primarily of sand, 
sandstone, and quartzite. 


Feldspar is also used in the manufacture of glass, 
pottery, enamel, and other ceramic products. Other 
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Ceramics 


naturally occurring minerals used directly in ceramic 
production include talc, asbestos, wollastonite, and 
sillimanite. 


Hydraulic cement 


Hydraulic cements are set by interaction with 
water. Portland cement, the most common hydraulic 
cement, is primarily a water-free calcium silicate. It is 
slightly soluble in water and sets by a combination of 
solution precipitation and chemical reaction with 
water to form a hydrated composition. The ratio of 
water to cement in the initial mix greatly influences the 
strength of the final concrete: the lower the water-to- 
cement ratio, the higher the strength. 


Glass 


Glass is a ceramic material consisting of uni- 
formly dispersed mixtures of silica, soda ash, and 
lime, that is often combined with metallic oxides of 
calcium, lead, lithium, cerium, etc. Glass is distin- 
guished from solid ceramics by its lack of crystallin- 
ity. It is, in fact, a supercooled liquid. The atoms in 
glass remain disordered in the solid state, much 
as they are in the liquid state. Glasses are, thus, 
rigid structures whose atomic arrangements and 
properties depend on both composition and thermal 
history. 


Group 16 elements (oxygen, sulphur, selenium, 
tellurium) are especially good candidates for glass 
formation. Oxygen is able to form stable bonds with 
silicon, boron, phosphorous, and arsenic and thereby 
form stable structures having oxygen atoms at the 
corners and one of the other atoms at the center. 
Pure oxide glasses are very stable because each oxy- 
gen atom is linked by electron bonds to two other 
atoms. 


Various two-phase structures may exist as glasses. 
One such structure is a mixture of glass and crystal. 
These materials are converted into strong and durable 
ceramics that are part glass and part crystal by pro- 
longed heat treatment. 


Modern ceramics 


In the twentieth century, scientists and engineers 
acquired a much better understanding of ceramics 
and their properties. They succeeded in producing 
ceramics with tailor-made properties. Modern 
ceramics include oxide ceramics, magnetic ceramics, 
ferroelectric ceramics, nuclear fuels, nitrides, carbides, 
and borides. 
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Aluminum oxide 


Aluminum oxide (Al,O3) occurs naturally in the 
mineral corundum, which in gem-quality form is 
known as the precious stones ruby and sapphire. 
Ruby and sapphire are known for their chemical inert- 
ness and hardness. Al,O3 is produced in large quanti- 
ties from the mineral bauxite. In the Bayer process, 
bauxite (primarily aluminum hydroxide mixed with 
iron hydroxide and other impurities) is selectively 
leached with caustic soda. Purified aluminum hydrox- 
ide is formed as a precipitate. This material is con- 
verted to aluminum oxide powder, which is used in the 
manufacture of aluminum-oxide-based ceramics. 
Aluminum oxide powder is used in the manufacture 
of porcelain, alumina laboratory ware, crucibles and 
metal casting molds, high temperature cements, wear- 
resistant parts (sleeves, tiles, seals), sandblast nozzles, 
and other products. 


Magnesium oxide 


Magnesium oxide (MgO) occurs naturally in the 
mineral periclase, but not in sufficient quantity to meet 
commercial demand. Most MgO powder is produced 
from MgCO; or from seawater. MgO is extracted from 
seawater as a hydroxide and, then, converted to the 
oxide. MgO powder finds extensive use in high temper- 
ature electrical insulation and in refractory brick. 


Silicon carbide 


Silicon carbide (SiC) has been found to occur 
naturally only as small green hexagonal plates in 
metallic iron. The same form of silicon carbide has 
been manufactured synthetically, however. In this 
process, SiOz sand is mixed with coke in a large 
elongated mound in which large carbon electrodes 
have been placed at either end. As electric current is 
passed between the electrodes, the coke is heated to 
about 3,992°F (2,200°C). The coke reacts with the 
SiO, to produce SiC plus CO gas. Heating continues 
until the reaction has completed in the mound. After 
cooling, the mound is broken up, and the green hex- 
agonal SiC crystals, which are low in impurities and 
suitable for electronic applications, are removed. The 
lower purity material is used for abrasives. The outer 
layer of the mound is reused in the next batch. SiC 
can be formed from almost any source of silicon and 
carbon. It has been produced in the laboratory from 
silicon metal powder and sugar, and from rice hulls. 
SiC is used for high-temperature kiln furniture, elec- 
trical resistance heating elements, grinding wheels 
and abrasives, wear-resistance applications, and 
incinerator linings. 
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Silicon nitride 


Silicon nitride does not occur naturally. Most of 
the powder commercially available has been produced 
by reacting silicon metal powder with nitrogen at tem- 
peratures between 2,282°F (1,250°C) and 2,552°F 
(1,400°C). The powder that is removed from the fur- 
nace is not ready to use. It is loosely bonded, and must 
be crushed and sized. The resulting powder contains 
impurities of Fe, Ca, and Al. Higher purity silicon 
nitride powder has been produced by reducing SiO, 
with carbon in a nitrogen environment, and by reac- 
tion of SiCl, with ammonia; these reactions produce a 
very fine powder. High purity silicon nitride powder 
has also been made by laser reactions in which a 
mixture of silane (SiH4) and ammonia is exposed to 
laser light from a COpzlaser. This produces spherical 
particles of silicon nitride of very fine size. 


Processing 


The raw materials for ceramics are chosen on the 
basis of desired purity, particle size distribution, reac- 
tivity, and form. Purity influences such high temper- 
ature properties as strength, stress rupture life, and 
oxidation resistance. Impurities may severely influ- 
ence electrical, magnetic, and optical properties. 
Particle size distribution affects strength. 


Binders may be added to the ceramic powder to 
add strength prior to densification. Lubricants reduce 
particle-tool friction during compaction. Other agents 
are added to promote flowability during shaping. 


Forming processes 


The ceramic powder along with suitable additives 
are placed in a die, to which pressure may be applied 
for compaction. Uniaxial pressing is often used for 
small shapes such as ceramics for electrical devices. 
Hydrostatic pressing (equivalent pressing from all 
sides) is often used for large objects. 


Alternatively, the ceramic powder may be cast. 
Although molten ceramics may be cast into cooled 
metal plates and quenched to produce materials 
made up of very fine crystals with high material tough- 
ness, casting of ceramics is usually done at room 
temperature. The ceramic particles are first suspended 
in a liquid and then cast into a porous mold that 
removes the liquid, leaving a particulater compact in 
the mold. 


Yet another method of shaping a ceramic involves 
plastic forming. In this process, a mixture of ceramic 
powder and additives is deformed under pressure. In 
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KEY TERMS 


Ceramic—A hard, brittle substance produced by 
strongly heating a nonmetallic mineral or clay. 


Glass—A ceramic material consisting of a uni- 
formly dispersed mixture of silica, soda ash, and 
lime; and often combined with metallic oxides. 


Refractory—Any substance with a very high melt- 
ing point that is able to withstand very high 
temperatures. 


Sintering—The bonding of adjacent surfaces of 
particles in a mass of metal powders by heating. 


the case of pure oxides, carbides, and nitrides, an 
organic material is added in place of or in addition to 
water to make the ceramic mixture plastic. While 
forming the ceramic object, heat and pressure are 
usually applied simultaneously. 


Sintering 


Densification of the particulate ceramic compact 
is referred to as sintering. Sintering is essentially the 
removal of pores between particles, combined with 
particulate growth and strong bonding between adja- 
cent particles. In order for sintering to occur, the 
particles must be able to flow, and there must be a 
source of energy to activate and sustain this material 
transport. Sintering can take place in the vapor, liquid, 
or solid phase, or in a reactive liquid. 


Machining 


The sintered material must frequently be machined 
to allow it to meet dimensional tolerances, to give it 
an improved surface finish, or to remove surface 
flaws. Machining must be done carefully to avoid brit- 
tle fracture. The machining tool must have a higher 
hardness than the ceramic. The ceramic material can 
be processed by mechanical, thermal, or chemical 
action. 


Design considerations 


When evaluating the suitability of a ceramic 
material for a particular application, it is first neces- 
sary to understand the requirements of the applica- 
tion. These requirements might typically be defined 
by the load that the material will experience, 
the stress distribution in the material, interface, 
frictional requirements, chemical environment and 
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range of temperatures that the material will 
experience, and restriction on the final cost of the 
materials. Usually, one or two material properties 
will dictate the choice of a material for a particular 
application. 


Historically most ceramic designs have been 
developed by empirical, or trial-and-error investiga- 
tion. Only since the advent of the digital computer has 
it been possible to predict the properties of a particular 
ceramic material prior to actually producing it. 
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| Cerenkov effect 


The Cerenkov effect is the emission of light from 
a substance like water or glass when a charged par- 
ticle, such as an electron, travels through the mate- 
rial with a speed faster than the speed of light in that 
material. The speed of light in a vacuum is a univer- 
sal speed limit, but light travels more slowly in 
gasses, solids, and liquids, so it is possible for par- 
ticles to travel faster than light in those media. In a 
vacuum, nothing can travel as fast as or faster than 
light. 


The Cerenkov effect was discovered by Russian 
experimentalist P. A. Cerenkov (1904-1990) in 1934 
and explained by Russian theorists I. Y. Tamm 
(1865-1971) and I. M. Frank (1908-1990). For this 
work, all three scientists received the Nobel prize in 
physics in 1958. 


The electric field of a fast-moving charged 
particle shifts the electrons of the atoms of a non- 
conducting material as the particle passes through. 
When the particle travels at speeds faster than the 
speed of light in the material, the atoms respond by 
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KEY TERMS 


Cerenkov detector—a device built to measure the 
intensity and angle of emission of Cerenkov light. A 
typical detector consists of a radiating medium 
through which the charged particle passes (often- 
times a cylinder of gas), a focusing mirror that 
collects and concentrates the Cerenkov light, and 
a photo multiplier tube that converts the light to an 
electrical signal. 


Index of refraction—Ratio of the speed of light in a 
vacuum to the speed of light in a specific material. 
Numerical values of the index of refaction 
of materials used in Cerenkov detectors range 
from 1.000035 for helium gas to 1.5 for Lucite 
plastic. 


emitting light in a cone at an angle determined by the 
index of refraction of the material. The process can 
be compared to that of a shock wave of sound gen- 
erated when an airplane exceeds the speed of sound 
in air. 

The index of refraction is computed by dividing 
the speed of light in a vacuum (3 x 10% m/sec or 
186,000 mi/sec) by the speed of light in the medium 
through which the particle passes. The speed of light 
inlucite or heavy lead glass, for example, is 2 x 10° 
m/sec; therefore the index of refraction for those 
substances is 1.5. 


Cerenkov detectors use the properties of 
Cerenkov radiation in high energy physics and cosmic 
ray physics observations. Since the radiation is only 
emitted when the velocity of the particle is above a 
predetermined speed, a “threshold” value for the 
particle velocity can be set on the detector to discrim- 
inate against slow particles. For a particle velocity 
above the threshold value, an angular measurement 
of the Cerenkov light relative to the particle direc- 
tion determines the velocity of the particle. Instal- 
lation of a large Cerenkov detector at CERN 
(Organisation Européenne pour la Recherche Nucle- 
aire, European Organization for Nuclear Research), 
began in July 2006. 


James O’Connell 


Cerium see Lanthanides 


Cesium see Alkali metals 
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| Cetaceans 


Human contact with cetaceans—whales, dolphins, 
and porpoises—has a rich history, beginning with some 
of our earliest civilizations. Although ancient people 
believed cetaceans were fish, they are actually aquatic 
mammals, which means they bear live young, produce 
milk to feed their offspring, and have hair (albeit just a 
few sensory hairs). The Greek philosopher Aristotle 
(384-322 BC) was the first to record this fact; in his 
Historia Animalium, Aristotle noted that whales and 
dolphins breathe air through a blowhole, and therefore 
have lungs; and that instead of laying eggs like fishes, 
they deliver their offspring fully developed. 


Modern biologists believe that life first appeared 
in the sea; from these marine beginnings, land-dwelling 
organisms such as mammals gradually evolved. 
Cetaceans have returned to the marine environment 
after an ancestral period on land. As evidence of their 
terrestrial pedigree, consider that a whale fetus pos- 
sesses four limb buds, a pelvis, tail, and forelimbs with 
five fingers like any land mammal. Adult whales and 
dolphins have the streamlined, fish-like appearance 
befitting their watery existence, but they have main- 
tained and modified key terrestrial features (e.g., a 
much-reduced pelvic girdle in the tail, and forelimbs 
now used as flippers for swimming). A blowhole atop 
the head (one in dolphins, two in whales) replaces the 
nostrils, and thus the passageways for food and air are 
completely separate, as opposed to the usual terrestrial 
condition, in which food and air partly share a common 
tube. Other anatomical changes in cetaceans include a 
reduced neck, sensory modifications, and the addition 
of a thick layer of blubber to insulate against the cold of 
the ocean depths and to provide extra energy stores. 


The order Cetacea is divided into three suborders. 
The Archaeoceti are a group of extinct cetaceans with 
elongated bodies, and are known only from fossils that 
are still being discovered and described. The living 
cetaceans are the Mysticeti or baleen whales, 10 species 
restricted to the ocean, and the Odontoceti or toothed 
whales, whose many species (including dolphins and 
porpoises) are found in diverse habitats ranging from 
deep oceans to freshwater rivers great distances from 
the sea. Cetologists (scientists who study cetaceans) still 
disagree about how many toothed whales may be dis- 
tinguished, but at least 68 species are recognized. 


Mysticeti: Baleen whales 


Baleen whales include the great whales or rorq- 
uals, a word that comes from the Norse for “grooved 
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whale,” owing to the conspicuous grooves or pleats on 
the throat and belly of these huge animals. There are 
seven rorquals, including the blue whale (Balaenoptera 
musculus), the largest creature that has ever lived. The 
largest blue whale ever recorded, according to the 
Guiness Book of World Records, was a female caught 
in 1926 off the Shetland Islands, measuring 109 ft 
(33.3 m) long. The blue whale belongs to the family 
Balaenopteridae, a group that migrates from summer 
feeding grounds in cold polar waters to breed in 
warmer waters in the fall and winter. Additional 
species are the fin whale (B. physalus), sei whale 
(B. borealis), Bryde’s whale (B. edeni), minke whale 
(B. acutorostrata), humpback whale (Megaptera 
novaeangliae) and gray whale (Eschrictius robustus). 


Rounding out the baleen whales are the 
Balaenidae, three genera that include the right whale 
(Balaena glacialis), the bowhead whale (B. mysticetus), 
and their elusive cousin, the pygmy right whale 
(Caperea marginata). Many cetologists recognize 
three subspecific forms of the right whale, and some 
argue that the southernmost of these deserves recog- 
nition as a separate species, the southern right whale 
(B. australis). 


Although baleen whales are very large, they sub- 
sist on some of the smallest creatures: tiny oceanic 
plankton, or krill. Baleen whales are filter feeders, 
straining the water to collect their microscopic food, 
swallowing them in vast numbers; one mouthful 
of water may net its owner tens or hundreds of thou- 
sands of these tiny prey, which are trapped on the 
baleen as the seawater rushes back out. The baleen 
are rows of flexible, horny plates suspended from the 
upper jaw, each one fringed with a mat of hair-like 
projections to create an effective filtering device. 
Baleen was used for many years in ladies’ corsets and 
other fashions, and thus was given the misleading 
name “whalebone.” It is not bone at all, but rather 
the tough, flexible protein called keratin. As a group, 
baleen whales are larger and slower moving than 
toothed whales, perhaps in part because they do not 
need to pursue their prey. 


Odontoceti: Toothed whales 


In contrast, the faster-moving, smaller-bodied 
toothed whales—including dolphins and porpoises— 
pursue squid, fishes of many sizes, and in the case of 
killer whales (Orcinus orca), sea birds and mammals, 
including other cetaceans. Many toothed whales travel 
in groups of from five to many dozens of animals, 
whose purpose seems to be in part to hunt coopera- 
tively. Killer whales have been observed to gang up on 
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Two Atlantic bottlenose dolphins. (ULM Visuals.) 


and kill larger whales such as gray whales. They also 
collectively hunt seals resting on ice floes. Once a seal is 
spotted, the whales will dive together, causing a great 
wave that upsets the ice, dumping the unfortunate seal 
into their midst. (Interestingly, there is no record of a 
killer whale having killed a human.) Cooperative behav- 
ior has also been suggested for several dolphin species; 
bottlenose dolphins (Tursiops truncatus) have been 
observed to circle a school of fish, causing them to 
group more tightly together, and then take turns lunging 
through the school, grabbing mouthfuls of fish as they 
pass. Perhaps in these species, individuals hunting 
together can catch more food than each would hunting 
alone. This is probably not true of the plankton-eating 
baleen whales. 


There are many solitary species of odontocetes, 
however, each with innovative solo feeding strategies. 
Odontocete teeth are generally conical in shape, except 
in porpoises; these animals have spade-shaped teeth, 
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and they lack the dolphin’s protruding rostrum, or 
beak. However, the bouto (nia geoffrensis) of the 
Amazon and Orinoco rivers in South America has 
rear teeth that resemble molars, used for crushing the 
armored catfish that is among its favorite foods. The 
susu river dolphins (Platanista minor and P. gangetica) 
of the Indian subcontinent, have long, pincer-like jaws 
for grabbing prey out in front of them. The largest 
odontocete, the sperm whale (Physeter catodon), is 
also the deepest diver. These animals have been 
observed diving to 4,000 ft (1,220 m), and have been 
captured with squid inhabiting depths of 10,000 ft 
(3,050 m) within their stomachs; however, their aver- 
age dives are probably around 1,100 ft (335 m). 


Anatomy and physiology 
The sperm whale’s deep dives raise interesting 


questions about cetacean anatomy and physiology. 
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Even the shallower dives performed regularly by many 
cetaceans would jeopardize the health of a human 
diver. One important issue for a diving animal is keep- 
ing warm in the cold depths. All cetaceans have a thick 
layer of blubber insulating them from the frigid water. 
In addition, a diving cetacean is aided by the increas- 
ing pressure of the greater depths, which reduces blood 
circulation automatically. Blood flow to peripheral 
body areas is further reduced by proximity to the 
cold water, keeping the warm blood circulating to 
the internal organs. It is still a mystery that the ceta- 
cean brain can function normally at great depths; the 
heartbeat drops during a long dive, but somehow the 
brain maintains its normal temperature. 


Another important issue to a diving animal is 
oxygen deprivation. Many rorquals routinely stay 
under for 30 minutes before surfacing for a breath. 
Longer dives are always followed by a certain amount 
of panting at the surface, so the whale can restore its 
depleted blood oxygen levels. This is not the whole 
story, of course, since no land animal could hope to 
match this feat of breath-holding. Cetacean muscle 
tissue contains much greater amounts of myoglobin, 
the oxygen-binding protein found in the muscles of all 
mammals. This means that ounce for ounce, cetacean 
muscle is capable of storing more oxygen where it is 
needed most, even when new oxygen is not being 
provided via the lungs. In addition, cetaceans appa- 
rently have a high tolerance for the waste products 
(lactic acid and carbon dioxide) that accumulate in 
working muscle in the absence of sufficient oxygen. 


Of special interest to people who dive for recrea- 
tion is the dangerous phenomenon known as the 
bends. Human divers take to the depths with a tank 
of compressed air, whose pressure equals or exceeds 
that of the surrounding water. Otherwise, our rela- 
tively feeble chests would collapse under the pressure 
of the surrounding water. The bends occurs when 
nitrogen gas present in the compressed air dissolves 
into our blood and tissues, forming bubbles when the 
pressure is reduced too rapidly upon ascending. How 
do cetaceans avoid this deadly condition? Upon div- 
ing, their remarkably flexible chests and small, elastic 
lungs collapse; the tiny pouches that absorb oxygen 
within the lungs (the alveoli) are forced shut and gas 
exchange ceases. This means that little or no nitrogen 
is transferred into the bloodstream, and the dangerous 
bubbling-up of dissolved gas does not occur upon 
resurfacing. 


In a swimming cetacean, the tail is the main source 
of forward propulsion, pushing the animal forward by 
an up-and-out movement against the water (rather 
than side-to-side, like a fish). The tail is a flexible 
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extension of the last vertebra, which supports the mus- 
cular flukes. Rolling and changing position in the 
water is accomplished by the flippers; the flippers 
and dorsal fin (which is not present in all species) act 
together as stabilizers. Cetacean bones are heavier 
than water, but the body floats easily owing to buoy- 
ant blubber, oil in the bones, and air in the lungs. Some 
great whale species have been observed to sleep for 
hours, usually at night, their heads passively rising 
clear of the water to expose the blowhole. Both eyes 
are closed, and the body floats motionless with tail and 
flippers hanging limply, while the whale breathes once 
or twice per minute with a brief, snorting exhale. 
Amazingly, the smaller dolphins, who have more to 
fear from sharks and other predators, appear to sleep 
with only half of their brain at a time; one eye remains 
open, enabling the animal to rouse itself should danger 
arise. 


Sensory perception 


Cetologists have been able to infer a good deal 
about the sensory powers of whales and dolphins. 
Their vision is good, but is limited to about 45 ft 
(13.7 m) or so, even in the clearest water; the depths 
of the ocean are quite dark, and vision is of no use. 
Their sense of hearing is much more important, in part 
because water is such an excellent conductor of sound. 
In addition, many cetaceans navigate and find food 
using echolocation, or sonar. 


An echolocating animal perceives objects in its 
path by listening for the reflected echoes of pulsed 
sounds that it produces. In keeping with this practice, 
the cetacean hearing range is much greater than ours; 
some species can hear sounds up to 180,000 Hz. The 
sound is produced in a complex chamber in the airway 
atop the head, and is conducted out through the 
melon, a waxy, lens-shaped structure in the forehead. 
The melon functions to focus the beam of sound the 
way a magnifying glass focuses a beam of light. We 
know that around a dozen species of toothed whales 
and dolphins use sound to find food items; for 
instance, blindfolded bottlenose dolphins can find 
fish swimming in their tanks. Baleen whales lack the 
sophisticated structures for true echolocation, but 
may use echoes from lower-frequency sounds for a 
more rudimentary echonavigation. 


Scientists once believed that cetaceans had no 
sense of taste or smell. More recently, bottlenose dol- 
phins have been shown to distinguish the four basic 
taste stimuli (sour, sweet, salty, and bitter). In addi- 
tion, beluga whales (Delphinapteras leucas) have been 
observed to show alarm when swimming through 
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areas where other belugas have been killed and quan- 
tities of blood are present in the water. Several ceta- 
cean species are sensitive to substances found in 
mammalian urine and feces, which could provide 
information on the identity or status of other individ- 
uals. Most modern cetologists agree that taste and 
smell are important to many cetaceans. 


The cetacean sense of touch is very keen, as 
becomes obvious to anyone who watches two familiar 
animals interacting: whales and dolphins large and 
small rub up against each other, stroking and petting 
one another with flukes or flippers. Such touching 
clearly feels good to the recipient, and captive dolphins 
have been trained to do various tricks using touch 
alone as the positive reinforcement. 


Scientists have suggested the existence of a ceta- 
cean magnetic sense; this would help to explain their 
remarkable navigational powers during long migra- 
tions in the otherwise featureless marine environment. 
In support of this possibility, the mineral magnetite 
has been found in the brains of some species (including 
common dolphins, Dall’s porpoise, humpback whales, 
and beaked whales). A magnetic sense could help 
explain the bizarre phenomenon of live stranding; 
although rare, stranding is generally fatal to the 
whale, which is ultimately crushed by its own weight 
out of the supporting water. A magnetic sense might 
not be fool-proof, and could be upset by various dis- 
turbances from on shore, leading the animals to beach 
themselves. Others have proposed that mass strand- 
ings of cetaceans are the result of the intense social 
bonds that form among members of some species. 
Perhaps the urge to avoid the dangers of separation 
is stronger than that to avoid the fatal risk of stranding 
along with a sick or injured comrade seeking shallow 
water. 


Social behavior 


Social behavior in cetaceans runs the gamut from 
species that are largely solitary to those that are highly 
social. Baleen whales are rarely seen in groups of more 
than two or three; however, gray whales and other 
rorquals may form transient groups of five to 50 ani- 
mals during migration. Among toothed whales, river 
dolphins and narwhals (Monodon menoceros) are 
examples of species that appear to have mainly soli- 
tary habits. 


The most highly social species are found among 
the toothed whales. In bottlenose dolphins and killer 
whales, for instance, individuals typically have social 
bonds with many others, which may last for life. In 
these species, females form the core of the society: 
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long-term bonds between females and their adult 
daughters are important in many aspects of life, 
including foraging, fending off predators and aggres- 
sive dolphins, and delivering and raising the young. 
For example, sperm whale mothers often leave their 
infants in the company of a “babysitter,” while they 
make the deep dives for squid where a baby could not 
follow. In bottlenose dolphins, social alliances 
between adult males are a prominent feature of soci- 
ety. Trios of adult male bottlenose dolphins perform 
together in synchronous aggressive displays, herding a 
sexually receptive female, or attempting to dominate 
rival males from similar alliances. 


Courtship and mating remains largely unde- 
scribed for many species, owing to the difficulty of 
observing events under water; systematic study of 
most species is simply lacking. The mating systems of 
many that have been studied are classified as promis- 
cuous, meaning that individuals select a new mating 
partner each year, and both males and females may 
mate more than once in a given season. 


Some cetacean species—for example, narwhals, 
killer whales, and sperm whales—exhibit rather pro- 
nounced sexual dimorphism in size, meaning that 
males are noticeably larger than females. Such a size 
difference is believed to indicate a relatively high 
degree of competition among males for a chance to 
mate. These species are assumed to be polygynous, 
meaning that a few males mate with most of the avail- 
able females, excluding the rest of the males for mating 
opportunities. Male-male fights in the presence of a 
receptive female may become fierce, and adult males 
often bear the physical scars of such contests. Adult 
male narwhals have a long, spiral tusk made of ivory 
growing out from their head, which they use in joust- 
ing and sparring with their competitors. 


Pregnancy and birth 


Most baleen whales first mate when they are four 
to 10 years of age. Many toothed whales take longer to 
mature, and in sexually dimorphic species, males take 
longer still. Sperm whales require seven to 12 years, 
killer whales eight to 10, and false killer whales 
(Pseudorca crassidens) need up to 14 years to mature. 


Gestation in the baleen whales lasts 10-13 months 
on average. Many toothed whales have similar gesta- 
tion times but some are longer: pilot, sperm, and killer 
whale pregnancies last up to 16 months. The birth of a 
baby has rarely been witnessed by humans—typically, 
a formerly pregnant female simply appears one day 
with her new infant at her side. On rare occasions, 
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however, a human observer has been lucky enough 
to see a birth. One laboring gray whale spent the last 
10 minutes of her labor hanging vertical in the sea, 
head down, with her flukes held 6 ft (1.8 m) out of 
the water. As she lowered her flukes to a horizontal 
position, the calf’s snout was seen to be emerging 
from her belly. The mother shifted to a belly-up 
position, just at the surface, as the calf continued 
emerging; then the mother submerged, and the calf 
popped up to the surface, separate from its mother. 
Bottlenose dolphins are thought to usually deliver 
their calves tail-first, but head-first deliveries have 
been observed in captivity. In a captive situation, 
the dolphin mother typically uses her tail and ros- 
trum (beak) to guide the baby to the surface for its 
first breath of air. 


In all species, the baby soon takes up the “infant” 
position below and to her side, near her mammary slits. 
The nipple of a nursing mother protrudes from this slit 
on her belly, and the milk is ejected into the baby’s 
mouth by her mammary muscles with no effort on the 
part of the calf. Nursing bouts are relatively brief, since 
the calf must surface to breathe. Even so, the baby gains 
weight steadily; blue whale infants gain 200 Ib (90.8 kg) 
per day! Blue and gray whales nurse for a period of 
about seven months; bottlenose dolphins nurse for 
three to four years or more. The record must be for 
pilot and sperm whales, who are occasionally observed 
to be nursing at 10-15 years of age. Of course, these 
youngsters have been eating other foods as well. 


Intelligence and communication 


Lengthy juvenile periods are typical for animals of 
greater intelligence. In Greek myths and other ancient 
sources, whales and dolphins have been accorded the 
attributes of higher intelligence, congeniality, and 
kindness to humans. Observations of wild and captive 
dolphins supporting a dead baby dolphin at the sur- 
face for hours and days—probably an instinctive act 
by a naturally protective mother—are no doubt the 
source of long-standing anecdotes about dolphins sav- 
ing injured human divers from drowning. 


It is generally agreed that cetacean intelligence 
surpasses other non-human mammals, such as dogs, 
seals, and even many primates. Curiosity, affection, 
jealousy, self-control, sympathy, spite, and trick- 
playing are all common observations by human han- 
dlers of captive cetaceans. Their brains feature a 
sizeable and deeply convoluted cortex, suggesting 
considerable higher learning ability. Dolphins in 
particular are known for their powers of innovation. 
An especially large supralimbic area of the brain 
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explains their excellent powers of memory and social 
intelligence. 


Greater communication skills often accompany 
greater powers of intelligence. An underwater listener 
in the vicinity of a group of cetaceans may be sur- 
prised by the great variety of sounds they produce, 
from the repetitive tonal pulses of fin whales; to the 
moans and knocks of gray whales; the whoops, purrs, 
and groans of bowhead whales; and the elaborate, 
eerie songs of humpbacks. Cetaceans do not have 
vocal cords; odontocete vocalizations are produced 
in a group of air sacs in the region below the blowhole 
atop the head, and are projected out through the 
melon. Mysticete sounds seem to come from an area 
off the lower side of the larynx, but the exact origin is 
unclear. Many of the social odontocetes emit whis- 
tles, and intense whistling seems to accompany 
excitement surrounding feeding, sex, and the joy of 
riding a wave before a speeding boat. Individuals 
may recognize one other from their unique whistles 
and other sounds. 


Male humpback whales, who sing primarily dur- 
ing the breeding season, are the greatest balladeers of 
all cetaceans. In addition to their melodic, haunting 
songs, humpback whales produce a harsh gurgling 
noise, something like the sound a drowning person 
might make. Their vocalizations, which may go on 
for hours, were audible through the wooden hulls of 
old whaling vessels. Superstitious sailors, hearing 
these voices out of the deep below their ship, believed 
they were the ghosts of drowned comrades, coming 
back to haunt their old vessel. 


Commercial whaling and other threats 


Cetaceans have been harvested on an individual 
basis by native peoples, including Inuit, in many parts 
of the world since before recorded time. Commercial 
whaling was underway in earnest by the twelfth cen- 
tury, when the Basque people of the French and 
Spanish coasts harvested whales harpooned from 
small boats, called shallops, in struggles lasting many 
hours. Such struggles were worth the risks, because a 
single whale yields enormous amounts of valuable 
commodities. The victorious whalers returned with 
huge quantities of meat and blubber, which was ren- 
dered down into valuable oil for fuel and lubricants. 
By the eighteenth century, commercial whaling was a 
burgeoning industry, notably for baleen, to be used in 
ladies’ corsets. 


Modern whaling methods are viewed by many 
outside the industry as grossly inhumane. Whales 
today are killed by a harpoon whose head has four 
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claws and one or more grenades attached; when a 
whale is within range, the harpoon is fired into its 
body, where the head explodes, lacerating muscle and 
organs. The whale dives to escape, but is hauled to the 
surface with ropes and shot again. Death may not be 
swift, taking 15 minutes or more. 


Commercial whaling inflicted a devastating blow 
on the world’s baleen whale populations until 1986; 
most populations have yet to recover, and many pop- 
ulations and some species of whales are endangered. 
Public outcry resulted in reduced catch quotas during 
the 1970s, and finally in 1982 the International Whaling 
Commission set a moratorium on commercial whaling 
(to which all nations complied by 1989). Since then, 
however, Iceland, Norway, and Japan have demanded 
resumption of whaling; when the IWC refused, Norway 
announced plans to resume anyway, and Iceland left 
the IWC. Commercial whaling continues, although at a 
much reduced scale compared to former times. 


Further dangers to cetacean populations include 
marine pollution and loss of food resources due to 
human activity. Drift nets hanging invisible in the 
water cause the death of cetaceans along with seals, 
seabirds, and fish; nets that are torn free during storms 
may drift at sea for many years. Thus, although the use 
of drift nets was halted by 1992, their effects persist. 
Meanwhile, purse-seine fishing methods for tuna have 
killed an estimated seven million dolphins since 1959. 
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Chachalacas, curassows, and guans are 44 species 
of birds that make up the family Cracidae. These birds 
are in the order Galliformes, which also includes the 
grouse, pheasants, quail, guinea fowl, and turkey. 
Curassows, chachalacas, and guans (or cracids) are 
believed to represent a relatively ancient and primitive 
lineage within this order. Fossil members of this family 
are known from deposits in Europe, but modern birds 
only occur in the Americas, ranging from the lower 
Rio Grande Valley of south Texas to Paraguay and 
northern Argentina. 


The cracids are relatively large birds, ranging in 
body weight from about 1 Ib (0.5 kg) for chachalacas 
to as much as 10.5 Ib (4.8 kg) in the great curassow 
(Crax rubra). These birds have large, bare legs and 
large feet, well adapted for running and scratching 
for food in the forest floor. Cracids have a long tail, 
and a fowl-like body and head. The coloration of the 
plumage of cracids is generally a relatively plain 
brown or black, with little patterning. However, 
many species have colorful wattles and bare skin 
around the face, likely important in species recogni- 
tion and courtship. 


Most species of cracids occur in dense forests 
courtship and thickets, although some species occur 
in more open forests. The curassows and guans mostly 
feed on the ground on fruits, seeds, and other plant 
materials, as well as insects, but guans mostly feed in 
the forest canopy. When disturbed, the ground-feed- 
ing birds typically fly up into the forest canopy. 
Cracids are not migratory, spending the entire year 
in a local environment. 


Cracids build a simple nest of sticks, located on a 
tree branch. The clutch is two to five eggs, which are 
incubated by the female. The young are able to walk 
and run soon after birth, and are tended only by the 
female. 


The chachalaca (Ortalis vetula) is the only species 
in North America, breeding in woodlands and thickets 
in extreme southeastern Texas and eastern Mexico. 
Like many other birds, this species is named after the 
sound that it makes. 


All of the 12 species of chachalacas are in the genus 
Ortalis. The 20 species of guans occur in the genera 
Pipile, Aburria, Chamaepetes, Penelope, Penelopina, 
and Oreophasis. The 12 species of curassows are in the 
genera Pauxi, Mitu, Crax, and Nothocrax. 


Bill Freedman 
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| Chameleons 


Chameleons are small, strange-looking lizards in 
the family Chamaeleonidae. There are about 180 
species and subspecies of chameleons in six genera. 
The majority of species of chameleon are found in 
the tropics of Africa and Madagascar, but some 
species live in southern Spain, Crete, India, and 
Sri Lanka. Most species of chameleons spend their 
lives in trees and shrubs, but some occur in herba- 
ceous, grassy vegetation, and a few can be found on 
the ground. 


Biology of chameleons 


Most chameleons are green, yellow, or brown 
colored. However, these animals are famous for their 
ability to rapidly change the color and pattern of their 
skin pigmentation among these colors, and almost 
black or white shades can be achieved. This is done 
by varying the amount of pigment displayed by speci- 
alized cells in the skin, known as chromatophores. 
This visual behavior is primarily performed in 
response to changes in temperature, sunlight, and 
mood, especially when a chameleon is interacting 
socially with other chameleons. Chameleons may 
change the color of their skin to blend in better with 
their surroundings, as a type of opportunistic camou- 
flaging. Although it is often believed that camouflage 
is the most common reason for the color changes of 
chameleons, the primary reasons are actually related 
to the mood or motivation of the animal. 


Almost all chameleons are arboreal animals, 
moving slowly and deliberately in their habitat of 
trees and shrubs. The often imperceptible movements 
of these animals, coupled with their usual green or 
mottled color, makes chameleons difficult to detect 
among the foliage of their habitat. Chameleons have 
feet that grip twigs and branches well, with their toes 
fused in groups of two or three (a zygodactylous 
arrangement) that oppose each other to confer a 
strong grip. 


The prehensile tail of most chameleons can be 
wrapped around twigs and other structures to give 
the animal stability while it is resting or moving 
around. In some respects, the tail serves as a fifth 
“leg” for these animals, because it is so useful for 
locomotion and securing their grip. The laterally com- 
pressed body of chameleons also appears to be an 
adaptation to a life in the trees, by conferring advan- 
tages related to the distribution of body weight, and 
perhaps in camouflage. 
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Chameleons have very unusual eyes, which extend 
rather far from the sides of the head within turret- or 
cone-like, fused eyelids. The eyes of chameleons can 
move and focus independently of each other. 
However, chameleons also have excellent binocularvi- 
sion, which is necessary for sensing the distance of 
prey from the animal, so that it can be accurately 
snared by the long, unfurled tongue. 


The tongue of chameleons is very important for 
the method of feeding. This tongue is very long, and it 
can be rapidly extended by inflating it with blood. The 
tongue is accurately and quickly extruded from the 
mouth to catch prey up to a body length away from 
the animal. The sticky, club-like tip of the tongue 
snares the arthropod prey securely. Chameleons com- 
monly feed on insects of all sorts, as well as on spiders, 
and scorpions. 


Like other lizards, chameleons also use their 
tongue as a sense organ. The tongue is especially useful 
as a chemosensory organ which detects chemical sig- 
nals from the air, ground, or food. The chemicals are 
transported to a sensory organ on the roof of the 
mouth, which analyzes the chemical signature. 


Male chameleons aggressively defend a breeding 
territory, interacting with other males through drawn- 
out, ritualized displays. Some species have horn- and 
crest-like projections from their forehead which are 
used by the males as visual displays during their terri- 
torial disputes, and for jousting, during which the 
animals push at each other with their horns, until 
one combatant loses its grip on the branch, and falls 
to the ground. Most species of chameleons lay eggs, 
but a few are ovoviviparous, meaning the eggs are 
retained within the body of the female, where they 
hatch, so that the young are born as miniature replicas 
of the adults. 


Some populations of chameleons consist entirely 
or mostly of female animals. This is an unusual trait in 
animal populations, and it may be indicative of par- 
thenogenesis in these chameleon species, that is, the 
production of fertile eggs by females that have not 
mated with a male animal. 


Species of chameleons 


There are six genera of chameleons—Chamaeleo, 
Brookesia, Bradypodion, Furcifer, _Rhampholeon, 
and Calumma. The genera Chamaeleo and Brookesia 
are the largest. Species of Chamaeleo occur in 
Africa, Madagascar, southern Europe, and southern 
and Southeast Asia. Species of Brookesia occur only 
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A chameleon catching an insect with its tongue. (ULM Visuals.) 


in East and West Africa and on the island of 
Madagascar. 


The European chameleon (Chamaeleo chameleon) 
is represented by a number of subspecies in a few 
places in southern Europe, and much more widely in 
northern Africa, southern Arabia, and India. The 
African chameleon (C. africanus) occurs from West 
Africa through Somalia and Ethiopia. The common 
chameleon (C. dilepis) occurs throughout sub-Saharan 
Africa. 


Some Madagascan and African chameleons have 
long projections on their snout which are used by male 
animals during their territorial jousts. Examples of 
these unusual, horned chameleons are Fischer’s cha- 
meleon (C. fischeri) and the mountain chameleon 
(C. montium). The most spectacular of the horned 
species is Owen’s chameleon (C. oweni), which has 
three long, Triceratops -like horns. This species is 
only found in the lowlands of Cameroon. 


Unlike Chamaeleo, species of Brookesia chame- 
leons do not have a prehensile tail, and they do not 
undergo marked color changes. Examples of these 
stump-tailed chameleons are Brookesia superciliaris, 
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B. stumpfi, and B. tuberculata, all found on Madag- 
ascar and several neighboring islands. Brookesia spec- 


trum and B. platyceps occurs throughout sub-Saharan 
Africa. 


In some regions local people have developed a fear 
of these unusual, bizarre-looking lizards, believing 
them to be poisonous or deadly in some other way. 
In other places, chameleons are believed to have 
medicinal value, and are sold dried for use in folk 
medicine. 


Chameleons are striking and interesting animals, 
and they are sometimes kept as pets. Some chameleons 
are also sold internationally in the pet trade. However, 
chameleons are rather finicky creatures, and they usu- 
ally do not survive very long in captivity. Not many 
people have the zoological skills needed to successfully 
keep chameleons alive. 


As with so many other types of wildlife, the great- 
est threat to populations of chameleons is through the 
loss of their natural habitat. Most chameleon species 
do not adapt well to habitats that are intensively 
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KEY TERMS 


Ovoviviparous—The retention of fertilized eggs 
within the reproductive tract of a female animal, 
where the eggs hatch, and the young animals are 
later born as small replicas of the adult animals. 


Parthenogenesis—The production of fertile, dip- 
loid eggs by female animals that have not mated 
with a male. In lizards, this trait is generally accom- 
panied by all-female populations or species. 


managed by humans. As a result, the populations of 
chameleons generally decline markedly when their 
natural habitats are converted to agricultural or resi- 
dential land uses. Currently seven species of chame- 
leons are listed as vulnerable, endangered, or critically 
endangered by the World Conservation Union 
(IUCN). 


See also Anoles. 
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| Chaos 


Chaos theory is used to model the overall behav- 
ior of complex systems. Despite its name, chaos theory 
is used to identify order in complex and otherwise 
seemingly unpredictable systems. As a mathematical 
concept, chaos is defined as any system that varies 
according to precise, pre-determined laws, even when 
their appearance seems random. Chaos theory, there- 
fore, is defined as the study of complex non-linear 
dynamic systems, with the term complex meaning 
that the systems contain many variables and equa- 
tions, non-linear meaning that equations are not of 
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the first degree, and dynamic meaning that the system 
is never static (is always changing). 


Chaos theory is used to understand explosions, 
complex chemical reactions (e.g., the Belousov- 
Zhabotinsky oscillating reaction that yields a red sol- 
ution that turns blue at varying intervals of time), and 
many biological and biochemical systems. Chaos 
theory is now an important tool in the study of pop- 
ulation trends and in helping to model the spread of 
disease. Epidemiologists use chaos theory to help pre- 
dict the spread of epidemics. 


Deterministic dynamical systems are those 
systems that are predictable based on accurate 
knowledge of the conditions of the system at any 
given time. When systems are, however, sensitive to 
their initial conditions, they eventually become 
unpredictable. In particular, chaos theory deals 
with complex nonlinear dynamic (i.e., nonconstant, 
nonperiodic, etc.) systems. Nonlinear systems are 
those described by mathematical recursion and 
higher algorithms. Deterministic chaos is mainly 
devoted to the study of systems, the behavior of 
which can, in principle, be calculated exactly from 
equations of motion. 


Non-linear dynamic systems include systems of 
activities (weather, turbulence in fluids, the stock mar- 
ket) that cannot be visualized in a graph with a straight 
line. Although dictionaries usually define chaos as 
complete confusion, scientists who study chaos have 
discovered deep patterns that predict global stability 
in dynamic systems in spite of local instabilities. 


Revising the Newtonian world view 


English physicist and mathematician Sir Isaac 
Newton (1642-1727), and the physicists of the eight- 
eenth and nineteenth centuries who built upon his 
work, showed that many natural phenomena could 
be accounted for in equations that would predict out- 
comes. If enough was known about the initial states of 
a dynamic system, then, all things being equal, the 
behavior of the system could be predicted with great 
accuracy for later periods, because small changes in 
initial states would result in small changes later on. 
For Newtonians, if a natural phenomenon seemed 
complex and chaotic, then it simply meant that scien- 
tists had to work harder to discover all the variables 
and the interconnected relationships involved in the 
physical behavior. Once these variables and their rela- 
tionships were discovered, then the behavior of com- 
plex systems could be predicted. 


But certain kinds of naturally occurring behaviors 
resisted the explanations of Newtonian science. The 
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A head-on collision between two dipolar vortices entering a stratified fluid environment from the right and left sides of the 
picture. The original vortices have exchanged some of their substance to form two new mixed dipoles which are moving at 
roughly right angles to the original direction of travel (toward the top and bottom of the photo). Dipolar vortices are relevant to 
turbulence in large-scale geophysical systems like Earth’s atmosphere or oceans. Turbulence within a fluid is an example of a 
chaotic system. (G. Van Heijst and J. Flor. Photo Researchers, Inc.) 


weather is the most famous of these natural occur- 
rences, but there are many others. The orbit of the 
Moon around the Earth is somewhat irregular, as is 
the orbit of the dwarf planet Pluto around the Sun. 
Human heartbeats commonly exhibit minor irregular- 
ities, and the 24-hour human cycle of waking and 
sleeping is also irregular. 


In 1961, American mathematician and meteorolo- 
gist Edward Norton Lorenz (1917—) discovered that 
one of the crucial assumptions of Newtonian science 
is unfounded. Small changes in initial states of some 
systems do not result in small changes later on. The 
contrary is sometimes true: small initial changes can 
result in large, completely random changes later. 
Lorenz’s discovery is called the butterfly effect: named 
for the example of a butterfly beating its wings in China 
creating small turbulences that eventually affect the 
weather in New York City. 


Lorenz, of Massachusetts Institute of Technol- 
ogy, made crucial discoveries in his research on the 
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weather in the early 1960s. Lorenz had written a com- 
puter program to model the development of weather 
systems. He hoped to isolate variables that would 
allow him to forecast the weather. One day he intro- 
duced an extremely small change into the initial con- 
ditions of his weather prediction program: he changed 
one variable by one one-thousandth of a point. He 
found that his prediction program began to vary 
wildly in later stages for each tiny change in the initial 
state. This was the birth of the butterfly effect. Lorenz 
proved mathematically that long-term weather predic- 
tions based upon conditions at any one time would be 
impossible. 


American mathematical physicist Mitchell Jay 
Feigenbaum (1944) was one of several people who 
discovered order in chaos. He showed mathematically 
that many dynamic systems progress from order to 
chaos in a graduated series of steps known as scaling. 
In 1975, Feigenbaum discovered regularity even in 
orderly behavior so complex that it appeared to 
human senses as confused or chaotic. An example of 
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this progression from order to chaos occurs if you 
drop pebbles in a calm pool of water. The first pebble 
that you drop makes a clear pattern of concentric 
circles. So do the second and third pebbles. However, 
if the pool is bounded, then the waves bouncing back 
from the edge start overlapping and interfering with 
the waves created by the new pebbles that you drop in. 
Soon the clear concentric rings of waves created by 
dropping the first pebbles are replaced by a confusion 
of overlapping waves. 


American mathematician James A. Yorke (1941-) 
applied the term chaos to non-linear dynamic systems 
in the early 1970s, but before Yorke gave non-linear 
dynamical systems their famous name, other scientists 
had been describing the phenomena now associated 
with chaos. 


Current research 


Chaos theory has a variety of applications. One of 
the most important of these is the stock market. Some 
researchers believe that they have found non-linear 
patterns in stock indexes, unemployment patterns, 
industrial production, and the price changes in 
Treasury bills. These researchers believe that they 
can reduce to six or seven the number of variables 
that determine some stock market trends. However, 
the researchers concede that if there are non-linear 
patterns in these financial areas, then anyone acting 
on those patterns to profit will change the market and 
introduce new variables that will make the market 
unpredictable. 


Population biology illustrates the deep structure 
that underlies the apparent confusion in the surface 
behavior of chaotic systems. Some animal populations 
exhibit a boom-and-bust pattern in their numbers over 
a period of years. In some years, there is rapid growth 
in a population of animals; this is followed by a bust 
created when the population consumes all of its food 
supply and most members die from starvation. Soon 
the few remaining animals have an abundance of food 
because they have no competition. Since the food 
resources are so abundant, the few animals multiply 
rapidly, and some years later, the booming population 
turns bust again as the food supplies are exhausted 
from overfeeding. This pattern, however, can only be 
seen if much data have been gathered over many years. 
Yet this boom-and-bust pattern has been seen else- 
where, including disease epidemics. Large numbers 
of people may come down with measles, but in falling 
ill, they develop antibodies that protect them from 
future outbreaks. Thus, after years of rising cases of 
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measles, the cases will suddenly decline sharply 
because their antibodies naturally protect so many 
people. After a period of reduced cases of measles, 
the outbreaks will rise again and the cycle will start 
over, unless a program of inoculation is begun. 


Chaos theory can also be applied to human bio- 
logical rhythms. The human body is governed by the 
rhythmical movements of many dynamical systems: 
the beating heart, the regular cycle of inhaling and 
exhaling air that makes up breathing, the circadian 
rhythm of waking and sleeping, the saccadic (jumping) 
movements of the eye that allow humans to focus and 
process images in the visual field, and the regularities 
and irregularities in the brain waves of mentally 
healthy and mentally impaired people as represented 
on electroencephalograms. None of these dynamic 
systems is perfect all the time, and when a period of 
chaotic behavior occurs, it is not necessarily bad. 
Healthy hearts often exhibit brief chaotic fluctuations, 
and sick hearts can have regular rhythms. Applying 
chaos theory to these human dynamic systems pro- 
vides information about how to reduce sleep disor- 
ders, heart disease, and mental disease. 


Chaos may depend on initial conditions 
and attractors 


It is now understood that chaotic behavior may be 
characterized by sensitive dependence on initial con- 
ditions and attractors (including, but not limited to 
strange attractors). A particular attractor represents 
the behavior of the system at any given time. The 
actual state of any system (i.e., measured character- 
istics) depends upon earlier conditions. If initial con- 
ditions are changed, even to a small degree, the actual 
results for the original and altered systems become 
different (sometimes drastically different) over time, 
even though the plot of the attractor for both the 
original and changed systems remains the same. In 
other words, although both systems yield different 
values as measured at any given time, the plots of 
their respective attractors (i.e., the overall behavior 
of the system) look the same. 


See also Mathematics; Quantum mechanics; 


Physics. 
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KEY TERMS 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a foreign 
substance or particle). It marks foreign microorganisms 
in the body for destruction by other immune cells. 


Boom-and-bust cycle—A recurring period of sharply 
rising activity (usually economic prosperity) that 
abruptly falls off. 

Circadian rhythm—The rhythmical biological cycle 
of sleep and waking that, in humans, usually occurs 
every 24 hours. 


Dynamics—The motion and equilibrium of systems 
that are influenced by forces, usually from the outside. 


Electroencephalogram (EEG)—An electronic medi- 
cal instrument used to measure brain activity in the 
form of waves printed on a sheet of paper. 
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l Charge-coupled device 


Charge-coupled devices (CCDs) have made possi- 
ble a revolution in image acquisition, first in scientific 
applications such as astronomy and more recently in 
consumer electronics, where they are the basis of the 
digital camera. A CCD consists of a checkerboard array 
of light-sensitive electronic elements. When CCDs are 
exposed to light, an image of the object being observed 
is formed; this image can be extracted from the CCD 
and stored on a computer for later analysis. CCDs are 
used in a variety of modern instruments, ranging from 
scanners and photocopiers to video cameras and digital 
still cameras. They have also transformed the way sci- 
entists measure and chart the universe. 


How the devices work 


All CCDs work on the same principle. The CCD 
surface is a grid of pixels (a contraction of “picture 
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Newtonian world view—The belief that actions in 
the physical world can be predicted (within a rea- 
sonable margin of error) according to physical laws, 
which only need to be discovered, combined appro- 
priately, and applied accurately to determine what 
the future motions of objects will be. 


Nonlinear—Something that cannot be represented 
by a straight line: jagged, erratic. 


Population biology—The branch of biology that 
analyses the causes and (if necessary) solutions to 
fluctuations in biological populations. 


Quantum—The amount of radiant energy in the differ- 
ent orbits of an electron around the nucleus of an atom. 


Scaling—A regular series or progression of sizes, 
degrees, or steps. 


elements”). Small CCDs may have a grid of 256 x 256 
pixels, while large CCDs may have pixel grids thousands 
of times larger. Although many CCD pixel grids are 
square, this is not always the case; scanners and photo- 
copiers, for example, have a single line of pixels that 
passes over the picture or page of text being imaged. The 
pixels are tiny; some CCDs have pixels only 9 microns 
across, while others may have 27-micron pixels. The 
scale and resolution of the image a camera is able to 
form on the CCD depends both on the pixel size and the 
grid size. Regardless of the pixel or grid size, however, 
each pixel on the CCD has the ability to convert the light 
striking it into an electric signal. The voltage accumu- 
lated by each pixel during an exposure is directly propor- 
tional to the amount of light striking it. When the CCD 
is exposed to light for a length of time, an image of 
whatever is being observed—whether a distant galaxy 
or cars in a parking lot—forms on the CCD as an array 
of differing electric voltages. 


After an image has been recorded on the CCD, the 
device can be “read out,” meaning that the voltages 
are extracted from the CCD for storage on a com- 
puter. The analogy that is almost universally used to 
describe this process is the “bucket brigade” analogy. 
Picture each pixel on the CCD as a bucket with a 
certain amount of water in it. When the CCD is read 
out, the water in each row of buckets is emptied into 
the adjacent row. The water in the first row goes into a 
special row of storage buckets; the water in each 
bucket in the second row goes into its neighbor bucket 
in the first row, and so on across the whole CCD. 
Then, the amount of water in each of these buckets is 
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emptied, measured, and stored in a computer’s mem- 
ory. This process is repeated until all of the rows have 
been shifted into the storage buckets, emptied, and 
measured. If you now replace the water with electric 
voltages and replace the measurement of water with 
the digital measurement of the analog electric signal, 
you have the basic process by which an image is 
extracted from the CCD. The actual process of read- 
ing out the CCD is performed by fairly complicated 
and exquisitely synchronized electronics that move all 
the electric charges between the “buckets,” convert the 
analog voltages into digital numbers, and make the 
data available for storage on a computer. 


Once the pixel outputs have been measured and 
stored on a computer, they can be used in a variety of 
ways. For simple line drawings, the image processing 
software may render the data from the CCD in black 
and white. For pictures, a 256-level grayscale may be 
appropriate. In either case, a grid of numbers, correspond- 
ing to the original light intensity, is present and can be 
analyzed in any way the person studying the image desires. 


From the description above, it may seem that 
CCDs cannot be used for color imaging, since they 
respond only to light intensity. In fact, color CCDs 
are available, although they are used in video equip- 
ment such as camcorders and almost never in astron- 
omy. If an astronomer wanted to create a color image 
using a CCD, the old practice of taking three images 
through three different color filters is still the usual way 
to go. True color CCDs have pixels with built-in filters 
alternating red, green, and blue. They can produce real- 
time color images, but they are undesirable for scientific 
work, because they introduce significant difficulties 
into the data analysis process, as well as reducing the 
effective resolution of the CCD by a factor of three. 


Applications in astronomy 


Astronomers began using charge-coupled devices 
in their work in the early 1980s, when the increasing 
power and clock speed of semiconductors, and the com- 
puters needed to drive the hardware and analyze the 
data, became both fast and affordable. Almost every 
field of astronomy was directly impacted by CCDs: for 
observations of asteroids, galaxies, stars, and planets, 
whether by direct imaging or the recording of spectra, 
the CCD rapidly became the detector of choice. 


CCDs are also useful to astronomers because on 
average, CCDs are about ten times more light-sensi- 
tive than film. Astronomers are notorious for finding 
desperately faint objects to observe, so the CCD gave 
them the ability not only to see fainter objects than 
they could before but to reduce the amount of time 
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spent tracking and observing a given object. A CCD 
camera can record in a 15-minute exposure the same 
information that would take a standard camera 
loaded with film two hours or more. While film typi- 
cally records only 2-3% of the light that strikes it, 
charge-coupled device cameras can record between 
50-80% of the light they detect. Furthermore, CCDs 
can capture light outside the visible spectrum, which 
film cannot do. The devices operate without dark- 
rooms or chemicals, and the results can be recon- 
structed as soon as the information is loaded into an 
image processing program. 


However, CCD cameras do have some draw- 
backs. The small size of the most affordable arrays 
results in a much smaller field of view. Large celestial 
bodies, such as the Moon, which are easily photo- 
graphed with a 35 mm camera, become very difficult 
to reproduce as a single image with a CCD camera. 
Although larger arrays are coming to the market, they 
remain pricy and beyond the resources of the amateur 
astronomer. They require complicated systems to 
operate, and many of them have to be cooled to typical 
temperatures of —112°F (-80°C) to reduce their back- 
ground electronic noise to an acceptable level. Finally, 
color images for astronomical CCD cameras (unlike 
commercially-available video and digital still cameras) 
require three separate exposures for each filter used. 
The final image has to be created by combining the 
data from each exposure within the computer. 


CCDs, professionals, and amateurs 


With web-based star catalogues and _ other 
Internet and electronic resources such as the Hubble 
Guide Star Catalog and the Lowell Observatory 
Asteroid Database, professional and amateur astron- 
omers have begun sharing resources and comparing 
data in hopes of creating a more accurate and com- 
plete picture of the heavens. Organizations such as the 
Amateur Sky Survey help individuals coordinate and 
share data with others. Thanks to CCDs, amateurs 
have often contributed as significantly to these proj- 
ects as professional astronomers have. Paul Comba, 
an amateur based in Arizona, discovered and regis- 
tered some 300 previously unknown asteroids in 
1996-97, after adding a digital camera to his telescope. 
In 1998, astrophysics student Gianluca Masi recorded 
the existence of an unknown variable star, discovered 
with the use of his Kodak KAF-0400 CCD, mounted 
in a Santa Barbara Instrument Group ST-7 camera. 
CCDs help level the playing field in the science of 
astrometry, somewhat reducing the equipment barrier 
between the amateur and the professional. 
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| Chelate 


A chelate is a type of coordination compound in 
which a single metallic ion is attached by coordinate 
covalent bonds to a molecule or an ion called a ligand. 
The term chelate comes from the Greek word chela, 
meaning “crab’s claw.” The term clearly describes the 
appearance of many kinds of chelates, in which the 
ligand surrounds the central atom in a way that can be 
compared to the grasping of food by a crab’s claw. 


Bonding in a chelate occurs because the ligand has 
at least two pairs of unshared electrons. These are 
regions of negative electrical charge to which cations 
such as the copper(I) and copper(II), silver, nickel, 
platinum, and aluminum ions are attracted. A ligand 
with only two pairs of unshared electrons is known as 
a bidentate (“two-toothed”) ligand; one with three 
pairs of unshared electrons, a tridentate (“three- 
toothed”) ligand, and so on. 


The geometric shape of a chelate depends on the 
number of ligands involved. Those with bidentate 
ligands form linear molecules; those with four ligands 
form planar or tetrahedral molecules; and those with 
six ligands form octahedral molecules. 


One of the most familiar examples of a chelate is 
hemoglobin, the molecule that transports oxygen 
through the blood. The “working part” of a hemoglo- 
bin molecule is heme, a complex molecule at whose 
core is an iron(II) ion bonded to four nitrogenatoms 
with coordinate covalent bonds. 


Among the most common applications of chelates 
is in water softening and treatment of poisoning. In 
the former instance, a compound such as sodium tri- 
polyphosphate is added to water. That compound 
forms chelates with calcium and magnesium ions, 
those responsible for the hardness in water. Because 
of their ability to “tie up” metal ions in chelates, 
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compounds like sodium tripolyphosphate are some- 
times referred to as sequestering agents. 


A typical sequestering agent used to treat poison 
victims is ethylenediaminetetraacetic acid, commonly 
known as EDTA. Suppose that a person has swal- 
lowed a significant amount of lead and begins to dis- 
play the symptoms of lead poisoning. Giving the 
person EDTA allows that molecule to form chelates 
with lead ions, removing that toxic material from the 
bloodstream. 


l Chemical bond 


A chemical bond is any force of attraction that 
holds two atoms or ions together. In most cases, that 
force of attraction is between one or more electrons 
held by one of the atoms and the positively charged 
nucleus of the second atom. Chemical bonds vary 
widely in their stability, ranging from relatively strong 
covalent bonds to very weak hydrogen bonds. 


History 


The concept of bonding as a force that holds two 
particles together is as old as the concept of ultimate 
particles of matter itself. As early as 100 BC, for 
example, Asklepiades of Prusa speculated about the 
existence of “clusters of atoms,” a concept that implies 
the existence of some force of attraction holding the 
particles together. At about the same time, the Roman 
poet Lucretius in his monumental work De Rerum 
Natura(On the nature of things) pictured atoms as 
tiny spheres to which were attached fishhook-like 
appendages. Atoms combined with each other, 
according to Lucretius, when the appendages from 
two adjacent atoms became entangled with each other. 


Relatively little progress occurred in the field of 
bonding theory until the concept of an atom itself was 
clarified. When John Dalton proposed modern atomic 
theory in 1803, he specifically hypothesized that atoms 
would combine with each other to form “compound 
atoms.” Dalton’s concept of bonding was essentially 
nonexistent, however, and he imagined that atoms 
simply sat adjacent to each other in their compound 
form. 


The real impetus to further speculation about 
bonding was provided by the evolution of the concept 
of a molecule, originally proposed by Amedeo 
Avogadro in 1811 and later refined by Stanislao 
Cannizzaro more than four decades later. 
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The origin of bond symbolism 


Some of the most vigorous speculation about 
chemical bonding took place in the young field of 
organic chemistry. In trying to understand the struc- 
ture of organic compounds, for example, Friedrich 
Kekulé (1829-1896) suggested that the carbon atom 
is tetravalent; that is, it can bond to four other atoms. 
He also hypothesized that carbon atoms could bond 
with each other almost endlessly in long chains. 


Kekulé had no clear notion as to how atoms 
bonded to each other, but he did develop an elaborate 
system for showing how those bonds might be arranged 
in space. That system was too cumbersome for everyday 
use by chemists, however, and it was quickly replaced by 
another system suggested earlier by the Scottish chemist 
Archibald Scott Couper (1831-1892), who proposed 
that the bond between two atoms (what the real physical 
nature of that bond might be) should be represented by 
a short dashed line. Thus, a molecule of water could be 
represented by the structural formula: H-O-H. 


That system is still in existence today. The arrange- 
ment of atoms in a molecule is represented by the 
symbols of the elements present joined by dashed 
lines that show how the atoms of those elements are 
bonded to each other. Thus, the term chemical bond 
refers not only to the force of attraction between two 
particles, but also to the dashed line used in the struc- 
tural formula for that substance. 


Development of the modern theory 
of bonding 


The discovery of the electron by J. J. Thomson 
(1856-1940) in 1897 was, in the long run, the key needed 
to solve the problem of bonding. In the short run, how- 
ever, it was a serious hindrance to resolving that issue. 
The question that troubled many chemists at first was 
how two particles with the same electrical charge (as 
atoms then seemed to be) could combine with each other. 


An answer to that dilemma began to evolve 
slowly, beginning with the work of the young 
German chemist Richard Abegg (1869-1910). In the 
early 1900s, Abegg came to the conclusion that inert 
gases are stable elements because their outermost shell 
of electrons always contains eight electrons. Abegg 
theorized that atoms combine with each other when 
they exchange electrons in such a way that they all end 
up with eight electrons in their outer orbit. In a sim- 
plistic way, Abegg had laid out the principle of ionic 
bonding. Ionic bonds are formed when one atom com- 
pletely gives up one or more electrons, and a second 
atom takes on those electrons. 
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Since Abegg was killed in 1910 at the age of 41 ina 
balloon accident, he was prevented from improving 
upon his original hypothesis. That work was taken up 
in the 1910s, however, by a number of other scientists, 
most prominently the German chemist Walther Kossel 
(1888-1956) and the American chemists Irving 
Langmuir (1881-1957) and Gilbert Newton Lewis 
(1875-1946). 


Working independently, these researchers came up 
with a second method by which atoms might bond to 
each other. Rather than completely losing or gaining 
electrons, they hypothesized that perhaps atoms could 
share electrons with each other. One might imagine, for 
example, that in a molecule of methane (CHy), each of 
the four valence electrons in carbon is shared with the 
single electron available from each of the four hydrogen 
atoms. Such an arrangement could provide carbon with 
a full outer shell of eight electrons and each hydrogen 
atom with a full outer shell of two. Chemical bonds in 
which two atoms share pairs of electrons with each 
other are known as covalent bonds. 


In trying to illustrate this concept, Lewis developed 
another system for representing chemical bonds. In the 
Lewis system (also known as the electron-dot system), 
each atom is represented by its chemical symbol with 
the number of electrons in its outermost orbit, its bond- 
ing or valence electrons. The formula of a compound, 
then, is to be represented by showing how two or more 
atoms share electrons with each other. 


Bond types 


Credit for the development of the modern theory 
of chemical bonding belongs largely to the great 
American chemist Linus Pauling (1901-1994). Early 
in his career, Pauling learned about the revolution in 
physics that was taking place largely in Europe during 
the 1920s. That revolution had come about with the 
discovery of the relativity theory, quantum mechanics, 
the uncertainty principle, the duality of matter and 
energy, and other new and strikingly different con- 
cepts in physics. 

Most physicists recognized the need to reformu- 
late the fundamental principles of physics because of 
these discoveries. Relatively few chemists, however, 
saw the relevance of the revolution in physics to their 
own subject. Pauling was the major exception. By the 
late 1920s, he had already begun to ask how the new 
science of quantum mechanics could be used to under- 
stand the nature of the chemical bond. 


In effect, the task Pauling undertook was to deter- 
mine the way in which any two atoms might react with 
each other to put them in the lowest possible energy 
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Chemical bond 


state. Among the many discoveries he made was that, 
for most cases, atoms form neither a purely ionic nor 
purely covalent bond. That is, atoms typically do not 
completely lose, gain, or share equally the electrons 
that form the bond between them. Instead, the atoms 
tend to form hybrid bonds in which a pair of shared 
electrons spend more time with one atom and less time 
with the second atom. 


Electronegativity 


The term that Pauling developed for this concept 
is electronegativity. This, in a general sense, is the 
tendency of an atom to attract the electrons in a cova- 
lent bond. The numerical values for the electronega- 
tivities of the elements range from a maximum of 4.0 
for fluorine to a minimum of about 0.7 for cesium. A 
bond formed between fluorine and cesium would tend 
to be ionic because fluorine has a much stronger 
attraction for electrons than does cesium. On the 
other hand, a bond formed between cobalt (electro- 
negativity = 1.9) and silicon (electronegativity = 1.9) 
would be a nearly pure covalent bond since both 
atoms have an equal attraction for electrons. 


The modern concept of chemical bonding, then, is 
that bond types are not best distinguished as purely ionic 
or purely covalent. Instead, they lie somewhere along a 
continuum between those two extremes. The position of 
any particular bond can be predicted by calculating the 
difference between the two electronegativities of the atoms 
involved. The greater that difference, the more ionic the 
bond; the smaller the difference, the more covalent. 


Bond polarity 


The preceding discussion suggests that most 
chemical bonds are polar; that is, one end of the 
bond is more positive than the other end. In the 
bond formed between hydrogen (electronegativity = 
2.2) and sulfur (electronegativity = 2.6), for example, 
neither atom has the ability to take electrons com- 
pletely from the other. Neither is equal sharing of 
electrons likely to occur. Instead, the electrons form- 
ing the hydrogen-sulfur bond will spend somewhat 
more time with the sulfur atom and somewhat less 
time with the hydrogen atom. Thus, the sulfur end of 
the hydrogen-sulfur bond is somewhat more negative 
(represented as 6—), and the hydrogen end is some- 
what more positive (6+). 


Coordination compounds 
Some chemical bonds are unique in that both 


electrons forming the bond come from a single atom. 
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The two atoms are held together, then, by the attrac- 
tion between the pair of electrons from one atom and 
the positively charged nucleus of the second atom. 
Such bonds have been called coordinate covalent 
bonds. 


An example of this kind of bonding is found in the 
reaction between copper(II) ion and ammonia. The 
nitrogen atom in ammonia has an unshared pair of 
electrons that is often used to bond with other atoms. 
The copper(IJ) ion is an example of such an anion. It is 
positively charged and tends to surround itself with 
four ammonia molecules to form the cupric ammo- 
nium ion, Cu(NH3)47". The bonding in this ion con- 
sists of coordinate covalent bonds with all bonding 
electrons supplied by the nitrogen atom. 


Multiple bonds 


The bonds described thus far can all be classified as 
single bonds. That is, they all consist of a single pair of 
electrons. Not uncommonly, two atoms will combine 
with each other by sharing two pairs of electrons. For 
example, when lead and sulfur combine to form a com- 
pound, the molecules formed might consist of two pairs 
of electrons, one electron from lead and one electron 
from sulfur in each of the pairs. The standard shorthand 
for a double bond such as this one is a double dashed line 
(=). For example, the formula for a common double- 
bonded compound, ethylene, is: HxC=CHp. 


Compounds can also be formed by the sharing of 
three pairs of electrons between two atoms. The for- 
mula for one such compound, acetylene, shows how a 
triple bond of this kind is represented: HC=CH. 


Other types of bonds 


Other types of chemical bonds also exist. The 
atoms that make up a metal, for example, are held 
together by a metallic bond—one in which all of the 
metal atoms share a cloud of electrons with each other. 
The electrons that make up that cloud originate from 
the outermost energy levels of the atoms. 


A hydrogen bond is a weak force of attraction that 
exists between two atoms or ions with opposite 
charges. For example, the hydrogen-oxygen bonds in 
water are polar bonds. The hydrogen ends of these 
bonds are slightly positive and the oxygen ends, 
slightly negative. Two molecules of water placed next 
to each other will feel a force of attraction because the 
oxygen end of one molecule feels an electrical force of 
attraction to the hydrogen end of the other molecule. 
Hydrogen bonds are very common and extremely 
important in biological systems. They are strong 
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KEY TERMS 


Coordinate covalent bond—A type of covalent bond 
in which all shared electrons are donated by only 
one of two atoms. 


Covalent bond—A chemical bond formed when two 
atoms share a pair of electrons with each other. 


Double bond—A covalent bond consisting of two 
pairs of shared electrons that hold the two atoms 
together. 


Electronegativity—A quantitative method for indi- 
cating the relative tendency of an atom to attract 
the electrons that make up a covalent bond. 


lonic bond—A chemical bond formed when one 
atom gains and a second atom loses electrons. 


Lewis symbol—A method for designating the struc- 
ture of atoms and molecules in which the chemical 
symbol for an element is surrounded by dots 


enough to hold substances together, but weak enough 
to break apart and allow chemical changes to take 
place within the system. 


Van der Waals forces are yet another type of chem- 
ical bond. Such forces exist between particles that 
appear to be electrically neutral. The rapid shifting of 
electrons that takes place within such molecules means 
that some parts of the molecule are momentarily 
charged, either positively or negatively. For this reason, 
very weak, transient forces of attraction can develop 
between particles that are actually neutral. 
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indicating the number of valence electrons in the 
atom of that element. 

Molecule—A collection of atoms held together by 
some force of attraction. 

Multiple bond—A double or triple bond. 


Polar bond—A covalent bond in which one end of 
the bond is more positive than the other end. 


Structural formula—The chemical representation of 
a molecule that shows how the atoms are arranged 
within the molecule. 


Triple bond—A triple bond is formed when three 
pairs of electrons are shared between two atoms. 


Valence electrons—The electrons in the outermost 
shell of an atom that determine an element’s chem- 
ical properties. 


Oregon State University. “Linus Pauling and the Nature of 
the Chemical Bond: A Documentary” (accessed 
November 13, 2006) <http://osulibrary.oregonstate. 
edu/specialcollections/coll/pauling/bond/narrative/ 
page34.html>. 


Chemical compound see Compound, 
chemical 


Chemical element see Element, chemical 


Chemical equilibrium see Equilibrium, 
chemical 


| Chemical evolution 


Chemical evolution is the sequence of chemical 
changes in originally nonliving matter that give rise 
to life. The phrase “chemical evolution” is also used, in 
astronomy and cosmology, to describe the changing 
makeup of the Universe’s stock of chemical elements 
through deep time since the Big Bang, from hydrogen 
and helium immediately after the Big Bang to the full 
array of elements observed today. This article will 
restrict itself to the first meaning. 


The first known living things on Earth were pro- 
karyotes, a type of cell similar to present-day bacteria. 
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Chemical evolution 


Prokaryote fossils have been found in 3.4-million- 
year-old rock in the southern part of Africa, and in 
even older rocks in Australia, including some that 
appear to be photosynthetic. All forms of life are 
theorized to have evolved from the original prokar- 
yotes, probably 3.5-4.0 billion years ago. 


The primitive Earth 


The chemical and physical conditions of the prim- 
itive Earth are invoked to explain the origin of life, 
which was preceded by chemical evolution of organic 
chemicals. Astronomers believe that about 14 billion 
years ago, all matter was concentrated in a single mass, 
and that it blew apart with a “big bang.” In time, as the 
Universe expanded and temperatures became low 
enough to permit the existence of atoms, stars and 
galaxies formed out of the primordial hydrogen and 
helium produced by the big bang. The nuclear proc- 
esses in the hearts of these stars and in the explosions 
of some of them in novae produced heavier elements 
such as carbon, iron, and oxygen. Eventually, in part 
of the Milky Way galaxy, a disk-shaped cloud of dust 
condensed and formed the Sun and its planets, includ- 
ing the Earth. Heat produced by compaction kept the 
Earth liquid as it formed. Then, as the planet cooled, 
Earth’s layers formed. The first atmosphere was made 
up of hot hydrogen gas, too light to be held by Earth’s 
gravity. Water vapor, carbon monoxide, carbon diox- 
ide, nitrogen, and methane replaced the hydrogen 
atmosphere. As Earth cooled, water vapor condensed 
and torrential rains began cooling its surface, rising up 
as steam; eventually the Earth’s surface cooled enough 
for the fallen rain to exist as water on the surface, 
whereupon it began to fill up the low parts of the 
surface, forming the seas. Also present were lightning, 
volcanic activity, and ultraviolet radiation. It was in 
this setting that life began. 


How life began 


According to prevalent theory, chemical evolu- 
tion occurred in four stages. In the first stage of chem- 
ical evolution, molecules in the primitive environment 
formed simple organic substances, such as amino 
acids. This concept was first proposed in 1936 in a 
book entitled, “The Origin of Life on Earth,” by the 
Russian scientist, Aleksandr Ivanovich Oparin (1894— 
1980). He considered hydrogen, ammonia, water 
vapor, and methane to be components in the early 
atmosphere. Oxygen was lacking in this chemically- 
reducing environment. Oparin stated that ultraviolet 
radiation from the Sun provided the energy for the 
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transformation of these substances into organic mole- 
cules. Scientists today state that such spontaneous 
synthesis occurred only in the primitive environment. 
Abiogenesis became impossible when photosynthetic 
cells added oxygen to the atmosphere. The oxygen in 
the atmosphere gave rise to the ozone layer, which then 
shielded Earth from ultraviolet radiation. Newer ver- 
sions of this hypothesis contend that the primitive 
atmosphere also contained carbon monoxide, carbon 
dioxide, nitrogen, hydrogen sulfide, and hydrogen. 
Present-day volcanoes emit these substances. 


In 1957, Stanley Miller (1930—) and Harold Urey 
(1893-1981) provided laboratory evidence that first- 
stage chemical evolution as described by Oparin could 
well have occurred. Miller and Urey created an appa- 
ratus that simulated the primitive environment. They 
used a warmed flask of water for the ocean and an 
atmosphere of water, hydrogen, ammonia, and meth- 
ane. Sparks discharged into the artificial atmosphere 
represented lightning. A condenser cooled the atmos- 
phere, causing rain that returned water and dissolved 
compounds back to the simulated sea. When Miller 
and Urey analyzed the components of the solution 
after a week, they found various organic compounds 
had formed. These included some of the amino acids 
that compose the proteins of living things. Their 
results gave credence to the idea that simple substances 
in the warm primordial seas gave rise to the chemical 
building blocks of organisms. 


In the second stage of chemical evolution, the 
simple organic molecules (such as amino acids) that 
formed and accumulated joined together into larger 
structures (such as proteins). The units linked to each 
other by the process of dehydration synthesis to form 
polymers. A problem with this part of the hypothesis 
was that the abiotic synthesis of polymers had to occur 
without the assistance of enzymes. In addition, these 
reactions give off water and would, and would there- 
fore not occur spontaneously in a watery environ- 
ment. Sydney Fox of the University of Miami 
suggested that waves or rain in the primitive environ- 
ment splashed organic monomers on fresh lava or hot 
rocks, which would have allowed polymers to form 
abiotically. When he tried to do this in his laboratory, 
Fox produced proteinoids—abiotically synthesized 
polypeptides. 


In the third step in chemical evolution, it is 
suggested, polymers interacted with each other and 
organized into aggregates known as protobionts. 
Protobionts are not capable of reproducing, but 
had other properties of living things. Scientists have 
successfully produced protobionts from organic 
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KEY TERMS 


Abiogenesis—Origin of living organisms from non- 
living material. 


Autotroph—This refers to organisms that can 
synthesize their biochemical constituents using 
inorganic precursors and an external source of 
energy. 


Heterotroph—Organism that requires food from 
the environment since it is unable to synthesize 
nutrients from inorganic raw materials. 


Prokaryote—Type of cell that lacks a membrane- 
enclosed nucleus. 


molecules in the laboratory. In one study, proteinoids 
mixed with cool water assembled into droplets or 
microspheres that developed membranes on their 
surfaces. These are protobionts, with semi-permeable 
and excitable membranes, similar to those found in 
cells. 


In the final step of chemical evolution, proto- 
bionts developed the ability to reproduce and pass 
genetic information from one generation to the 
next. Some scientists theorize RNA to be the orig- 
inal hereditary molecule. Short polymers of RNA 
have been synthesized abiotically in the laboratory. 
In the 1980s, Thomas Cech and his associates at 
the University of Colorado at Boulder discovered 
that RNA molecules can function as enzymes in 
cells. This implies that RNA molecules could have 
replicated in prebiotic cells without the use of pro- 
tein enzymes. Variations of RNA molecules could 
have been produced by mutations and by errors 
during replication. Natural selection operating on 
the different RNAs would have brought about 
subsequent evolutionary development. This would 
have fostered the survival of RNA sequences best 
suited to environmental parameters, such as tem- 
perature and salt concentration. As the protobionts 
grew and split, their RNA was passed on to off- 
spring. In time, a diversity of prokaryote cells came 
into existence. Under the influence of natural selec- 
tion, the prokaryotes could have given rise to the 
vast variety of life on Earth. 


As of 2006, most aspects of the chemical evolution 
scenario outlined above remained speculative. The 
origin of life remains a topic of intense interest to 
scientists and is an area of active research. 


See also Amino acid. 
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f Chemical oxygen demand 


Chemical oxygen demand (COD) is a measure of the 
capacity of water to consume oxygen during the decom- 
position of organic matter and the oxidation (the loss of 
an electron from a compound) of inorganic chemicals 
such as ammonia and nitrite. COD measurements are 
commonly made on samples of waste waters or of natural 
waters contaminated by domestic or industrial wastes. 


Chemical oxygen demand is measured as a stand- 
ardized laboratory assay (analysis) in which a closed 
water sample is incubated with a strong chemical oxi- 
dant (an oxidant is a chemical that causes an electron 
to be removed from a compound) under specific con- 
ditions of temperature and for a particular period 
of time. 


Chemical oxygen demand is related to biochemi- 
cal oxygen demand (BOD), another standard test for 
assaying the oxygen-demanding strength of waste 
waters. However, biochemical oxygen demand only 
measures the amount of oxygen consumed by the 
activity of microoganisms and is most relevant to 
waters rich in organic matter. Chemical oxygen 
demand and biological oxygen demand do not neces- 
sarily measure the same types of oxygen consumption. 
For example, chemical oxygen demand does not meas- 
ure the oxygen-consuming potential associated with 
certain dissolved organic compounds such as acetate. 
However, acetate can be processed by microorganisms 
and so could be measured by means of the biological 
oxygen demand. 
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Chemical reactions 


| Chemical reactions 


Chemical reactions describe the changes between 
reactants (the initial substances that enter into the 
reaction) and products (the final substances that are 
present at the end of the reaction). Chemical reactions 
involve a rearrangement of the atoms in reactants to 
form products with new structures in such a way as to 
conserve atoms. Chemical equations are notations 
that are used to summarize and convey information 
regarding chemical reactions. 


In a balanced chemical reaction, all of the matter 
(i.e., atoms or molecules) that enters into a reaction 
must be accounted for in the products of a reaction. 
Accordingly, associated with the symbols for the reac- 
tants and products are numbers (stoichiometry coef- 
ficients) that represent the number of molecules, 
formula units, or moles of a particular reactant or 
product. Reactants and products are separated by 
addition symbols (plus signs). These represent the 
interaction of the reactants and are used to separate 
and list the products formed. The chemical equations 
for some reactions may have a lone reactant or a single 
product. The subscript numbers associated with the 
chemical formula designating individual reactants and 
products represent the number of atoms of each ele- 
ment that are in each molecule (for covalently-bonded 
substances) or formula unit (for ionically-associated 
substances) of reactants or products. 


For a chemical reaction to be balanced, all of the 
atoms present in molecules, formula units, or moles of 
reactants to the left of the equation arrow must be 
present in the molecules, formula units, or moles of 
product to the right of the equation arrow. The com- 
binations of the atoms may change (indeed, this is 
what chemical reactions do) but the number of atoms 
present in reactants must equal the number of atoms 
present in products. Electrical charge is also conserved 
between reactants and products in balanced chemical 
reactions. 


Although chemical equations are usually con- 
cerned only with reactants and products, chemical 
reactions may proceed through multiple intermediate 
steps. In such multistep reactions, the products of one 
become the reactants (intermediary products) for the 
next step in the sequence. 


Reaction catalysts are chemical species that alter 
the energy requirements of reactions and thereby alter 
the speed at which reactions run (i.e., they control the 
rate of formation of products). 
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Combustion reactions are those in which oxygen 
combines with another compound to form water and 
carbon dioxide. The equations for these reactions usu- 
ally designate that the reaction is exothermic (heat 
producing). Synthesis reactions occur when two or 
more simple compounds combine to form a more 
complicated compound. Decomposition reactions 
reflect the reversal of synthesis reactions (e.g., reac- 
tions where complex molecules are broken down into 
simpler molecules). The electrolysis of water to make 
oxygen and hydrogen is an excellent example of a 
decomposition reaction. 


Equations for single-displacement reactions, dou- 
ble-displacement, and acid-base reactions reflect the 
appropriate reallocation of atoms in the products. 


In accord with the laws of thermodynamics, all 
chemical reactions change the energy state of the reac- 
tants. The change in energy results from changes in the 
number and strengths of chemical bonds as the reac- 
tion proceeds. The heat of reaction is defined as the 
quantity of heat evolved or absorbed during a chem- 
ical reaction. A reaction is called exothermic if heat is 
released or given off during a chemical transforma- 
tion. Alternatively, in an endothermic reaction, heat is 
absorbed in transforming reactants into products. In 
endothermic reactions, heat energy must be supplied 
to the system for a reaction to occur and the heat 
content of the products is larger than that of the 
reactants. For example, if a mixture of gaseous hydro- 
gen and oxygen is ignited, water is formed and heat 
energy is given off. The chemical reaction is an exo- 
thermic reaction and the heat content of the product(s) 
is lower than that for the reactants. The study of 
energy utilization in chemical reactions is called chem- 
ical kinetics and is important in understanding chem- 
ical transformations. 


A chemical reaction takes place in a vessel that can 
be treated as a system. If the heat “flows” into the 
vessel during reaction, the reaction is said to be “endo- 
thermic” (e.g., a decomposition process) and the 
amount of heat, say, g, provided to the system is 
taken as a positive quantity. On the other hand, 
when the system has lost heat to the outside world, 
the reaction is “exothermic” (e.g., a combustion proc- 
ess) and g is viewed as a negative number. Normally 
the heat change involved in a reaction can be measured 
in an adiabatic bomb calorimeter. The reaction is 
initiated inside a constant-volume container. The 
observed change in temperature and the information 
on the total heat capacity of the colorimeter are 
employed to calculate q. If the heat of reaction is 
obtained for both the products and reactants at the 
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same temperature after reaction and also in their 
standard states, it is then defined as the “standard 
heat of reaction,” denoted by AH?. 


Both chemical kinetics and thermodynamics are 
crucial issues in studying chemical reactions. Chemical 
kinetics help us search for the factors that influence the 
rate of reaction. It tells us how fast the chemical reac- 
tion will take place and about what the sequence of 
individual chemical events is to produce observed 
reactions. Very often, a single reaction like A — B 
may take several steps to complete. In other words, a 
chain reaction mechanism, which can include initia- 
tion, propagation, and termination stages, is involved, 
and the individual reaction rates may be very different. 
With a search for actual reaction mechanisms, the 
expression for overall reaction rate can be given cor- 
rectly. As to determining the maximum extent to 
which a chemical reaction can proceed, and how 
much heat will be absorbed or liberated, we need to 
estimate from thermodynamics data. Therefore, 
kinetic and thermodynamic information is extremely 
important for reactor design. 


As an example of a chemical reaction, hydrogen 
(H2) and oxygen (O2) gases under certain conditions 
can react to form water (H2O). Water then exists as 
solid (ice), liquid, or vapor (steam); they all have the 
same composition, HO, but exhibit a difference in 
how H,0 molecules are brought together due to var- 
iations in temperature and pressure. 


Chemical reactions can take place in one phase 
alone and are termed “homogeneous.” They can also 
proceed in the presence of at least two phases, such as 
reduction of iron ore to iron and steel, which are 
normally described as “heterogeneous” reactions. 
Quite frequently, the rate of chemical reaction is 
altered by foreign materials, so-called catalysts, that 
are neither reactants nor products. Although usually 
used to accelerate reactions, reaction catalysts can 
either accelerate or hinder the reaction process. 
Typical examples are found in Pt as the catalyst for 
oxidation of sulfur dioxide (SO2) and iron promoted 
with Al,O3 and K as the catalyst for ammonia (NH3) 
synthesis. 


Chemical reactions are characterized as irreversi- 
ble, reversible, or oscillating. In the former case, the 
equilibrium for the reaction highly favors formation of 
the products, and only a very small amount of reac- 
tants remains in the system at equilibrium. In contrast 
to this, a reversible reaction allows for appreciable 
quantities of all reactants and products co-existing at 
equilibrium. HO + 3NO, = 2HNO3;3 + NO is an 
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KEY TERMS 


Chemical kinetics—The study of the reaction 
mechanism and rate by which one chemical spe- 
cies is converted to another. 


Equilibrium—tThe conditions under which a system 
shows no tendency for a change in its state. At 
equilibrium, the net rate of reaction becomes zero. 


Phase—A homogeneous region of matter. 


Standard state—The state defined in reaction ther- 
modynamics for calculation purposes in which the 
pure gas in the ideal-gas state at 1 atm and pure 
liquid or solid at 1 atm are taken for gas and liquid 
or solid, respectively. 


Thermodynamics—Thermodynamics is the study 
of energy in the form of heat and work, and the 
relationship between the two. 


example of a reversible reaction. In an oscillating 
chemical reaction, the concentrations of the reactants 
and products change with time in a periodic or quasi- 
periodic manner. Chemical oscillators exhibit chaotic 
behavior in which concentrations of products and the 
course of a reaction depend on the initial conditions of 
the reaction. 


Chemical reactions may proceed in various ways: 
a single reaction A — B; series reactions A — B = C; 
side-by-side parallel reactions A — B and C — D; two 
competitive parallel reactions A> B and A — C; or 
mixed parallel and series reactions A + B— Cand C + 
B — D. In order for chemical reactions to occur, 
reactive species have to first encounter each other so 
that they can exchange atoms or groups of atoms. In 
gas phases, this step relies on collision, whereas in 
liquid and solid phases, diffusion process (mass trans- 
fer) plays a key role. However, even reactive species do 
encounter each other, and certain energy state changes 
are required to surmount the energy barrier for the 
reaction. Normally, this minimum energy requirement 
(e.g., used to break old chemical bonds and to form 
new ones) varies with temperature, pressure, the use of 
catalysts, etc. In other words, the rate of chemical 
reaction depends heavily on encounter rates or fre- 
quencies and energy availability, and it can vary 
from a value approaching infinity to essentially zero. 


See also Catalyst and catalysis; Chemical bond; 
Chemistry; Conservation laws; Entropy; Enzyme; 
Equation, chemical; Equilibrium, chemical; Molecular 
formula; Moles; Stereochemistry. 
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| Chemical warfare 


Chemical warfare involves the use of natural or 
synthetic substances to incapacitate or kill an enemy or 
to deny them the use of resources such as agricultural 
products or screening foliage. The effects of the chemicals 
may last only a short time, or they may result in perma- 
nent physical damage or death. Most of the chemicals 
used are toxic to humans or plant life. Other, normally 
mild chemicals have also been intentionally misused in 
more broadly destructive anti-environmental actions, 
called ecocide, and as a crude method of causing mayhem 
and damaging an enemy’s economic system. The delib- 
erate dumping of large quantities of crude oil on the land 
or in the ocean is an example. 


Chemical warfare dates back to the earliest use of 
weapons. Poisoned arrows and darts used for hunting 
were also used as weapons in intertribal conflicts; they 
are still used for these purposes today in some cultures. 
In 431 BC, the Spartans used burning sulfur and pitch 
to produce clouds of suffocating sulfur dioxide in their 
sieges against Athenian cities. When the Romans 
defeated the Carthaginians of North Africa in 146 
BC, during the last of a series of Punic Wars, they 
leveled the city of Carthage and treated the surrounding 
fields with salt to destroy the agricultural capability of 
the land, thereby preventing the rebuilding of the city. 
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The attraction of chemicals as agents of warfare is 
their ability to inflict mass casualties or damage to an 
enemy with only limited risk to the forces using the 
chemicals. Poisoning a town’s water supply, for exam- 
ple, poses almost no threat to an attacking army, yet 
can result in the death of thousands of the town’s 
defenders. In many cases, the chemicals are also unde- 
tectable by the enemy until it is too late to take action. 


Chemical agents can be classified into several general 
categories. Some cause only temporary incapacitation. 
Examples included tear gas and pepper spray. Other 
agents cause violent skin irritation and blistering and 
may result in death. Some agents are poisonous and are 
absorbed into the bloodstream through the lungs or skin 
to kill the victim. Nerve agents attack the nervous system 
and kill by causing the body’s vital functions to cease. 
Still others cause psychological reactions, including dis- 
orientation and hallucinations. Chemical agents that 
attack vegetation include: defoliants, which kill plant 
leaves; herbicides, which kill the entire plant; and soil 
sterilants, which prevent the growth of new vegetation. 


The first large-scale use of poisonous chemicals in 
warfare occurred during World War I. More than 
100,000 tons (90,700 metric tons) of lethal chemicals 
were used by both sides during several battles in an 
effort to break the stalemate of endless trench warfare. 
The most commonly used chemicals were four lung- 
destroying poisons: chlorine, chloropicrin, phosgene, 
and trichloromethyl chloroformate, along with a skin- 
blistering agent known as mustard gas, or bis (2-chlor- 
oethyl) sulfide. These poisons caused about 100,000 
deaths and another 1.2 million injuries, almost all of 
which involved military personnel. 


Despite the agreements of the Geneva Protocol of 
1925 to ban the use of most chemical weapons, the 
United States, Britain, Japan, Germany, Russia, and 
other countries all continued development of these 
weapons during the period between World War I 
(1914-1918) and World War II (1939-1945). This 
development included experimentation on animals 
and humans. Although there was only limited use of 
chemical weapons during World War II, the opposing 
sides had large stockpiles ready to deploy against mili- 
tary and civilian targets. 


During the war in Vietnam, the United States 
military used a nonlethal “harassing agent” during 
many operations. About 9,000 tons (8,167 tonnes) of 
tear gas, known as CS or o-chlorobenzolmalononi- 
trile, were sprayed over 2.5 million acres (1.0 million 
ha) of South Vietnam, rendering the areas uninhabit- 
able for 15-45 days. Although CS is classified as non- 
lethal, several hundred deaths have been reported in 
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Soldiers at Assaf Harofe Hospital washing “victims” in simulated chemical attack. (© Jeffrey L. Rotman./Corbis.) 


cases when CS has been used in heavy concentrations 
in confined spaces such as underground bunkers and 
bomb shelters. 


Poisonous chemicals were also used during the 
Iran-Iraq War of 1981-1987, especially by Iraqi forces. 
During that war, both soldiers and civilians were tar- 
gets of chemical weapons. Perhaps the most famous 
incident was the gassing of Halabja, a town in north- 
ern Iraq that had been overrun by Iranian-supported 
Kurds. The Iraqi military attacked Halabja with two 
rapidly acting neurotoxins, known as sabin and tabun, 
which cause rapid death by interfering with the trans- 
mission of nerve impulses. About 5,000 people, mostly 
civilians, were killed in this incident. 


Rumors of stockpiled chemical and biological 
weapons were a factor behind the invasion of Iraq in 
2003 by coalition forces under the leadership of the 
United States. Large-scale stockpiles were not found. 


During the Vietnam War (1954-1975), the U.S. 
military used large quantities of herbicides to deny 
their enemies agricultural food production and forest 
cover. Between 1961 and 1971, about 3.2 million acres 
(1.3 million ha) of forest and 247,000 acres (100,000 ha) 


of croplands were sprayed at least once. This is an area 
equivalent to about one-seventh of South Vietnam. 


The most commonly used herbicide was called 
agent orange, a one-to-one blend of two phenoxy her- 
bicides, 2,4-D and 2,4,5-T. Picloram and cacodylic acid 
were also used, but in much smaller amounts. In total, 
this military action used about 25,000 tons of 2,4-D; 
21,000 tons of 2,4,5-T; and 1,500 tons of picloram. 
Agent orange was sprayed at a rate of about 22.3 Ib/ 
acre (25 kg/ha), equivalent to about ten times the rate at 
which those same chemicals were used for plant control 
in forestry. The spray rate was much more intense 
during warfare, because the intention was to destroy 
the ecosystems through ecocide, rather than to manage 
them towards a more positive purpose. 


The ecological damage caused by the military use 
of herbicides in Vietnam was not studied in detail; 
however, cursory surveys were made by some visiting 
ecologists. These scientists observed that coastal man- 
grove forests were especially sensitive to herbicides. 
About 36% of the mangrove ecosystem of South 
Vietnam was subjected to herbicides, amounting to 
272,000 acres (110,000 ha). Almost all of the plant 
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species of mangrove forests proved to be highly vul- 
nerable to herbicides, including the dominant species, 
the red mangrove. Consequently, mangrove forests 
were devastated over large areas, and extensive coastal 
barrens were created. 


There were also severe ecological effects of herbi- 
cide spraying in the extremely biodiverse upland for- 
ests of Vietnam, especially rain forests. Mature 
tropical forests in this region have many species of 
hardwood trees. Because this forested ecosystem has 
such a dense and complexly layered canopy, a single 
spraying of herbicide killed only about 10% of the 
larger trees. Resprays of upland forests were often 
made, however, to achieve a greater and longer-lasting 
defoliation. To achieve this effect, about 34% of the 
area of Vietnam that was subjected to herbicides was 
treated more than once. 


The effects on animals of the herbicide spraying in 
Vietnam were not well documented; however, there 
are many accounts of sparse populations of birds, 
mammals, reptiles, and other animals in the herbi- 
cide-treated mangrove forests and of large decreases 
in the yield of near-shore fisheries, for which an intact 
mangrove ecosystem provides important spawning 
and nursery habitat. More than a decade after the 
war, Vietnamese ecologists examined an inland valley 
that had been converted by herbicide spraying from a 
rich upland tropical forest into a degraded ecosystem 
dominated by grasses and shrubs. The secondary, 
degraded landscape only supported 24 species of 
birds and five species of mammals, compared with 
145-170 birds and 30-55 mammals in nearby 
unsprayed forests. 


The effects on wild animals were probably caused 
mostly by habitat changes resulting from herbicide 
spraying. There were also numerous reports of domes- 
ticated agricultural animals becoming ill or dying. 
Because of the constraints of warfare, the specific 
causes of these illnesses and deaths were never studied 
properly by veterinary scientists; however, these ail- 
ments were commonly attributed to toxic effects of 
exposure to herbicides, mostly ingested with their food. 


Use of petroleum as a weapon during 
the Gulf War of 1991-1992 


Large quantities of petroleum are often spilled at 
sea during warfare, mostly through the shelling of 
tankers or facilities such as offshore production plat- 
forms. During the Iran-Iraq War of the 1980s and the 
brief Gulf War of 1991-1992, oil spills were deliber- 
ately used to gain tactical advantage, as well as to 
inflict economic damages on the postwar economy. 
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The world’s all-time largest oceanic spill of petro- 
leum occurred during the Gulf War, when the Iraqi 
military deliberately released almost 1.0 million tons 
(907,441 tonnes) of crude oil into the Persian Gulf 
from several tankers and an offshore facility for load- 
ing tankers. In part, the oil was spilled to establish a 
defensive barrier against an amphibious counter-inva- 
sion of Kuwait by coalition forces. Presumably, if the 
immense quantities of spilled petroleum could have 
been ignited, the floating inferno might have provided 
an effective barrier to a seaborne invasion. The spilled 
oil might also have created some military advantage 
by contaminating the seawater intakes of Saudi 
Arabian desalination plants, which supply most of 
that nation’s fresh water and, therefore, have great 
strategic value. 


Another view is that this immense spillage of 
petroleum into the ocean was simply intended to 
wreak economic and ecological havoc. Certainly, 
there was no other reason for the even larger spillages 
that were deliberately caused when Iraqi forces sabo- 
taged and ignited the wellheads of 788 Kuwaiti oil 
wells on land. This act caused enormous releases of 
petroleum and combustion residues to the land and air 
for the following year. Although the wells were 
capped, there will be lingering pollution of the land 
for many decades. 


Controls over the use of chemical weapons 


The first treaty to control the use of chemical 
weapons was the Geneva Protocol, which was negoti- 
ated in 1925 and subsequently signed by the represen- 
tatives of 132 nations. The Geneva Protocol was 
stimulated by the horrific uses of chemical weapons 
during World War I. It banned the use of asphyxiat- 
ing, poisonous, or other gases, as well as bacteriolog- 
ical methods of warfare. In spite of signing this treaty, 
it is well known that all major nations subsequently 
engaged in research towards the development of new, 
more effective chemical and bacteriological weapons. 


In 1993, negotiators for various nations finalized 
the Chemical Weapons Convention, which would 
require the destruction of all chemical weapons within 
10-15 years of the ratification of the treaty. This treaty 
has been signed by 147 nations, but it is not yet being 
enforced. The Chemical Weapons Convention is an 
actual pact to achieve a disarmament of chemical 
weapons; however, its effectiveness depends on its 
ratification by all countries having significant stock- 
piles of chemical weapons, their subsequent good faith 
actions in executing the provisions of the treaty, and 
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KEY TERMS 


Defoliant—A chemical that kills the leaves of 
plants and causes them to fall off. 


Ecocide—The deliberate carrying out of anti-envi- 
ronmental actions over a large area as a tactical 
element of a military strategy. 


Harassing agent—A chemical which causes tem- 
porary incapacitation of animals, including 
humans. 


Herbicide—A chemical that kills entire plants; her- 
bicide action can be selective. 


Nerve agent—A chemical that kills animals, 
including humans, by attacking the nervous system 
and inhibiting vital functions such as respiration 
and heartbeat. 


the effectiveness of the associated international mon- 
itoring program to detect non-compliance. 


Terrorism and chemical weapons 


Chemicals in the hands of terrorists hold a grave 
potential for disaster; indeed, chemical, nuclear, and 
biological weapons have been dubbed “weapons of 
mass destruction.” In 1995, the Japanese sect called 
Aum Shinrikyo unleashed sarin gas in a Tokyo sub- 
way. Twelve people died, and 5,000 were sickened 
from the attack; experts claim that the toll should 
have been higher but for the terrorists’ minor errors. 
Counterterrorism forces have been established by var- 
ious Federal agencies, but the substances and hand- 
books for synthesizing chemicals are available on the 
Internet, through the mail, and at survivalist shows. 
Dangers of dispersing chemicals (including effects of 
the weather) may dissuade some, but there are 
unknown quantities, such as who might have a grudge 
and the knowledge to choose chemicals as weapons. In 
addition, the location and speed of a chemical attack 
might make nuclear weapons seem better controlled 
and less dangerous by comparison. 
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i Chemistry 


Chemistry is the science that studies why materials 
have their characteristic properties, how these particular 
qualities relate to their simplest structure, and how these 
properties can be modified or changed. The term chem- 
istry is derived from the word alchemist, which finds its 
roots in the Arabic name for Egypt al-Kimia. The 
Egyptians are credited with being the first to study chem- 
istry. They developed an understanding of the materials 
around them and became very skillful at making different 
types of metals, manufacturing colored glass, dying 
cloth, and extracting oils from plants. Countless people 
have used chemistry throughout the ages. 


The first alchemist known to have applied the sci- 
entific principles to alchemy was English physicist and 
chemist Robert Boyle (1627-1691). Boyle’s application 
of scientific methodology resulted in the formation on 
the critical gas laws (named for Boyle) that states that 
the product of pressure and volume of an ideal gas is 
constant, given constant temperature. Modern chemis- 
try was also pioneered by French chemist Antoine 
Laurent Lavoisier (1743-1794) who defined the law of 
conservation of mass in 1783. Another important 
chemist in the development of chemistry was Russian 
chemist Dmitri Mendeleev (1834-1907), who created 
the periodic table of chemical elements. 

Today, chemistry is divided into four traditional 
areas: organic, inorganic, analytical, and physical. 
Each discipline investigates a different aspect of the 
properties and reactions of the substances in the 
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Chemistry 


universe. The different areas of chemistry have the 
common goal of understanding and manipulating 
matter. 


Organic chemistry 


Organic chemistry is the study of the chemistry of 
materials and compounds that contain carbon (C) 
atoms. Carbon atoms are one of the few elements that 
bond to each other. This allows vast variation in the 
length of carbon atom chains and an immense number 
of different combinations of carbon atoms, which form 
the basic structural framework for millions of molecules. 


The word organic is used because most natural 
compounds contain carbon atoms and are isolated 
from either plants or animals. Rubber, vitamins, cloth, 
and paper represent organic materials people come in 
contact with on a daily basis. Organic chemistry 
explores how to change and connect compounds based 
on carbon atoms in order to synthesize new substances 
with new properties. Organic chemistry is the backbone 
in the development and manufacture of many products 
produced commercially, including drugs, food preserva- 
tives, perfumes, food flavorings, dyes, and many more. 


Discoveries in organic chemistry can have both 
positive and negative effects, for example, scientists 
discovered that chlorofluorocarbon containing com- 
pounds, or CFCs, are depleting the ozone layer 
around the Earth. One of these CFCs was used in 
refrigerators to keep food cold. Organic chemistry 
was used to make new carbon atom containing com- 
pounds that offer the same physical capabilities as the 
chlorofluorocarbons in maintaining a cold environ- 
ment, but do not deplete the ozone layer. These com- 
pounds are called hydrofluorocarbons, or HFCs, and 
are not as destructive to Earth’s protective layer. 


Inorganic chemistry 


Inorganic chemistry studies the chemistry of all the 
elements in the periodic table and their compounds, 
except for carbon-hydrogen compounds. Inorganic 
chemistry is a very diverse field, because it investigates 
the properties of many different elements. Some mate- 
rials are solids and must be heated to extremely high 
temperatures to react with other substances. For exam- 
ple, the powder responsible for the light and color of 
fluorescent light bulbs is manufactured by heating a 
mixture of various solids to very high temperatures in 
a poisonous atmosphere. An inorganic compound may 
alternatively be very unreactive and require special 
techniques to change its chemical composition. 
Electronic components such as transistors, diodes, 
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computer chips, and various metal compounds are all 
constructed using inorganic chemistry. In order to 
make a new gas for refrigerators that does not deplete 
the ozone layer, inorganic chemistry was used to make 
a metal catalyst that facilitated the large scale produc- 
tion of HFCs for use throughout the world. 


Physical chemistry 


Physical chemistry is the branch of chemistry that 
investigates the physical properties of materials and 
relates these properties to the structure of the sub- 
stance. Physical chemistry studies both organic and 
inorganic compounds and measures such variables as 
the temperature needed to liquefy a solid, the energy of 
the light absorbed by a substance, and the heat 
required to accomplish a chemical transformation. 
Computers may be used to calculate the properties of 
a material and compare these assumptions to labora- 
tory measurements. Physical chemistry is responsible 
for the theories and understanding of the physical 
phenomenon utilized in organic and inorganic chem- 
istry. In the development of the new refrigerator gas, 
physical chemistry was used to measure the physical 
properties of the new compounds and determine 
which one would best serve its purpose. 


Analytical chemistry 


Analytical chemistry is the area of chemistry that 
develops methods to identify substances by analyzing 
and quantifying the exact composition of a mixture. A 
material may be identified by measurement of its phys- 
ical properties. Examples of physical properties 
include the boiling point (the temperature at which 
the physical change of state from a liquid to a gas 
occurs) and the refractive index (the angle at which 
light is bent as it shines though a sample). Materials 
may also be identified by their reactivity with various 
known substances. The characteristics that distinguish 
one compound from another are also used to separate 
a mixture of materials into their component parts. Ifa 
liquid contains two materials with different boiling 
points, then the liquid can be separated into its com- 
ponents by heating the mixture until one of the mate- 
rials boils out and the other remains. By measuring the 
amount of the remaining liquid, the component parts 
of the original mixture can be calculated. Analytical 
chemistry can be used to develop instruments and 
chemical methods to characterize, separate, and meas- 
ure materials. In the development of HFCs for refrig- 
erators, analytical chemistry was used to determine the 
structure and purity of the new compounds tested. 
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KEY TERMS 


Analytical chemistry—That area of chemistry that 
develops ways to identify substances and to sepa- 
rate and measure the components in a mixture. 
Inorganic chemistry—The study of the chemistry of 
all the elements in the periodic table and their com- 
pounds except for carbon-hydrogen compounds. 
Organic chemistry—The study of the chemistry of 
materials and compounds that contain carbon 
atoms. 

Physical chemistry—The branch of chemistry that 
investigates the properties of materials and relates 
these properties to the structure of the substance. 


Chemists, theories, and reactions 


Chemists are scientists who work in the university, 
the government, or the industrial laboratories inves- 
tigating the properties and reactions of materials. 
Most chemists, after learning about chemistry in gen- 
eral, will specialize in a particular subfield of chemis- 
try. These people research new theories and chemical 
reactions as well as synthesize or manufacture drugs, 
plastics, and chemicals. Today’s chemists also explore 
the boundaries of chemistry and its connection with 
the other sciences, such as bioinformatics, biology, 
environmental science, geology, materials science, 
mathematics, medicine, nanotechnology, pharmacy, 
and physics. 


Applications of new theories and reactions are 
important in the field of chemical technology. Many 
of the newest developments are on the atomic and 
molecular level. One example is the development of 
smart molecules, such as a polymer chain, that could 
replace fiber optic cable. The chemist of today may 
have many so-called non-traditional occupations, 
such as a pharmaceutical salesperson, a technical 
writer, a science librarian, an investment broker, or a 
patent lawyer, since discoveries by a traditional chem- 
ist may expand and diversify into a variety of fields 
that encompass the whole society. 


Resources 


BOOKS 


Atkins, Peter W. Atkins’ Physical Chemistry. Oxford, 
UK, and New York: Oxford University Press, 2006. 
Carey, Francis A. Organic Chemistry. Dubuque, 
IA: McGraw-Hill, 2006. 
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[ Chemoreception 


Chemoreception is the biological recognition of 
chemical stimuli, by which living organisms collect 
information about the chemistry of their internal and 
external environments. Chemoreception has three 
sequential stages: detection, amplification, and 
signaling. 

In detection, a molecule typically binds to a che- 
moreceptor protein on the surface of a cell, changing 
the shape of the chemoreceptor. All chemoreceptors 
therefore have some degree of specificity, in that they 
only bind to specific molecules or specific classes of 
molecules. 


In amplification, the cell uses energy to transform 
the shape change of the chemoreceptor into biochem- 
ical or electrical signals within the cell. In many cases, 
amplification is mediated by formation of cAMP 
(cyclic adenosine monophosphate), which increases 
the cell’s permeability to sodium ions and alters the 
electrical potential of the cell membrane. 


In signaling, the amplified signal is transformed 
into a physiological or behavioral response. In higher 
animals the nervous system does the signaling, while in 
single-celled organisms signaling is intracellular, 
which may be expressed as chemotaxis (a directional 
movement in response to a chemical stimulus). 


Detection, amplification, and signaling are often 
connected by feedback pathways. Feedback pathways 
allow adjustment of the sensitivity of the chemorecep- 
tive system to different concentration ranges of the 
elicitor molecule. Thus, the sensitivity decreases as 
the background concentration of the molecule 
increases; the sensitivity increases as the background 
concentration of the molecule decreases. 


Chemoreceptive systems detect chemical changes 
within an organism (interoreception) or outside an 
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Chestnut 


Taste buds on the tongue. (Carolina Biological Supply/ 
Phototake NYC.) 


organism (exteroreception). The most familiar exam- 
ples of exteroreception in humans are the senses of 
taste and smell. 


Humans have chemoreceptor cells for taste in 
taste buds, most of which are on the upper surfaces 
of the tongue. Each human has about 10,000 taste 
buds and each taste bud consists of about 50 cells. 
An individual taste bud is specialized for detection of 
a sweet, sour, salty, or bitter taste. The sense of smell is 
important in discriminating among more subtle differ- 
ences in taste. 


Human chemoreceptors in the nasal cavity can 
discriminate thousands of different odors. One theory 
of odor perception in humans proposes that each che- 
moreceptive cell is connected to a single neuron and 
that an odorant molecule binds to many different 
chemoreceptors with different affinities. Thus, the 
neural signals from many different neurons can be 
integrated in many different ways to yield a rich pano- 
ply of odor sensations. 


Many chemoreception systems also collect infor- 
mation about the internal environment of multicellular 
organisms. For example, the carotid body in the car- 
otid artery of humans has chemoreceptive cells that 
respond to changes in the pH and oxygen levels in the 
blood. As the amount of dissolved oxygen in the blood 
decreases, chemoreceptive cells in the carotid body 
emit an electrical discharge, which stimulates specific 
neurons in the hindbrain respiratory centers to increase 
the rate of breathing. The hypothalamus in the human 
brain has chemoreceptive cells that respond to changes 
in blood glucose levels. When blood glucose levels 
fall, the chemoreceptive system causes a person to feel 
hungry; when blood glucose levels rise, this chemore- 
ceptive system causes a person to feel satiated. The 
endocrine and nervous systems also have many other 
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chemoreceptive cells that signal different organs within 
the body to change their activity. 


Cherry see Rose family (Rosaceae) 


tl Chestnut 


Chestnuts are species of trees in the genus 
Castanea, family Fagaceae. They are species of tem- 
perate hardwood (angiosperm-dominated) forests 
found in the Northern Hemisphere and are indige- 
nous to eastern North America and Eurasia. Species 
in the genus Castanea can grow to be 100 feet (30 m) 
tall. They have simple leaves with a broadly toothed 
margin and sweet-smelling, yellowish, insect-polli- 
nated, early-summer flowers aggregated on a long 
flowering axis. Fertilized flowers develop into prickly, 
tough-coated fruit, containing 2-3 large, rich-brown 
colored, edible seeds (or nuts). True chestnut seeds 
should not be confused with horse chestnuts, or buck- 
eyes, genus Aescellus, which have somewhat poison- 
ous seeds. 


The wood of all chestnut species can be manufac- 
tured into an open-grained decay-resistant lumber. It 
has a rich brown color and can be worked easily to 
manufacture fine furniture and musical instruments. 
Chestnut is also used for its durability in construction 
timber, railway ties, pit props, and shingles. 


The sweet chestnut 


The sweet chestnut (Castanea sativa) is a culti- 
vated species originally native to southern Europe 
and Asia Minor. There are extensive plantations in 
parts of southern France, Italy, and some other coun- 
tries. This tree grows 30-100 feet tall (9-30 m), with 
wide, spreading branches. The nuts of the sweet chest- 
nut are highly nutritious, containing about 80% starch 
and 4% oil. Chestnuts are eaten roasted or boiled, or 
sometimes ground into flour and used to make cakes. 
In 1999, the global crop of sweet chestnut was har- 
vested from about 630,000 acres (255,000 ha) and had 
a production of 573,000 tons (521,000 tonnes). 


The American chestnut 


The American chestnut tree, Castanea dentata, is 
native to the rich hardwood forests of the northeastern 
United States and southeastern Canada. It was once a 
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dominant species in forests of this region, occurring 
over an area of approximately 9 million acres (3.6 
million ha), and particularly abundant in southern 
Appalachia. The American chestnut was an economi- 
cally important tree. At one time, chestnuts contributed 
about one-tenth of the sawlog production in the United 
States. Its nuts were gathered as food for humans and 
livestock and were a staple for wild species such as 
turkeys, passenger pigeons, and forest rodents. 


The American chestnut was nearly wiped out by 
the introduction of chestnut blight fungus (Endothia 
parasitica). This fungus is a wind- and animal- 
dispersed pathogen that was inadvertently intro- 
duced with horticultural planting stock of an Asian 
species of chestnut (Castanea crenata; see below) 
imported to New York. The first symptoms of chest- 
nut blight in the American chestnut were seen in 
1902, and within 25 years it had been virtually elim- 
inated as a canopy species in the deciduous forest of 
eastern North America, being replaced by other 
shade-tolerant species of trees. Many individuals of 
the American chestnut survived the blight, as their 
root system was not killed. They regenerated by 
growing stump-sprouts, but once these trees grew 
tall, they were again attacked by the fungus and 
knocked back. Efforts have been made to breed a 
light-resistant variety by crossing the American 
chestnut with Asian species. This has been somewhat 
successful and the hybrid chestnuts are now avail- 
able as shade trees. Unfortunately, this is not likely 
to help the American chestnut, a native tree species, 
become prominent in the forests of eastern North 
America once again. It is possible, however, that the 
introduced blight pathogen will evolve to be less 
deadly to the American chestnut. 


Other chestnuts 


The Japanese chestnut (Castanea crenata) and 
Chinese chestnut (Castanea mollissima) are species 
of eastern Asia. They are resistant to chestnut blight 
and have been introduced to North America as shade 
trees. 


Bill Freedman 


l Chi-square test 


The chi-square test (X?) is the most commonly 
used method for comparing frequencies or propor- 
tions. It is a statistical test used to determine if 
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Congenital heart defects in Down and Patau syndrome 
patients 


Karyotype 


Down syndrome Patau syndrome Total 
CHD present 24 20 44 
CHD absent 36 5 41 
Total 60 25 85 


Table 1. (Thomson Gale.) 


Summary of subjects (Down and Patau syndrome 
patients) 


Karyotype 
Down syndrome Patau syndrome 
CHD present 014 Or 
CHD absent Ons Oz2 
Total cl c2 


Table 2. 2 x 2 Table summarizing data collected from two 
groups of patients. (Thomson Gale.) 


Observed and expected frequencies of Down and Patau 
among subjects 


Observed (0) Expected (e) (o—e)* (o-e)’/e 


31.1 : 50.41 1.62 
1239 : 50.41 3.91 
28.9 : 50.41 1.74 
12.1 50.41 4.17 
85.0 x¥=11.44 


Table 3. Observed and expected frequencies and X ? for data 
in Table 1. (Thomson Gale.) 


observed data deviate from those expected under a 
particular hypothesis. The chi-square test is also 
referred to as a test of a measure of fit or “goodness 
of fit” between data. 


Typically, the chi-square test examines whether or 
not two samples are different enough in a particular 
characteristic to be considered separate from each 
other. Chi-square analysis belongs to a type of analysis 
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Figure 1. Chi-square distributions for 1, 3, and 5 degrees of 
freedom. The shaded region in each of the distributions 
indicates the upper 5% of the distribution. (Argosy. The Gale 
Group.) 


known as univariate analysis; this analysis examines 
the possible effect of one variable (often called the 
independent variable) upon an outcome (often called 
the dependent variable). 


The chi-square analysis is used to test what is 
termed the null hypothesis (Ho). A null hypothesis 
states there is no significant difference between 
expected and observed data. Investigators either 
accept or reject Ho after comparing the value of chi- 
square to a probability distribution. Chi-square val- 
ues with low probability lead to the rejection of Ho; 
put another way, this means that a factor other than 
chance created a large difference between the 
expected and observed results. Values with a higher 
probability are accepted; in other words there is no 
appreciable difference between the observed and 
expected values. 


Chi-square tests only evaluate a single variable, 
thus they do not take into account the interaction 
among more than one variable upon the outcome. 
Therefore, other unseen factors may make the varia- 
bles appear to be associated even when they are not. 
Despite this possibility, if properly used, the chi- 
square test is a very useful tool for the evaluation of 
associations and can be used as a preliminary analysis 
of more complex statistical evaluations. 


Resources 
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Campbell, M.J. Statistics at Square Two: Understanding 
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BMJ Publishing Group, 2001. 

Donnelly, Robert A., Jr. The Complete Idiot’s Guide to 
Statistics. New York: Penguin, 2004. 
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Antonio Farina 


| Chickenpox 


Chickenpox, a disease characterized by skin lesions 
and low-grade fever, is common in the United States 
and other countries located in areas with temperate 
climates. Until recently, the incidence of chickenpox 
was extremely high, and almost everyone living in the 
United States contracted chickenpox, usually during 
childhood. A chickenpox vaccine became available in 
1995 and is now receiving widespread use. The annual 
case rate was reduced from about four million cases per 
year in the U.S to less than one million by the year 2000. 


A highly contagious disease, chickenpox is caused 
by varicella-zoster virus (VZV), the same virus that 
causes the skin disease shingles. For most cases of 
chickenpox, no treatment besides pain relief and man- 
agement of itching is necessary. In some cases, however, 
chickenpox may evolve into more serious conditions, 
such as bacterial infection of the skin lesions or pneu- 
monia. These complications tend to occur in persons 
with weakened immune systems, such as children 
receiving chemotherapy for cancer or people with 
acquired immune deficiency syndrome (AIDS). 


Despite its name, chickenpox has nothing to do 
with chickens. Its name has two possible origins. Some 
think that “chicken” comes from the French word 
chiche (chick-pea) because at one stage of the disease, 
the lesions do indeed resemble chick-peas. Others think 
that “chicken” may have evolved from the Old English 
word gigan (to itch). Interestingly, the term “varicella” 
is a diminutive form of the term “variola,” the Latin 
term for smallpox. Although both chickenpox and 
smallpox are viral diseases that cause skin lesions, small- 
pox is more deadly and its lesions cause severe scarring. 


Symptoms of chickenpox 


Chickenpox is spread by breathing in respiratory 
droplets spread through the air by a cough or sneeze of 
an infected individual. Contact with the fluid from skin 
lesions can also spread the virus. The incubation 
period—or the time from exposure to VZV to the onset 
of the disease—is about 14-15 days. The most contagious 
period is just prior to the appearance of the rash, and 
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early in the illness when fresh pox are still appearing. The 
first sign of chickenpox in children is often the appear- 
ance of the chickenpox rash. Adults and some children 
may have a prodrome, or series of warning symptoms. 
This precursor is typical of the flu, and includes head- 
ache, fatigue, backache, and a fever. The onset of the rash 
is quite rapid. First, small red “dots” appear on the skin. 
Soon, a vesicle containing clear fluid appears in the center 
of the dot. This small, reddish bump with a central clear 
fluid is sometimes referred to as “dewdrop on a rose 
petal” appearance. The vesicle rapidly dries, forming a 
crust. This cycle, from the appearance of the dot to the 
formation of the crust, can take place within eight to 12 
hours. As the crust dries, it falls off, leaving a slight 
depression that eventually recedes. 


Over the course of a case of chickenpox, an indi- 
vidual may develop between 250 and 500 skin lesions. 
The lesions occur in waves, with the first set of lesions 
drying up just as successive waves appear. The waves 
appear over two to four days. The entire disease runs 
its course in about a week, but the lesions continue to 
heal for about two to three weeks. The lesions first 
appear on the scalp and trunk. Most of the lesions in 
chickenpox are found at the center of the body; few 
lesions form on the soles and palms. Lesions are also 
found on the mucous membranes, such as the respira- 
tory tract, the gastrointestinal tract, and the urogenital 
tract. Researchers think that the lesions on the respi- 
ratory tract may help transmit the disease. If a person 
with respiratory lesions coughs, they may spray some 
of the vesicle fluid into the atmosphere to be breathed 
by other susceptible persons. 


Although the lesions look serious, chickenpox in chil- 
dren is usually a mild disease with few complications and a 
low fever. Occasionally, if the rash is severe, the fever may 
be higher. Chickenpox is more serious in adults, who 
usually have a higher fever and general malaise. It can 
cause damage to the eyes and, in males, the testes. An 
adult with chickenpox also requires a longer period of 
recuperation than does a child. The most common com- 
plaint about chickenpox from both children and adults is 
the itching caused by the lesions. Though scarring from 
chickenpox is rare, it is important not to scratch the 
lesions, as scratching may cause scarring. 


Treatment 


Because chickenpox is usually a mild disease, 
no drug treatment is prescribed. Pain relief, in the 
form of acetaminophen (i.e., Tylenol) is recommended 
rather than salicylate, or aspirin. Salicylate may cause 
Reye’s syndrome, a very serious neurological condi- 
tion that is especially associated with aspirin intake 
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and chickenpox; in fact, 20-30% of the total cases of 
Reye’s syndrome occur in children with chickenpox. It 
is therefore important to control pain in children with 
chickenpox (or any other respiratory illness) with acet- 
aminophen, not aspirin. Adults should also take acet- 
aminophen if they have chickenpox. 


The itching of the lesions can sometimes be con- 
trolled with calamine lotion or special preparations 
that are put into bath water. Antihistamines may 
also help relieve itching. The itching becomes less 
severe as the lesions heal; however, because children 
are more likely to scratch the lesions, the potential for 
scarring is greater in children than in adults. 


Chickenpox, although not deadly for most peo- 
ple, can be quite serious in those who have weakened 
immune systems, and drug therapy is recommended 
for these cases. Antiviral drugs (such as acyclovir) 
have been shown to lessen the severity and duration 
of the disease, although some of the side effects, such 
as gastrointestinal upset, can be problematic. 


Complications 


If the lesions are severe and the person has scratched 
them, bacterial infection of the lesions can result. This 
complication is managed with antibiotic treatment. A 
more serious complication is pneumonia. Pneumonia is 
rare in otherwise healthy children and is more often seen in 
older patients or in children who already have a serious 
disease, such as cancer. Pneumonia is also treated with 
antibiotics. Another complication of chickenpox is shin- 
gles. Shingles are painful outbreaks of skin lesions that 
occur some years after a bout with chickenpox. Shingles 
are caused by VZV left behind in the body, which then 
becomes reactivated. Shingles causes skin lesions and 
burning pain along the region served by a specific nerve. 
It is not clear why VZV is reactivated in some people and 
not in others, but many people with compromised 
immune systems can develop severe, even life-threatening 
cases of shingles. 


Pregnant women are more susceptible to chicken- 
pox, which also poses a threat to both prenatal and 
newborn children. Ifa woman contracts chickenpox in 
the first trimester (first three months) of pregnancy, 
the fetus may be at increased risk for birth defects such 
as scarring and eye damage. A newborn may contract 
chickenpox in the uterus if the mother has chickenpox 
five days before birth. Newborns can also contract 
chickenpox if the mother has the disease up to two 
days after birth. Chickenpox can be a deadly disease 
for newborns—the fatality rate from chickenpox in 
newborns up to five days old is about 30%. For this 
reason, women contemplating pregnancy may opt to 
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Childhood diseases 


KEY TERMS 


Immunocompromised—A condition in which the 
immune system is weakened, as during chemother- 
apy for cancer or infection with AIDS. 


Reye’s syndrome—A neurological condition that 
usually occurs in children; associated with a respi- 
ratory illness and aspirin intake. 


be vaccinated with the new VZV vaccine prior to con- 
ception if they have never had the disease. If this has 
not been done and a pregnant woman contracts chick- 
enpox, an injection of varicella-zoster immunoglobu- 
lin can lessen the chance of complications to the fetus. 


Chickenpox and environmental factors 


Researchers have long noted the seasonality of 
chickenpox. According to their research, chickenpox 
cases occur at their lowest rate during September. 
Numbers of cases increase throughout the autumn, 
peak in March and April, and then fall sharply once 
summer begins. This cycle corresponds to the typical 
school year in the United States. When children go back 
to school in the fall, they begin to spread the disease; 
when summer comes and school ends, cases of chick- 
enpox diminish. A typical “mini-epidemic” within a 
school occurs when one child contracts chickenpox. 
This child rapidly infects other susceptible children. 
Soon, all the children who had not had chickenpox 
contract the disease within two or three cycles of trans- 
mission. It is not uncommon for high numbers of chil- 
dren to be infected during one “mini-epidemic.” 


Immunity and vaccination 


Contrary to popular belief, it is possible to get 
chickenpox a second time. If a person had a mild 
case during childhood, his or her immunity to the 
virus may be weaker than that of someone who had a 
severe childhood case. In order to prevent chickenpox, 
especially in already-ill children and immunocompro- 
mised patients, the VZV vaccine, consisting of live, 
attenuated (modified) VZV is used. Immunization 
recommendations of the American Academy of 
Pediatrics state that children between 12 and 18 
months of age who have not yet had chickenpox 
should receive the vaccine. Immunization can be 
accomplished with a single dose. Children up to the 
age of 13 who have had neither chickenpox nor the 
immunization should also receive a single dose of the 
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vaccine. Children older than age 13 who have never 
had either chickenpox or the vaccine should be immu- 
nized with two separate doses, given about a month 
apart. The vaccine provokes strong immunity against 
the virus. Although some side effects have been noted, 
including a mild rash and the reactivation of shingles, 
the vaccine is considered safe and effective. 


See also Childhood diseases. 


Resources 
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Kathleen Scogna 


Chickens see Livestock 


Chicory see Composite family 


[ Childhood diseases 


Diseases that are more common among children 
than among adults are referred to as childhood dis- 
eases. That is not to say that adults cannot or will not 
contract these illnesses, but usually children contract 
these diseases and form the immunity against them 
that will protect them as adults. In fact, some of 
these diseases may be quite uncomplicated in child- 
hood, but may be life-threatening when contracted in 
adulthood by someone who never had the disease as a 
child. Vaccines provide immunization against some of 
these diseases; others, however, can neither be pre- 
vented nor cured. 


Although the first vaccination for any disease was 
administered in the late eighteenth century, the devel- 
opment of immunology proceeded slowly for the 
next hundred years. Dr. Edward Jenner (1749-1823), 
an English physician, noticed that milkmaids who 
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developed cowpox from contact with cows were 
immune to smallpox. He correctly hypothesized that 
exposure to the cowpox somehow conferred protec- 
tion. Jenner withdrew some of the material from the 
milkmaids’ skin pustules and injected it under the skin 
of a young boy; Jenner then proved the inoculation by 
injecting the boy with smallpox matter, which did not 
give the boy smallpox. Jenner’s method was soon 
accepted throughout Europe and America, and the 
death rate from smallpox fell sharply. 


Some childhood diseases are brought on by a 
bacterium or virus (chickenpox or measles, for exam- 
ple); others are inherited (Tay-Sachs disease or sickle 
cell anemia); and still others are caused by heavy use 
of alcohol or drugs by the mother while she is 
pregnant. 


Many childhood diseases are contagious—that is, 
can be passed on from one person to another by trans- 
mission of the bacterium or virus. Children are 
brought together in school buses and classrooms, 
and these close quarters are ideal for the transmission 
of the etiologic agents that cause diseases. When one 
child contracts measles, usually several in the same bus 
or class will also get the disease before steps can be 
taken to slow the rate of transmission, because such 
infections are often most contagious before any out- 
ward symptoms appear. Similarly, a child with mumps 
can infect a number of others before actually showing 
signs of being ill. This type of transmission is partic- 
ularly true of the common cold. The virus that causes 
the cold is especially numerous in the early stages of 
the cold, before the patient actually starts to sneeze 
and develop a fever. 


Much research is directed toward developing 
vaccines and remedies for diseases that are presently 
incurable (e.g., the common cold or AIDS), but virus- 
borne diseases are much more difficult to cure or 
prevent than bacterial diseases. A virus cannot be 
seen under the normal light microscope used in labo- 
ratories. A special electron microscope must be used 
to see a virus. Viruses can also change or mutate to 
fend off any natural immunity that may develop 
against them. In addition, some diseases, such as the 
common cold, are caused by more than one virus. A 
cold can be brought on by any one of some 200 
viruses. A vaccine, if developed, would be effective 
against only one virus; many scientists feel such a 
vaccine would hardly be worth the trouble to 
develop. Even diseases that are caused by a single 
virus (such as AIDS) can defy the development of 
an effective vaccine. 
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Contagious diseases 


The etiologic agents of contagious diseases can be 
passed from one person to another in any number of 
ways. They are present in droplets of saliva and mucus 
sprayed by sneezing and coughing. They can be con- 
veyed by passing an object from the infected person to 
someone else. With the close proximity of children in 
classrooms, the agent can be passed quickly through 
the class. 


Chickenpox 


Chickenpox is one of the most easily transmitted 
childhood diseases; it is second only to measles. It is 
caused by the varicella-zoster virus, which may reac- 
tivate to cause shingles in individuals who have 
already had chickenpox. After exposure to the virus, 
a 7-21 day period of incubation occurs before any 
symptoms appear. Chickenpox begins with a low 
fever and general feeling of tiredness. Soon a rash 
develops on the abdomen and chest, which may or 
may not spread to the extremities, but usually affects 
the scalp. The rash appears in successive stages; as a 
result, some of the bumps are mature while others are 
just appearing. The rash progresses from the initial red 
bumps through a vesicle stage, in which they are filled 
with liquid, to a mature, crusty stage. Itching is 
intense, but scratching can cause localized infection 
of the broken vesicles and may require antibiotics. 
Within a week after the appearance of the rash, the 
patient is no longer infectious. 


There is no treatment for chickenpox, but the 
Food and Drug Administration approved a varicella- 
zoster vaccine in March 1995. The live-virus vaccine, 
developed from a strain of the virus isolated in Japan 
in 1981, is recommended for children between the ages 
of 12-18 months. A person also develops immunity to 
the virus if he has experienced an outbreak of chick- 
enpox. The outbreak is usually harmless to children 
and passes within a week without any noticeable per- 
manent effect. In adults the disease is much more 
serious; it can cause damage to the eyes and, in 
males, the testes. An adult with chickenpox also 
requires a longer period of recuperation than does a 
child. Pregnant women who contract chickenpox may 
pass the infection on to their unborn child, with seri- 
ous consequences. Varicella-zoster immunoglobulin 
may be given to such pregnant women, in an effort 
to decrease the complications to the fetus. Children 
who have weakened immune systems (due to chemo- 
therapy treatments for cancer, for example) may have 
severe, life-threatening complications from chicken- 
pox. Antiviral medications such as acyclovir may be 
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given in an attempt to decrease the severity and 
shorten the duration of the illness. 


Even when the infection has disappeared, how- 
ever, the virus remains in the person’s body and can 
cause shingles later in life. The chickenpox virus lies 
dormant in some nerve cells and can become active 
later in life; the nerve root becomes inflamed, and the 
area of the body served by that nerve is affected. 
Another eruption occurs, but in this case it is very 
painful. A rash may appear on the abdomen or any 
area of the arms or legs. The outbreak lasts for five to 
six days, unless the patient has an underlying cancer, 
in which case the rash may persist for two weeks or 
longer. 


It is not possible to predict who will have shingles 
after they have had chickenpox. There is no treatment 
for shingles, but usually an individual will have it only 
once and then be immune to any further outbreaks. If 
the virus infects certain facial nerves, care must be 
taken to prevent damage to the eyes. Unlike chicken- 
pox, shingles is not contagious. The virus is confined 
to the nerve fiber and is not released into the air. 


Measles 


Measles generally refers to nine-day measles, also 
called rubeola, a highly contagious disease spread by a 
virus. A person who has the measles virus can pass it to 
others before he shows signs of the disease. Once 
exposed to the virus, it will be 7-18 days before the 
typical measles rash develops. The patient is infec- 
tious, however, for the two to four days immediately 
before the rash appears; thus he spreads the disease 
unknowingly. Present in mucus and saliva droplets 
from the nose and mouth, the virus is spread by cough- 
ing or sneezing. 


The initial symptoms of measles include head- 
aches, a low fever, tiredness, and itchy eyes. Spots 
appearing on the roof of the mouth look like white 
grains of sand surrounded by an inflamed area. These 
are called Koplik spots. A sore throat may also 
develop. The rash appears three to five days later: a 
bright red outbreak usually begins on the side of the 
head in front of the ears and spreads over the body 
within the next day or two. The temperature may 
climb to 104°F (40°C). Inflammation of the eyes may 
cause painful sensitivity to light. 


The disease is short lived; the rash fades within 
three to five days and the body temperature returns 
to normal. The disease, while active, renders the 
patient much more susceptible to bacterial infections 
and may worsen diseases such as tuberculosis, if 
present. Pneumonia and ear infections are common 
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complications of measles, especially in infants and 
very young children. Also, the virus can penetrate the 
central nervous system and cause encephalitis (inflam- 
mation of the brain tissue), which can lead to convul- 
sions, coma, and even death. A person with measles 
should have bed rest during the active stage of the 
disease and be protected from exposure to any bacte- 
rial infections. 


Fortunately, a vaccine has been developed against 
measles. The vaccine is a suspension of a live attenu- 
ated (weakened) virus that is given to children at the 
age of approximately 15 months. The vaccine causes 
the formation of antibodies against the measles virus 
that will protect the child from future infections. 


Another form of measles, known as three-day 
measles, German measles, or rubella, is also caused 
by a virus. Contagion is high because the infected 
person can transmit the virus to others for a week 
before showing any symptoms, and remains infectious 
for up to a week after the measles rash disappears. 


Rubella is less infectious than the nine-day mea- 
sles, and some infections may be so mild that the 
patient’s case of rubella goes undetected. After expo- 
sure to the virus, an incubation period of 14-21 days 
passes before any symptoms appear. Usually the 
symptoms afflict only young children; teenagers and 
adults will not develop the typical rash, which is sim- 
ilar to that of nine-day measles but is less extensive. It 
appears on the face and neck and may spread to other 
areas. The rash lasts about three days before fading. 
No other symptoms, such as a sore throat, accompany 
the rash. 


The most serious complication of three-day mea- 
sles is its effect on a woman in the early stages of 
pregnancy. The virus can cause loss of the fetus or 
stillbirth, or it may result in congenital (birth) defects. 
These can include heart defects, eye defects (including 
glaucoma and cataracts), deafness, bleeding problems, 
mental retardation, and an increased risk of diabetes 
mellitus, thyroid problems, and future encephalitis 
(brain inflammation). A woman in the first three 
months of pregnancy should be protected from expo- 
sure to individuals who have measles. This form of 
measles can also be prevented by vaccination. 


Mumps 


Mumps, also called epidemic parotitis, is a viral 
infection of the salivary glands, especially the parotid 
glands. The mumps virus is spread in droplets of saliva 
sprayed during sneezing or coughing and can be 
passed along on any object that has the infected saliva 
on it. The virus is present in the saliva of the infected 
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person for up to six days before symptoms appear. 
Late winter and early spring are the peak periods of 
mumps epidemics, and children aged 5-15 years are 
most commonly infected. The disease is not as infec- 
tious as chickenpox or measles, and it is rare in chil- 
dren under two years of age. 


The first symptom of mumps is pain during chew- 
ing or swallowing, which is worsened by acidic foods. 
The parotid gland, located in the area at the angle of 
the jaw, becomes sensitive to pressure. Body temper- 
ature increases to 103-104°F (40°C). The infected 
parotid gland becomes inflamed and swollen; the swel- 
ling may extend beyond the gland to the ear and the 
lower area of the jaw. The swelling reaches its max- 
imum within two days and then recedes. 


The mumps virus can also penetrate the central 
nervous system and cause abnormally high numbers 
of cells to accumulate in the spinal fluid. Usually this 
form of encephalitis has no residual effects, although 
rarely some facial paralysis or deafness due to audi- 
tory nerve damage may result. Mumps afflicting an 
adult male can cause atrophy of the testes and, in some 
cases, subsequent sterility. Patients should remain in 
bed until the fever accompanying the disease has 
subsided. 


There is no treatment for mumps. Usually it is 
benign and will leave no residual effects other than a 
natural immunity against catching it again. During the 
illness, patients may take aspirin to ease the pain in the 
jaw and lower the fever. Eating soft food also helps to 
ease jaw pain. Anyone who has been in contact with a 
mumps patient should be watched closely for up to 
four weeks to see whether he or she will also develop 
the disease. A live-virus mumps vaccine is available for 
administration to children who are 15 months of age. 


Other infectious childhood diseases 


As recently as the early decades of the twentieth 
century, childhood was fraught with diseases that 
often entailed suffering and premature death. Many 
of those diseases were highly contagious; a child who 
contracted one of them was immediately isolated at 
home and a quarantine sign was posted conspicuously 
on the door to warn others. These once-perilous dis- 
eases included diphtheria and whooping cough (per- 
tussis), which have been effectively controlled by 
vaccines; scarlet fever, another such disease, is now 
easily treated with antibiotics. 


Diphtheria is caused by a toxin-producing bacte- 
rium, Corynebacterium diphtheriae, which infects the 
nervous tissue, kidneys, and other organs. The disease 
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is spread by contact with the secretions of an infected 
person or objects that have the bacterium on them. 
Diphtheria develops rapidly after a short incubation 
period of one to four days. The bacterium usually 
lodges in the tonsils, where it multiplies and begins to 
produce a toxin. The toxic exudate, or secretion, is 
lethal to the cells around the infected area and can be 
carried to distant organs by the blood. Areas of infec- 
tion and damage can be found in the kidneys, heart 
muscle, and respiratory tissues, as well as in the brain. 
A membrane that is characteristic of the infection 
forms over the area affected by the toxin. 


If left untreated, diphtheria can cause serious 
heart damage that can result in death, nerve damage 
resulting in a palsy, or kidney damage that is usually 
reversible. Penicillin and a diphtheria antitoxin are 
now used to neutralize the bacterial secretions. One 
of the earliest vaccines now given to children is a 
combined vaccine for diphtheria, pertussis, and teta- 
nus; as a result, diphtheria is now rare. 


Pertussis, or whooping cough, so named because 
of the characteristic high-pitched crowing sound of the 
breath between coughs, is another highly infectious 
bacterial disease. The etiologic agent is the bacterium 
Bordetella pertussis. 


Pertussis is known throughout the world. It is 
transmitted in the saliva of coughing patients who 
have the bacterium, usually in the early stages of the 
disease. Patients are no longer infectious after eight 
weeks. The bacterium invades the nose, pharynx (back 
of the throat), trachea (windpipe), and bronchi. 
Symptoms appear after an incubation period of 
about one to two weeks. The earliest stage of the 
disease consists of sneezing, fatigue, loss of appetite, 
and a bothersome nighttime cough. This stage lasts for 
about two weeks, after which the coughs become rapid 
(paroxysmal) and are followed by the characteristic 
whoop, a few normal breaths, and another paroxysm 
of coughing. The coughing spells expel copious 
amounts of thick mucus, which may cause gagging 
and vomiting. This stage of the disease can last up to 
four weeks, after which the patient begins a recovery; 
the coughing lessens and the mucus decreases. 


Pertussis may be fatal in very young children; it is 
rarely serious in older children and adults. Fatalities in 
young children are usually caused by a subsequent 
bout of pneumonia. Infected individuals should be 
isolated, but do not necessarily need bed rest. Very 
young children should be hospitalized so that mucus 
may be suctioned from the throat area. A pertussis 
vaccine is available and is part of the early inoculation 
program in children. It is given with the vaccines for 
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diphtheria and tetanus. Newer acellular pertussis vac- 
cines cause fewer side effects than the old whole cell 
vaccines. 


Poliomyelitis 


Poliomyelitis, also called polio or infantile para- 
lysis, is caused by a virus and once appeared in epi- 
demic proportions. It occurs mostly in young children 
and appears primarily in the summer or fall. 
Poliovirus, the causative agent, is found in three 
forms—types I, II, and III. Type I is the most likely 
to cause paralysis. 


Most people who host the poliovirus do not 
develop any symptoms but can still spread the virus. 
Because it is present in the throat of infected individ- 
uals, the virus is spread by saliva. Polio is known 
worldwide, and cases of it occur year round in tropical 
areas. Fortunately, only one of every 100 people who 
have the virus actually exhibits the symptoms of polio. 


At one time polio was so widespread that many 
young children developed an immunity to polio very 
early in life, because they would acquire the virus 
without fail. With the onset of hygienic sanitation, 
however, the disease began to appear as epidemics in 
developed countries. Since children no longer develop 
a natural immunity, as they did prior to the installa- 
tion of modern sewage facilities, an outbreak of polio 
can quickly sweep through the younger population. 


The onset of polio is divided into two phases: a 
minor illness and a major illness. The minor illness, 
experienced by about 90% of those who contract the 
virus, consists of vague symptoms such as headaches, 
nausea, fatigue, and a mild fever. These symptoms 
pass within 72 hours, and for most victims this is the 
extent of the disease. Those who acquire the major 
illness, however, combat a much more drastic form. 
It begins with severe headaches during the 7-35 days 
following exposure to the virus. A fever develops, and 
stiffness and pain in certain muscles appear. The 
affected muscles become weak and the nerve reflexes 
to those muscles are lost. This is the beginning of the 
paralysis, which results because the virus infects cer- 
tain areas of the nervous system, preventing control of 
muscle groups. 


A vaccine is available to prevent polio. The first 
polio vaccine was given by injection, but a later ver- 
sion was given orally. The latest guidelines for polio 
immunization state that IPV (inactivated poliovirus 
vaccine, supplied via injection) should be given at 
two and four months of age; subsequent immuniza- 
tions at 6-18 months and 4-6 years may be given either 
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as injection or orally. These newer guidelines were 
designed to decrease the rare complication of vac- 
cine-induced polio infections which increased when 
all doses were given orally (which is a live virus 
vaccine). 


Noncontagious childhood diseases 


Noncontagious childhood diseases are acquired 
by heredity—that is, passed from parents to offspring. 
In fact, neither parent may have any physical signs of 
the disease, but if they are carriers—people who have 
the recessive gene for the disease—they can pass it on 
to their children. 


Some of these conditions are serious or even fatal, 
with no cure for the person who has the disease. Some 
effective preventive measures can be taken to keep the 
disease in an inactive state, but even these measures 
are sometimes not effective. 


Sickle cell anemia 


Sickle cell anemia is named for the shape assumed 
by some of the red blood cells in persons who have this 
disease. It primarily affects people of African descent, 
but it can also be present in people of Mediterranean 
descent, such as Arabs and Greeks. 


Some people carry the gene for sickle cell anemia 
without having any active symptoms. For those in 
whom the disease is active, however, a “sickle cell 
crisis” can be a painful and debilitating experience. 


When the red blood cell undergoes changes that alter 
its shape from a disk to a sickle, the cells can no longer 
pass easily through the tiniest blood vessels, the capilla- 
ries. The sickle cells stick in these vessels and prevent the 
passage of normal cells; as a result, the organ or muscle 
dependent on blood flow through the affected capillaries 
is no longer getting oxygen. This causes a very painful 
crisis that may require hospitalization. 


No cure exists for sickle cell anemia, so the person 
who has the active disease must avoid infections and 
maintain a healthy lifestyle. Any activity that is stren- 
uous enough to cause shortness of breath can also 
bring on a crisis. 


Tay-Sachs disease 


Tay-Sachs disease is an inherited, invariably fatal 
condition in which a missing enzyme allows certain 
toxic substances to accumulate in the brain. Under 
ordinary circumstances the enzyme, hexosaminidase 
A, breaks down these toxins, but without its presence 
the toxins accumulate. 
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The condition causes the development of red spots 
in the eye, retarded development, blindness, and para- 
lysis. The child usually dies by the age of three or four. 
Tay-Sachs disease primarily affects Jews from eastern 
Europe. 


Parents who carry the gene for Tay-Sachs can be 
counseled about having children. Statistically for 
parents who are both carriers of the gene, one in four 
children will have the active disease, two of the four 
will be unaffected carriers of the gene, and one of four 
will have neither the gene nor the disease. 


Congenital diseases 


Some conditions are passed from mother to child 
not as a result of an infection or a genetic malfunction, 
but because the mother has failed to provide an opti- 
mal prebirth condition for the developing baby. The 
placenta, which lines the womb and serves to nourish 
the developing infant, can be penetrated by substances 
such as alcohol, nicotine, cocaine, and heroin. Also, a 
mother who has AIDS can pass the virus to the child 
during gestation or delivery of the child. 


The mother who smokes, drinks alcohol, or uses 
drugs while pregnant can cause developmental prob- 
lems for the child. The fetus is especially susceptible to 
these influences during the first three months (first 
trimester) of pregnancy. The organs are formed and 
the anatomy and physiology of the infant are estab- 
lished during the first trimester. 


Fetal alcohol syndrome (FAS) is a well-recog- 
nized affliction brought about by the mother’s heavy 
consumption of alcohol during pregnancy. Alcohol 
consumed very early in the pregnancy can cause 
brain damage by interfering with the fetus’s brain 
development. Other features of a child with FAS are 
wide-set eyes, flattened bridge of the nose, and slowed 
growth and development. 


A child born of a mother addicted to drugs will 
also be addicted. Often the baby will exhibit signs of 
withdrawal, such as shaking, vomiting, and crying 
with pain. These children usually have a low birth 
weight and are slow to develop. In time, once the 
drug is out of his system, the child may assume a 
normal life pattern. 
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| Chimaeras 


Chimaeras (order Chimaerae, class Bradyodonti) 
are a group of about 25 species of fish that live in 
marine water near the sea bed off continental shelves 
and in deep offshore waters. Closely related to sharks, 
rays, and dogfish, chimaeras are characterized by their 
cartilaginous skeletons. This differs from most fish, 
which have a skeleton constructed of bones. One fea- 
ture that distinguishes them from rays and dogfish is 
the firm attachement of their upper jaw to the cra- 
nium. They also have flattened teeth (two on the upper 
jaw and one on the lower) that are modified for crush- 
ing and grinding their food. There is one gill opening 
on either side of the head, each of which is covered 
with a fleshy flaplike cover. 


Also known as rabbit fish, rat fish, or elephant 
fish, these species have large heads, a tapering body 
and a long, rat-like tail. Relatively large fish, they 
range from 2-6 ft (0.61-2 m) in length. Unlike their 
larger relatives—the sharks, for example—they are all 
weak swimmers. The fins are highly modified: one 
striking feature is the presence of a strong, sharp 
spine at the front of the first dorsal fin. In some species 
this may be venomous. When the fin is relaxed, as 
occurs when the fish is resting, the spine folds into a 
special groove in the animal’s back. It can quickly be 
erected if disturbed. Chimaeras have a very reduced 
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and elongated tail fin. The large pectoral fins, unlike 
those of sharks, play a major role in swimming, while 
additional propulsion is gained through lateral body 
movements. 


Chimaeras have a smooth skin and one gill open- 
ing on either side—a morphological change that lies 
between that of a shark and the bony fish. A series of 
mucus-secreting canals occur on the head. The males 
of some species such as Callorhinchus have a moveable 
club-shaped growth on the head, the function of which 
is not known. 


Little is known about the ecology of chimaeras. 
Most are thought to feed on a wide range of items, 
including seaweed, worms, crabs, shrimp, brittle stars, 
molluscs and small fish. Most rat fish are thought to be 
nocturnal—one explanation for their peculiarly large 
eyes. Male chimaeras have small appendages known 
as claspers, used to retain their hold on females during 
copulation; this act is also observed in sharks and rays. 
Unlike the fertilized eggs of bony fishes, those of chi- 
maeras are enclosed in toughened capsules. In some 
species these capsules may measure 6 in (15 cm) in 
length and are pointed to stick into the soft substrate, 
possibly to prevent the eggs from drifting too far. 


! Chimpanzees 


Chimpanzees belong to the order Primates, which 
includes monkeys, apes, and humans. Traditional clas- 
sification schemes place chimpanzees in the family 
Pongidae, along with all of the other apes: gorillas, 
orangutans, and gibbons. Recent research on the rela- 
tionships between apes and humans, especially research 
involving DNA and chromosomal analyses, has sug- 
gested a revised classification scheme that places the 
great apes and humans in the family Hominidae and 
the gibbons in the family Hylobatidae. Compared with 
monkeys, apes are larger, have no tail, and have longer 
arms and a broader chest. When apes stand upright, 
their long arms reach below their knees. They also have 
a great deal of upper body strength, needed for a life 
spent mostly in the forest canopy. 


Chimpanzee species and habitat 


There are two species of chimpanzees: the com- 
mon chimpanzee (Pan troglodytes) and the bonobo 
(Pan paniscus), sometimes incorrectly called the 
pygmy chimpanzee. The common chimpanzee occurs 
in forested West and Central Africa, from Senegal to 


900 


Tanzania. Their habitat includes rainforest and decid- 
uous woodland, from sea level to above 6,000 ft (1,830 
m). Common chimpanzees are rarely found in open 
habitat, except temporarily when there is ready access 
to fruit-bearing trees. The bonobo is found in Central 
Africa, and is confined to the Democratic Republic of 
the Congo (formerly known as Zaire) between the 
Kasai and Zaire rivers. Its habitat is restricted to 
closed-canopy tropical rainforest below 5,000 ft 
(1,525 m). 


Chimpanzees live within the borders of some 15 
African countries. Both species are endangered by 
habitat destruction, a low rate of reproduction, and 
by hunting by humans as meat and for the live-animal 
trade. 


Physical characteristics 


The height of chimpanzees varies from about 39 in 
(1 m) in males to about 36 in (90 cm) in females. Adult 
wild males weigh about 132 Ib (60 kg), but in captivity 
they can grow up to 220 lb (100 kg). The weight of 
females ranges from about 66 lb (30 kg) in the wild to 
as much as 190 Ib (87 kg) in captivity. 


Chimpanzee pelage is primarily black, turning 
gray on the back after about 20 years of age. Both 
sexes have a short white beard, and baldness fre- 
quently develops in later years. The skin on the 
hands and feet is black, and that of the face ranges 
from pink to brown or black. The ears are large and he 
nostrils are small. Chimpanzees have heavy eyebrows, 
a flattened forehead, large protruding ears, and a short 
neck. The jaw is heavy and protruding, and the canine 
teeth are large. Male chimpanzees have larger canines 
than females, and these are used in battle with other 
males and during predation. Although chimpanzees 
have long powerful fingers, they have small weak 
thumbs. Their big toes function like thumbs, and 
their feet as well as their hands are used for grasping. 
Bonobos can be distinguished from chimpanzees by 
darker facial skin, by longer hair on the head with a 
distinct center part, and by a slighter, less robust and 
muscular physical appearance. 


The genitalia of both sexes are prominent. Areas 
of the female’s genital skin become pink during estrus, 
a period that lasts two to three weeks and occurs every 
four to six weeks. 


The characteristic gait on the ground is the 
“knuckle-walk,” which involves the use of the 
knuckles for support. Chimps spend much of their 
time climbing in trees, and they sleep alone every 
night in nests that they make with branches and leaves. 
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Young chimpanzees at play. (K. and K. Ammann. Bruce Coleman, Inc. Reproduced by permission.) 


A mother sleeps with her baby until her next infant is 
born. Chimpanzees live up to 40-45 years. 


Behavior 


Life in the wild presents many challenges for 
chimpanzees. They have complex social systems and 
use their considerable mental skills daily for their sur- 
vival. They are presented with a multitude of choices 
in their natural habitat, and exercise highly developed 
social skills. For instance, males aspire to attain a high 
position of dominance within the hierarchy of chim- 
panzee society; consequently, low-ranking individuals 
must learn the art of deception, doing things in secret 
to satisfy their own needs. 


Researchers have discovered that chimpanzees 
experience a full range of emotions, from joy to grief, 
fear, anger, and curiosity. Chimpanzees also have a 
the ability to learn and understand concepts and the 
elements of language. 


Chimpanzees have a sophisticated social organi- 
zation. They band together in groups, which vary in 
size and the age of its members. Between 15 and 120 
individuals will form a community, with generally 


GALE ENCYCLOPEDIA OF SCIENCE 4 


~ 


twice as many adult females as adult males in the 
group. The range and territory of a particular group 
depends on the number of sexually mature males. 


Chimpanzees generally do not travel as an entire 
social unit. Instead, they move around in smaller groups 
of three to six individuals. While traveling about, indi- 
viduals may separate and join other chimpanzees. 
Temporary bonds with other chimps are created by an 
abundant food source, or by a female in estrus. The 
strongest social bond is between a mother and her 
young. Offspring that are under eight years of age are 
always found with their mother. 


Parenting 


A female’s estrus cycle averages 38 days, which 
includes 2-4 days of menstruation. When a female 
begins her estrus cycle, her genital area swells for 
approximately ten days, and this is when she is sexu- 
ally attractive and receptive. The last three or four 
days of estrus are when the likelihood of conception 
is highest. Mating is seemingly random and varied, 
and receptive females are often mounted by most of 
the mature males in the community. A high-ranking 
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male may, however, claim “possession” and prevent 
other males from mating with a female. Regardless of 
rank and social status in the community, all males and 
females have a chance to pass on their genes. 


On average, female chimpanzees give birth every 
five to six years. Gestation is 230-240 days. Newborn 
chimps have only a weak grasping reflex, and initially 
require full support from their mother as she moves 
about. After a few days, however, the infant is able to 
cling securely to its mother’s underside. At about the 
age of five to seven months, the youngster is able to 
ride on its mother’s back. At the age of four years, a 
young chimp can travel well by walking. Weaning 
occurs before its third year, but the youngster will 
stay with its mother until it is five to eight years old. 


When an infant chimp is born, its older sibling will 
start to become more independent of its mother. It will 
look for food and will build its own sleeping nest, but a 
close relationship remains with the mother and devel- 
ops between the siblings. Young males stay close to 
their family unit until about the age of nine. At this 
time, they find an adult male to follow and watch his 
behavior. Thus begins the long process by which the 
male develops his place in the community. 


Young females stay with their mothers until about 
ten years of age. After her first estrus, a young female 
typically withdraws from her natal group and moves to 
a neighboring one, mating with its males. At this time a 
female may transfer out of her initial group to form a 
family of her own. This exchange helps to prevent 
inbreeding and maintains the diversity of the gene pool. 


Eating habits 


Chimpanzees are omnivorous, eating both meat 
and plant material. Their diet includes fruits, leaves, 
buds, seeds, pith, bark, insects, bird eggs, and smaller 
mammals. Chimps eat some 200-300 species of plants, 
depending on local availability. Animal prey is eaten 
less regularly than fruits and leaves. Chimpanzees 
(usually males) have been observed to kill and eat 
baboons, antelopes, other monkeys, and young bush 
pigs, and they sometimes practice cannibalism. 


Chimpanzees seem to know the medicinal value of 
certain plants. In the Gombe National Forest in 
Tanzania, chimps have been seen to eat the plant 
Apilia mossambicensis to help rid themselves of para- 
sites in their digestive system. A branch of science, 
zoopharmacognosy, has recently developed to study 
the medicinal use of plants by wild animals. 


Fruit is the main component of the chimpanzee 
diet, and they spend at least four hours a day finding 
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and eating varieties of this food. In the afternoon 
chimps also spend another hour or two feeding on 
young leaves. They also eat quantities of insects that 
they collect by hand. 


In some cases, chimpanzees may use simple tools; 
for example, they may collect termites with sticks or 
break open the hard shells of nuts with sticks or smash 
them between two rocks. Chimpanzees are able to 
devise simple tools to assist for other activities as 
well. They peel leaves from bamboo shoots for use as 
washcloths to wipe off dirt or blood and to collect 
rainwater from tree-cavities. The use of tools by chim- 
panzees varies from region to region, which indicates 
that it is a learned behavior. Young chimps have been 
observed to imitate their elders in the use of tools and 
to fumble with the activity until they eventually 
become proficient. 


Communication 


Chimpanzees use a multitude of calls to commu- 
nicate. After being separated, chimpanzees often 
embrace, kiss, touch, stroke, or hold hands with each 
other. When fighting, the opponents may strike with a 
flat hand, kick, bite, or stomp, or drag the other along 
the ground. Scratching and hair pulling are favorite 
tactics of females. When the fighting is over, the loser 
will approach the winner and weep, crouch humbly, or 
hold out its hand. The victor usually responds by 
gently touching, stroking, embracing, or grooming 
the defeated chimp. 


Body contact is of utmost importance in main- 
taining social harmony in a chimpanzee community. 
Chimpanzees will often groom each other for hours. 
Grooming a way to maintain calmness and tranquil- 
ity, while preserving close relationships. 


Chimpanzees also communicate through a 
combination of postures, gestures, and noises. While 
avoiding direct contact, a male chimpanzee will charge 
over the ground and through the trees, swinging and 
pulling down branches. He will drag branches, throw 
sticks and stones, and stomp on the ground. By doing 
this, he gives the impression that he is a dangerous and 
large opponent. The more impressive this display, 
the better the position achieved in the male ranking 
order. 


Confrontations between members of different 
communities can, however, be extremely violent. 
Fighting is ferocious and conducted without restraint, 
often resulting in serious injury and sometimes death. 
These encounters usually occur in places where com- 
munities overlap. Chimpanzees behave cautiously in 


GALE ENCYCLOPEDIA OF SCIENCE 4 


such places, often climbing trees to survey the area for 
members of the neighboring community. 


When two community groups of balanced 
strength meet, they may show aggression by perform- 
ing wild dances, throwing rocks, beating tree trunks, 
and making fierce noises. This display is usually fol- 
lowed by retreat into their territory. However, when 
one or a small number of strangers, whether male or 
female, is met by a larger group, there is a danger of 
being viciously attacked. Chimpanzees have been seen 
to twist the limbs, tear the flesh, and drink the blood of 
strangers they have murdered in such aggressive 
encounters. 


This hostile activity often occurs when male chim- 
panzees are routinely involved in “border patrols.” 
Males may patrol for several hours, keenly watching 
and listening for signs of nearby activity. It is not 
known if the purpose of the patrols is to protect the 
local food source of the community; if the males are 
engaged in competition for females; or if they are 
engaging in predatory cannibalism. 


Jane Goodall’s observations 


In 1960, Jane Goodall (1934-), a young English- 
woman, first set up camp in Gombe, Tanzania, to 
conduct a long-term study of chimpanzees. Louis 
Leakey (1903-1972), a famous anthropologist, helped 
Goodall by providing the initial funding for her 
research and by serving as her mentor. Leakey is best 
known for his discovery of hominid fossils in eastern 
Africa and his contributions to the understanding of 
human evolution. 


Goodall was not initially a trained scientist, but 
Leaky felt that this could be an advantage in her work, 
because she would not bring preconceived scientific 
bias into her research. One of the most difficult hurdles 
that Goodall had to overcome when presenting the 
results of her work to the scientific community was 
to avoid making references to the fact that chimps 
have feelings. Projecting human emotions onto ani- 
mals is thought to signal anthropomorphic bias and is 
often regarded as a scientific flaw. However, as 
Goodall demonstrated, chimps do experience a wide 
range of emotions, and they perceive themselves to be 
individuals. These are some of the compelling similar- 
ities that they share with humans. 


Goodall made several particularly significant dis- 
coveries early in her research. Her first chimpanzee friend 
was a male individual she named David Greybeard. One 
day she was observing him when he walked over to a 
termite mound, picked up a stiff blade of grass, carefully 
trimmed it, and poked it into a hole in the mound. When 
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he pulled the grass out of the mound, termites were cling- 
ing to it, and he ate them. This remarkable discovery 
showed that chimps are toolmakers. 


Goodall’s second discovery also involved David 
Greybeard; she observed him eating the carcass of an 
infant bush pig (a medium-sized forest mammal). 
David Greybeard shared the meat with some compan- 
ions, although he kept the best parts for himself. The 
use of tools and the hunting of meat had never before 
been observed in apes. Numerous other observations 
have since been made of chimps making and using 
simple tools and engaging in sometimes well-organized 
group hunts of monkeys and other prey. 


The bonobo 


Several projects begun in the early 1970s were 
the first to study bonobos in the wild. Their alternative 
name, pygmy chimp, is inaccurate because these 
animals are only slightly smaller than common 
chimpanzees. The reference to “pygmy” has more to 
do with so-called pedomorphic traits of bonobos, 
meaning they exhibit certain aspects of adolescence in 
early adulthood, such as a rounded shape of their head. 


Another characteristic of the bonobo that differs 
from the common chimp is the joining of two digits of 
their foot. Additionally, the bonobo’s body frame is 
thinner, its head is smaller, its shoulders narrower, and 
legs are longer and stretch while it is walking. 
Furthermore, the eyebrow ridges of the bonobo are 
slimmer, its lips are reddish with a black edge, its ears 
are smaller, and its nostrils are widely spaced. 
Bonobos also have a flatter and broader face with a 
higher forehead than do common chimpanzees, and 
their hair is blacker and finer. 


Bonobos also have a somewhat more complex 
social structure than common chimpanzees. Like com- 
mon chimpanzees, bonobos belong to large commun- 
ities and form smaller groups of 6-15 that will travel 
and forage together. Groups of bonobos have an equal 
sex ratio, unlike those of the common chimpanzee. 
Among bonobos the strongest bonds are created 
between adult females and between the sexes. Bonds 
between adult males are weak (whereas in common 
chimps they may be strong). Bonobo females take a 
more central position in the social hierarchy of the 
group. 

Sex is an important pastime among bonobo chim- 
panzees. Female bonobos are almost always receptive 
and are willing to mate during most of their monthly 
cycle. The ongoing sexual exchanges within their com- 
munities help to maintain peace and ease friction. 
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Chimpanzees 


KEY TERMS 


Anthropomorphic—Ascribing human feelings or 
traits to other species of animals. 


Bipedal—The ability to walk on two legs. 


Border patrol—Routine visits that common chim- 
panzees make to the edges of their communal areas 
to observe neighboring territories. 


Estrus—A condition marking ovulation and sexual 
receptiveness in female mammals. 


Pedomorphic—Having juvenile traits in adulthood. 


Zoopharmacognosy—A field of research that 
studies the medicinal values of plants that animals 
eat. 


Bonobos try to avoid social conflict, especially when it 
relates to food. 


Bonobos are extremely acrobatic and enjoy 
spending time in the trees. They do not fear water 
and have been observed to become playful on rainy 
days, unlike common chimpanzees, who seem to hate 
the rain. It is believed that there are fewer than 100,000 
bonobos in the wild; they are threatened by hunting as 
food and for sale in foreign trade, and by the destruc- 
tion of their natural forest habitat. 


Language 


Sign language has been used successfully for com- 
munication between humans and captive chimpan- 
zees. Sign language research has shown that some 
chimpanzees are able to create their own symbols for 
communication when none has been given for a spe- 
cific object. Other studies of the use of language by 
chimps suggest that they understand the syntax of 
language, that is, the relationship of words to action 
and to the actor. Chimpanzees also have pre-mathe- 
matical skills, and are able to differentiate and catego- 
rize. For example, they can learn the difference 
between fruits and vegetables, and to divide sundry 
things into piles of similar objects. 


Use in research 


The chimpanzee is the closest living relative of 
humans. In fact, the DNA of humans and chimpan- 
zees differs by less than 4%. Because of this genetic 
closeness, and anatomical and biochemical similar- 
ities, chimps have been widely used for testing new 
vaccines and drugs in biomedical research. 
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Chimpanzees can also become infected by certain 
diseases that humans are susceptible to, such as colds, 
flu, AIDS, and hepatitis B. Gorillas, gibbons, and 
orangutans are the only other animals that show a 
similar susceptibility to these diseases. Consequently, 
these species are used in biomedical research seeking 
cures for these ailments, including work that would be 
considered ethically wrong if undertaken on human 
subjects. However, many people are beginning to 
object to using chimpanzees and other apes in certain 
kinds of invasive biomedical research. This is because 
of the recent understanding that chimpanzees, other 
apes, and humans are so closely related, and that all 
are capable of experiencing complex emotions, includ- 
ing pain and suffering. Some people are even demand- 
ing that apes should be given legal rights and 
protection from irresponsible use in research. 
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[ Chinchilla 


Chinchillas and viscachas are six species of small, 
South American rodents in the family Chinchillidae. 
Chinchillas have a large head, broad snout, large eyes, 
rounded ears, and extremely fine and dense fur. Their 
forelimbs are short and the paws small, while the hind 
legs and feet are larger and relatively powerful and are 
used for a leaping style of locomotion, as well as for 
running and creeping. 


Two species of true chinchillas are recognized. 
The short-tailed chinchilla (Chinchilla brevicaudata) 
is native to the Andean mountains of Argentina, 
Bolivia, and Peru, while the long-tailed chinchilla 
(C. laniger) is found in the mountains of Chile. 
Chinchillas are alpine animals, living in colonies in 
rock piles and scree, basking at dawn and dusk, and 
feeding at night on vegetation and occasionally 
arthropods. 


Chinchillas have an extremely thick, warm, and 
soft pelage, considered to be perhaps the finest of any 
fur. When the commercial implications of this fact 
were recognized in the late nineteenth century, a 
relentless exploitation of the wild populations of 
both species of chinchillas ensued. The overharvesting 
of these animals brought both species to the brink of 
extinction by the early twentieth century. 


Fortunately, methods have been developed for 
breeding and rearing chinchillas in captivity, and large 
numbers are now raised on fur ranches. This develop- 
ment made it possible to stop most of the unregulated 
exploitation of wild chinchillas. Unfortunately, this 
happened rather late, and both species are widely extir- 
pated from their original native habitats. The short- 
tailed chinchilla may, in fact, no longer be found in 
the wild, and this species is not commonly ranched on 
fur farms. The long-tailed chinchilla has fared much 
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A chinchilla. (Janet Stone/National Audubon Society/Photo 
Researchers, Inc.) 


better, and, although it remains rare in the wild, it is 
common in captivity and is often kept as a pet. 
Attempts are being made to restock wild populations 
of chinchillas, but it is too soon to tell whether these 
efforts will be successful. 


The plains viscacha (Lagostomus maximus) 1s 
another species in the Chinchillidae, which is found 
in the dry, lowland pampas of Argentina. These ani- 
mals are much larger than the true chinchillas, and can 
reach a body length of 24 in (60 cm). Viscachas live in 
colonies of about 20-50 individuals, which inhabit 
complexes of underground burrows. The diggings 
from the burrows are piled in large heaps around 
the entrances, and the viscachas have a habit of col- 
lecting odd materials and placing them on those 
mounds. These can include natural objects such as 
bones and vegetation, but also things scavenged from 
people, such as watches, boots, and other unlikely 
items. 


Viscachas are sometimes hunted as a source of 
wild meat. More importantly, viscachas have been 
widely exterminated because their burrows are consid- 
ered to be a hazard to livestock, which can fall and 
break legs if they inadvertently step into an under- 
ground tunnel. 


Three species of mountain viscachas (Lagidium 
spp.) occur in rocky habitats in the Andean tundra. 
Mountain viscachas live in colonies located in protec- 
tive crevices, from which they forage during the day. 
Mountain viscachas are eaten by local people, and 
their fur is used in clothing. Sometimes the hair is 
removed from the skin of trapped animals, and used 
to weave an indigenous Andean cloth. 
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Chipmunks 


l Chipmunks 


Chipmunks are 25 species of small mammals in 
the order Rodentia, the rodents. Specifically, they are 
classified with the squirrel-like rodents, the Sciuridae. 
Chipmunks are traditionally placed into a single 
genus—Tamias. More recently, taxonomists have pro- 
posed splitting this single genus into three genera— 
Tamias, Eutamias, and Neotamias. 


North America is home to 17 species of 
chipmunk, 16 in the West and only one, Tamias stria- 
tus, the eastern chipmunk, in the East. The eastern 
chipmunk is about 5-6 in (12.7-15 cm) long, and the 
tail adds another 4 in (10 cm) or so to the animal’s 
length. They have stripes on their face and along the 
length of their body. In all species the tail is bushy, 
although not quite as bushy as the tails of treesquir- 
rels. Their eyes are large, their vision is excellent, and 
their sensitive whiskers give them a well-developed 
sense of touch. 


Like other squirrels, chipmunks are opportunists, 
making a comfortable home where other animals 
would not dare. They are generally unafraid of 
human beings, and are frequent visitors to camp- 
grounds. They are burrowers, digging holes among 
rocks, under logs, and within scrub, to make a burrow 
as long as 15 ft (4.6 m) and extending downward about 
3 ft (0.9 m). 


Like squirrels, chipmunks are active during the 
day. They emerge from their burrows in the morning 
to forage on mushrooms, fruits, seeds, berries, and 
acorns. Chipmunks will store food, particularly items 
with a long “shelf-life,” in their cheek pouches for 
transport back to the burrow. The Siberian chipmunk 
can carry more than a quarter of an ounce of seed for 
half a mile. This food is stored in an underground 
larder, which can contain between 4.5 and 13 lb 
(2-5.9 kg) of food. Chipmunks do not hibernate like 
bears; instead they become more lethargic than nor- 
mal during the winter months. 


In the spring, the female bears a litter of pups, 
numbering up to eight, which are born naked, tooth- 
less, and with closed eyes. The young grow quickly and 
are weaned at five weeks, but stay with the female for 
several months. 


Chipmunks can live as long as five years, provid- 
ing they avoid predators such as weasels, owls, hawks, 
bobcats, pine martens, and coyotes. Many chipmunks 
die after eating rodenticide set out for rats; these poi- 
sons have effectively eliminated chipmunks in some 
locations. 


906 


[| Chitons 


Chitons are small mollusks, oval in outline, with 
a broad foot, and a mantle that secretes, and some- 
times extends over, the shell. The word chiton is a 
Greek word meaning a gown or tunic, usually worn 
next to the skin, and covered with a cloak on going 
outdoors. 


Chitons are exclusively marine and are found 
on rocky seashores in much the same lifestyle as lim- 
pets. They are easily distinguishable from limpets, 
however, as their shell is made of eight plates with 
transverse sutures. Also, unlike limpets and other 
snails, chitons have no tentacles or eyes in the head 
region, just a mouth and a radula. The shell is so 
different from those of other mollusks that they may 
appear to be segmented (or metameric), but internally 
there is no evidence of segmentation, and the eight 
valves are actually derived from a single embryonic 
shell. 


Chiton eggs are laid singly or in a jelly string and 
are either fertilized in the mantle cavity or by sperm 
released into the sea water. The larvae of a few species 
develop within the female, but most larvae are plank- 
tonic. Chiton larvae feed on diatoms and other plank- 
ton until they settle out of the water column and 
metamorphose into the adult form. 


Most chitons are 0.8-1.2 in (2-4 cm) long, but 
there is a giant Pacific coast species, Cryptochiton 
stelleri, up to 11.8 in (30 cm) long. This species is 
unusual also for the mantle or girdle that completely 
covers the shell (crypto = hidden). Other species that 
deviate from the typical include a species of 
Callochiton septemvalvis (seven valves). 


Chitons are classified as subclass Polyplacophora 
in the class Amphineura, one of the six classes of mol- 
lusks. The other subclass contains the Aplacophora, a 
group of wormlike mollusks lacking a shell, but pos- 
sessing in some genera calcareous spicules embedded in 
the mantle. Amphineura means nerves on both sides, 
and Polyplacophora means bearing many plates; chi- 
tons have two pairs of parallel nerve cords running the 
length of the body. The nervous system is simple and 
straight, not twisted as in prosobranch snails. 


In spite of their anatomical simplicity, there is no 
reason to suppose that chitons represent a form ances- 
tral to all the mollusks. Rather the opposite, the fossil 
record suggests that they followed the gastropods and 
bivalves in evolution but lost some structures or traits 
as they became adapted to a restricted niche. The lack 
of tentacles and eyes, for example, means that chitons 
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cannot function as predators. The shell is obviously 
defensive. When pried loose from their preferred spot, 
chitons roll up in a ball, much like certain isopod 
crustaceans, called pill bugs, and like the armadillo, 
an armored mammal. 


The giant chiton Cryptochiton stelleri was included 
in a classic study of nucleotide sequences in RNA of a 
great variety of animals, in which the goal was to 
establish relations of the phyla. On the resultant phy- 
logenetic tree, the chiton appeared at the end of a 
branch close to a polychaete worm and a brachiopod, 
and not far from two clams. Another analysis of the 
same data put Cryptochiton on a branch next to a 
nudibranch Anisodoris nobilis and ancestral to the two 
clams. There is reason to suspect that living chitons are 
highly evolved creatures and not good subjects for 
deductions about the initial metazoan radiation in 
the pre-Cambrian. The reasoning is that any marine 
mollusks have oxidative enzymes that use an amino 
acid to produce products such as octopine, alanopine, 
etc. while serving to reoxidize coenzyme and keep anae- 
robic metabolism going. These opine enzymes are most 
varied in archaeogastropods, which are regarded as 
primitive on numerous grounds. The trend in evolution 
has been to lose some or all of the opine enzymes 
and come to depend entirely on lactic acid production 
for their function. This is what has happened in a 
few bivalves and polychaete worms and in fishes and 
other vertebrates. It is also the case with the chitons 
Chaetopleura apiculata and Mopalia muscosa, which 
have only a lactate oxidase and no opine enzymes. 
The earliest chitons may have had a great variety 
of genes that modern species no longer possess, 
but this is something that would be difficult to 
investigate. 


There are about 750 species of chitons, at least 50 
of which may be found on the coasts of the United 
States. Among the most common species are 
Chaetopleura apiculata of New England and Mopalia 
muscosa of California. 
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| Chlordane 


Chlordane is an organochlorine insecticide, more 
specifically a chlorinated cyclic hydrocarbon within 
the cyclodiene group. The proper scientific name 
for chlordane is 1,2,4,5,6,7,8,8-octachloro-3a,4,7,7a- 
tetrahydro-4,7-methanoindan. However, the actual 
technical product is a mixture of various chlorinated 
hydrocarbons, including isomers of chlordane and 
other closely related compounds. 


Chlordane was first used as an insecticide in 1945. 
Its use was widespread until the 1970s and included 
applications inside homes to control insects in stored 
food and clothing, as well as to control termites, car- 
penter ants, and wood-boring beetles. An especially 
intensive use was to kill earthworms in golf-course 
putting greens and in prize lawns, for which more 
than 9 kg/ha might be applied. The major use of 
chlordane in agriculture was to control insect pests in 
soil and on plants. In 1971 about 25 million pounds 
(11.4 million kg) of chlordane was manufactured in 
the United States, of which about 8% was used in 
agriculture, and most of the rest in and around 
homes. Today the use of chlordane is highly restricted, 
and limited to the control of fire ants. 


Like other chlorinated hydrocarbon insecticides 
such as DDT, chlordane is virtually insoluble in water 
(5 ppm), but highly soluble in organic solvents and 
oils. This property, coupled with the persistence of 
chlordane in the environment, gives it a propensity to 
accumulate in organisms (i.e., to bioaccumulate), 
especially in animals at the top of food webs. 
Because of its insolubility in water, chlordane is rela- 
tively immobile in soil, and tends not to leach into 
surface or ground water. 


The acute toxicity of chlordane to humans is con- 
sidered to be high to medium by oral ingestion, and 
hazardous by inhalation. Chlordane causes damage to 
many organs, including the liver, testicles, blood, and 
the neural system. It also affects hormone levels and is 
a suspected mutagen and carcinogen. Chlordane is 
very toxic to arthropods and to some fish, birds, and 
mammals. 


See also Bioaccumulation; Pesticides. 
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Chlorinated hydrocarbons 


I Chlorinated hydrocarbons 


Chlorinated hydrocarbons are a very large and 
diverse group of organic molecules. Hydrocarbons 
are molecules composed entirely of hydrogen (H) 
and carbon (C) atoms, often derived from carbon- 
based fossil fuels like petroleum oils and coal. 
Chlorinated hydrocarbons are specific hydrocarbon 
molecules that also have atoms of the element chlorine 
(Cl) chemically bonded to them. The number of chlor- 
ine atoms bonded to a specific chlorinated hydrocar- 
bon determines, in part, the properties of the molecule. 
The number of carbon atoms and how they are 
arranged in three-dimensions also determines the 
chemical and physical properties of chlorinated 
hydrocarbons. Because there is such an immense num- 
ber of possible forms of chlorinated hydrocarbons, 
this class of useful compounds has a wide set of appli- 
cations that are of great economic and practical 
importance. 


For example, chlorinated hydrocarbons produced 
from the refinement of crude oil comprise such things 
as synthetic rubbers used in automobile tires and ten- 
nis shoes. They also create plastics used in packaging, 
and products like fluid pipes, furniture, home siding, 
credit cards, fences, and toys, to name just a few. 
Chlorinated hydrocarbons can also be used as anes- 
thetics, industrial solvents, and as precursors in the 
production of non-stick coatings like Teflon®. 
Chlorinated hydrocarbons are some of the most 
potent and environmentally persistent insecticides, 
and, when combined with the element fluorine, they 
function as refrigerants called chlorofluorocarbons, or 
CFCs. (Since CFCs have been found harmful to 
Earth’s atmosphere, they are being phased out in 
many countries of the world.) Because of their wide 
array of uses, chlorinated hydrocarbons are among 
the most important industrial organic compounds. 
Since they are derived from distillates of petroleum 
fossil fuels, however, the depletion of global oil and 
coal reserves looms as a concern for the future. 


Organic chemistry and chlorinated 
hydrocarbons 


Chemistry, the study of matter and its interac- 
tions, can be divided broadly into two groups: inor- 
ganic chemistry and organic chemistry. Inorganic 
chemistry is concerned with atoms and molecules 
that, largely, do not contain the element carbon. For 
example, table salt, or sodium chloride (NaCl), is an 
inorganic compound. The production of table salt and 
water from the reaction of sodium hydroxide (NaOH) 
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and hydrochloric acid (HCl) is an example of a reac- 
tion in inorganic chemistry, since none of the elements 
within the compounds are carbon. Exceptions to the 
no-carbon rule are oxides like carbon dioxide, which 
animals exhale when they breathe, and carbonates, 
like calcium carbonate (blackboard chalk). Although 
these substances contain carbon, they are considered 
to be inorganic in nature. 


Organic chemistry, then, is the branch of chemis- 
try dealing with most carbon-containing compounds. 
Carbon, the sixth element listed in the periodic table of 
elements, is a very versatile element. Atoms of carbon 
have the capacity to form chemical bonds with other 
carbon atoms in many configurations. This great vari- 
ety makes carbon containing, or organic, molecules 
very important. Most biological molecules involved in 
the very chemical processes of life and in most of the 
cellular structures of living things are organic mole- 
cules. Approximately 98% of all living things are 
composed of organic molecules containing the three 
elements carbon, hydrogen, and oxygen (O). 


Organic molecules vary both in the number of 
carbon atoms they contain and in the spatial arrange- 
ment of the member carbon atoms. Examples of 
organic molecules containing only one carbon atom 
are methane (natural gas), chloroform (a general anes- 
thetic), and carbon tetrachloride (an industrial solvent). 
However, most organic molecules contain more than 
one carbon atom. Like people holding hands, carbon 
atoms can form molecules that look like chains. The 
carbon atoms are chemically linked with each other, 
like people linked together hand-in-hand in a chain. 


Some organic molecules are very short chains of 
three or four carbon atoms. Other organic molecules 
are very long chains, containing many carbon atoms 
linked together. In addition, just as people in a chain 
can form a ring when the first person and the last 
person in the chain join hands, the carbon atoms in 
an organic molecule can form ring structures, called 
aromatic rings. The most common rings are five and 
six-member rings, containing five or six atoms of car- 
bon, respectively. 


Hydrocarbons, then, are specific organic mole- 
cules that contain only carbon and hydrogen chemi- 
cally bound together in chains or in rings. Many 
hydrocarbons are actually combinations of chains 
and rings, or multiple rings linked together. In addi- 
tion, some hydrocarbons can be branched chains. 
These carbon chains have portions branching from 
a main chain, like limbs from the trunk of a tree. 
The number of carbon atoms involved, and the pat- 
tern of chain formation or aromatic ring formation, 
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determines the unique chemical and physical proper- 
ties of particular organic hydrocarbons (like rubber, 
or plastic, or volatile liquid). Chlorinated hydrocar- 
bons are organic hydrocarbon chains and/or aromatic 
rings that also contain chlorine atoms chemically 
linked within the molecule. 


Many organic molecules, and many chlorinated 
hydrocarbons, are actually polymers. Organic poly- 
mers are large molecules made of many smaller repeat- 
ing units joined together. The smaller subunits of 
polymers are called monomers. Just as a locomotive 
train is made of many train cars linked together, poly- 
mers are many smaller monomers linked together in a 
line. For example, DNA (deoxyribonucleic acid) in the 
chromosomes of cells is a polymer of nucleotide 
monomers. Many repeating nucleotide subunit mole- 
cules are joined together to form a large molecule of 
DNA. Similarly, polystyrene plastic that is used to 
make foam cups, toys, and insulation, is a hydrocar- 
bon polymer consisting of carbon chains and aromatic 
rings. To illustrate their importance, of all the organic 
petrochemicals (hydrocarbons and their derivatives) 
produced industrially, over three-fourths are involved 
in the production of polymers. Some of the most 
important polymers are chlorinated hydrocarbons. 


Chloroform and carbon tetrachloride: 
simple chlorinated hydrocarbons 


Chloroform is the name given to the chlorinated 
hydrocarbon compound trichloromethane. Trichloro- 
methane,as its name implies (tri-, meaning three) con- 
tains three chlorine atoms. Carbon tetrachloride 
(tetra-, four), in contrast, has four atoms of chlorine 
bonded to a single atom of carbon. Both molecules are 
essentially a methane molecule with chlorine atoms 
substituted in place of hydrogen atoms. Since both 
contain only one atom of carbon, they are among the 
simplest chlorinated hydrocarbon molecules. 


Chloroform 


Chloroform is a colorless liquid at room temper- 
ature and is very volatile. Characterized as having a 
heavy sweet odor somewhat like ether, chloroform is 
actually sweeter than cane sugar. Chloroform cannot 
mix well with water. Like salad oil in water, chloroform 
separates into a layer. However, it does mix well with 
other hydrocarbons, so one of its uses is as a solvent or 
cleaner to dissolve other organic substances like gums, 
waxes, resins, and fats. In addition, chloroform is used 
in the industrial synthesis of the non-stick coating called 
Teflon® (polytetrafluoroethylene), which is an organic 
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polymer. However, in the past, the primary use for 
chloroform was as a general anesthetic. 


General anesthetics are drugs that cause the loss 
of consciousness in order to avoid sensations of 
extreme pain, such as those encountered during sur- 
gery. First synthesized in the laboratory in 1831, 
chloroform was used as a general anesthetic for the 
first time in 1847 by British physician Sir James Young 
Simpson (1811-1870), a professor of midwifery at the 
University of Edinburgh, during an experimental sur- 
gical procedure. Before the discovery of chloroform’s 
utility as a general anesthetic, drugs such as opium, 
alcohol, and marijuana were used to dull the pain of 
medical procedures. However, none were effective 
enough to allow pain-free surgery within the body. 
Other substances, like ether and nitrous oxide, were 
also used as general anesthetics around that same 
time. Because it was used for Queen Victoria of 
England’s labor pain during childbirth in 1853, 
chloroform became very popular. It was soon discov- 
ered that chloroform can cause fatal cardiac paralysis 
in about one out of every 3,000 cases; it therefore is 
seldom used as an anesthetic today. 


Carbon tetrachloride 


Carbon tetrachloride, like chloroform, is a clear, 
organic, heavy liquid. Consisting of one carbon atom 
and four chlorine atoms, carbon tetrachloride has a 
sweet odor and evaporates very easily, and so it is most 
often encountered as a gas. The compound does not 
occur naturally. Rather, it is manufactured industri- 
ally in large amounts for use as a solvent to dissolve 
other organic materials or as a raw material in the 
production of chlorofluorocarbons (CFCs) used as 
aerosol propellants and refrigeration fluids. For 
many years, carbon tetrachloride was used as a clean- 
ing agent to remove greasy stains from carpeting, 
draperies, furniture upholstery, and clothing. In addi- 
tion, prior to 1960, carbon tetrachloride was used in 
fire extinguishers, since it is inflammable. Because it is 
an effective and inexpensive pesticide, before 1986, 
carbon tetrachloride was used to fumigate grain. 


These applications, however, have been discontin- 
ued since the discovery that the compound is probably 
carcinogenic, or cancer causing. Given its potential to 
cause cancer in humans, carbon tetrachloride is espe- 
cially dangerous since it does not break down in the 
environment very easily. It can take up to 200 years for 
carbon tetrachloride to degrade fully in contaminated 
soil. Fortunately, the carcinogenic effects seen in lab- 
oratory experiments were due to very high levels of 
exposure that are not characteristic of the levels 
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Chlorinated hydrocarbons 


encountered by most people. Currently, it is not 
known what long-term low levels of exposure might 
have on human health. 


Important complex chlorinated 
hydrocarbons 


The chlorinated hydrocarbons discussed above 
are considered to be simple because they contain 
only one carbon atom in their molecules. Many chlori- 
nated hydrocarbon substances, however, are much 
larger than this. Having molecules consisting of 
numerous carbon atoms, some of the most important 
examples of complex chlorinated hydrocarbons are 
polymers and biologically active compounds that act 
as poisons. 


Chlorinated hydrocarbon polymers 


Organic polymer materials are prevalent in mod- 
ern society. The common term plastic really refers to 
synthetic organic polymer materials consisting of 
long carbon chains. One of the best known polymers, 
home plastic wraps used to cover food, is polyethy- 
lene. For use as plastic food wrap, polyethylene is 
prepared as a thin sheet. A greater thickness of poly- 
ethylene is used to mold plastic house ware products, 
like plastic buckets, carbonated drink bottles, or 
brush handles. Another common and closely related 
polymer is polypropylene. In addition to also being 
used for similar products, polypropylene is used to 
make clothing, the fibers of which are woven syn- 
thetic polymer strands. Both polypropylene and 
polyethylene are used extensively. As chemicals, 
though, they are classified as hydrocarbons. The 
chemical addition of chlorine atoms into the molec- 
ular structure of hydrocarbon polymers gives the 
polymers different useful properties. Organic poly- 
mers containing chlorine are called chlorinated 
hydrocarbon polymers. 


Perhaps the best known chlorinated hydrocarbon 
polymer is polyvinyl chloride, or PVC. Because PVC 
also contains atoms of chlorine incorporated into the 
polymer molecule structure, it has different uses than 
polyethylene or polypropylene. PVC polymer mole- 
cules are created by chemically linking monomers of 
vinyl chloride molecules into very long chains. Vinyl 
chloride is a two-carbon molecule unit, also contain- 
ing chlorine. The polymer structure is very similar to 
polyethylene. Vinyl chloride is made from the addition 
of chlorine to ethylene with hydrochloric acid as a 
byproduct. In the United States, about 15% of all 
ethylene is used in PVC production. 
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PVC was first discovered as a polymer in 1872 
when sealed tubes containing vinyl chloride were 
exposed to sunlight. The solution inside the tubes 
polymerized into PVC. In the United States, the first 
patents for the industrial production of PVC were 
submitted in 1912, making PVC one of the earliest 
plastics in use. The prevalence of PVC and its impor- 
tance to everyday lives is immense. To name just a few 
products made, PVC is found in pipes for household 
plumbing and waste management, phonograph 
records, soles and heels of shoes, electrical wire insu- 
lation, coated fabrics like Naugahyde®, plastic films 
like Saran Wrap®, patio furniture, vinyl floor tiles, 
novelty toys, yard fences, home siding, and credit 
cards. Its properties make it very useful in making 
many of the products that we take for granted each 
day. PVC is inexpensive to synthesize relative to other 
polymers, making it an attractive material to use. 


Because the polymer molecules of PVC are able to 
fit closely together, they prevent the seepage of fluids 
through the plastic. Therefore, PVC has important 
advantages over other organic polymers in clean water 
transport, preventing food contamination, and securing 
sterile products. For instance, PVC blood bags allow 
blood products to be stored longer than do glass con- 
tainers while allowing for flexibility. PVC packaging 
protects fresh food from deterioration, and PVC pipes 
and liners provide safe drinking water supplies from 
reservoirs, preventing contamination during transport. 


PVC is also fire retardant, making it a very safe 
chlorinated hydrocarbon polymer. Because they are 
derived from petroleum products, organic polymers 
are often very flammable. PVC, however, is difficult 
to ignite. When PVC is burned, it releases less heat 
than other materials. Because of its heat resistant 
property, PVC is used to insulate cables that can 
build up heat. Additional safety characteristics of 
PVC include its durability and shatterproof qualities. 
Therefore, PVC is used to make protective eyewear, 
shatterproof bottles, life jackets, and inflatable per- 
sonal flotation devices. The durability and corrosion 
resistance of PVC makes it useful in auto underbody 
sealing, gutters, window frames, shutters, and clad- 
ding of homes. 


In addition to the previously listed uses, PVC is an 
important polymer because it requires less energy to 
manufacture than other plastics and can be recycled 
into new products after first use. Other closely related 
chlorinated hydrocarbon polymers include poly- 
chloroethylene and trichloroethylene. 


A very important example of a chlorinated hydro- 
carbon polymer that is a synthetic rubber is 
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polychloroprene. Polychloroprene is an example of an 
elastomer, or polymer that has the elastic properties of 
rubber. Along with butadiene, isoprene, and styrene, 
polychloroprene accounts for 90% of all worldwide 
synthetic rubbers produced. Closely related in chem- 
ical structure to natural rubber extracted from rubber- 
tree plants, polychloroprene is used to make hoses, 
belts, shoe heels, and fabrics, because it is resistant to 
corrosive chemicals. 


Chlorinated hydrocarbon insecticides 


In addition to making very useful polymers, rub- 
bers, plastics, solvents, and cleaners, chlorinated 
hydrocarbons also are potent pesticide substances. 
Perhaps the best known chlorinated hydrocarbon 
insecticide is Dichlorodiphenyltrichloroethane, or 
DDT. First synthesized in the 1800s, the insecticidal 
properties of DDT were not discovered until 1939. 
Paul Muller, while working for the Swiss company 
Geigy, first uncovered the effectiveness of DDT 
against insects. After demonstrations of its effective- 
ness and relative safety to humans was established, the 
use of DDT exploded around the globe in the war 
against disease-carrying and agricultural insect pests. 


The first major use of DDT was during World 
War II to control lice infestation in Allied troops. Its 
success led to the large-scale use of DDT to control the 
blood-sucking insects spreading yellow fever, malaria, 
typhus, and plague. Its initial use met with exceptional 
results. For example, by the 1960s, malaria cases in 
India fell from tens of millions of infections to 
fewer than 200,000. Fatal cases of malaria in India 
dropped from near one million to just two thousand 
per year. 


However, the success of DDT application in the 
fight against insect-transmitted diseases led to massive 
misuse of the chemical. Widespread overuse quickly 
led to the development of resistant insects, upon which 
the poison had no effect. At the same time, evidence 
was accumulating that toxic levels of DDT were accu- 
mulating in the fatty tissues of animals higher on the 
food chain, including fish, mammals, birds, and 
humans. Like other chlorinated hydrocarbons, the 
persistence of DDT in the environment allows for 
biological magnification in nature, a process where 
minute quantities in run-off water are concentrated 
into toxic levels and travel upward in the food chain. 
Because of its harmful effects on vertebrates as well as 
insects, its creation of resistant insect species, its envi- 
ronmental persistence, and its biological magnifica- 
tion, the use of DDT has been banned in many 
countries, despite its general effectiveness. 
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Apart from DDT, there are other chlorinated 
hydrocarbon pesticides that have been developed. 
These include Chlordane, Aldrin, Mirex, and 
Toxaphene. Because other, less persistent, insecticide 
alternatives have been developed, the use of chlori- 
nated hydrocarbon insecticides in general has fallen 
by the wayside in most places. 


Closely related compounds 


Close cousins to chlorinated hydrocarbons like 
chloroform or carbon tetrachloride are chlorofluoro- 
carbons, or CFCs. Chlorofluorocarbons are single car- 
bon atoms with both the elements chlorine and fluorine 
chemically bonded to them. The compounds trichloro- 
fluoromethane (Freon-11) and dichlorodifluorome- 
thane (Freon-12) are widely used CFCs. They are 
odorless, nonflammable, very stable compounds used 
as refrigerants in commercial refrigerators and air con- 
ditioners. CFCs are also used as aerosol propellants, 
which launch products like hairspray and spray paint 
outward from cans. Very useful compounds, over 1,500 
million lb (700 million kg) of CFCs were made world- 
wide in 1985. However, because they destroy the ozone 
layer, they are being phased-out as propellants and 
refrigerants. By 2010 all CFCs are expected to be elim- 
inated from all developed countries, per the Montreal 
Protocol (more formally, the Montreal Protocol on 
Substances That Deplete the Ozone Layer, which is 
an international treaty to protect Earth’s ozone layer). 


The future 


Chlorinated hydrocarbons are incredibly useful in 
an astounding variety of products, making them an 
important part of modern life. Because they are envi- 
ronmentally persistent, new ways of cleaning up areas 
contaminated with chlorinated hydrocarbons are 
being developed. The term bioremediation refers to 
the use of living organisms to clean up chemically 
contaminated habitats. Currently, scientists are using 
genetic engineering to develop microorganisms that 
can degrade chlorinated hydrocarbons and plants 
that can absorb them from contaminated soil. In this 
way, pollution with chlorinated hydrocarbons, and 
hydrocarbons in general, can be efficiently remedied. 


The limited supply of fossil fuels is a threat to 
future industry because all of the uses of chlorinated 
hydrocarbons, including the wide array of polymers, 
depends on building-block monomer molecules 
extracted from crude oil and other carbon-based fossil 
fuels. Global oil and gas reserves are dwindling at 
the same time demand for their use is skyrocketing. 
One possibility to meet demand for chlorinated 
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KEY TERMS 


Chlorinated hydrocarbon—An important class of 
organic molecules composed of carbon, hydrogen, 
and chlorine atoms chemically bonded to one 
another. 


Chloroform—A simple chlorinated hydrocarbon 
compound consisting of one carbon atom, one hydro- 
gen atom, and three chlorine atoms. An important 
chemical, chloroform was widely used as a general 
anesthetic in the past. 


DDT—The chlorinated hydrocarbon, dichlorodiphe- 
nyltrichloroethane. Once widely used as a potent 
insecticide, DDT use has been reduced due to its per- 
sistence in the environment over long periods of time. 


Elastomer—An organic polymer that has rubber- 
like, elastic qualities. 


hydrocarbon products in the future might be the syn- 
thesis of organic molecules from coal, which is much 
more abundant than oil. 
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| Chlorination 


Chlorination is the process in which the element 
chlorine reacts with some other substance. For micro- 
organisims, the typical result of chlorination is death. 
This has made chlorination a popular means of ren- 
dering freshwater safe to drink and for recreational 
uses. 
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Monomer—The repeating chemical unit of a poly- 
mer. Like cars in a train, monomers are chemically 
linked together to form long chains within a 
polymer. 


Organic chemistry—Chemistry dealing with car- 
bon-containing molecules. Most molecules contain- 
ing carbon are considered to be organic. 


Polymer—A large organic molecule consisting of a 
chain of smaller chemical units. Many plastic and 
rubber compounds are polymers. 


PVC—PVC, or polyvinylchloride, is an important 
chlorinated hydrocarbon polymer plastic used in 
thousands of everyday household and _ industrial 
products. PVC is, perhaps, best known for its use in 
water pipes. 


As well, chlorination is a very important chemical 
reaction both in pure research and in the preparation 
of commercially important chemical products. For 
example, the reaction between chlorine and methane 
gas produces one or more chlorinated derivatives, the 
best known of which are trichloromethane (chloro- 
form) and tetrachloromethane (carbon tetrachloride). 
The chlorinated hydrocarbons constitute one of the 
most commercially useful chemical families, albeit a 
family surrounded by a myriad of social, political, 
economic, and ethical issues. One member of that 
family, as an example, is dichlorodiphenyltrichloro- 
ethane (DDT). Although one of the most valuable 
pesticides ever developed, DDT is now banned in 
most parts of the world because of its deleterious 
effects on the environment. As of 2006, however, 
there is an emerging opinion that DDT’s ability to 
control mosquitoes argue for its cardful and con- 
trolled use in areas of the world where malaria con- 
tinues to be a problem 


Chlorination is best known in connection with its 
use in the purification of water supplies. Chlorine is 
widely popular for this application because of its abil- 
ity to kill bacteria and other disease-causing organisms 
at relatively low concentrations, with little risk to 
humans (although breathing chlorine gas in an 
enclosed space can be fatal), and at relatively low 
cost. In many facilities, chlorine gas is pumped directly 
into water until it reaches a concentration of about 
one ppm (part per million, which is equivalent to 
one microliter in a liter). The exact concentration 
depends on the original purity of the water supply. 
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Alternatively, chlorine can be added to water in the 
form of a solid compound such as calcium hypochlor- 
ite or sodium hypochlorite. Both of these compounds 
react with water releasing free chlorine. Both methods 
of chlorination are so inexpensive that nearly every 
public water purification system in the world has 
adopted one or the other as its primary means of 
destroying disease-causing organisms. 


| Chlorine 


Chlorine is the non-metallic chemical element of 
atomic number 17, symbol Cl, atomic weight 35.45, 
melting point —149.8°F (—101°C), and boiling point 
—29.02°F (—33.9°C). It consists of two stable isotopes, 
of mass numbers 35 and 37. Ordinary chlorine is a 
mixture of 75.77% chlorine-35 atoms and 24.23% 
chlorine-37 atoms. The average human body contains 
about 3.5 ounces (95 grams) of chlorine, primarily in 
the form of hydrochloric acid (HCI; stomach acid), 
sodium chloride (NaCl), and potassium chloride (KCl). 


Chlorine is a highly poisonous, greenish yellow gas, 
about two and a half times as dense as air, with a strong, 
sharp, choking odor. It was, in fact, one of the first 
poisonous gases used in warfare—in 1915 during 
World War I (1914-1918). In spite of its disagreeable 
nature, there are so many everyday products that con- 
tain chlorine or are manufactured through the use of 
chlorine that it is among the top ten chemicals produced 
in the United States each year. In 2004, according to the 
Chlorine Institute, more than 26 billion pounds (12 
billion kilograms) of chlorine were produced in the 
U.S. an increase of almost 7% over 2003 figures. 


In nature, chlorine is widely distributed over the 
Earth in the form of the salt (sodium chloride) in sea 
water. At an average concentration of 0.67 oz (19 g) of 
chlorine in each liter of sea water, it is estimated that 
there are some 10'° tons of chlorine in the world’s 
oceans. Other compounds of chlorine occur as miner- 
als in the Earth’s crust, including huge underground 
deposits of solid sodium chloride. 


Along with fluorine, bromine, iodine, and asta- 
tine, chlorine is a member of the halogen family of 
elements in group 17 of the periodic table—the most 
non-metallic (least metallic) and most highly reactive 
group of elements. Chlorine reacts directly with nearly 
all other elements; with metals, it forms salts called 
chlorides. In fact, the name halogen, meaning salt 
producer, was originally defined for chlorine (in 1811 
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by J. S. C. Schweigger), and it was later applied to the 
rest of the elements in this family. 


History of chlorine 


The most common compound of chlorine, sodium 
chloride, has been known since ancient times; archae- 
ologists have found evidence that rock salt was used as 
early as 3000 BC. The first compound of chlorine ever 
made by humans was probably hydrochloric acid 
(hydrogen chloride gas dissolved in water), which 
was prepared by the Arabian alchemist Rhazes 
around AD 900. Around AD 1200, aqua regia (a 
mixture of nitric and hydrochloric acids) began to be 
used to dissolve gold; it is still the only liquid that will 
dissolve gold. When gold dissolves in aqua regia, 
chlorine is released along with other nauseating and 
irritating gases. Other than getting as far away from 
them as possible, the gases themselves were ignored. 


The credit for first preparing and studying gas- 
eous chlorine went to Swedish chemist Carl Wilhelm 
Scheele (1742—1786)in 1774. Scheele discovered sev- 
eral other important elements and compounds, includ- 
ing barium, manganese, oxygen, ammonia, and 
glycerin. Scheele thought that chlorine was a com- 
pound, which he called dephlogisticated marine acid 
air. All gases were called airs at that time, and what is 
now known as hydrochloric acid was called marine 
acid because it was made from sea salt. The word 
dephlogisticated came from a completely false theory 
that slowed the progress of chemistry for decades. 


It was not until 1811 that English chemist Sir 
Humphry Davy (1778-1829) announced to the Royal 
Society of London that chlorine gas was an element. 
He suggested the name chlorine because it is the same 
pale, yellowish green color that sick plants sometimes 
develop, a color that is known as chi/oros in Greek. 
(The sick plants are said to have chlorosis.) 


Properties and uses of chlorine 


Because it is so reactive, chlorine is never found 
alone—chemically uncombined—in nature. It is pre- 
pared commercially by passing electricity through a 
water solution of sodium chloride or through molten 
sodium chloride. 


When released as the free element, chlorine gas 
consists of diatomic (two-atom) molecules, as 
expressed by the formula Cly. The gas is very irritating 
to the mucous membranes of the nose, mouth, and 
lungs. It can be smelled in the air at a concentration of 
only 3 parts per million (ppm); it causes throat 
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irritation at 15 ppm, coughing at 30 ppm, and is very 
likely to be fatal after a few deep breaths at 1,000 ppm. 


Chlorine gas dissolves readily in water, reacting 
chemically with it to produce a mixture of hydro- 
chloric acid (HCI) and hypochlorous acid (HOCI), 
plus some unreacted Cl). This solution, called chlorine 
water, is a strong oxidizing agent that can be used to 
kill germs or to bleach paper and fabrics. It is used to 
obtain bromine (another member of its halogen fam- 
ily) from sea water by oxidizing bromide ions to ele- 
mental bromine. 


In organic chemistry, chlorine is widely used, not 
only as an oxidizing agent, but as a way of making 
many useful compounds. For example, chlorine atoms 
can easily replace hydrogen atoms in organic mole- 
cules. The new molecules, with their chlorine atoms 
sticking out, are much more reactive and can react 
with various chemicals to produce a wide variety of 
other compounds. Among the products that are man- 
ufactured by the use of chlorine somewhere along the 
way are antiseptics, dyes, explosives, foods, insecti- 
cides, medicines, metals, paints, paper, plastics, refrig- 
erants, solvents, and textiles. 


Probably the most important use of chlorine is as 
a water purifier. Water supplies in the United States 
and in much of the rest of the world are rendered safe 
for drinking by the addition of chlorine. Several chlor- 
ine-releasing compounds are also used as general 
disinfectants. 


Bleaching is another very practical use of chlorine. 
Until it was put to use as a bleach around 1785, bright 
sunlight was the only way people could bleach out 
stains and undesired colors in textiles and paper. 
Today, in the form of a variety of compounds, chlor- 
ine is used almost exclusively. Here is how it works: 
many compounds are colored because their molecules 
contain loose electrons that can absorb specific colors 
of light, leaving the other colors unabsorbed and 
therefore visible. An oxidizing agent such as chlorine 
water or a compound containing the hypochlorite ion 
OCT removes those electrons (an oxidizing agent is an 
electron remover), which effectively removes the sub- 
stance’s light-absorbing power and therefore its color. 
Ordinary laundry bleach is a 5.25% solution of 
sodium hypochlorite in water. 


Among the important organic compounds contain- 
ing chlorine are the chlorinated hydrocarbons—hydro- 
carbons that have had some of their hydrogen atoms 
replaced by chlorine atoms. A variety of chlorinated 
hydrocarbons have been used as insecticides. One of 
the earliest to be used was DDT, dichlorodiphenyltri- 
chloroethane. Because it caused serious environmental 
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problems, its use has largely been banned in the United 
States, although it is still used in many foreign coun- 
tries. Other chlorinated hydrocarbons that are used as 
pesticides include dieldrin, aldrin, endrin, lindane, 
chlordane, and heptachlor. Because all of these com- 
pounds are very stable and do not degrade easily, they 
also have serious environmental drawbacks. 


Compounds of chlorine 


The following are a few of the important com- 
pounds of chlorine. 


Calcium hypochlorite, CaOCl, is a white powder 
known as bleaching powder and used for bleaching 
and as a swimming pool disinfectant. Both its bleach- 
ing and its disinfectant qualities come from its 
chemical instability. It decomposes to release chlorine 
gas. 


Chlorates are compounds of metals with the anion 
ClO'3. An example is potassium chlorate, KCIO3. 
Chlorates can cause explosions when mixed with flam- 
mable materials, because the chlorate ion decomposes 
under heat to release oxygen, and the oxygen speeds 
up the combustion process to explosive levels. 
Potassium chlorate is used in fireworks. 


Chlorides are the salts of hydrochloric acid, HCl. 
They are compounds of a metal with chlorine and 
nothing else. Some common examples are sodium 
chloride (NaCl), ammonium chloride (NH,Cl), cal- 
cium chloride (CaCl), and magnesium chloride 
(MgCl,). When dissolved in water, these salts produce 
chloride ions, Cl. Polyvinyl chloride, the widely used 
plastic known as PVC, is a polymer of the organic 
chloride, vinyl chloride. 


Freons are hydrocarbons with fluorine and chlor- 
ine atoms substituted for some of the hydrogen atoms 
in their molecules. They have been widely used as the 
liquids in refrigerating machines and as propellants in 
aerosol spray cans. They have been implicated in 
destroying the ozone layer in the upper atmosphere, 
however, and their use is now severely restricted. 


See also Chlorination; Chloroform; Dioxin; Halo- 
genated hydrocarbons; Halogens; Hydrochlorofluorocar- 
bons; Mercurous chloride. 
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] Chlorofluorocarbons (CFCs) 


Chlorofluorocarbons (CFCs) are artificially made 
chemical compounds used as refrigerants, cleaning 
solvents, aerosol propellants, and blowing agents for 
foam packaging in many commercial applications. 
They typically consist of chlorine, fluorine, carbon, 
and hydrogen. Freon®, a trade name, is often used to 
refer to them. CFCs do not spontaneously occur in 
nature. They were developed by industrial chemists 
searching for a safer alternative to refrigerants used 
until the late 1920s. CFCs are non-toxic, chemically 
non-reactive, inflammable, and extremely stable near 
the Earth’s surface. Their apparent safety and com- 
mercial effectiveness led to widespread use, and to 
steadily rising concentrations of CFCs in the atmos- 
phere, throughout the twentieth century. 


CFCs are generally non-reactive in the tropo- 
sphere, the lowest layer of the atmosphere, but intense 
ultraviolet radiation in the outer layer of the atmos- 
phere, called the stratosphere, decomposes CFCs into 
component molecules and atoms of chlorine. These 
subcomponents initiate a chain of chemical reactions 
that quickly breaks down molecules of radiation- 
shielding ozone (O3) in the lower stratosphere. The 
stratospheric ozone layer absorbs ultraviolet radiation 
and protects the Earth’s surface from destructive bio- 
logical effects of intense solar radiation, including 
cancers and cataracts in humans. 


CFCs and ozone destruction 


Laboratory chemists first recognized CFCs as cat- 
alysts for ozone destruction in the 1970s, and atmos- 
pheric scientists observed that CFCs and _ their 
subcomponents had migrated into the lower strato- 
sphere. When scientists discovered a zone of depleted 
stratospheric ozone over Antarctica, CFCs were iden- 
tified as the culprit. Announcement of accelerated loss 
of stratospheric ozone in 1985 spurred research into 
the exact chemical and atmospheric processes respon- 
sible for the depletion, extensive mapping of the 
Antarctic and Arctic ozone holes, and confirmation 
of overall thinning of the ozone layer. These 
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discoveries also precipitated an international regula- 
tory effort to reduce CFC emissions and to replace 
them with less destructive compounds. The Montreal 
Protocol of 1987 led to a near-complete ban on CFCs 
and other long-lived chemicals responsible for strato- 
spheric ozone depletion. 


CFCs are halogens, a group of synthetic com- 
pounds containing atoms of the elements fluorine, 
chlorine, bromine and iodine. CFC-11 (CFC), 
CFC-12 (CF Cl), CFC-113 (CF:CICFCI,), and 
CFC-114 (CF,CICF,Cl) are the most common 
forms. Materials scientists first recognized the utility 
of CFC-12 in 1928 as a replacement for the extremely 
toxic sulfur dioxide, methyl-chloride, and ammonia- 
based refrigerants used in turn-of-the-century appli- 
ances. CFC-12 and other CFCs were then rapidly 
developed for other industrial applications and widely 
distributed as commercial products. Because of their 
stability, low toxicity, low surface tension, ease of 
liquidification, thermodynamic properties, and non- 
flammability, CFCs were used as refrigerants in heat 
pumps, refrigerators, freezers, and air conditioners; as 
propellants in aerosols; as blowing agents in the man- 
ufacture of plastic foam products and insulation, such 
as expanded polystyrene and polyurethane; as clean- 
ing and de-greasing agents for metals and electronic 
equipment and components, especially circuit boards; 
as carrier gases for chemicals used in the sterilization 
of medical instruments; and as dry-cleaning fluids. 


CFC-11 and CFC-12 were the most widely-used 
CFCs. Large industrial air-conditioning equipment 
and centrifugal systems typically used CFC-11. 
Residential, automotive, and commercial refrigera- 
tion and air-conditioning equipment generally con- 
tained CFC-12. Some commercial air-conditioning 
equipment also contained CFC-113 and CFC-114. 


Emissions of CFCs to the atmosphere peaked in 
1988, when air conditioners, refrigerators and facto- 
ries released 690 million Ib (315 million kg) of CFC-11, 
and 860 million Ib (392 million kg) of CFC-12. At that 
time, about 45% of global CFC use was in refrigera- 
tion, 38% in the manufacture of foams, 12% in sol- 
vents, and 5% in aerosols and other uses. Depending 
on its size, a typical domestic refrigerator sold in 1988 
contained about 0.4-0.6 lb (0.2-0.3 kg) of CFCs, a 
freezer 0.6—1.1 Ib (0.3-0.5 kg), and a central air-con- 
ditioning unit about 65.5 Ib (13.5 kg). At this time, 
about 90% of new automobiles sold in the United 
States and 60% of those in Canada have air condition- 
ing units, and each contained 3-4 lb (1.4-2.0 kg) of 
CFCs. CFC production and use in the United States in 
1988 involved about 5,000 companies in 375,000 loca- 
tions, employing 700,000 people, and generating $28 
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billion worth of goods and services. As of the mid- 
2000s, the production and use of CFCs have declined 
drastically or been eliminated completely due to 
increased bans by the Montreal Protocol. 


Chemical activity of CFCs 


CFCs are highly stable, essentially inert chemicals 
in the troposphere, with correspondingly long residence 
times. For example, CFC-11 has an atmospheric life- 
time of 60 years, CFC-12 120 years, CFC-113 90 years, 
and CFC-114 200 years. The atmospheric concentra- 
tion of total CFCs in the early 1990s was about 0.7 ppb 
(parts per billion), and was increasing about 5 to 6% 
per year. Because of continued releases from CFC- 
containing equipment and products already in use, 
CFC emissions to the lower atmosphere have continued 
since their manufacture was banned in 1990. However, 
CFC concentrations in the troposphere declined in 
2000 for the first time since the compounds were intro- 
duced. Model calculations show that it will take 20 to 
40 years to return to pre-1980 levels. 


Because of their long life spans and resistance to 
chemical activity, CFCs slowly wend their way into 
the stratosphere, 5 to 11 mi (8 to 17 km) above the 
Earth’s surface, where they are exposed to intense 
ultraviolet and other short-wave radiation. CFCs 
degrade in the stratosphere by photolytic breakdown, 
releasing highly reactive atoms of chlorine and fluo- 
rine, which then form simple compounds such as 
chlorine monoxide (CIO). These secondary products 
of stratospheric CFC decomposition react with ozone 
(O3), and result in a net consumption of this radiation- 
shielding gas. 


Ozone is naturally present in relatively large con- 
centrations in the stratosphere. Stratospheric O3 con- 
centrations typically average 0.2 to 0.3 ppm, 
compared with less than 0.02 to 0.03 ppm in the tropo- 
sphere. (Ozone, ironically, is toxic to humans, and 
tropospheric O3 is a component of the photochemical 
smog that pollutes the air in urban areas.) 
Stratospheric O3 is naturally formed and destroyed 
during a sequence of photochemical reactions called 
the Chapman reactions. Ultraviolet radiation decom- 
poses Oz molecules into single oxygen atoms, which 
then combine with O, to form O3. Ultraviolet light 
then breaks the O3 molecules back into O and oxygen 
atoms by photodissociation. Rates of natural ozone 
creation and destruction were essentially equal, and 
the concentration of stratospheric ozone was nearly 
constant, prior to introduction of ozone-depleting 
compounds by human activity. Unlike the Chapman 
reactions, reactions with trace chemicals like ions or 
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simple molecules of chlorine, bromine, and fluorine 
results in rapid one-way depletion of ozone. CFCs 
account for at least 80% of the total stratospheric 
ozone depletion. Other artificially-made chemical 
compounds, including halogens containing bromide 
and nitrogen oxides, are responsible for most of the 
remaining 20%. 


The stratospheric O3 layer absorbs incoming solar 
ultraviolet (UV) radiation, thereby serving as a UV shield 
that protects organisms on the Earth’s surface from some 
of the deleterious effects of this high-energy radiation. If 
the ultraviolet radiation is not intercepted, it disrupts the 
genetic material, DNA (deoxyribonucleic acid), which is 
itself an efficient absorber of UV. Damage to human and 
animal DNA can result in greater incidences of skin 
cancers, including often-fatal melanomas; cataracts and 
other eye damage such as snow blindness; and immune 
system disorders. Potential ecological consequences of 
excessive UV radiation include inhibition of plant pro- 
ductivity in regions where UV light has damaged pig- 
ments, including chlorophyll. 


Ozone hole and other CFC environmental 
effects 


British Antarctic Survey scientists first observed a 
large region of depleted stratospheric O3 over 
Antarctica during the late 1970s, and dubbed it an 
ozone hole. Springtime decreases in stratospheric 
ozone averaged 30 to 40% during the 1980s. By 
1987, 50% of the ozone over the Antarctic continent 
was destroyed during the austral spring (September to 
December), and 90% was depleted in a 9 to 12 mi (15 
to 20 km) wide zone over Queen Maud Land. 
Atmospheric scientists also observed an Arctic ozone 
hole, but it was smaller, more variable, and less 
depleted than its southern hemisphere counterpart. 
Rapid ozone depletion and the development of sea- 
sonal ozone holes is most pronounced at high latitudes 
where intensely cold, dark conditions and isolating 
atmospheric circulation promote ozone-destroying 
chemical reactions and inhibit synthesis of new ozone 
molecules during the darkest spring months. 
Stratospheric O3 destruction by the secondary com- 
pounds of CFCs also occurs at lower latitudes, but the 
depletion is much slower because constant light and 
atmospheric mixing foster ozone regeneration. A sea- 
sonal thinning of the stratospheric ozone layer also 
occurs at lower latitudes when O3-depleted air dis- 
perses from the poles in late spring. 


In addition to accelerating the loss of strato- 
spheric ozone, CFCs may also contribute to an 
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intensification of the so-called greenhouse effect and 
to long-term global climate change. The greenhouse 
effect is a phenomenon by which an envelope of 
atmospheric gases and vapors like carbon dioxide 
and water vapor maintains the Earth’s average surface 
temperature at about 77°F (25°C) by trapping a por- 
tion of the heat emitted by the planet’s surface. 
Insulation by the greenhouse gases keeps the Earth’s 
temperature approximately 33 degrees warmer than 
would be possible if the atmosphere was transparent 
to long-wave infrared energy. The greenhouse effect 
also permits existence of the large reservoirs of liquid 
water that sustain biological life on the planet. The 
pre-industrial concentration of greenhouse gases was 
chemically balanced to allow global cooling at a rate 
that maintained temperatures within an acceptable 
temperature range. However, environmental scientists 
are concerned that natural and synthetic radioactive 
gases emitted by human activities will slow the Earth’s 
cooling rate, and lead to global warming. CFCs are 
greenhouse gases; they are very efficient absorbers of 
infrared energy. On a per-molecule basis, CFC-11 is 
3,000 to 12,000 times as efficient as carbon dioxide asa 
greenhouse gas, and CFC-12 is 7,000 to 15,000 times 
as effective. Atmospheric concentrations of total 
CFCs increased from almost zero several decades 
ago to about 0.5 ppb in 1992. From 1994 to 2006, the 
ppb rate has been slowly declining and is expected to 
continue to shrink in the future. 


CFC reduction efforts 


Concerns about the environmental effects of CFCs 
led to partial restrictions on their use in the early 1980s, 
when they were prohibited as propellants in aerosol 
cans. Industrial chemists also began a search for chem- 
ical compounds to replace CFCs in refrigerators, air 
conditioners, manufacturing processes and aerosol gen- 
erators. Hydrochlorofluorocarbons (HCFCs) and 
hydrofluorocarbons (HFCs) can replace CFCs for 
many purposes, and ammonia functions well as a refrig- 
erant in modern cooling units. HCFCs and HFCs are 
much less durable than CFCs in the lower atmosphere 
because they contain hydrogen atoms in their molecu- 
lar structure, are thus less likely to persist and carry 
their ozone-destroying chlorine and fluorine atoms into 
the stratosphere. However, these materials are also not 
free from controversy. In the 2000s, some HCFCs have 
been phased out of the Montreal Protocol. The United 
States has eliminated the production of one type of 
HCFC as of 2002. 


The United Nations Environment Program (UNEP) 
convened the Montreal Protocol on Substances that 
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KEY TERMS 


Greenhouse effect—The physical process that 
allows the Earth’s surface to be maintained at an 
average of 77°F (25°C), about 33° warmer than 
would otherwise be possible if certain gases and 
vapors, especially carbon dioxide and water, did 
not interfere with the rate of dissipation of absorbed 
solar radiation. 


Ozone holes—Decreased concentrations of strato- 
spheric ozone, occurring at high latitudes during 
the early springtime. Ozone holes are most appa- 
rent over Antarctica, where they develop under 
intensely cold conditions during September and 
November, allowing a greater penetration of dele- 
terious solar ultraviolet radiation to the Earth’s 
surface. 


Stratosphere—A layer of the upper atmosphere 
above an altitude of 5 to 11 mi (8 to 17 km) and 
extending to about 31 mi (50 km), depending on 
season and latitude. Within the stratosphere, air 
temperature changes little with altitude, and there 
are few convective air currents. 


Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of the Earth, also known as the 
lower atmosphere. 


Deplete the Ozone Layer to regulate production, use, 
and emission of CFCs in 1987. The Montreal Protocol 
was a comprehensive, international agreement designed 
to slow and eventually reverse stratospheric ozone deple- 
tion. The 1987 protocol called for a 50% reduction of 
CFC emissions by 2000. Scientific advances prompted 
amendments to the protocol in 1990 and 1992, the most 
recent of which required signatories to cease production 
of the main CFCs by 1995. (Exceptions were allowed for 
limited essential uses, including medical sprays.) Since 
then, three other revisions have been enacted—in 1995, 
1997, and 1999. Some major industrial users of CFCs 
committed to phasing out CFCs earlier, and the 
European community agreed to an even stricter set of 
regulations that requires even tighter restrictions on 
CFCs and other ozone-depleting chemicals. With the 
success of the initial signatory countries at reducing 
CFC usage, over 150 additional countries also signed 
the Montreal Protocol, which has been modified to 
accommodate new information and changing circum- 
stances. As of March 2005, 189 countries have signed 
the Montreal Protocol. The manufacture of CFCs has 
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since been banned in most industrialized countries. 
Developing countries who have signed the Protocol 
have restricted CFC consumption as of 1999 and will 
reduce this consumption further as of 2005 with the 
promise to eliminate CFCs totally by 2010. The 
Montreal Protocol allows each country to develop its 
own economically favorable but still effective way to 
limit its emissions of ODSs and then eliminate them. 


Because of these regulatory measures, CFC concen- 
trations declined in lower atmosphere, and remained con- 
stant in the upper atmosphere starting from 2000 to 2006. 
Atmospheric scientists predict that the phase-out of CFCs 
and other ozone-destroying chemicals should result in 
disappearance of the Antarctic ozone hole by about 
2050. Because of the unusually rapid and effective interna- 
tional response to the problem of stratospheric ozone 
depletion caused by emissions of CFCs, the Montreal 
Protocol and subsequent agreements on CFCs have 
been described as an environmental success story. 


See also Air pollution; Halogenated hydrocar- 
bons; Ozone layer depletion. 
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[| Chloroform 


Chloroform is the common name of the organic 
chemical compound whose chemical formula is 
HCC. It is also known as methyl trichloride. The 
molecule of trichloromethane, as it is also called, con- 
sists of a central carbon (C) atom bonded to a hydro- 
gen (H) atom and three chlorine (Cl) atoms. It is a 
member of the group called trihalomethanes, which 
are known environmental pollutants. 


Chloroform is a nonflammable colorless liquid at 
room temperature (boiling point 141.8°F [61°C]) that 
has a heavy sweet odor and taste. It is very volatile and 
cannot be mixed well with water. However, it does mix 
well with other hydrocarbons, so one of its uses is as a 
solvent or cleaner to dissolve other organic substances 
like gums, waxes, resins, and fats. In addition, chloro- 
form is used in the industrial synthesis of the non-stick 
coating called Teflon® (polytetrafluoroethylene), which 
is an organic polymer. However, in the past, the pri- 
mary use for chloroform was as a general anesthetic. 


The compound was first synthesized in the labo- 
ratory in 1831 simultaneously by Justus von Liebig 
(1803-1873) in Germany and by Eugene Soubeiran 
(1797-1858) in France using different procedures. 
Samuel Guthrie (1782-1848), in the United States, 
also discovered chloroform in that same year. 


Chloroform was originally used to calm people 
suffering from asthma. In 1847, British physician Sir 
James Young Simpson (1811-1870), a professor of 
midwifery at the University of Edinburgh, began 
using chloroform as an anesthetic to reduce pain during 
childbirth. From this initial experiment, chloroform 
began to be used as general anesthesia in medical pro- 
cedures throughout the world. The use of chloroform in 
this application was eventually abandoned because of 
its harmful side effects on the heart and liver. 


Chloroform has commonly been used as a solvent in 
the manufacture of pesticides, dyes, and drugs. The use of 
the chemical in this manner was important in the prepa- 
ration of penicillin during World War II. Chloroform 
was used as a sweetener in various cough syrups and to 
add flavor bursts to toothpaste and mouthwash. Its pain 
relieving properties were incorporated into various lini- 
ments and toothache medicines. The chemical was also 
used in photographic processing and dry cleaning. All of 
these applications for chloroform were stopped by the 
U.S. Federal Drug Administration (FDA) in 1976 when 
the compound was discovered to cause cancer in labora- 
tory mice. Today, chloroform is a key starting material 
for the production of chemicals used in refrigerators and 
air conditioners. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


l Chlorophyll 


Chlorophyll is a green pigment contained in the 
foliage of plants, giving them their notable coloration. 
This pigment is responsible for absorbing sunlight 
required for the production of sugar molecules, and 
ultimately of all biochemicals, in the plant. 


Chlorophyll is found in the thylakoid sacs of the 
chloroplast. The chloroplast is a specialized part of the 
cell that functions as an organelle. Once the appropri- 
ate wavelengths of light are absorbed by the chloro- 
phyll into the thylakoid sacs, the important process of 
photosynthesis is able to begin. In photosynthesis, the 
chloroplast absorbs light energy, and converts it into 
the chemical energy of simple sugars. 


The chlorophyll molecule is composed of one cen- 
tral porphyrin ring and side chains. A magnesium 
atom is found at the center of the porphyrin ring—a 
complex multi-ring structure composed of carbon, 
hydrogen, nitrogen, and oxygen atoms. The conju- 
gated double bonds of this structure allow the chlor- 
ophyll molecule to absorb energy from sunlight. 


Vascular plants, which can absorb and conduct 
moisture and nutrients through specialized systems, 
have two different types of chlorophyll. The two 
types of chlorophyll, designated as chlorophyll a and 
b, differ slightly in chemical makeup and in color. 
These chlorophyll molecules are associated with spe- 
cialized proteins that are able to penetrate into or span 
the membrane of the thylakoid sac. 


When a chlorophyll molecule absorbs light energy, 
it becomes an excited state, which allows the initial chain 
reaction of photosynthesis to occur. The pigment mole- 
cules cluster together in what is called a photosynthetic 
unit. Several hundred chlorophyll a and chlorophyll 5 
molecules are found in one photosynthetic unit. 


A photosynthetic unit absorbs light energy. Red 
and blue wavelengths of light are absorbed. The chlor- 
ophyll cannot absorb green light, so the light is 
reflected, making the plant appear green. Once the 
light energy penetrates these pigment molecules, the 
energy is passed to one chlorophyll molecule, called 
the reaction center chlorophyll. When this molecule 
becomes excited, the light reactions of photosynthesis 
can proceed. With carbon dioxide, water, and the help 
of specialized enzymes, the light energy absorbed cre- 
ates chemical energy in a form the cell can use to carry 
on its processes. 


In addition to chlorophyll, there are other pigments 
known as accessory pigments that are able to absorb light 
where the chlorophyll is unable to. Carotenoids, like 
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B-carotenoid, are also located in the thylakoid membrane. 
Carotenoids give carrots and some autumn leaves their 
color. Several different pigments are found in the chlor- 
oplasts of algae, bacteria, and diatoms, coloring them 
varying shades of red, orange, blue, and violet. 


See also Plant pigment. 


l Chloroplast 


Chloroplasts are organelles—specialized parts of a 
cell that function in an organ—like fashion. They are 
found in vascular plants, mosses, liverworts, and algae. 
Chloroplasts are responsible for photosynthesis, the 
process by which sunlight is absorbed and converted 
into fixed chemical energy in the form of simple sugars 
synthesized from carbon dioxide and water. 


Chloroplasts are located in the mesophyll, a green 
tissue area in vascular plant leaves. Four layers or zones 
define the structure of a chloroplast. The chloroplast is a 
small lens-shaped organelle, which is enclosed by two 
membranes with a narrow intermembrane space, known 
as the chloroplast envelope. Raw material and products 
for photosynthesis enter in and pass out through this 
double membrane, the first layer of the structure. 


Inside the chloroplast envelope is the second layer, 
which is an area filled with a fluid called stroma. A 
series of chemical reactions involving enzymes and the 
incorporation of carbon dioxide into organic com- 
pounds occur in this region. 


The third layer is a membrane-like structure of thyla- 
koid sacs. Stacked like poker chips, the thylakoid sacs 
form a grana. These grana stacks are connected by mem- 
branous structures. Thylakoid sacs contain a green pig- 
ment called chlorophyll, which has the ability to absorb 
light energy. Chlorophyll absorbs red and blue wave- 
lengths of light and reflects green light, making leaves 
appear green. The absorbtion of light frees an electron 
from a chlorophyll molecule. This electron is transferred 
from molecule to molecule along an electron transport 
chain during the process of photosynthesis. 


The following equation is a simple formula for 
photosynthesis: 


6CO, + 6H,O0 => CoH 1206 + 60, 


Carbon dioxide plus water produce a carbohy- 
drate plus oxygen. Simply, this means that the chlor- 
oplast is able to split water into hydrogen and oxygen. 


The evolution of the chloroplast was the subject of 
research by Lynn Margulis (1938—) published in 1981. 
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A transmission electron micrograph (TEM) of a chloroplast 
from a tobacco leaf (Nicotiana tabacum.). The stacks of 
flattened membranes that can be seen within the chloroplast 
are grana. The membranes that run between the stacks are 
stroma. The faint white patches within the chloroplast are 
nucleoids, where chloroplast DNA is stored. (© Dr. Jeremy 
Burgess/Science Photo Library, National Audubon Society 
Collection/ Photo Researchers, Inc.) 


Based on studies of the evolution of early complex 
cells, she devised the serial endosymbiosis theory. It 
is suspected that primitive microbes were able to 
evolve into more complex ones by forming a symbiosis 
with other photosynthetic microbes. In the case of the 
chloroplast, the photosynthetic symbiont, likely a cya- 
nobacteria, lost its ability to reproduce on its own and 
became an internal organelle, the chloroplast. 


See also Leaf. 


| Cholera 


Cholera is among the most devastating of all 
human diseases. Although endemic in some areas of 
the world, cholera is usually associated with massive 
migrations of people, such as those occurring during 
war or famine. Cholera is also common in developing 
countries, where suboptimal sanitation practices are 
responsible for its spread. If not treated, cholera has a 
fatality rate of over 60%. Death results from dehydra- 
tion, a consequence of the severe diarrhea and vomit- 
ing that characterize this disease. In the last 15 years, 
treatment strategies have been devised that have cut 
the fatality rate of cholera to 1%. Preventive measures 
have also reduced the incidence of cholera outbreaks. 
These measures, however, require swift intervention, 
which is not always possible during the social upheav- 
als that can lead to cholera epidemics. 
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The cause of cholera 


Cholera is caused by a bacteria called Vibrio chol- 
erae, which secretes a toxin, or poison, that binds to 
the cells of the small intestine. One of the functions of 
the small intestine in humans is to regulate the amount 
of fluid that is absorbed by cells. Normally, small 
intestine cells absorb most of the fluid that is ingested; 
only a small amount of fluid is excreted in the feces. 
Under abnormal conditions, such as in response to a 
pathogen, cells do not absorb fluid, and as a result a 
lot of fluid enters the small intestine and is excreted in 
the feces. These frequent, watery stools are called 
diarrhea. Diarrhea can actually be helpful, as the 
rapid movement of fluid flushes the gastrointestinal 
tract of harmful bacteria and other pathogens, but if 
diarrhea is severe or long lasting, such as occurs in 
cholera, too much fluid is lost and the body becomes 
dehydrated. If fluids are not replaced, death can result. 


Along with causing fluid loss, the binding of chol- 
era toxin to small intestine cells also results in loss of 
electrolytes. Electrolytes are chemicals that the body 
needs to function properly, such as potassium chlor- 
ide, sodium chloride (salt), and _ bicarbonate. 
Electrolytes are crucial in the control of blood pres- 
sure, excretion of metabolic wastes, and maintenance 
of blood sugar levels. If the amount of electrolytes in 
the body deviates even slightly, these crucial body 
functions are imperiled. Cholera toxin prompts the 
small intestine cells to secrete large amounts of electro- 
lytes into the small intestine. These electrolytes are 
then excreted in the watery diarrhea. 


The cholera toxin consists of two subunits, the A 
subunit and the B subunit. The B subunit is a ring, and 
the A subunit is suspended within it. By itself, the B 
subunit is nontoxic; the A subunit is the poisonous part 
of the toxin. The B subunit binds to the small intestine 
cell and creates a channel within the cell membrane 
through which the A subunit enters. Once inside the 
small intestine cell, the A subunit disrupts the cascade 
of reactions that regulates the cell’s fluid and electrolyte 
balance. Fluid and electrolytes leave the cell and enter 
the small intestine. The resultant diarrhea may cause a 
fluid loss that exceeds 1 qt (1 1) per hour. 


V. cholerae lives in aquatic environments and 
especially favors salty or brackish waters. V. cholerae 
frequently colonize shellfish; in fact, cholera cases in 
the United States are almost always traced to eating 
raw or undercooked shellfish. Interestingly, V. chol- 
erae can also cause skin and other soft tissue infec- 
tions. Cases of such infection with these bacteria have 
been found in persons who have sustained injuries in 
marine environments; apparently, V. cholerae in water 
can penetrate broken skin and cause infection. 
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Transmission of cholera 


Cholera is endemic in several areas of the world, 
including parts of India and Bangladesh. From these 
areas, cholera has been disseminated throughout the 
world during several pandemics, or worldwide outbreaks. 
In the United States, a cholera pandemic that lasted from 
1832 until 1849 killed 150,000 people; in 1866, another 
cholera pandemic killed 50,000 U.S. citizens. The most 
recent pandemic, which began in the 1960s and lasted 
until the early 1980s, involved Africa, Western Europe, 
the Philippines, and Southeast Asia. Smaller outbreaks, 
such as the Rwanda epidemic of 1994, are characteristic 
of wartime and famine conditions, in which large num- 
bers of people concentrate in one place where sanitary 
conditions are poor to nonexistent. 


Because of the nature of V. cholerae infection, past 
epidemics can lead to future epidemics. People recover- 
ing from cholera continue to shed the organism in their 
feces for weeks to months after the initial infection. These 
people are called convalescent carriers. Another kind of 
carrier, called a chronic carrier, continues to shed the 
bacteria for years after recovery. In both carrier types, 
no symptoms are present. With the ease of worldwide 
transportation, carriers can travel throughout the world, 
spreading V. cholerae wherever they go. If a carrier visits 
an area with less-than-ideal sanitary conditions or does 
not wash his or her hands after using the bathroom, the 
deadly V. cholerae bacteria can be easily transmitted. 


Symptoms and treatment of cholera 


Cholera is characterized by sudden onset. Within 
several hours or days after ingesting V. cholerae, 
severe diarrhea and vomiting occur. Fluid losses can 
be up to 4-5 gal (15-20 1) per day. As a consequence of 
this severe fluid loss, the eyes and cheeks can appear 
sunken, and the skin loses its pliancy. 


Treatment of cholera involves the rapid replace- 
ment of fluid and electrolytes. Most persons can be 
treated using special rehydration formulations that uti- 
lize rice or grain as a base and are supplemented with 
appropriately balanced electrolytes. If a patient is too 
severely ill to drink even small, frequent sips, infusions 
of electrolytes and fluids may be necessary. Once fluid 
and electrolyte balance is restored, rapid reversal of 
symptoms occurs. Treatment with antibiotics, typically 
tetracycline, neutralizes the V. cholerae and decreases 
the number of bacteria passed into the stool. 


Prevention 


In the United States, sewage treatment and water 
purification plants are ubiquitous, and consequently, 
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KEY TERMS 


Electrolyte—Compounds that ionize in a solution; 
electrolytes dissolved in the blood play an impor- 
tant role in maintaining the proper functioning of 
the body. 


Endemic—Maintains a presence in a particular area 
or among a particular group of people. 


Pandemic—Occurring on a worldwide scale or 
spread over an entire country or nation. 


Toxin—A poisonous substance. 


the incidence of cholera is low. Almost all cases of 
cholera in the U.S. are caused by improperly cooked 
shellfish. Experts recommend that all shellfish be 
boiled for 10 minutes; steaming does not kill V. chol- 
erae. Raw shellfish should be avoided. 


Another way to prevent cholera is to identify and 
treat cholera carriers in areas where cholera is 
endemic. Treating carriers would eliminate a major 
route of cholera transmission. 


Currently, several cholera vaccines are being 
developed, but only one, Dukoral®, is likely to be 
effective for long periods. Although not yet approved 
for use in the U.S., Dukoral is an oral vaccine, which is 
more easily delivered to populations in the developing 
world than injectable vaccines. Once an outbreak has 
occurred, Orochol-E® is usually a more effective vac- 
cine to prevent further spread of the disease. Neither 
vaccine is effective against a relatively new type of 
cholera bacteria that emerged in India and 
Bangladesh in the early 1990s known as Vibrio chol- 
erae O139. Cholera outbreaks caused by V. cholerae 
O139 have since been reported in eleven other coun- 
tries in Southeast Asia. For travelers to cholera- 
endemic areas, preventive measures rather than vac- 
cines are often advised. Suggestions include drinking 
only boiled or chlorine- or iodine-treated water; avoid- 
ing ice; avoiding fruits and vegetables unless cooked 
thoroughly or peeled; and eating only thoroughly 
cooked seafood. 
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| Cholesterol 


Cholesterol (sometimes also known as choles- 
terin) is the principle sterol (an ester of a fatty acid 
and an aromatic [ring structure] complex alcohol) 
found in all animal tissues. Cholesterol is found in 
humans in both free and esterified forms. It was first 
isolated from humans in gallstones. Cholesterol is now 
commercially obtained from cattle spinal cords or 
from lanosterol—the fatty coating of sheep wool. 
High levels of cholesterol have been implicated in 
some forms of atherosclerosis (a disease caused by 
the thickening of arterial walls). 


Cholesterol is a complex organic compound with 
the molecular formula C7H4.6O. It is a member of the 
biochemical family of compounds known as the lipids. 
Other lipids, such as waxes, fats, and oils, share not 
a structural similarity (as is the case with most families 
of compounds), but a physical property; they are 
all insoluble in water, but are soluble in organic 
liquids. 

Cholesterol belongs more specifically to a class of 
compounds known as the steroids. Most steroids are 
naturally occurring compounds that play critical roles 
in plant and animal physiology and biochemistry. 
Other steroids include sex hormones, certain vitamins, 
and adrenocorticoid hormones. All steroids share a 
common structural unit, a four-ring structure known 
as the perhydrocyclopentanophenanthrene ring sys- 
tem or, more simply, the steroid nucleus. 


History 


Although cholesterol had been isolated as early as 
1770, productive research on its structure did not 
begin until the twentieth century. Then, in about 
1903, German chemist Adolf Windaus (1876-1959) 
decided to concentrate on finding the molecular 
composition of the compound. Windaus eventually 
worked out a detailed structure for cholesterol, an 
accomplishment that was partially responsible for his 
earning the 1928 Nobel Prize in chemistry. 
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Later research showed that the structure proposed by 
Windaus was in error. By the early 1930s, however, addi- 
tional evidence from x-ray analysis allowed Windaus’ 
long-time colleague, German chemist Heinrich Wieland, 
(1877-1957), along with others, to determine the correct 
structure for the cholesterol molecule. 


The next step in understanding cholesterol, synthe- 
sizing the compound, was not completed for another 
two decades. In 1951, American chemist Robert B. 
Woodward (1917-1979) completed that line of research 
when he synthesized cholesterol starting with simple 
compounds. For this accomplishment and his other 
work in synthesizing large molecule compounds, 
Woodward was awarded the 1965 Nobel Prize in 
chemistry. 


Properties and occurrence 


Cholesterol crystallizes from an alcoholic solution 
as pearly white or pale yellow granules or plates. It is 
waxy in appearance and has a melting point of 299.3°F 
(148.5°C) and a boiling point of 680°F (360°C) (with 
some decomposition). It has a specific gravity of 1.067. 
Cholesterol is insoluble in water, but slightly soluble in 
alcohol and somewhat more soluble in ether and 
chloroform. 


Cholesterol occurs in almost all living organisms 
with the primary exception of microorganisms. Of the 
cholesterol found in the human body, about 93% 
occurs in cells and the remaining 7% in the circulatory 
system. The brain and spinal cord are particularly rich 
in the compound. About 10% of the former’s dry 
weight is due to cholesterol. An important commercial 
source of the compound is spinal fluid taken from 
cattle. Cholesterol is also found in myelin, the material 
that surrounds nerve strands. Gallstones are nearly 
pure cholesterol. 


The concentration of cholesterol in human blood 
varies rather widely, from a low of less than 200 mg/dL 
(milligrams per deciliter) to a high of more than 300 
mg/dL. It is also found in bile, a source from which, in 
fact, it gets its name: chole (Greek for bile) and stereos 
(Greek for solid). 


Cholesterol in the human body 


Cholesterol is a critically important compound in 
the human body. It is synthesized in the liver and then 
used in the manufacture of bile, hormones, and nerve 
tissue. 


It is also a part of the human diet. A single egg yolk 
for example, contains about 250 mg of cholesterol. 
Organ meats are particularly rich in the compound. 
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A 3-0z (85 g) serving of beef liver, for example, contains 
about 372 mg of cholesterol, and a similar-size serving 
of calves’ brain has about 2,700 mg of the compound. 
Because diets differ from culture to culture, the amount 
of cholesterol an individual consumes differs widely 
around the world. The average European diet includes 
about 500 mg of cholesterol a day, but the average 
Japanese diet includes only about 130 mg a day. The 
latter fact reflects a diet in which fish rather than meat 
tends to predominate. 


The human body contains a feedback mechanism 
that keeps the serum concentration of cholesterol 
approximately constant. The liver itself manufactures 
about 600 mg of cholesterol a day, but that output 
changes depending on the intake of cholesterol in the 
daily diet. As a person consumes more cholesterol, the 
liver reduces its production of the compound. If one’s 
intake of cholesterol greatly exceeds the body’s needs, 
excess cholesterol may then precipitate out of the 
blood and be deposited on arterial linings. 


Cholesterol and health 


Some of the earliest clues about possible ill effects 
of cholesterol on human health came from the 
research of Russian biologist Nikolai in the 1910s. 
Anitschkow (1885-1964) fed rabbits a diet high in 
cholesterol and found that the animals became partic- 
ularly susceptible to circulatory disorders. Post-mor- 
tem studies of the animals found the presence of 
plaques (clumps) of cholesterol on their arterial walls. 


Since Anitschkow’s original research, debate has 
raged over the relationship between cholesterol intake 
and circulatory disease, particular atherosclerosis (the 
blockage of coronary arteries with deposits of fatty 
material). Over time, it has become increasingly 
obvious that high serum cholesterol levels do have 
some association with such diseases. A particularly 
powerful study in forming this conclusion has been 
the ongoing Framingham Study, conducted since 1948 
by the National Heart Institute in the Massachusetts 
town that has given its name to the research. Among 
the recommendations evolving out of that study 
has been that a reduced intake of cholesterol in one’s 
daily diet is one factor in reducing the risk of heart 
disease. 


The cholesterol-heart disease puzzle is not com- 
pletely solved. One of the remaining issues concerns 
the role of lipoproteins in the equation. Since choles- 
terol is not soluble in water, it is transported through 
the blood stream bound to molecules containing both 
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KEY TERMS 


Bile—A greenish yellow liquid, secreted by the 
liver and stored in the gall bladder, that aids in the 
digestion of fats and oils in the body. 


Circulatory system—The body system that circu- 
lates blood pumped by the heart through the blood 
vessels to the body tissues. 

Lipid—A family of biochemical compounds solu- 
ble in many organic solvents, but not in water. 
Steroids—A group of organic compounds that 
belong to the lipid family and that include many 
important biochemical compounds including the 
sex hormones, certain vitamins, and cholesterol. 
Synthesis—A chemical process by which some 
new substance is produced by reacting other sub- 
stances with each other 


fat and protein components, called lipoproteins. These 
lipoproteins are of two kinds, high-density lipopro- 
teins (HDLs) and low-density lipoproteins (LDLs). 
For some time, researchers have thought that LDL is 
particularly rich in cholesterol and, therefore, bad, 
while HDL is low in cholesterol and, therefore, good. 
While this analysis may be another step in the right 
direction, it still does not provide the final word on the 
role of cholesterol in the development of circulatory 
diseases. 


See also Lipid; Nervous system. 
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| Chordates 


Chordates are a diverse group of animals that 
comprise the phylum Chordata. The phylum is divided 
into three subphyla based on general physical charac- 
teristics: _ Urochordata, Cephalochordata, and 
Vertebrata. Urochordates have a notochord (a hollow 
dorsal nerve cord) while in the larvae stage but lose it 
later in their adult stage. Cephalochordates have both 
a notochord and a nerve cord but do not have verte- 
brae. Vertebrates, as the name implies, have vertebrae. 


There are approximately 44,000 species of chor- 
dates, ranging in size from several millimeters to 105 ft 
(32 m) long. The simplest and earliest chordates are 
pre-vertebrate animals such as ascidians, tunicates, 
and Amphioxus. The major group of chordates is 
the sub-phylum Vertebrata, the vertebrates. Listed 
more-or-less in the order of their first appearance 
in the fossil record, vertebrates include sharks, lamp- 
reys, bony fishes, amphibians, reptiles, birds, and 
mammals. 


Chordates exhibit bilateral symmetry, and they 
have a body cavity (the coelom), which is enclosed 
within a membrane (the peritoneum), and which 
develops from the middle tissue layer known as the 
mesoderm. A defining feature of chordates is a struc- 
ture known as the notochord. This is a rod-like flexible 
structure that runs along the upper, mid-line of chor- 
dates. A notochord is present for at least some part of 
the life of all chordates. In the earliest chordates, the 
notochord stiffens the body against the pull of 
muscles. This function is less important in the more 
advanced vertebrate chordates, whose bodies are sup- 
ported by the cartilaginous and bony elements of the 
skeleton. In vertebrates, the notochord is only present 
during the embryonic, developmental stages. 


Other defining features of chordates are the pres- 
ence of pharyngeal gill slits (which are precursors of 
the gill arches in fish and amphibians), hollow nerve 
cords on the upper surface of the animal (that even- 
tually develop into the spinal cord in vertebrates) and 
a tail extending beyond the anal opening. As with the 
notochord, these features may only occur during a 
part of the life of the animal, especially in the more 
recently evolved chordates, such as the vertebrates. 


Chordate animals have a closed circulatory sys- 
tem, in which blood is transported around the body 
inside veins and arteries of various sizes. The blood is 
circulated by the pumping action of the heart; the 
respiratory gases in the blood diffuse across the thin 
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walls of the smallest vessels (capillaries) in the tissues. 
The most recently evolved vertebrates have a four- 
chambered heart and a double circulation of the 
blood, which involves a separate circulation for the 
heart and the lungs and for the heart and the rest of the 
body (systemic circulation). 


Most chordates have two sexes, and the male and 
female individuals tend to be different in many aspects 
of their form and function (dimorphic). Fertilization is 
external in the earlier-evolved groups of chordates 
(fish and amphibians) and internal in later groups 
(reptiles, birds, and mammals). Many chordates lay 
eggs, or are oviparous, while others give birth to live 
young (viviparous). 

Chordates utilize a wide range of habitats. The 
earliest evolved chordates and some of the more recent 
groups are aquatic, while others are primarily 
terrestrial. 


See also Sea squirts and salps. 


tl Chorionic villus sampling 


(CVS) 


Chorionic villus sampling (CVS) is a relatively 
new form of a prenatal testing, completed earlier in 
gestation than the more traditional testing method, 
amniocentesis. 


Through CVS, small samples of the trophoblast 
are obtained for chromosome or DNA analysis. The 
use of CVS as a tool for fetal karyotyping at 10 weeks’ 
gestation was introduced in 1969, but it did not 
become accepted practice until later, with the intro- 
duction of an ultrasound guided technique for aspira- 
tion of material. A larger amount of DNA is derived 
from CVS than from cells obtained at amniocentesis, 
thereby allowing more reliable DNA and biochemical 
analysis in a shorter period of time. A transvaginal 
sonographic examination usually precedes the proce- 
dure to determine the number of embryos and chorio- 
nicity (number and type of placentas) and to 
determine fetal viability. 


CVS can be performed in two ways. In transcer- 
vical testing, after a speculum insertion into the vag- 
ina, a catheter is gently passed through the cervix into 
the uterus. Guided by ultrasound, the catheter is 
inserted parallel to the placenta. The stylet (surgical 
probe) is then removed and a syringe attached; this 
creates a negative pressure that produces a tissue 
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sample from within the placenta called chorionic 
villi, which contain the same genetic material as the 
fetus. 


These same fibers can also be extracted by trans- 
abdominal CVS, when a thin needle guided by ultra- 
sound real-time monitoring is inserted through the 
abdomen into the uterus. Again, ultrasound helps 
identify the exact location of the placenta. 


The advantage of CVS is that it can be completed 
as early as 10 weeks into the pregnancy (but is pref- 
erably done closer to 12 or 13 weeks). Villi are proc- 
essed for cytogenetic analysis in two ways: 
Cytogenetic results are usually available within 48 
hours in the so-called “direct preparation” that is 
performed on the trophoblastic cells. “Culture 
method” results are usually available within one 
week and are performed on the mesenchymal cells. 
Several laboratories wait in order to report a single 
result at the same time. 


In multiple gestations, uncertain results requiring 
further investigation are more frequently encountered 
in CVS than by amniocentesis. Mesenchymal cells are 
more related to the embryo than trophoblastic cells, 
because they are derived from the more recently sepa- 
rated tissue that envelops the embryo at this stage of 
pregnancy, the extraembryonic mesoderm. In some 
cases, CVS results in confined placental mosaicism— 
defined as a discrepancy between the chromosomes of 
placental and fetal tissues. An abnormal karyotype in 
the mesenchymal cells, instead, is more likely to be 
associated to an abnormal fetal karyotype. 


CVS was initially considered riskier than amnio- 
centesis because it produced a higher chance of mis- 
carriage. With advances in procedures and training 
since its introduction in 1983, however, CVS is now 
considered as safe as amniocentesis and is the pre- 
ferred method for those women who need to obtain 
early information about the fetus. An excess rate of 
fetal losses of 0.6-0.8% for the CVS over amniocent- 
esis has been reported. 


Maternal complications of CVS, even if not fre- 
quent, can occur, although such correlations with CVS 
are controversial. 


See also Chromosomal abnormalities; Genetic 
testing. 
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| Chromatin 


Chromatin refers to the DNA (deoxyribonucleic 
acid) and associated proteins packaged together in the 
nucleus of a eukaryotic cell in a nondividing state. 
During cell division (mitosis or meiosis) chromatin 
masses together into thick shortened bodies which 
are then called chromosomes. Chromatin is present 
only in cells with a nuclear membrane; it is not found 
in prokaryotic cells (e.g., bacteria) that lack a nucleus. 


Chromatin was named by Walther Flemming in 
1882 who examined cells using a light microscope. 
Flemming found that in cells stained with a basic 
dye, the granular material in the nucleus turned a 
bright color. They named this material “chromatin,” 
using the Greek word chroma, which means color. 
When the chromatin condenses during cell division, 
the resulting structures are called chromosomes, which 
means “colored bodies.” Chromatin granules that 
form the chromosomes are known as chromomeres. 


Chemically, chromatin fibers consist of DNA and 
several types of proteins found in the cell nucleus 
(nucleoproteins): core histones, histone H1 and scaf- 
fold proteins. The core nucleosome is comprised of a 
segment of DNA wrapped around an octomer of 
histones forming ball-like strucutres. The nucleosomes 
are found in a “beads on a string” formation, with 
20 to 60 base pairs of “linker DNA” between nucleo- 
somes. This formation optimises access to DNA for 
transcription. 


The beads on a string formation can be further 
coiled into a filament known as a 30nm chromatin 
fiber which is more compact and is found in DNA 
that is less actively being transcribed. However, the 
30nm fiber can easily be unwound to the beads on a 
string structure for transcription. The compact struc- 
ture of chromomeres is an efficient means of storing 
long stretches of DNA. During meiosis, chromatin 
further coils onto scaffold proteins and forms the classic 
chromosomes known from karyotypes. These struc- 
tures are optimised to withstand the physical forces 
imposed on the DNA during replication and division. 


Chromatin is thought to have a very well organ- 
ized layout in the nucleus. Certain strands of chroma- 
tin are always found in specific locations. Regions of 
DNA that are not transcribed clump together in the 
nucleolus. In 1949 a condensed X chromosome 
(termed the Barr body), which is visible at interphase 
(nondividing periods) in the body cells of female mam- 
mals was first observed. Its dense, compact form led 
researcher M. F. Lyon to hypothesize in 1962 that it 
was inactive. It has since been verified that the Barr 
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Chromatography 


body is inactive, preventing females from transcribing 
double the genes found on X chromosomes. The influ- 
ence of the inactive X chromosome expression in off- 
spring is known as “lyonization.” 


See also Eukaryotae; Nucleus, cellular. 


l Chromatography 


Chromatography refers to a variety of related 
laboratory techniques for separating mixtures of 
chemicals into their individual compounds. The basic 
principle of chromatography is that different com- 
pounds will stick to a solid surface, or dissolve in a 
film of liquid, to different degrees. The differing prop- 
erties allow each compound to be retained in a distinc- 
tive way. As the sample is collected after passage 
through the chromatography column, the separated 
compounds can be individually collected. 


When a gas or liquid containing a mixture of 
different compounds is made to flow over such a sur- 
face, the molecules of the various compounds can be 
prone to associate with the surface. The association 
can be on the basis of charge, with positively charged 
groups of the sample compound being attracted to 
negatively-charged surface groups. Or, in the case of 
a sample that is hydrophobic (water-hating), the asso- 
ciation can be to partition away from the watery fluid. 
Sample compounds may even be attracted to specific 
proteins positioned on the surface of the chromatog- 
raphy column. 


If the attraction between sample and surface is not 
too strong, a given molecule will become stuck and 
unstuck hundreds or thousands of times as it is swept 
along the surface. This repetition exaggerates even tiny 
differences in the various molecules, and they become 
spread out along the length of the chromatography 
column, as some compounds move more slowly than 
others. After a given time, the different compounds will 
have reached different places along the surface and will 
be physically separated from one another. 


Using variations of this basic phenomenon, chro- 
matographic methods have become an extremely 
powerful and versatile tool for separating and analyz- 
ing a vast variety of chemical compounds in quantities 
from picograms (10°'? gram) to tons. 


Chromatographic methods all share certain char- 
acteristics, although they differ in size, shape, and 
configuration. Typically, a stream of liquid or gas 
(the mobile phase) flows constantly through the 
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column packed with a porous solid material (the sta- 
tionary phase). A sample of the chemical mixture is 
injected into the mobile phase at one end of the col- 
umn, and the compounds separate as they move along. 
The individual separated compounds can be removed 
one at a time as they exit (elute) from the column. 


Because it usually does not alter the molecular 
structure of the compounds, chromatography can 
provide a non-destructive way to obtain pure chem- 
icals from various sources. It works well on very large 
and very small scales; chromatographic processes are 
used both by scientists studying micrograms of a sub- 
stance in the laboratory and by industrial chemists 
separating tons of material. 


The technology of chromatography has advanced 
rapidly in the past few decades. It is now possible to 
obtain separation of mixtures in which the compo- 
nents are so similar they only differ in the way their 
atoms are oriented in space, in other words, they are 
isomers of the same compounds. It is also possible to 
obtain separation of a few parts per million of a con- 
taminant from a mixture of much more concentrated 
materials. 


The development of chromatography 


The first paper on the subject of chromatography 
appeared in 1903, written by Mikhail Semyonovich 
Tsvet (1872-1919), a Russian-Italian biochemist, who 
also coined the term. Tsvet had managed to separate a 
mixture of plant pigments, including chlorophyll, on a 
column packed with finely ground calcium carbonate, 
using petroleumether as the mobile phase. As the col- 
ored mixture passed down the column, it separated into 
individual colored bands (the term chromatography 
comes from the Greek words chroma, meaning color, 
and graphein, meaning writing, or drawing). Although 
occasionally used by biochemists, chromatography as a 
science lagged until 1942, when A. J. P. Martin (1910-) 
and R. L. M. Synge (1914-1994) developed the first 
theoretical explanations for the chromatographic sep- 
aration process. Although they eventually received the 
Nobel Prize in chemistry for this work, chromatogra- 
phy did not come into wide use until 1952, when 
Martin, this time working with A. T. James, described 
a way of using a gas instead of a liquid as the mobile 
phase and a highly viscous liquid coated on solid par- 
ticles as the stationary phase. 


Gas-liquid chromatography (now called gas chro- 
matography) was an enormous advance. Eventually, 
the stationary phase could be chemically bonded to 
the solid support, which improved the temperature 
stability of the column’s packing. Gas chromatographs 
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could then be operated at high temperatures, so even 
large molecules could be vaporized and would progress 
through the column without the stationary phase 
vaporizing and bleeding off. Additionally, since the 
mobile phase was a gas, the separated compounds 
were very pure; there was no liquid solvent to remove. 
Subsequent research on the technique produced many 
new applications. 


The shapes of the columns themselves began to 
change. Originally vertical tubes an inch or so in diam- 
eter, columns began to get longer and thinner when it 
was found that this increased the efficiency of separa- 
tion. Eventually, chemists were using coiled glass or 
fused silica capillary tubes less than a millimeter in 
diameter and many yards long. Capillaries cannot be 
packed, but they are so narrow that the stationary 
phase can simply be a thin coat on the inside of the 
column. 


A somewhat different approach is the set of tech- 
niques known as planar or thin layer chromatography 
(TLC), in which no column is used. The stationary 
phase is thinly coated on a glass or plastic plate. A 
spot of sample is placed on the plate, and the mobile 
phase migrates through the stationary phase by capil- 
lary action (the movement of liquid molecules through 
the support from a region of higher density to a region 
of lower density). 


In the mid-1970s, interest in liquid mobile phases 
for column chromatography resurfaced when it was 
discovered that the efficiency of separation could be 
vastly improved by pumping the liquid through a 
short, packed column under pressure, rather than 
allowing it to flow slowly down a vertical column by 
gravity alone. High-pressure liquid chromatography, 
also called high performance liquid chromatography 
(HPLC), is now widely used in industry. A variation 
on HPLC is Supercritical Fluid Chromatography 
(SFC). Certain gases (carbon dioxide, for example), 
when highly pressurized above a certain temperature, 
become a state of matter intermediate between gas and 
liquid. These so-called supercritical fluids have 
unusual solubility properties, some of the advantages 
of both gases and liquids, and appear very promising 
for chromatographic use. 


Most chemical compounds are not highly colored, 
as were the ones Tsvet used. A chromatographic sep- 
aration of a colorless mixture would be fruitless if 
there were no way to tell exactly when each pure com- 
pound eluted from the column. All chromatographs 
thus must have a device attached for this purpose and 
some kind of recorder to capture the output of the 
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detector—usually a chart recorder or its computerized 
equivalent. In gas chromatography, several kinds of 
detectors have been developed; the most common are 
the thermal conductivity detector, the flame ionization 
detector, and the electron capture detector. For 
HPLC, an ultraviolet detector is standardized to the 
concentration of the separated compound. The sensi- 
tivity of the detector is of special importance, and 
research has continually concentrated on increasing 
this sensitivity, because chemists often need to detect 
and quantify exceedingly small amounts of a material. 


Within the last few decades, chromatographic 
instruments have been attached to other types of ana- 
lytical instrumentation so that the mixture’s compo- 
nents can be identified as well as separated (this takes 
the concept of the “detector” to its logical extreme). 
Most commonly, this second instrument has been a 
mass spectrometer, which allows identification of 
compounds based on the masses of molecular frag- 
ments that appear when the molecules of a compound 
are broken up. Currently, chromatography as both 
science and practical tool is intensively studied, and 
several scientific journals are devoted exclusively to 
chromatographic research. 


Types of chromatographic attraction 


Absorption chromatography (the original type of 
chromatography) depends on physical forces such as 
dipole attraction to hold the molecules onto the sur- 
face of the solid packing. In gas chromatography and 
HPLC, however, the solubility of the mixture’s mole- 
cules in the stationary phase coating determines which 
ones progress through the column more slowly. 
Polarity can have an influence here as well. In gel 
filtration (also called size-exclusion or gel permeation) 
chromatography, the relative sizes of the molecules in 
the mixture determine which ones exit the column 
first. Large molecules flow right through; smaller 
ones are slowed down because they spend time 
trapped in the pores of the gel. Ion exchange chroma- 
tography depends on the relative strength with which 
ions are held to an ionic resin. Ions that are less 
strongly attached to the resin are displaced by more 
strongly attached ions. Hence the name ion exchange: 
one kind of ion is exchanged for another. This is 
the same principle upon which home water softeners 
operate. Affinity chromatography uses a stationary 
phase composed of materials that have been chemi- 
cally altered. In this type of chromatography, the sta- 
tionary phase is attached to a compound with a 
specific affinity for the desired molecules in the mobile 
phase. This process is similar to that of ion exchange 
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chromatography and is used mainly for the recovery 
of biological compounds. Hydrophobic Interaction 
Chromatography is used for amino acids that do not 
carry a positive or negative charge. In this type of 
chromatography, the hydrophobic amino acids are 
attracted to the solid phase, which is composed of 
materials containing hydrophobic groups. 


Chemists choose the mobile and stationary phases 
carefully because it is the relative interaction of the mix- 
ture’s compounds with those two phases that determines 
how efficient the separation can be. If the compounds 
have no attraction for the stationary phase at all, 
they will flow right through the column without separat- 
ing. If the compounds are too strongly attracted to the 
stationary phase, they may stick permanently inside the 
column. 


Industrial applications of chromatography 


Chromatography of many kinds is widely used 
throughout the chemical industry. Environmental test- 
ing laboratories look for trace quantities of contami- 
nants such as PCBs in waste oil and pesticides such as 
DDT in groundwater. The Environmental Protection 
Agency uses chromatography to test drinking water 
and to monitor air quality. Pharmaceutical companies 
use chromatography both to prepare large quantities of 
extremely pure materials, and also to analyze the puri- 
fied compounds for trace contaminants. 


A growing use of chromatography in the pharma- 
ceutical industry is for the separation of chiral com- 
pounds (compounds that are mirror images of each 
other but which cannot be superimposed on one 
another). These compounds have molecules that differ 
slightly in the way their atoms are oriented in space. 
Although identical in almost every other way, including 
molecular weight, element composition, and physical 
properties, the two different forms—called optical iso- 
mers, or enantiomers—can have enormous differences 
in their biological activity. The compound thalidomide, 
for example, has two optical isomers. One causes birth 
defects when women take it early in pregnancy; the 
other isomer does not. Because this compound looks 
promising for the treatment of certain drug-resistant 
illnesses, it is important that the benign form be sepa- 
rated completely from the dangerous isomer. 


Chromatography is used for quality control in the 
food industry, by separating and analyzing additives, 
vitamins, preservatives, proteins, and amino acids. It 
can also separate and detect contaminants such as 
aflatoxin, a cancer-causing chemical produced by a 
mold on peanuts. Chromatography can be used for 
various purposes, from finding drug compounds in 
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urine or other body fluids to looking for traces of 
flammable chemicals in burned material from possible 
arson sites. 
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Chromosomal abnormalities 


Chromosome abnormalities describe alterations in 
the normal number of chromosomes or structural prob- 
lems within the chromosomes themselves. Both kinds of 
chromosome abnormalities may result from an egg 
(ovum) or sperm cell with the incorrect number of chro- 
mosomes or from a structurally faulty chromosome 
uniting with a normal egg or sperm during conception. 


Some chromosome abnormalities may occur 
shortly after conception. In this case, the zygote, the 
cell formed during conception that eventually devel- 
ops into an embryo, divides incorrectly. Other abnor- 
malities may lead to the embryo’s death. Zygotes that 
receive a full extra set of chromosomes, a condition 
called polyploidy, usually do not survive inside the 
uterus, and are spontaneously aborted (a process 
sometimes called a miscarriage). 


Chromosomal abnormalities can cause serious 
mental or physical disabilities. Down syndrome, for 
instance, is caused by an extra chromosome 21 (tris- 
omy 21). People with Down syndrome are usually 
mentally retarded and have a host of physical defects, 
including heart disorders. Other individuals, called 
Down syndrome mosaics, have a mixture of normal 
cells and cells with three copies of chromosome 21, 
resulting in a mild form of the disorder. 


Normal number and structure of human 
chromosomes 


A chromosome consists of the body’s genetic mate- 
rial, deoxyribonucleic acid (DNA) along with many 
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kinds of protein. Within the chromosomes, the DNA is 
tightly coiled around these proteins (called histones), 
allowing huge DNA molecules to occupy a small space 
within the cell nucleus. When a cell is not dividing, the 
chromosomes are invisible within the cell’s nucleus. Just 
prior to cell division, the chromosomes uncoil and begin 
to replicate. As they uncoil, the individual chromo- 
somes look somewhat like a fuzzy “X.” Chromosomes 
contain the genes, or segments of DNA that encode for 
proteins, of an individual. When a chromosomes struc- 
turally faulty, or if a cell contains an abnormal number 
of chromosomes, the types and amounts of proteins 
encoded by the genes are changed. When proteins are 
altered in the human body, the result can be serious 
mental and physical defects and disease. 


Humans have twenty-two pairs of autosomal 
chromosomes and one pair of sex chromosomes, for 
a total of forty-six. These can be studied by construct- 
ing a karyotype, or organized depiction, of the chro- 
mosomes. To construct a karyotype, a technician 
stops cell division, using a chemical such as colchi- 
cines, just after the chromosomes have replicated; the 
chromosomes are visible within the nucleus at this 
point. The chromosomes are photographed, and the 
technician cuts up the photograph and matches the 
chromosome pairs according to size, shape, and char- 
acteristic stripe patterns (called banding). 


Normal cell division 


In most animals, two types of cell division exist. In 
mitosis, cells divide to produce two identical daughter 
cells. Each daughter cell has exactly the same number 
of chromosomes. This preservation of chromosome 
number is accomplished through the replication of 
the entire set of chromosomes just prior to mitosis. 


Sex cells, such as eggs and sperm, undergo a differ- 
ent type of cell division called meiosis. Because sex 
cells each contribute half of a zygote’s genetic mate- 
rial, sex cells must carry only half the full complement 
of chromosomes. This reduction in the number of 
chromosomes within sex cells is accomplished during 
two rounds of cell division, called meiosis I and meio- 
sis II. Prior to meiosis I, the chromosomes replicate 
and chromosome pairs are distributed to daughter 
cells. During meiosis II, however, these daughter 
cells divide without a prior replication of chromo- 
somes. Mistakes can occur during either phase. 
Chromosome pairs can be separated during meiosis 
I, for instance, or fail to separate during meiosis II. 


Meiosis produces four daughter cells, each with 
half of the normal number of chromosomes. These sex 
cells are called haploid cells (haploid means “half the 
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number’). Non-sex cells in humans are called diploid 
(meaning “double the number”) since they contain the 
full number of normal chromosomes. 


Alterations in chromosome number 


Two kinds of chromosome number defects can 
occur in humans: aneuploidy, an abnormal number 
of chromosomes, and polyploidy, more than two com- 
plete sets of chromosomes. 


Aneuploidy 


Most alterations in chromosome number occur 
during meiosis. During normal meiosis, chromosomes 
are distributed evenly among the four daughter cells. 
Sometimes, however, an uneven number of chromo- 
somes are distributed. Chromosome pairs may not 
move apart in meiosis I, or may not separate in meiosis 
II. The result of both kinds of mistakes (called non- 
disjunction of the chromosomes) is that one daughter 
cell receives an extra chromosome, and another 
daughter cell does not receive any chromosome. 


When an egg or sperm that has undergone faulty 
meiosis and has an abnormal number of chromosomes 
unites with a normal egg or sperm during conception, 
the zygote formed will have an abnormal number of 
chromosomes, a condition called aneuploidy, which 
has several types of expression: If the zygote has an 
extra chromosome, the condition is called trisomy. If 
the zygote is missing a chromosome, the condition is 
called monosomy. If the zygote survives and develops 
into a fetus, the chromosomal abnormality is trans- 
mitted to all of its cells. The child that is born will have 
symptoms related to the presence of an extra chromo- 
some or absence of a chromosome. 


Examples of aneuploidy include trisomy 21, also 
known as Down syndrome, that occurs approximately 
1 in 700 newborns; trisomy 18, also called Edwards 
syndrome (1:3500); and trisomy 13, also called Patau 
syndrome (1:5,000). Trisomy 18 and 13 are more 
severe than of Down syndrome. Prenatal ultrasound 
anomalies of fetuses affected by Down syndrome 
include nuchal thickening, duodenal stenosis, short 
femur, and many other defects. Children with trisomy 
21 have the characteristic face with a flat nasal bridge, 
epicanthic folds, protruding tongue and small ears. 
Among possible malformations, cleft palates, hare 
lips, and cardiac malformations (atrial and ventricular 
septal, and atriventricular canal defects). Mental 
retardation is always present in various degrees. The 
life span once the individual has survived one year 
ranges between 50 and 60 years. Trisomy 18, known 
as Edwards syndrome, results in severe multisystem 
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Figure 1. Karyotype from a child with trisomy 13 (a) or trisomy 
18 (b). (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


defects. Most trisomy 18 occurrences result in sponta- 
neous abortion. Affected infants have a small faces, 
small ears, overlapping fingers and rocker-bottom 
heels. Cardiac and other internal malformations are 
frequent. Newborns with trisomy 13 have midline 
anomalies as well as scalp cutis aplasia, brain 
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malformations, cleft lip and or palate, omphalocele 
and many others. Polydactyly (having extra fingers 
or toes) is also frequent. Children with trisomy 13 
and trisomy 18 usually survive less than a year after 
birth and are more likely to be females (Figure 1) . 


Aneuploidy of sex chromosomes 


Sometimes nondisjunction occurs in the sex chro- 
mosomes. Humans have one set of sex chromosomes. 
These sex chromosomes are called “X” and “Y” after 
their approximate shapes in a karyotype. Males have 
both an X and a Y chromosome, while females have 
two X chromosomes. Remarkably, abnormal numbers 
of sex chromosomes usually result in less severe defects 
than those that result from abnormal numbers of the 
other 22 pairs of chromosomes. The lessened severity 
may be due to the fact that the Y chromosome carries 
few genes, and any extra X chromosomes become inac- 
tivated shortly after conception. Nevertheless, aneu- 
ploidy in sex chromosomes causes changes in physical 
appearance and in fertility (Figure 2) . 


In Klinefelter syndrome, for instance, a male has 
two X chromosomes (XXY). This condition occurs in 1 
out of every 2,000 births (approximately 1:800 males). 
Men with Klinefelter syndrome have small testes 
and are usually sterile. They also have female sex char- 
acteristics, such as enlarged breasts (gynecomastia). 
Males who are XXY are of normal intelligence or 
affected by a mild delay or behavioral immaturity. 
However, males with more than two X chromosomes, 
such as XXXY, XXXXY, or XXXXXY are mentally 
retarded. 


Males with an extra Y chromosome (XYY) have 
no physical defects, although they may be taller than 
average. XYY males occur in | out of every 2,000 
births (approximately 1:800 males). This condition is 
not associated with increased aggressive and criminal 
behavior as initially thought. 


Females with an extra X chromosome (XXX) are 
called metafemales. This defect occurs in | out of every 
800 females. Metafemales have lowered fertility (oli- 
gomenorrhea and premature menopause), but their 
physical appearance is normal. 


Females with only one X chromosome (XO) have 
Turner syndrome. Turner syndrome is also called 
monosomy X and occurs in | out of every 5,000 births 
(1:2,500 females). People with Turner syndrome have 
sex organs that do not mature at puberty; they are 
usually sterile. They are of short stature and have no 
mental deficiencies. 


Uniparental disomy is a condition in which both 
chromosomes of a given pair in a diploid cell line come 
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Figure 2. Aneuploidy of sex chromosomes. (Il/ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 3. The four types of chromosome structure alterations. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


from only one of the two parents. Possible consequences 
of uniparental disomy include imprinting of single genes 
(abnormal levels of gene product) and homozygosity for 
mutant alleles. Microdeletion syndromes associated 
to a disomy of chromosome 15 include Prader-Willi 
(maternal disomy) and Angelman syndrome (patermal 
disomy). 


Polyploidy 


Polyploidy is lethal in humans. Normally, humans 
have two complete sets of 23 chromosomes. Normal 
human cells, other than sex cells, are thus described as 
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diploid. Two polyploid conditions occur in humans. 
Triploidy is a condition in which there are three sets 
of chromosomes, resulting in 69 chromosomes with 
XXX, XXY or XYY sex chromosomes. Tetrapolidy 
results in 92 chromosomes and either XXXX or 
XXYY sex chromosomes. Triploidy could result from 
the fertilization of an abnormal diploid sex cell with a 
normal sex cell. Tetraploidy could result from the fail- 
ure of the zygote to divide after it replicates its chromo- 
somes. Human zygotes with either of these conditions 
usually die before birth, or soon after. Interestingly, 
polyploidy is common in plants and is essential for the 
proper development of certain stages of the plant life 
cycle. Also, some kinds of cancerous cells have been 
shown to exhibit polyploidy. Rather than die, the poly- 
ploid cells have the abnormally accelerated cell division 
and growth characteristic of cancer. 


Alterations in chromosome structure 


Another kind of chromosomal abnormality is 
alteration of chromosome structure. Structural defects 
arise during replication of the chromosomes just prior 
to a meiotic cell division. Meiosis is a complex process 
that often involves the chromosomes exchanging seg- 
ments with each other in a process called crossing- 
over. If the process is faulty, the structure of the chro- 
mosomes changes. Sometimes these structural changes 
are harmless; other structural changes, however, can 
be lethal. 


Five types of general structural alterations occur 
during chromosome replication (Figure 3). All four 
types begin with the breakage of a chromosome during 
replication. In a deletion, the broken segment of the 
chromosome is “lost.” Deletion can be terminal (aris- 
ing from one break) or interstitial (arising from two 
breaks). A particular case is the ring chromosome in 
which two points of breakdown are present and then 
fused. Segments distal to the breaks are lost, and such 
a loss involves both arms of the chromosome. In iso- 
chromosomes, one of the chromosome arms (p or q) is 
duplicated, and all material from the other arm is lost. 
The arm of one side of the centromere is a mirror 
image of the other. In a duplication, the segment 
joins to the other chromosome of the pair. In an 
inversion, the segment attaches to the original chro- 
mosome, but in a reverse position. It can be pericentric 
(break and rearrangements of both sides of the cen- 
tromere) or paracentric (break and rearrangement on 
the same side of the centromere) In a translocation, the 
segment attaches to an entirely different chromosome. 
Translocaton can be Robertsonian (involves chromo- 
somes 13-15, 21 and 22), in which the whole arms of 
the chromosomes named acrocentric are fused and 
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reciprocal. Reciprocal translocation results from 
breakage and exchange of segments between 
chromosomes. 


Because chromosomal alterations in structure cause 
the loss or misplacement of genes, the effects of these 
defects can be quite severe. Deletions are usually fatal toa 
zygote. Duplications, inversions, and translocations can 
cause serious defects, as the expression of the gene 
changes due to its changed position on the chromosomes. 


Examples of structural chromosomal abnormal- 
ities include cri du chat (“cat cry” in French) syn- 
drome. Children with this syndrome have an 
abnormally developed larynx that makes their cry 
sound like the mewing of a cat in distress. They also 
have small heads, misshapen ears, and rounded faces, 
as well as other systemic defects. These children usu- 
ally die in infancy. Cri du chat is caused by a deletion of 
a segment of DNA in chromosome 5. 


A. structural abnormality in chromosome 21 
occurs in about 4% of people with Down syndrome. 
In this translocation abnormality, a piece of chromo- 
some 21 breaks off during meiosis of the egg or sperm 
cell and attaches to chromosome 13, 14, or 22. 


Some structural chromosomal abnormalities have 
been implicated in certain cancers. For instance, mye- 
logenous leukemia is a cancer of the white blood cells. 
Researchers have found that the cancerous cells contain a 
translocation of chromosome 22, in which a broken seg- 
ment switches places with the tip of chromosome 9. 


Some unusual chromosomal abnormalities include 
Prader-Willi syndrome, Angelman’s syndrome, and frag- 
ile-X syndrome. These structural defects are unusual 
because the severity or type of symptoms associated with 
the defect depend on whether the child receives the defect 
from the mother or the father. 


Both Prader-Willi syndrome and Angelman syn- 
drome are caused by a deletion in chromosome 5. If a 
child inherits the defective chromosome from the 
father, the result is Prader-Willi syndrome. If the 
child inherits the defective chromosome from the 
mother, the child will have Angelman syndrome. 
Prader-Willi syndrome is characterized by mental 
retardation, obesity, short stature, and small hands 
and feet. Angelman’s syndrome is characterized by 
jerky movements and neurological symptoms. People 
with this syndrome also have an inability to control laugh- 
ter and may laugh inappropriately at odd moments. 
Researchers believe that genes from the deleted region 
function differently in offspring depending on whether 
the genes come from the mother or father, but they are 
not sure about the exact nature of these differences. 
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The expression of fragile-X syndrome also depends 
on whether the defect is inherited from the mother or 
father. In fragile-X, an extra X chromosome hangs off 
the normal X by a thin “thread” of genetic material. 
The syndrome occurs in | out of 1,000 male births and 
1 out of 2,000 female births. Males are affected more 
severely than females, and thus the syndrome is more 
pronounced if the child inherits the defect from its 
mother. To understand why this is so, remember that 
a male is XY and a female is XX. A male child receives 
a Y chromosome from the father and an X chromo- 
some from the mother. A female child, however, can 
receive an X from either the mother or the father. 
Again, researchers believe this difference in fragile-X 
symptoms between boys and girls stems from a differ- 
ence in gene function that depends on whether they 
come from the mother or father. 


Genetic counseling 


Currently, no cures exist for any of the syndromes 
caused by chromosomal abnormalities. For many of 
these conditions, the age of the mother carries an 
increased risk for giving birth to a child with a chromo- 
somal abnormality. The risk for Down syndrome, for 
instance, jumps from 1| in 1,000 when the mother is age 
15-30 to 1 in 400 at age 35, increasing risk with increas- 
ing maternal age. One theory postulates that this is due 
to the buildup of toxins over time within the ovaries, 
damaging egg cells, which are present in females since 
early childhood. By the time they are ovulated after age 
35, the chances of fertilizing a damaged egg are greater. 


People at high risk for these abnormalities may opt 
to know whether the fetus they have conceived has one 
of these abnormalities. Amniocentesis is a procedure in 
which some of the amniotic fluid that surrounds and 
cushions the fetus in the uterus is sampled. The fluid 
contains some of the fetus’s skin cells, which can be 
tested for chromosomally-based conditions. Another 
test, called chorionic villi sampling, takes a piece of 
tissue from a part of the placenta. If a chromosomal 
defect is found, the parents can be advised of its pres- 
ence and the potential consequences for the fetus. Some 
parents opt to abort the pregnancy; others can prepare 
before birth for a child with special needs. 


In addition to amniocentesis and chorionic villi 
sampling, researchers are working on devising easier 
tests to detect certain abnormalities. A test for Down 
syndrome, for instance, measures levels of certain hor- 
mones in the mother’s blood. Abnormal levels of these 
hormones indicate an increased risk that the fetus has 
Down syndrome. These enzyme tests are safer and less 
expensive than the sampling tests and may be able to 
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KEY TERMS 


Amniocentesis—A method of detecting genetic 
abnormalities in a fetus; in this procedure, amniotic 
fluid is sampled through a needle placed in the ute- 
rus; fetal cells in the amniotic fluid are then analyzed 
for genetic defects. 


Aneuploidy—An abnormal number of chromosomes. 


Angelman syndrome—A syndrome caused by a 
deletion in chromosome 5 inherited from the mother. 


Chorionic villi sampling—A procedure in which 
hairlike projections from the chorion, a fetal struc- 
ture present early in pregnancy, are suctioned off 
with a catheter inserted into the uterus. These fetal 
cells are studied for the presence of certain genetic 
defects. 


Chromosomes—The structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. 


Cri du chat syndrome—A syndrome caused by a 
deletion in chromosome 5; characterized by a strange 
cry that sounds like the mewing of a cat. 


Deletion—Deletion of a segment of DNA from a 
chromosome. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell. 


Diploid—Means “double number;”; describes the 
normal number of chromosomes for all cells of the 
human body, except for the sex cells. 


Down syndrome—A syndrome caused by trisomy 
13; characterized by distinct facial characteristics, 
mental retardation, and several physical disorders, 
including heart defects. 


Duplication—A type of chromosomal defect in 
which a broken segment of a chromosome attaches 
to the chromosome pair. 


Edwards syndrome—A syndrome caused by trisomy 
18; characterized by multi-system defects; is usually 
lethal by age 1. 

Fragile-X syndrome—A condition in which an extra 
X chromosome hangs from the X chromosome by a 
“thread” of genetic material. 

Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
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protein or RNA molecule, and therefore for a specific 
inherited characteristic. 


Haploid—Nucleus or cell containing one copy of 
each chromosome; the number of chromosomes in 
a sex cell. 


Inversion—A type of chromosomal defect in which a 
broken segment of a chromosome attaches to the 
same chromosome, but in reverse position. 


Klinefelter syndrome—A syndrome that occurs in 
XXY males; characterized by sterility, small testes, 
and female sex characteristics. 


Meiosis—Cell division that results in four haploid 
sex cells. 


Metafemale—An XXX female. 


Mitosis—Cell division that results in two diploid 
cells. 


Monosomy—A form of aneuploidy in which a per- 
son receives only one chromosome of a particular 
chromosome pair, not the normal two. 


Patau syndrome—A syndrome caused by trisomy 
13; characterized by a hare lip, cleft palate, and 
many other physical defects; usually lethal by age 1. 


Polyploidy—A condition in which a cell receives 
more than two complete sets of chromosomes. 


Prader-Willi syndrome—A syndrome caused by a 
deletion in chromosome 5 inherited from the father. 


Tetraploidy—A form of polyploidy; four sets of 
chromosomes. 


Translocation—A genetic term referring to a situa- 
tion during cell division in which a piece of one 
chromosome breaks off and sticks to another 
chromosome. 

Triploidy—A form of aneuploidy; three sets of chro- 
mosomes. 

Trisomy—A form of aneuploidy in which a person 
receives an extra chromosome of a particular chro- 
mosome pair, not the normal two. 

Turner syndrome—A syndrome that occurs in XO 
females; characterized by sterility, short stature, 
and immature sex organs. 

Zygote—tThe cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 
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diagnose chromosomally-based conditions in more 
women. Most recently, scientists have devised a pro- 
cedure called in situ hybridization, which uses molec- 
ular tags to locate defective portions of chromosomes 
collected from amniocentesis. The process uses fluo- 
rescent molecules that seek out and adhere to specific 
faulty portions of chromosomes. Chromosomes hav- 
ing these faulty regions then “glow” (or fluoresce) 
under special lighting in regions where the tags bind 
to, or hybridize with, the chromosome. The procedure 
makes identifying defects easier and more reliable. 


See also Birth defects; Embryo and embryonic 
development; Genetic disorders. 
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i Chromosome 


A chromosome is a threadlike structure found in 
the nucleus of most cells that carries the genetic material 
in the form of a linear sequence of deoxyribonucleic 
acid (DNA). In prokaryotes, or cells without a nucleus, 
the chromosome represents circular DNA containing 
the entire genome. In eukaryotes, or cells with a distinct 
nucleus, chromosomes are much more complex in 
structure. The function of chromosomes is to package 
the extremely long DNA sequence. A single uncoiled 
chromosome could be as long as 3 inches (7.6 centi- 
meters) and therefore visible to the naked eye. If DNA 
were not coiled within chromosomes, the total DNA in 
a typical eukaryotic cell would extend thousands of 
times the length of the cell nucleus. 


DNA and protein synthesis 


DNA is the genetic material of all cells and con- 
tains information necessary for the synthesis of pro- 
teins. DNA is composed of two strands of nucleic 
acids arranged in a double helix. The nucleic acid 
strands are composed of a sequence of nucleotides. 
The nucleotides in DNA have four kinds of nitrogen- 
containing bases: adenine, guanine, cytosine, and thy- 
mine. Within DNA, each strand of nucleic acid is part- 
nered with the other strand by bonds that form between 
these nucleotides. Complementary base pairing dictates 
that adenine pairs only with thymine, and guanine pairs 
only with cytosine (and vice versa). Thus, by knowing the 
sequence of bases in one strand of the DNA helix, the 
sequence on the other strand is determined. For instance, 
if the sequence in one strand of DNA were ATTCG, the 
other strand’s sequence would be TAAGC. 


DNA functions in the cell by providing a template 
by which another nucleic acid, called ribonucleic acid 
(RNA), is formed. Like DNA, RNA is also composed 
of nucleotides. Unlike DNA, RNA is single stranded and 
does not form a helix. In addition, the RNA bases are the 
same as in DNA, except that uracil replaces thymine. 
RNA is transcribed from DNA in the nucleus of the cell. 
Genes are expressed when the chromosome uncoils with 
the help of enzymes called helicases and specific DNA 
binding proteins. DNA is transcribed into RNA. 


Newly transcribed RNA is called messenger RNA 
(mRNA). Messenger RNA leaves the nucleus through the 
nuclear pore and enters the cytoplasm. There, the mRNA 
molecule binds to a ribosome (also composed of RNA) 
and initiates protein synthesis. Each block of three nucleo- 
tides, called codons, in the mRNA sequence encodes for a 
specific amino acid, the building blocks of a protein. 
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Figure 1. A human karyotype. (Hans & Cassidy. Courtesy of 
Gale Group.) 


Genes 


Genes are part of the DNA sequence called coding 
DNA. Noncoding DNA represents sequences that do 
not have genes and only recently have been found to 
have many new important functions. Out of the 3 
billion base pairs that exist in human DNA, the 
sequence obtained from the Human Genome Project 
has revealed that there are only about 30,000 genes. 
The noncoding sections of DNA within a gene 
are called introns, while the coding sections of DNA 
are called exons. After transcription of DNA to RNA, 
the RNA is processed. Introns from the mRNA are 
excised out of the newly formed mRNA molecule 
before it leaves the nucleus. 


Chromosome numbers 


The human genome (which represents the total 
amount of DNA in a typical human cell) has approx- 
imately 3 x 10” base pairs. If these nucleotide pairs 
were letters, the genome book would number over a 
million pages. There are 23 pairs of chromosomes, for 
a total number of 46 chromosomes in a diploid cell, 
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or a cell having all the genetic material. In a haploid 
cell, there is only half the genetic material. For exam- 
ple, sex cells (the sperm or the egg) are haploid, while 
many other cells in the body are diploid. One of the 
chromosomes in the set of 23 is X or Y (sex chromo- 
somes), while the rest are assigned numbers | through 
22. In a diploid cell, males have both an X and a Y 
chromosome, while females have two X chromo- 
somes. During fertilization, the sex cell of the father 
combines with the sex cell of the mother to form a 
new cell, the zygote, which eventually develops into 
an embryo. If the one of the sex cells has the full 
complement of chromosomes (diploidy), then the 
zygote would have an extra set of chromosomes. 
This is called triploidy and represents an anomaly 
that usually results in a miscarriage. Sex cells are 
formed in a special kind of cell division called meio- 
sis. During meiosis, two rounds of cell division ensure 
that the sex cells receive the haploid number of 
chromosomes. 


Other species have different numbers of chromo- 
somes in their nuclei. As some examples, mosquitoes 
have 6 chromosomes, lilies have 24 chromosomes, 
earthworms have 36 chromosomes, chimps have 48 
chromosomes, and horses have 64 chromosomes. 


Chromosome shape 


Chromosomes can be visualized using a micro- 
scope just prior to cell division, when the DNA within 
the nucleus uncoils as it replicates. By visualizing a cell 
during metaphase, a stage of cell division or mitosis, 
researchers can take pictures of the duplicated chro- 
mosome and match the pairs of chromosomes using 
the characteristic patterns of bands that appear on the 
chromosomes when they are specially stained. The 
resulting arrangement is called a karyotype. 


The ends of the chromosome are referred to as 
telomeres, which are required to maintain stability and 
recently have been associated with aging. An enzyme 
called telomerase maintains the length of the telomere. 
Older cells tend to have shorter telomeres. The telo- 
mere has a repeated sequence (TTAGGG), and intact 
telomeres are important for proper DNA replication 
processes. 


Karyotypes are useful in diagnosing some genetic 
conditions, because the karyotype can reveal an aber- 
ration in chromosome number or large alterations in 
structure. For example, Down syndrome is caused by 
an extra chromosome 21, a condition called trisomy 
21. A karyotype of a child with Down syndrome 
would reveal this extra chromosome. 
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Figure 2. How DNA is packaged within chromosomes. (Hans & Cassidy. Courtesy of Gale Group.) 


A chromosome usually appears to be a long, slen- 
der rod of DNA. Pairs of chromosomes are called 
homologues. Each separate chromosome within the 
duplicate is called a sister chromatid. The sister chro- 
matids are attached to each other by a structure called 
the centromere. Chromosomes appear to be in the 
shape of an X after the material is duplicated. The 
bottom, longer portion of the X is called the long 
arm of the chromosome (q-arm), and the top, shorter 
portion is called the short arm of the chromosome 


(p-arm). 
The role of proteins in packaging DNA 


Several kinds of proteins are important for main- 
taining chromosomes, in terms of organization and 
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gene expression. Some proteins initiate DNA replica- 
tion when the cell prepares to divide. Other proteins 
control gene transcription in the preliminary stages of 
protein synthesis. Structural proteins help the DNA 
fold into the intricate configurations within the pack- 
aged chromosome. DNA in chromosomes is associ- 
ated with proteins and this complex of DNA and 
proteins is called chromatin. Euchromatin refers to 
parts of the chromosome that have coding regions or 
genes, while heterchromatin refers to regions that are 
devoid of genes or regions where gene transcription is 
turned off. DNA binding proteins can attach to spe- 
cific regions of chromatin. These proteins mediate 
DNA replication, gene expression, or represent struc- 
tural proteins important in packaging the chromo- 
somes. Histones are structural proteins of chromatin 
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A scanning electron micrograph (SEM) of a human 
X-chromosome. (© Biophoto Associates/Photo 
Researchers, Inc.) 


and are the most abundant protein in the nucleus. In 
fact, the mass of histones in a chromosome is almost 
equal to that of DNA. Chromosomes contain five 
types of these small proteins, which participate in 
organizing DNA within the chromosome. 


A histone complex functions as a spool from 
which DNA is wound two times. Each histone-DNA 
spool is called a nucleosome. Nucleosomes occur at 
intervals of every 200 base pairs of the DNA helix. In 
photographs taken with the help of powerful micro- 
scopes, DNA wrapped around nucleosomes resembles 
beads (the nucleosomeS) threaded on a string (the 
DNA molecule). The DNA that exists between nucle- 
osomes is called linker DNA. Chromosomes can con- 
tain some very long stretches of linker DNA. Often, 
these long linker DNA sequences are the regulatory 
portions of genes. These regulatory portions switch 
genes on when certain molecules bind to them. 


Chromosomes and mitosis 


Chromosomes in eukaryotes perform a useful func- 
tion during mitosis, the process in which cells replicate 
their genetic material and then divide into two new cells 
(also called daughter cells). Because the DNA is pack- 
aged within chromosomes, the distribution of the cor- 
rect amount of genetic material to the daughter cells 
is maintained during the complex process of cell 
division. 
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Before a cell divides, the chromosomes are repli- 
cated within the nucleus. In a human cell, the nucleus 
just prior to cell division contains 46 pairs of chromo- 
somes. When the cell divides, the sister chromatids 
from each duplicated chromosome separate. Each 
daughter cell ends up with 23 pairs of chromosomes, 
and after DNA replication the daughter cells will have 
a diploid number of chromosomes. 


In meiosis, the type of cell division that leads to 
the production of sex cells, the division process is more 
complicated. Two rounds of cell division occur in 
meiosis. Before meiosis, the chromosomes replicate, 
and the nucleus has 46 pairs of chromosomes. In the 
first round of meiotic cell division, the homologous 
chromosomes pairs separate as in mitosis (a stage 
called meiosis I). In the second round of cell division 
(meisosis II), the sister chromatids of each chromo- 
some separate at the centromere, so that each of the 
four daughter cells receives the haploid number of 
chromosomes. 


Protein synthesis and chromosomes 


DNA is bound up within chromatids, which serve 
as storage units for the DNA. In order for an mRNA 
molecule to be transcribed from a DNA template, the 
DNA needs to be freed from its tightly bound and 
condensed conformation so that the RNA molecule 
can form on its exposed strands during transcription. 
Some evidence exists that transcription can take place 
through histones. However, most often the genes on 
the DNA are activated after a DNA binding protein 
unwinds the chromatid structure. Thus loosened, tran- 
scriptionally active regions of DNA then resemble 
microscopic “puffs” on the chromosomes. When 
RNA transcription concludes, the puffs recede, and 
the chromosome is thought to resume its original 
unwound conformation. 
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Chromosome mapping 


KEY TERMS 


Chromatin—The material that comprises chromo- 
somes; consists of DNA and proteins. 


Chromatin fiber—The fiber that is formed by the 
gathering of nucleosomes by H1 histones. 


Chromosome puffs—The regions of active DNA that 
are transcribing RNA; appear as puffed regions in a 
chromosome. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial of cells that are packed into chromosomes. 


Eukaryote—A cell whose genetic material is carried 
on chromosomes inside a nucleus encased in a 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Exons—The regions of DNA that code for a protein 
or form tRNA or mRNA. 


Genome—The complete set of genes an organism 
carries. 


Histone—A structural protein that functions in pack- 
aging DNA in chromosomes. 


Homologue—The partner of a chromosome in a 
chromosome pair. 


Introns—The sections of DNA that do not code for 
proteins or RNAs. 


Karyotype—An arrangement of chromosomes accord- 
ing to number. 


Linker DNA—tThe sections of DNA_ between 
nucleosomes. 


l Chromosome mapping 


Chromosome mapping is the assignment of genes 
to specific locations on a chromosome. 


Scientists use several methods to map genes to the 
appropriate locations. These methods include family 
studies, somatic cell genetic methods, cytogenetic tech- 
niques, and gene dosage studies. Family studies are 
used to determine whether two different genes are 
linked close together on a chromosome. If these 
genes are linked, it means they are close together on 
the same chromosome, and so the chance of the genes 
being passed on from one family generation to the next 
is increased. Additionally, the frequency with which 
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Meiosis—The process of sex cell division; results in 
four haploid daughter cells. 


Messenger RNA—The RNA that is transcribed 
from DNA in the nucleus; functions in protein 
synthesis. 


Mitosis—The process of body cell division; results in 
two diploid daughter cells. 


Nitrogen-containing base—Part of a nucleotide. In 
DNA, the bases are adenine, guanine, thymine, and 
cytosine. In RNA, the bases are adenine, guanine, 
uracil, and cytosine. 


Nucleic acid—The chemical component of DNA 
and RNA. 


Nucleosome—DNA wrapped around a histone core. 
Nucleotide—The building blocks of nucleic acids. 


Octomeric histone core—The “spool” in a nucleo- 
some; consists of four small histones. 


Ribonucleic acid—RNA; the molecule translated 
from DNA in the nucleus that directs protein syn- 
thesis in the cytoplasm; it is also the genetic material 
of many viruses. 


Ribosomal RNA—A type of RNA that functions in 
protein synthesis. 


Sister chromatids—Two copies of the same chromo- 
some produced by DNA replication. 


Transcription—The process of synthesizing RNA 
from DNA. 


the genes are linked is determined by recombination 
events, in which a stretch of genetic material on one 
chromosome becomes integrated into the genetic 
material on an adjacent chromosome. If the two 
regions are physically close to each other, the chance 
of recombination is greater than if the regions are far 
away from each other. The frequency of recombina- 
tion can be determined by use of known regions of 
interest called markers that expresse a trait that can be 
detected. By analysis of different markers, the linear 
order or genetic distance along the length of a given 
chromosome can be deduced. This also allows identi- 
fication of chromosomes contain specific genes, and 
represents one of the first mapping methods used by 
scientists. 
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Chromosome mapping also utilizes cytogenetic 
techniques. These techniques make use of karyotype 
preparations to allow chromosomes to be visualized. 
Visualization is achieved using compounds that fluo- 
resce when bound to the genetic material. A fluores- 
cently-labeled gene will reveal where the gene is found 
on the chromosome. 


Gene dosage studies, which can provide informa- 
tion on the number of genes present on one or more 
chromosomes, are another aspect of chromosome 
mapping. Gene dosage uses, for example, numerical 
abnormalities to determine indirectly the location of 
the gene on a chromosome. In Down syndrome, there 
can be three chromosome number 21 (Trisomy 21), 
resulting in three copies of the gene and therefore, 
three times as much protein. In this case, a gene can 
be localized to chromosome 21 if there is three times as 
much protein in a cell with three 21 chromosomes. In 
this method, the amount of deoxyribonucleic acid 
(DNA) is assumed to be directly proportional to the 
amount of protein. 


Using these methods, various maps of chromo- 
somes can be developed. These maps are called cyto- 
genetic maps, linkage maps, physical maps, ora DNA 
sequence map. A cytogenetic map uses bands pro- 
duced by a dye that stains chromosomes in a karyotpe 
and assigns genes to these bands. A linkage map, also 
referred to as a genetic map, orders genes along the 
DNA strand based on recombination frequency. 
Linkage mapping involves using two characteristics 
(and hence their responsible genes), both of which 
are present in one parent, combined with the fre- 
quency in which they occur together in the offspring 
to construct the map. 


A physical map orders genes or markers along the 
DNA strand of a chromosome. Finally, a DNA 
sequence, strung together, is the most precise type of 
map in that it contains both coding (gene-containing) 
and noncoding DNA. It is felt that obtaining the 
complete DNA sequence from the genome of many 
different organisms will provide scientists with vital 
information that will unlock many _ biological 
mysteries. 


A classic example of the use of chromosome map- 
ping is the work of Gregor Mendel (1823-1884). 
Mendel, a Moravian-born Augustinian monk and sci- 
ence teacher, studied the flower color and plant height 
of peas. He found that various heights were observed 
just as frequently with white flowers as with other 
colored flowers and similarly, dwarf plants occurred 
just as frequently among white flowers and colored 
flowers. Mendel concluded that the forms of the two 
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KEY TERMS 


Genetic linkage map—Genetic maps constructed 
by using data on the frequency of occurrence of 
genetic markers. Specifically how such markers are 
coinherited. 


Physical genetic map—A genetic map are based 
upon actual distances between genes on a chromo- 
some. Contigs are physical maps are based on col- 
lections of overlapping DNA fragments. 


genes were transmitted from parent to offspring inde- 
pendently of each other. This later became known as 
the Law of Independent Assortment, a concept that 
enhanced chromosome mapping techniques. 
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| Cicadas 


Cicadas are insects in the order Homoptera, fam- 
ily Cicadidae. Male cicadas make a well-known loud, 
strident, buzzing sound during the summer, so these 
unusual insects are often heard, but not necessarily 
seen. Cicada species are found in closed and open 
forests of the temperate and tropical zones. 


Biology of cicadas 


Cicadas are large dark-bodied insects, with a body 
length of 2 inches (5 cm), with membranous wings 
folded tentlike over the back and large eyes. 


Male cicadas have a pair of small drumlike organs 
(tymbals), located at the base of their abdomen. These 
structures have an elastic, supporting ring, with a 
membrane extending across it (the tymbal membrane). 
The cicadas’ familiar very loud buzzing noises are 
made by using powerful muscles to move the tymbal 
rapidly back and forth, as quickly as several hundred 
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sepeoly 


Cicadas 


An adult periodical cicada. (Alan & Linda Detrick. The National 
Audubon Society Collection/Photo Researchers, Inc.) 


times per second. The actual sound is made in a man- 
ner similar to that by which a clicking noise is made by 
popping the center of the lid of a metal can back and 
forth. The loudness of the cicadas’ song is amplified 
using resonance chambers, known as opercula. Each 
species of cicada makes a characteristic sound. 


Cicadas are herbivorous insects, feeding on the sap 
of the roots of various types of perennial plants, most 
commonly woody species. Cicadas feed by inserting 
their specialized mouth parts, in the form of a hollow 
tube, into a plant root, and then sucking the sap. 


Life cycle of cicadas 


Cicadas have prolonged nymphal stages, which 
are spent within the ground sucking juices from the 
roots of plants, especially woody species. Most cicada 
species have overlapping generations, so that each 
year some of the population of subterranean nymphs 
emerges and transforms into a fairly uniform abun- 
dance of adults, as is the case of the dog-day or annual 
cicada (Tibicen pruinosa). 


Other species have nonoverlapping generations, 
so periodically there is a great abundance of adults 
and their noisy summer renditions, interspersed with 
much longer periods during which the adults are not 
found in the region. The irruptive adult phase occurs 
at intervals as long as 17 years, in the case of northern 
populations of the periodical cicada (Magicicada sep- 
tendecum), which has the longest generation time of 
any plant-sucking insect. Southern populations of 
the periodical cicada have generation times as short 
as 13 years, and are usually treated as a different 
species. 
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KEY TERMS 


Irruption—A periodic, sporadic, or rare occurrence 
of a great abundance of a species. The periodic 
cicada, for example, is irruptive on a 17-year cycle. 


The periodical cicada spends most of its life in the 
ground, in its developmental nymph stages. During 
years of irruption or peak emergence—late spring and 
early summer—the ground can be pockmarked with 
the emergence holes of the mature nymphs of this spe- 
cies, at a density greater than 100 per square foot 
(1,000/m7) 1,000 per square meter (100 per sq ft). The 
stout-bodied nymphs emerge from the ground and then 
climb up upon some elevated object, where they meta- 
morphose into the adult form, which lives for about a 
month. During years when periodical cicadas are abun- 
dant, the strange-looking, cast exoskeletons of their 
mature nymphs can be found in all manner of places. 


The adult periodic cicada is black or dark brown, 
with large, membranous wings folded over its back, 
and large red eyes. The females have a strong chisel- 
like ovipositor, which is used to make incisions in 
small branches and twigs, into which her eggs are 
deposited. The incisions severely injure the affected 
twigs, which generally die from the point of the inci- 
sion to the tip. Soon after hatching, the small nymphs 
drop to the ground and burrow in, ready for a rela- 
tively long life of 17 years. The subterranean nymph 
excavates a chamber beside the root of a woody plant, 
into which the cicada inserts its beak and feeds on sap. 


Cicadas and people 


When they are breeding in abundance, some spe- 
cies of cicadas cause economic damage by the injuries 
that result when the females lay their eggs in the 
branches and twigs of commercially important species 
of trees. The periodical cicada is the most important 
species in this respect in North America. This species 
can cause a great deal of damage in hardwood-domi- 
nated forests in parts of eastern North America. The 
damage is not very serious in mature forests, but can 
be destructive in younger forests and nurseries. 


Although cicadas are not often seen, their loud 
buzzing noises are a familiar noise on hot sunny days 
in many regions. As such, they are appreciated as an 
enjoyable aspect of the outdoors. 


Bill Freedman 
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l Cigarette smoke 


The World Health Organization (WHO) has 
named tobacco one of the greatest public health 
threats of the twenty-first century. As of 2006, about 
five million people were dying yearly from causes 
directly related to tobacco use. About half of the 650 
million people smoking regularly worldwide were 
forecast to eventually die from smoking-related 
causes. This death rate was expected by WHO to rise 
to 10 million annually by the year 2020. Seventy per- 
cent of these deaths will occur in developing countries 
where the proportion of smokers is growing, particu- 
larly among women. Calling tobacco “a_ global 
threat,” WHO says these figures do not include the 
enormous physical, emotional, and economic costs 
associated with disease and disability caused by 
tobacco use. 


In the United States alone, 25.2 million men, 23.2 
million women, and 4.1 million teens between 12 and 
17 years of age smoke. Every day, more than three 
million youths under the age of 18 begin smoking. The 
gruesome statistics show that more than five million 
children alive today will die prematurely because, as 
adolescents, they decided to use tobacco. Nationally, 
one in five of all deaths is related to tobacco use. It kills 
more than 430,000 people every year—more than 
AIDS, alcohol, drug abuse, automobile accidents, 
murders, suicides, and fires combined. Five million 
years of potential life is lost every year due to prema- 
ture death caused by tobacco use. Medical costs total 
more than $50 billion annually, and indirect cost 
another $50 billion. 


Components of cigarette smoke 


Of the 4,000 or more different chemicals present in 
cigarette smoke, 60 are known to cause cancer and 
others to cause cellular genetic mutations that can 
lead to cancer. Cigarette smoke contains nicotine (a 
highly addictive chemical), tars, nitrosamines, and 
polycyclic hydrocarbons, all of which are carcino- 
genic. It also contains carbon monoxide which, when 
inhaled, interferes with transportation and utilization 
of oxygen throughout the body. 


Environmental tobacco smoke 


Cigarette smoke is called mainstream smoke when 
inhaled directly from a cigarette. Sidestream smoke is 
smoke emitted from the burning cigarette and exhaled 
by the smoker. Sidestream smoke is also called envi- 
ronmental tobacco smoke (ETS) or secondhand 
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smoke. Inhalation of ETS is known as passive smok- 
ing. In 1993, the Environmental Protection Agency 
(EPA) classified ETS as a Group A (known human) 
carcinogen—the grouping reserved for the most dan- 
gerous carcinogens. By 1996, the Department of 
Health and Human Services’ Centers for Disease 
Control and Prevention (CDC) found that nine out 
of 10 non-smoking Americans are regularly exposed 
to ETS. A study by the American Heart Association 
reported in 1997 that women regularly exposed to ETS 
have a 91% greater risk of heart attack and those 
exposed occasionally a 58% greater risk—rates 
which are believed to apply equally to men. The EPA 
estimates that, annually, ETS is responsible for more 
than 3,000 lung cancer deaths, 35,000—62,000 deaths 
from heart attacks, and lower respiratory tract infec- 
tions (such as bronchitis [300,000 cases annually] and 
asthma [400,000 existing cases]), and middle ear infec- 
tions in children. 


ETS may be more carcinogenic than mainstream 
smoke as it contains higher amounts of carcinogenic 
materials with smaller particles. These smaller par- 
ticles are more likely to lodge in the lungs than the 
larger particles in mainstream smoke. Researchers 
found that no safe threshold exists for exposure to 
ETS. With this information, many municipal govern- 
ments and workplaces have banned cigarette smoking 
altogether. 


The health consequences of tobacco use 


Scientific evidence has proven that smoking can 
cause cancer of the lung, larynx, esophagus, mouth, 
and bladder; cardiovascular disease; chronic lung ail- 
ments; coronary heart disease; and stroke. Smokeless 
tobacco has equally deadly consequences. When ciga- 
rette smoke is inhaled, the large surface area of the 
lung tissues and alveoli quickly absorb the chemical 
components and nicotine. Within one minute of inhal- 
ing, the chemicals in the smoke are distributed by the 
bloodstream to the brain, heart, kidneys, liver, lungs, 
gastrointestinal tract, muscle, and fat tissue. In preg- 
nant women, cigarette smoke crosses the placenta and 
may affect fetal growth. 


Cardiovascular disease 


Cardiovascular disease, or diseases of the blood 
vessels and heart, includes stroke, heart attack, periph- 
eral vascular disease, and aortic aneurysm. In 1990 in 
the United States, one fifth of all deaths due to cardio- 
vascular disease were linked to smoking. Specifically, 
179,820 deaths from general cardiovascular disease, 
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Cigarette smoke 


A normal lung (left) and the lung of a cigarette smoker (right). (A. Glauberman. National Audubon Society Collection/Photo 
Researchers, Inc.) 


134,235 deaths from heart disease, and 23,281 deaths 
from cerebrovascular disease (stroke) were directly 
linked to smoking. In addition, researchers have noted 
a strong dose-response relationship between the dura- 
tion and extent of smoking and the death rate from 
heart disease in men under 65. The more one smokes, 
the more one is likely to develop heart disease. 
Researchers have also seen a similar trend in women. 


Cigarette smoking leads to cardiovascular disease 
in a number of ways. Smoking damages the inside of the 
blood vessels, initiating changes that lead to atheroscle- 
rosis, a disease characterized by blood vessel blockage. 
It also causes the coronary arteries (that supply the 
heart muscle with oxygen) to constrict, increasing vul- 
nerability of the heart to heart attack (when heart 
muscle dies as a result of lack of oxygen) and cardiac 
arrest (when the heart stops beating). Smoking also 
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raises the levels of low-density lipoproteins (the so- 
called “bad” cholesterol) in the blood, and lowers the 
levels of high-density lipoproteins (the so-called “good” 
cholesterol), a situation that has been linked to athero- 
sclerosis. Finally, smoking increases the risk of stroke 
by 1.5 to 3 times the risk for nonsmokers. 


Smoking causes 85% of all lung cancers and 14% of 
all cancers—among them cancers of the mouth, pharynx 
(throat), larynx (voice-box), esophagus, stomach, pan- 
creas, cervix, kidney, ureter, and bladder. More than 
171,500 new diagnoses were expected in 1998. Other 
environmental factors add to the carcinogenic qualities 
of tobacco. For example, alcohol consumption com- 
bined with smoking accounts for three-quarters of all 
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oral and pharyngeal cancers. Also, persons predisposed 
genetically to certain cancers may develop cancer more 
quickly if they smoke. Only 14% of lung cancer patients 
survive five years after diagnosis. 


Lung disease 


Smoking is the leading cause of lung disease in the 
United States. Among the direct causes of death are 
pneumonia, influenza, bronchitis, emphysema, and 
chronic airway obstruction. Smoking increases 
mucus production in the airways and deadens the 
respiratory cilia, the tiny hairs that sweep debris out 
from the lungs. Without the action of the cilia, bac- 
teria and inhaled particles from cigarette smoke are 
free to damage the lungs. 


In the smaller airways of the lungs—the tiny bron- 
chioles that branch off from the larger bronchi—chronic 
inflammation is present in smokers which causes airway 
to constrict causing cough, mucus production, and 
shortness of breath. Eventually, this inflammation can 
lead to chronic obstructive pulmonary disease (COPD), 
a condition in which oxygen absorption by the lungs is 
greatly reduced, severely limiting the amount of oxygen 
transported to body tissues. 


Other health problems 


For the 40 years prior to 1987, breast cancer was 
the leading cause of cancer death among women in the 
United States. In 1987, lung cancer took the lead. As 
well as increased risk of cancer and cardiovascular 
disease, women smokers are at increased risk of osteo- 
porosis (a disease in which bones become brittle and 
vulnerable to breakage), cervical cancer, and 
decreased fertility. Pregnant women have increased 
risk for spontaneous abortion, premature separation 
of the placenta from the uterine wall (a life-threatening 
complication for mother and fetus), placenta previa 
(in which the placenta implants much lower in the 
uterus than normal, which may lead to hemorrhage), 
bleeding during pregnancy, and premature rupture of 
the placental membranes (which can lead to infection). 
Infants born to women who smoke during pregnancy 
are at increased risk for low birth weight (18,600 cases 
annually), and other developmental problems. In men, 
smoking lowers testosterone levels, and appears to 
increase male infertility. 


Numerous other health problems are caused by 
smoking such as poor circulation in the extremities 
due to constricted blood vessels. This not only leads 
to constantly cold hands and feet, it often requires 
amputation of the lower extremities. Smoking also 
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deadens the taste buds and the receptors in the nasal 
epithelium, interfering with the senses of taste and 
smell, and may also contribute to periodontal disease. 


Nicotine—addiction or habit? 


In 1992, the Surgeon General of the United States 
declared nicotine to be as addictive as cocaine. An 
article published in the December 17, 1997 issue of 
the Journal of the National Cancer Institute stated 
nicotine addiction rates are higher than for alcohol 
or cocaine—that of all people trying only one ciga- 
rette, 33-50% will ultimately become addicted. The 
article concluded that simply knowing the harmful 
effects of tobacco is insufficient to help people kick 
the addiction and that behavioral intervention and 
support methods similar to those applied in alcohol 
and drug addictions appear to be most helpful. 


The physical effects of cigarette smoke include 
several neurological responses which, in turn, stimu- 
late emotional responses. When serotonin, a neuro- 
transmitter (substances in the brain used by cells to 
transmit nerve impulses) is released, a person feels 
more alert. Nicotine stimulates serotonin release. 
Soon, however, serotonin release becomes sluggish 
without the boost from nicotine and the smoker 
becomes dependent on nicotine to prompt the release 
of serotonin. Other neurotransmitters released in 
response to nicotine include dopamine, opioids (natu- 
rally occurring pain-killing substances), and various 
hormones, all of which have powerful effects on the 
brain where addiction occurs. 


Genes and nicotine addiction 


In 1998, scientists found a defective gene which 
makes the metabolism of nicotine difficult. The nor- 
mal gene produces a liver enzyme needed to break 
down nicotine. The defective gene, found in about 
20% of nonsmokers, may lessen the likelihood of 
nicotine addiction. 


In 1999, researchers discovered a version of a gene 
which increases the levels of dopamine in the brain. 
Because nicotine stimulates the release of dopamine, 
researchers believe the new-found gene may reduce the 
individual’s desire to “pump up” dopamine produc- 
tion with nicotine. 


The effects of quitting 


Quitting smoking significantly lowers the risk of 
cancer and cardiovascular disease. In fact, the risk 
of lung cancer decreases from 18.83 times the rate of 
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nonsmokers at one to four years after quitting, to 7.73 
at five to nine years, to below 5 at 10-19 years, to 2.1 at 
20-plus years. The risk of lung cancer for nonsmokers 
is 1. 


Weight gain is a common side effect of quitting, 
since smoking interferes with pancreatic function and 
carbohydrate metabolism, leading to a lower body 
weight in some people. However, not all people expe- 
rience this lowered body weight from smoking; thus, 
not all people who quit gain weight. Taste buds and 
smell are reactivated in nonsmokers, which may lead 
to increased food intake. 


Methods of treatment 


About 80% of people who quit relapse within the 
first two weeks. Less than 3% of smokers become non- 
smokers annually. Nicotine gum and patches, which 
maintain a steady level of nicotine in the blood, have 
met with some success but are more successful when 
combined with other support programs. Researchers 
now believe that smoking may be linked to depression, 
the withdrawal symptom causing most people who 
quit to begin again. In 1997, the FDA approved the 
antidepressant medication bupropion to help treat 
nicotine dependence. 


Offense is the best defense 


In 1998, a $206 billion settlement from tobacco 
companies to 46 states included a ban on all outdoor 
advertising of tobacco products. In 1999, the CDC 
appropriated more than $80 million to curtail tobacco 
use among young people. Coordinated education and 
prevention programs through schools have lowered 
the onset of smoking by 37% in seventh-grade stu- 
dents alone. 


See also Respiratory system. 
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Cinchona see Quinine 

Cinematography see Motion pictures 
Cinnamon see Laurel family (Lauraceae) 
Circadian rhythm see Biological rhythms 


I Circle 


In the language of Euclidean geometry, a circle is 
the locus of points in a plane that are all at an equal 
distance from a single point, called the center of the 
circle. The fixed distance is called the radius of the 
circle. A line segment with each of its endpoints on 
the circle, which passes through the center of the circle, 
is called a diameter of the circle. The length of a 
diameter is twice the radius. 


The distance around a circle, called its circumfer- 
ence, is the length of the line segment that would result 
if the circle were broken at a point and straightened 
out. This length is given by 2nr, where r is the radius of 
the circle and n (the Greek letter pi, pronounced “pie”) 
is a mathematical constant equal to approximately 
3.14159. The circle’s arc is any portion of the circle 
lying between two points on the circle. 


The history of the circle began before recorded 
history. Some historians think that the circle was likely 
first considered after the wheel was first invented. One 
of the first descriptions of the circle goes back to 
Egyptian scribe Ahmes (1680-1620 BC) when he pro- 
posed a rule for finding the area of a circle. Later, 
Greek philosopher Thales of Miletus (624-547 BC) 
developed the first recorded theorems involving the 
properties of circles. 


Points lying outside the circle are those points 
whose distance from the center is greater than the radius 
of the circle, and points lying in the circle are those 
points whose distance from the center is less than the 
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radius of the circle. Any line that intersects the circum- 
ference at one point is tangent to the circle, while if the 
line intersects it at two points, then it is called a secant. 
The area covered by a circle, including all the points 
within it, is called the area of the circle. The area of a 
circle is also related to its radius by the formula A = mm, 
where A is the area, r is the radius, and zm is the same 
constant as that in the formula for the circumference. 
Concentric circles are all circles that possess the same 
center but different lengths for diameters. 


In the language of algebra, a circle corresponds to 
the set of ordered pairs (x,y) such that (x - a)? + (y- b)” 
= r°, where the point corresponding to the ordered pair 
(a,b) is the center of the circle and the radius is equal to r. 
Based on this equation, circles are classified within the 
family of curves called conic sections. As such, circles are 
expressed as the intersection of a right circular cone with 
a plane that is perpendicular to the cone’s axis. 


Circuit see Electric circuit 


i Circulatory system 


Animals possess a circulatory system to deliver 
food, oxygen, and other needed substances to all cells 
and to take away waste products. Materials are trans- 
ferred between individual cells and their internal envi- 
ronment through the cell membrane by diffusion, 
osmosis, and active transport. During diffusion and 
osmosis, molecules move from a higher concentration 
to a lower concentration. During active transport, 
carrier molecules push or pull substances across the 
cell membrane, using adenosine triphosphate (ATP) 
for energy. Unicellular organisms depend on passive 
and active transport to exchange materials with their 
watery environment. More complex multicellular 
forms of life rely on transport systems that move 
material-containing liquids throughout the body in 
specialized tubes. In vascular plants, tubes transport 
food and water. Some invertebrates rely on a closed 
system of tubes, while others have an open system. 
Humans and other higher vertebrates have a closed 
system of circulation. 


Circulation in vascular plants 


Water and dissolved minerals enter a plant’s roots 
from the soil by means of diffusion and osmosis. These 
substances then travel upward in the plant in xylem 
vessels. The transpiration theory ascribes this 
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Colorized image of the main components of the human 
circulatory system. The heart (placed between the lungs) 
delivers blood to lungs to pick up oxygen and circulates it 
throughout the body by means of a system of blood vessels 
(red). (© Howard Sochurek/Corbis.) 


ascending flow to a pull from above, caused by tran- 
spiration, the evaporation of water from leaves. The 
long water column stays intact due to the strong cohe- 
sion between water molecules. Carbohydrates, pro- 
duced in leaves by photosynthesis, travel downward 
in plants in specialized tissue, phloem. This involves 
active transport of sugars into phloem cells and water 
pressure to force substances from cell to cell. 


Circulation in invertebrates 


Animal circulation depends on the contraction of 
a pump—usually a heart that pumps blood in one 
direction through vessels along a circulatory path. In 
a closed path, the network of vessels is continuous. 
Alternately, an open path has vessels that empty into 
open spaces in the body. The closed system in the 
earthworm uses five pairs of muscular hearts (the 
aortic arches), to pump blood. Located near the ante- 
rior or head end of the animal, the aortic arches con- 
tract and force blood into the ventral blood vessel that 
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The human circulatory system. (Argosy. The Gale Group.) 


runs from head to tail. Blood then returns back to the As blood circulates throughout the body, it delivers 
hearts in the dorsal blood vessel. Small ring vessels in nutrients and oxygen to cells and picks up carbon 
each segment connect dorsal and ventral blood vessels. dioxide and other wastes. 
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Most arthropods and some advanced mollusks 
such as squid and octopuses have an open circulatory 
system. In the grasshopper, a large blood vessel runs 
along the top of the body, and enlarges at the posterior 
or tail end to form a tubelike heart. Openings in the 
heart (ostia) have valves that permit only the entry of 
blood into the heart. The heart contracts, forcing blood 
forward in the blood vessel and out into the head 
region. Outside the heart, the blood goes into spaces 
that surround the insect’s internal organs. The blood 
delivers food and other materials to cells and picks up 
wastes. Animals with open circulatory systems depend 
on the respiratory system to transport oxygen and car- 
bon dioxide. The blood moves slowly from the head to 
the tail end of the animal. At the posterior, the blood re- 
enters the heart through the openings. Contraction of 
muscles helps speed up the blood flow. 


Human circulatory system 


The human circulatory system is termed the cardi- 
ovascular system, from the Greek word kardia, mean- 
ing heart, and the Latin vascu/um, meaning small vessel. 
The basic components of the cardiovascular system are 
the heart, the blood vessels, and the blood. The work 
done by the cardiovascular system is astounding. Each 
year, the heart pumps more than 1,848 gal (7,000 1) of 
blood through a closed system of about 62,100 mi 
(100,000 km) of blood vessels. This is more than twice 
the distance around the equator of Earth. As blood 
circulates around the body, it picks up oxygen from 
the lungs, nutrients from the small intestine, and hor- 
mones from the endocrine glands, and delivers these to 
the cells. Blood then picks up carbon dioxide and cel- 
lular wastes from cells and delivers these to the lungs 
and kidneys, where they are excreted. Substances pass 
out of blood vessels to the cells through the interstitial 
or tissue fluid which surrounds cells. 


The human heart 


The adult human heart is a hollow cone-shaped 
muscular organ located in the center of the chest cav- 
ity. The lower tip of the heart tilts toward the left. The 
heart is about the size of a clenched fist and weighs 
approximately 10.5 oz (300 g). The heart beats more 
than 100,000 times a day and close to 2.5 billion times 
in the average lifetime. A triple-layered sac, the peri- 
cardium, surrounds, protects, and anchors the heart. 
A liquid pericardial fluid located in the space between 
two of the layers, reduces friction when the heart 
moves. 


The heart is divided into four chambers. A parti- 
tion or septum divides it into a left and right side. Each 


GALE ENCYCLOPEDIA OF SCIENCE 4 


side is further divided into an upper and lower cham- 
ber. The upper chambers, atria (singular atrium), are 
thin-walled. They receive blood entering the heart, and 
pump it to the ventricles, the lower heart chambers. 
The walls of the ventricles are thicker and contain 
more cardiac muscle than the walls of the atria, ena- 
bling the ventricles to pump blood out to the lungs and 
the rest of the body. 


The left and right sides of the heart function as 
two separate pumps. The left side of the heart pumps 
blood through the lungs, and the right side of the heart 
pumps blood through the rest of the body. The right 
atrium receives oxygen-poor blood from the body 
from a major vein, the vena cava, and delivers it to 
the right ventricle. The right ventricle, in turn, pumps 
the blood to the lungs via the pulmonary artery. The 
left atrium receives the oxygen-rich blood from the 
lungs from the pulmonary veins, and delivers it to 
the left ventricle. The left ventricle then pumps it into 
the aorta, a major artery that leads to all parts of the 
body. The wall of the left ventricle is thicker than the 
wall of the right ventricle, making it a more powerful 
pump able to push blood through its longer trip 
around the body. 


One-way valves in the heart keep blood flowing in 
the right direction and prevent backflow. The valves 
open and close in response to pressure changes in the 
heart. Atrioventricular (AV) valves are located 
between the atria and ventricles. Semilunar (SL) valves 
lie between the ventricles and the major arteries into 
which they pump blood. The “lub-dup” sounds that 
the physician hears through the stethoscope occur 
when the heart valves close. The AV valves produce 
the “lub” sound upon closing, while the SL valves 
cause the “dup” sound. People with a heart murmur 
have a defective heart valve that allows the backflow 
of blood. 


The rate and rhythm of the heartbeat are carefully 
regulated. Doctors know that the heart continues to 
beat even when disconnected from the nervous system. 
This is evident during heart transplants when donor 
hearts keep beating outside the body. The explanation 
lies in a small mass of contractile cells, the sino-atrial 
(SA) node or pacemaker, located in the wall of the 
right atrium. The SA node sends out electrical 
impulses that set up a wave of contraction that spreads 
across the atria. The wave reaches the atrioventricular 
(AV) node, another small mass of contractile cells. The 
AV node is located in the septum between the left and 
right ventricle. The AV node, in turn, transmits 
impulses to all parts of the ventricles. The bundle of 
His, specialized fibers, conducts the impulses from the 
AV node to the ventricles. The impulses stimulate the 
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ventricles to contract. An electrocardiogram, ECG or 
EKG, is a record of the electric impulses from the 
pacemaker that direct each heartbeat. The SA node 
and conduction system provide the primary heart con- 
trols. In patients with disorganized electrical activity 
in the heart, surgeons implant an artificial pacemaker 
that serves to regulate the heart rhythm. In addition to 
self-regulation by the heart, the autonomic nervous 
system and hormones also affect its rate. 


The heart cycle refers to the events associated with 
a single heartbeat. The cycle involves systole, the con- 
traction phase, and diastole, the relaxation phase. In 
the heart, the two atria contract while the two ven- 
tricles relax. Then, the two ventricles contract while 
the two atria relax. The heart cycle consists of a systole 
and diastole of both the atria and ventricles. At the end 
of a heartbeat all four chambers rest. The typical rest- 
ing heart rate is about 75 beats per minute, with each 
cardiac cycle taking about 0.8 seconds. 


Heart disease is the number one cause of death 
among people living in the industrial world. In coro- 
nary heart disease (CHD), a clot or stoppage occurs in a 
blood vessel of the heart. Deprived of oxygen, the 
surrounding tissue becomes damaged. Education 
about prevention of CHD helps to reduce its occur- 
rence. We have learned to lessen the risk of heart 
attacks by eating less fat, preventing obesity, exercising 
regularly, and by not smoking. Medications, medical 
devices and techniques also help patients with heart 
disease. One of these, the heart-lung machine, is used 
during open-heart and bypass surgery. This device 
pumps the patient’s blood out of the body, and returns 
it after having added oxygen and removed carbon diox- 
ide. For patients with CHD, physicians sometimes use 
coronary artery bypass grafting. This is a surgical tech- 
nique in which a blood vessel from another part of the 
body is grafted into the heart. The relocated vessel 
provides a new route for blood to travel as it bypasses 
the clogged coronary artery. In addition, cardiologists 
can also help CHD with angioplasty. Here, the surgeon 
inflates a balloon inside the aorta. This opens the vessel 
and improves the blood flow. For diagnosing heart- 
disease, the echocardiogram is used in conjunction 
with the ECG. This device uses high frequency sound 
waves to take pictures of the heart. 


Blood vessels 


The blood vessels of the body make up a closed 
system of tubes that carry blood from the heart to 
tissues all over the body and then back to the heart. 
Arteries carry blood away from the heart, while veins 
carry blood toward the heart. Capillaries connect 
small arteries (arterioles) and small veins (venules). 
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Large arteries leave the heart and branch into smaller 
ones that reach out to various parts of the body. These 
divide still further into smaller vessels called arterioles 
that penetrate the body tissues. Within the tissues, the 
arterioles branch into a network of microscopic capil- 
laries. Substances move in and out of the capillary 
walls as the blood exchanges materials with the cells. 
Before leaving the tissues, capillaries unite into venules, 
which are small veins. The venules merge to form larger 
and larger veins that eventually return blood to the 
heart. The two main circulation routes in the body are 
the pulmonary circulation, to and from the lungs, and 
the systemic circulation, to and from all parts of the 
body. Subdivisions of the systemic system include the 
coronary circulation, for the heart, the cerebral circula- 
tion, for the brain, and the renal circulation, for the 
kidneys. In addition, the hepatic portal circulation 
passes blood directly from the digestive tract to the liver. 


The walls of arteries, veins, and capillaries differ 
in structure. In all three, the vessel wall surrounds a 
hollow center through which the blood flows. The 
walls of both arteries and veins are composed of 
three coats. The inner coat is lined with a simple 
squamous endothelium, a single flat layer of cells. 
The thick middle coat is composed of smooth muscle 
that can change the size of the vessel when it contracts 
or relaxes, and of stretchable fibers that provide elas- 
ticity. The outer coat is composed of elastic fibers and 
collagen. The difference between veins and arteries lies 
in the thickness of the wall of the vessel. The inner and 
middle coats of veins are very thin compared to 
arteries. The thick walls of arteries make them elastic 
and capable of contracting. The repeated expansion 
and recoil of arteries when the heart beats creates the 
pulse. We can feel the pulse in arteries near the body 
surface, such as the radial artery in the wrist. 


The walls of veins are more flexible than artery 
walls and they change shape when muscles press 
against them. Blood returning to the heart in veins is 
under low pressure often flowing against gravity. One- 
way valves in the walks of veins keep blood flowing in 
one direction. Skeletal muscles also help blood return 
to the heart by squeezing the veins as they contract. 
Varicose veins develop when veins lose their elasticity 
and become stretched. Faulty valves allow blood to 
sink back thereby pushing the vein wall outward. 


The walls of capillaries are only one cell thick. Of 
all the blood vessels, only capillaries have walls thin 
enough to allow the exchange of materials between 
cells and the blood. Their extensive branching pro- 
vides a sufficient surface area to pick up and deliver 
substances to all cells in the body. 
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Blood pressure is the pressure of blood against the 
wall of a blood vessel. Blood pressure originates when 
the ventricles contract during the heartbeat. In a 
healthy young adult male, blood pressure in the 
aorta during systole is about 120 mm Hg, and approx- 
imately 80 mm Hg during diastole. The sphygmoman- 
ometer is an instrument that measures blood pressure. 
A combination of nervous carbon and hormones help 
regulate blood pressure around a normal range in the 
body. In addition, there are local controls that direct 
blood to tissues according to their need. For example, 
during exercise, reduced oxygen and increased carbon 
dioxide stimulate blood flow to the muscles. 


Two disorders that involve blood vessels are hyper- 
tension and atherosclerosis. Hypertension, or high blood 
pressure, is the most common circulatory disease. For 
about 90% of hypertension sufferers, the blood pressure 
stays high without any known physical cause. Limiting 
salt and alcohol intake, stopping smoking, losing weight, 
increasing exercise, and managing stress help reduce 
blood pressure. Medications also help control hyperten- 
sion. In atherosclerosis, the walls of arteries thicken and 
lose their elasticity. Fatty material such as cholesterol 
accumulates on the artery wall forming plaque that 
obstructs blood flow. The plaque can form a clot that 
breaks off, travels in the blood, and can block a smaller 
vessel. For example, a stroke occurs when a clot obstructs 
an artery or capillary in the brain. Treatment for athero- 
sclerosis includes medication, surgery, a low-fat, high- 
fiber diet, and exercise. The type of cholesterol carried in 
the blood indicates the risk of atherosclerosis. Low den- 
sity lipoproteins (LDLs) deposit cholesterol on arteries, 
while high density lipoproteins (HDLs) remove it. 


Blood 


Blood is liquid connective tissue. It transports oxy- 
gen from the lungs and delivers it to cells. It picks up 
carbon dioxide from the cells and brings it to the lungs. It 
carries nutrients from the digestive system and hormones 
from the endocrine glands to the cells. It takes heat and 
waste products away from cells. The blood helps regulate 
the body’s base-acid balance (pH), temperature, and 
water content. It protects the body by clotting and by 
fighting disease through the immune system. 


When we study the structure of blood, we find 
that it is heavier and stickier than water, has a temper- 
ature in the body of about 100.4°F (38°C), and a pH of 
about 7.4. Blood makes up approximately 8% of the 
total body weight. A male of average weight has about 
1.5 gal (5 L) of blood in his body, while a female has 
about 1.2 gal (4 L). Blood is composed of a liquid 
portion (the plasma), and blood cells. 
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Plasma is composed of about 91.5% water, which 
acts as a solvent, heat conductor, and suspending 
medium for the blood cells. The rest of the plasma 
includes plasma proteins produced by the liver, such 
as albumins, that help maintain water balance, glob- 
ulins, that help fight disease, and fibrinogen, that aids 
in blood clotting. The plasma carries nutrients, hor- 
mones, enzymes, cellular waste products, some oxy- 
gen, and carbon dioxide. Inorganic salts, also carried 
in the plasma, help maintain osmotic pressure. Plasma 
leaks out of the capillaries to form the interstitial fluid 
(tissue fluid) that surrounds the body cells and keeps 
them moist, and supplied with nutrients. 


The cells in the blood are erythrocytes (red blood 
cells), leukocytes (white blood cells), and thrombo- 
cytes (platelets). More than 99% of all the blood cells 
are erythrocytes, or red blood cells. Red blood cells 
look like flexible biconcave discs about 8 nm in diam- 
eter that are capable of squeezing through narrow 
capillaries. Erythrocytes lack a nucleus and therefore 
are unable to reproduce. Antigens, specialized pro- 
teins on the surface of erythrocytes, determine the 
ABO and Rh blood types. Erythrocytes contain hemo- 
globin, a red pigment that carries oxygen, and each red 
cell has about 280 million hemoglobin molecules. An 
iron ion in hemoglobin combines reversibly with one 
oxygen molecule, enabling it to pick up, carry and 
drop off oxygen. Erythrocytes are formed in red 
bone marrow, and live about 120 days. When they 
are worn out, the liver and spleen destroy them and 
recycle their breakdown products. Anemia is a blood 
disorder characterized by too few red blood cells. 


Leukocytes are white blood cells. They are larger 
than red blood cells, contain a nucleus, and do 
not have hemoglobin. Leukocytes fight disease organ- 
isms by destroying them or by producing antibodies. 
Lymphocytes are a type of leukocyte that bring about 
immune reactions involving antibodies. Monocytes 
are large leukocytes that ingest bacteria and get rid 
of dead matter. Most leukocytes are able to squeeze 
through the capillary walls and migrate to an infected 
part of the body. Formed in the white/yellow bone 
marrow, a leukocyte’s life ranges from hours to years 
depending on how it functions during an infection. In 
leukemia, a malignancy of bone marrow tissue, abnor- 
mal leukocytes are produced in an uncontrolled man- 
ner. They crowd out the bone marrow cells, interrupt 
normal blood cell production, and cause internal 
bleeding. Treatment for acute leukemia includes 
blood transfusions, anticancer drugs, and, in some 
cases, radiation. 
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Circumscribed and inscribed 


KEY TERMS 


Artery—Vessel that transports blood away from the 
heart. 


Atherosclerosis—Abnormal narrowing of the 
arteries of the body that generally originates from 
the buildup of fatty plaque on the artery wall. 


Atrium (plural: atria)—One of two upper cham- 
bers of the heart. They are receiving units that 
hold blood to be pumped into the lower chambers, 
the ventricles. 


Capillary—The smallest blood vessel; it connects 
artery to vein. 


Phloem—Plant tissue that transports food. 


Pulmonary route—Circuit that transports blood to 
and from the lungs. 


Systemic route—Circuit that transports blood to 
and from all parts of the body except the lungs. 


Vein—Vessel that transports blood to the heart. 


Ventricles—The two lower chambers of the heart; 
also the main pumping chambers. 


Xylem—Plant tissue that transports water and min- 
erals upward from the roots. 


Thrombocytes or platelets bring about clotting of 
the blood. Clotting stops the bleeding when the circu- 
latory system is damaged. When tissues are injured, 
platelets disintegrate and release the substance throm- 
boplastin. Working with calcium ions and two plasma 
proteins, fibrinogen and prothrombin, thromboplas- 
tin converts prothrombin to thrombin. Thrombin then 
changes soluble fibrinogen into insoluble fibrin. 
Finally, fibrin forms a clot. Hemophilia, a hereditary 
blood disease in which the patient lacks a clotting 
factor, occurs mainly in males. Hemophiliacs hemor- 
rhage continuously after injury. They can be treated 
by transfusion of either fresh plasma or a concentrate 
of the deficient clotting factor. 


The lymphatic system and the circulatory 
system 


The lymphatic system is an open transport system 
that works in conjunction with the circulatory system. 
Lymphatic vessels collect intercellular fluid (tissue 
fluid), kill foreign organisms, and return it to the 
circulatory system. The lymphatic system also pre- 
vents tissue fluid from accumulating in the tissue 
spaces. Lymph capillaries pick up the intercellular 
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fluid, now called lymph, and carry it into larger and 
larger lymph vessels. Inside the lymph vessels, lymph 
passes through lymph nodes, where lymphocytes 
attack viruses and bacteria. The lymphatic system 
transports lymph to the large brachiocephalic veins 
below the collarbone where it is re-enters the circula- 
tory system. Lymph moves through the lymphatic 
system by the squeezing action of nearby muscles, for 
there is no pump in this system. Lymph vessels are 
equipped with one-way valves that prevent backflow. 
The spleen, an organ of the lymphatic system, removes 
old blood cells, bacteria, and foreign particles from the 
blood. 
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Circumscribed and inscribed 


The terms circumscribed and inscribed refer, 
respectively, to polygons (straight-sided geometric fig- 
ures) whose corners lie on an exterior circle or whose 
sides are all touched at one point each by an interior 
circle (i.e., whose sides are all tangent to a circle). For 
example, imagine that a circle is drawn around a tri- 
angle so that the circle touches all three vertices of the 
triangle. Then the circle is said to be circumscribed 
around the triangle, and the triangle is said to be 
inscribed within the circle. 


A circle that circumscribes a polygon is said to be 
circumcircle around a polygon. A circle that inscribes 
a polygon is said to be a incircle into the polygon. 


The concepts of circumscription and inscription 
can be extended to three (or more) dimensions. For 
example, a cone can be circumscribed around a pyr- 
amid if the vertices of the cone and pyramid coincide 
with each other, and the base of the cone circumscribes 
the base of the pyramid. In such a case, the pyramid is 
inscribed within the cone. As another example, a 
sphere can be inscribed within a cylinder if all parts 
of the cylinder are tangent to the sphere’s surface. 
Then the cylinder is circumscribed around the sphere. 
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| Cirrhosis 


Cirrhosis is a degenerative liver disease in which 
the lobes of the liver become infiltrated with fat and 
fibrous tissue. (Fibrous tissue is a type of connective 
tissue composed of protein fibers called collagen.) The 
word cirrhosis is derived from the Greek words kir- 
rhos, meaning yellowish orange and osis, meaning 
condition, and aptly describes the appearance of the 
liver of a patient with cirrhosis. 


The infiltration of these substances within the 
liver disrupts liver functions, including the conversion 
of the storage carbohydrate glycogen into glucose; 
detoxification of drugs and other substances; vitamin 
absorption; gastrointestinal functions; and hormone 
metabolism. Because the blood vessels of the liver are 
affected by fibrous tissue formation, blood flow 
through the liver is impaired, leading to increased 
blood pressure within the liver. Impaired blood flow 
in the liver also causes a condition called esophageal 
varices, in which blood vessels in the esophagus bleed 
due to their increased internal pressure. In addition, 
patients with cirrhosis are often weakened by hypo- 
glycemia, or low blood sugar. 


Complications of cirrhosis include coma, gastro- 
intestinal hemorrhage, and kidney failure. No defini- 
tive treatment for cirrhosis is available besides 
management of symptoms and complications. The 
mortality rate of cirrhosis ranges from 40-63%, and 
it is the ninth leading cause of death in the United 
States. 


Causes of cirrhosis 


Cirrhosis is most often caused by excessive inges- 
tion of alcohol. In the United States, 90% of all cases 
of cirrhosis are related to alcohol overconsumption. 
Although researchers still do not have a clear under- 
standing of how alcohol damages the liver, evidence 
suggests that consuming more than | pint of alcohol 
(86 proof) daily for 10 years increases the risk of cir- 
rhosis by 10%. The risk of cirrhosis increases to 50% if 
this consumption lasts 25 years. Women may be more 
susceptible to alcoholic cirrhosis than men. Women 
have lower levels of the enzyme alcohol dehydrogen- 
ase, which breaks down alcohol in the stomach. Lower 
levels of this enzyme lead to higher blood alcohol 
levels. 


Researchers believe that the main cause of alco- 
hol-induced cirrhosis is acetaldehyde, the first product 
created when alcohol is broken down in the stomach. 
Acetaldehyde combines with proteins in the body and 
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damages the liver cells, leading to fat accumulation 
and fibrous tissue formation. Further damage to 
liver cells may be caused by a secondary effect of 
alcohol on the liver: the acetaldehyde may make the 
liver cells vulnerable to the potentially damaging 
effects of substances such as acetaminophen (a com- 
mon over-the-counter pain reliever), industrial sol- 
vents, and certain anesthetics on the liver cells. 


Although excessive alcohol intake is considered 
the leading cause of cirrhosis, there are numerous 
other causes of the disease. These include several 
types of viral hepatitis, nutritional factors, genetic 
conditions, and others. In addition, these are often 
contributing factors in alcoholic cirrhosis. Chronic 
infection with hepatitis B virus (HBV) can lead to 
cirrhosis and is also related to liver cancer. 


Progression of cirrhosis 


Cirrhosis is a progressive disease; in other words, 
the symptoms become more severe and more numer- 
ous over time. In cases of alcoholic cirrhosis, it begins 
with a condition called alcoholic fatty liver. In this 
condition, fat accumulates in the liver. The liver 
enlarges, sometimes to as much as 10 Ib (5000 g), and 
appears yellow and greasy. Patients with this condi- 
tion often have no symptoms beyond low blood sugar 
or some digestive upset. Some patients have more 
severe symptoms, such as jaundice (a condition caused 
by the accumulation of a yellowish bile pigment in the 
blood; patients with jaundice have yellow-tinged skin) 
and weight loss. Complete recovery is possible at this 
stage of liver disease if the patient abstains from 
alcohol. 


The next stage in the progression of cirrhosis is 
often a condition called hepatitis. Hepatitis is a general 
term meaning inflammation of the liver. Hepatitis may 
be caused by alcohol, several different types of virus, 
or other factors. In acute alcoholic hepatitis, the 
inflammation is caused by alcohol. Fibrous tissue is 
deposited in the liver, the liver cells degenerate, and a 
type of connective tissue called hyaline infiltrates the 
liver cells. Regardless of the cause, patients with hep- 
atitis have serious symptoms, which include general 
debilitation, loss of muscle mass, jaundice, fever, 
and abdominal pain. The liver is firm, tender, and 
enlarged. Vascular “spiders,” or varicose veins of the 
liver, are present. Again, no definitive treatment is 
available, although some patients respond well to cor- 
ticosteroids. General treatment for this condition 
includes treatment of symptoms and complications. 


Acute alcoholic hepatitis often progresses to cir- 
rhosis. In cirrhosis, the fibrous tissue and fat 
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Citric acid 


KEY TERMS 


Acute alcoholic hepatitis—Inflammation of the 
liver caused by excessive alcohol consumption. 


Collagen—A type of protein that comprises con- 
nective tissue; infiltrates the liver in cirrhosis. 


Fatty liver—A condition in which the liver accu- 
mulates fat due to excessive alcohol consumption. 


Fibrous tissue—Connective tissue composed pri- 
marily of collagen. 


Hepatitis—General inflammation of the liver; may 
be caused by viral infection or by excessive alcohol 
consumption. 


Jaundice—A condition in which a yellowish 
bile pigment increases in the blood; patients with 
jaundice have a characteristic yellow tinge to their 
skin. 


accumulation is prominent. Collagen is deposited 
around the veins of the liver, leading to impairment 
of blood flow. The liver cells degenerate further and 
die, leading to formation of nodules in the liver, and 
the liver shrinks (atrophy). Symptoms of cirrhosis 
include nausea, weight loss, jaundice, and esophageal 
varices. Gastrointestinal symptoms, such as diarrhea 
and gastric distention, are also features of cirrhosis. 
The mortality rate of cirrhosis is high. Studies have 
established that the five-year survival of patients with 
cirrhosis is only about 65% for patients who stop 
drinking, and around 40% for patients who continue 
to drink. Death results from kidney failure, coma, 
malnutrition, and cardiac arrest. 


Treatment of cirrhosis depends on the type and 
cause. For patients with alcoholic cirrhosis, it includes 
general support, treatment of complications, a nutri- 
tious diet, and abstention from alcohol consumption. 
In selected patients, liver transplant may be indicated. 
Although the liver has a remarkable ability to regen- 
erate, the damage that cirrhosis inflicts on the liver 
may be so severe that recovery is not possible. In 
cirrhosis caused by viral hepatitis, the use of experi- 
mental drugs has had some success. Research contin- 
ues into blocking the effects of the various hepatitis 
viruses, or preventing their replication in the liver cells. 
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ll Citric acid 


Citric acid is a weak organic (carbon-based) acid 
found in nearly all citrus fruits, particularly lemons, 
limes, and grapefruits. It is widely used as a flavoring 
agent, natural preservative, and cleaning agent. It is 
also added to make foods and soft drinks taste acidic, 
or sour. The structure of citric acid is shown below. 
The COOH group (consisting of carbon, oxygen, and 
hydrogen) is a carboxylic acid group, so citric acid is a 
tricarboxylic acid, possessing three of these groups. Its 
density is about 1,665 kg/m? and is soluble in water at 
around 133 g/100 ml (at 68°F [20°C]). Citric acid has a 
melting point of about 307°F (153°C) and a boiling 
point of approximately 347°F (175°C). 


It is produced commercially by the fermentation 
of sugar by several species of mold. As a flavoring 
agent, it can help produce both a tartness [caused by 
the production of hydrogen ions (H * )] and sweetness 
(the result of the manner in which citric acid molecules 
are structured (fit) into sweet receptors on tongues). 
Receptors are protein molecules that recognize spe- 
cific other molecules. 


Citric acid helps to provide the fizz in remedies 
such as Alka-Seltzer®. The fizz comes from the pro- 
duction of carbon dioxide gas, which is created when 
sodium bicarbonate (baking soda) reacts with acids. 
The source of the acid in this case is citric acid, which 
also helps to provide a more pleasant taste. 


In addition, citric acid is used in the production of 
hair rinses and low pH (highly acidic) or slightly acidic 
shampoos and toothpaste. As a preservative, citric 
acid helps to bind (or sequester) metal ions that may 
get into food via machinery used in processing. Many 
metals ions speed up the degradation of fats. Citric 
acid prevents the metal ions from being involved in a 
reaction with fats in foods and allows other preserva- 
tives to function much more effectively. 


Citric acid is also an intermediate in metabolic 
processes in all mammalian cells. One of the most 
important of these metabolic pathways is called the 
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citric acid cycle (it is also called the Krebs cycle, after 
the man who first determined the role of this series of 
reactions). Some variants of citric acid containing flu- 
orine have been used as rodent poisons. 


See also Metabolism. 


Citron see Gourd family (Cucurbitaceae) 


i Citrus trees 


Citrus trees are various species of trees in the 
genus Citrus, in the rue family, or Rutaceae. There 
are 60 species in the genus Citrus, of which about 10 
are used in agriculture. The center of origin of most 
species of Citrus is southern and southeastern Asia. 
Citrus trees are widely cultivated for their edible fruits 
in sub-tropical and tropical countries around the 
world. The sweet orange (Citrus sinensis) is the most 
common species of citrus in cultivation, and is one of 
the most successful fruits in agriculture. 


The rue family consists of about 1,500 species and 
150 genera. Most species in this family are trees or 
shrubs. The greatest richness of species occurs in the 
tropics and subtropics, especially in South Africa and 
Australia. However, a few species occur in the temper- 
ate zone. Several species native to North America are 
the shrubs known as prickly ash (Zanthoxylum amer- 
icanum), southern prickly ash (Z. clava-herculis), and 
three-leaved hop tree (Prelea trifoliata). 


Biology of citrus 


Citrus trees are species of sub-tropical and trop- 
ical climates. They are intolerant of freezing, and 
their foliage and fruits will be damaged by even a 
relatively short exposure to freezing temperatures 
for just a few hours. Colder temperatures can kill 
the entire tree. 


Species of citrus trees range in size from shrubs to 
trees. Most species have thorny twigs. The leaves are 
alternately arranged on the twigs, and the foliage is 
dark green, shiny, aromatic, leathery, and evergreen. 
The roots of citrus trees do not develop root hairs, and 
as a result citrus trees are highly dependent for their 
mineral nutrition on a mutualistic symbiosis with soil 
fungi called mycorrhizae. 


Citrus trees have small white or purplish flowers, 
which are strongly scented and produce nectar. Both 
scent and nectar are adaptations for attracting insects, 
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which are the pollinators of the flowers of citrus trees. 
Some species in the genus Citrus will easily hybridize 
with each other. This biological trait can make it easier 
for plant breeders to develop profitable agricultural 
varieties using controlled hybridization experiments to 
incorporate desirable traits from one species into 
another. However, the occurrence of hybrid Citrus 
plants makes it difficult for plant taxonomists to des- 
ignate true species. As a result, there is some contro- 
versy over the validity of some Citrus species that have 
been named. 


The ripe fruit of citrus trees is properly classified 
as a hesperidium, which is a type of berry, or a fleshy, 
multi-seeded fruit. The fruits of citrus trees have 
a relatively leathery outer shell, with a more spongy 
rind on the inside. The rind of citrus fruits is very rich 
in glands containing aromatic oils, which can be 
clearly detected by smell when these fruits are being 
peeled. The interior of the fruit is divided into discrete 
segments that contain the seeds surrounded by a large- 
celled, juicy pulp. The seeds of citrus trees are some- 
times called pips. Edible fruits like those of citrus trees 
are an adaptation to achieve dispersal of their seeds. 
The attractive and nutritious fruits are sought out by 
many species of animals, which eat the pulp and seeds. 
However, the citrus seeds generally survive the passage 
through the gut of the animal, and are excreted with 
the feces. In the meantime, the animal has likely 
moved somewhere, and the seeds have been dispersed 
far from the parent tree, ready to germinate, and hope- 
fully, develop into a new citrus plant. 


Cultivation and economic products of citrus 
trees 


The fruits of citrus trees contain large concentra- 
tions of sour-tasting citric acid. Nevertheless, the fruits 
of some species can be quite sweet because they con- 
tain large concentrations of fruit sugar. Plant breeders 
have developed various sorts of cultivated varieties, or 
cultivars, from the wild progenitors of various species 
of citrus trees. This has resulted in the selective breed- 
ing of varieties with especially sweet fruits, others 
which peel relatively easily, and yet others that are 
seedless and therefore easier to eat or process into 
juice. 

Once plant breeders discover a desirable cultivar 
of a species of citrus tree, it is thereafter propagated by 
rooting stem cuttings or by grafting. The latter proce- 
dure involves taking a stem of the cultivar, and attach- 
ing it to the rootstock of some other, usually relatively 
hardy, variety. The graft is carefully wrapped until a 
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Citrus trees 


Grapefruit ready to pick. (© 1980 Ken Brate. National Audubon Society Collection/Photo Researchers, Inc.) 


protective callus tissue is formed. Because the attrib- 
utes of the cultivar are genetically based, these meth- 
ods of propagation avoid the loss of desirable genetic 
attributes of the new variety that would inevitably 
occur through sexual cross-breeding. 


Citrus trees can also be propagated using rela- 
tively new techniques by which small quantities of 
cells can be grown and induced to develop into fully- 
formed plants through specific hormone treatments. 
These relatively new techniques, known as micro 
propagation or tissue culture, allow for the rapid and 
inexpensive production of large numbers of trees with 
identical genetic qualities. 


The most important economic products of culti- 
vated citrus trees are, of course, their fruits. In agri- 
culture, the fruits of oranges and grapefruits are 
commonly picked when they are ripe or nearly so, 
while those of lemons and limes are usually picked 
while they are still un-ripened, or green. 


The fruits of the sweet orange can be eaten directly 
after peeling, or they may be processed into a juice, 
which can be drunk fresh. It may also be concentrated 
by evaporating about three-quarters of its water con- 
tent, and then frozen for transport to far-away 
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markets. This is a more economical way of moving 
orange juice around, because removal of much of the 
water means that much less weight must be trans- 
ported. In addition, juice concentrates can also be 
used to manufacture flavorings for various types of 
drinks. 


The juice of citrus fruits is relatively rich in ascor- 
bic acid, or vitamin C. For example, a typical orange 
contains about 40 mg of vitamin C, compared with 
only 5 mg in an apple. Vitamin C is an essential 
nutrient for proper nutrition of animals. However, 
animals cannot synthesize their own vitamin C and 
must obtain the micronutrient from their diet. In the 
absence of a sufficient dietary supply of vitamin C, a 
debilitating and eventually lethal disease known as 
scurvy develops. In past centuries, scurvy often 
afflicted mariners on long oceanic voyages, during 
which foods rich in vitamin C or its biochemical pre- 
cursors could not be readily obtained. Because they 
stored relatively well, lemons and limes were impor- 
tant means by which sailors could avoid scurvy, at 
least while the supply of those fruits lasted. 


At one time, citric acid was commercially extracted 
from the fruits of citrus trees, mostly for use in flavoring 
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drinks. Today, citric acid is used in enormous quantities 
to flavor carbonated soft drinks and other beverages. 
However, most of this industrial citric acid is synthe- 
sized by fungi in huge fermentation vats. 


In addition, the shredded peel and juice of citrus 
fruits can be sweetened and jelled for use in such sweet 
spreads as marmalade. 


The major economic value of oranges lies in their 
fruits, but several fragrant oils can also be extracted 
from their flowers, or, more commonly, their peel as a 
byproduct of the orange-juice industry. These essences 
can be used to manufacture so-called Neroli and 
Portugal oils. These fragrances were originally used in 
the manufacturing of perfumes and to scent potpourri, 
and they are still used for these purposes. In addition, 
many household products, such as liquid detergents, 
shampoos, and soaps, are pleasantly scented using the 
aromatic oils extracted from citrus trees. 


Pomanders, which are oranges studded with 
cloves, are an archaic use of the fruit. Originating in 
Spain, pomanders were worn around the neck for 
several purposes: as perfumery, to ward off infections, 
or to attract a person of the opposite sex. Today 
pomanders are more commonly used to pleasantly 
scent closets and drawers. 


In regions with a warm climate, citrus trees are 
sometimes grown as ornamental shrubs and trees. The 
citron was reputedly grown in the ancient Hanging 
Gardens of Babylon in what is now Iraq. During 
those times the citron was used in scenting toilet 
water and in making an aromatic ointment known as 
pomade. 


The sweet orange 


The sweet orange (Citrus sinensis) is a 16 to 46 ft (5 
to 14m) tall tree with evergreen foliage, white flowers, 
and spherical fruits. This species is originally from 
southern China or perhaps Southeast Asia. However, 
the original range is somewhat uncertain, because wild 
plants in natural habitats are not known. The sweet 
orange has been cultivated in China and elsewhere in 
southern Asia for thousands of years, being men- 
tioned in dated Chinese scripts from 2200 BC. The 
sweet orange reached Europe as a cultivated species 
sometime before the fourteenth century. Sweet 
oranges are now grown around the world wherever 
the climate is suitably subtropical or tropical. 


The sweet orange tends to flower and fruit during 
periods of relatively abundant rainfall, and becomes dor- 
mant if a pronounced drier period occurs during the 
summer. The sweet orange is commonly cultivated in 
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plantations or groves. These are widely established in 
subtropical parts of the southern United States, particu- 
larly in southern Florida and California. Oranges are also 
widely grown in Mexico, Spain, the Middle East, North 
Africa, and many other countries, for both local use and 
export. The global production of sweet oranges is more 
than 105 million tons (95 million metric tonnes) per year, 
for the years 2000 through 2004. 


Orange fruits are very tasty and nutritious, con- 
taining 5 to 10% sugar, 1 to 2% citric acid, along with 
vitamin C and beneficial fiber and pulp. Most sweet 
oranges have an orange-colored rind when they are 
ripe as well as an orange interior and juice. However, 
some cultivated varieties of sweet oranges have a yel- 
low or green rind, while still others have a deep-red 
interior and juice. Some varieties have been bred to be 
seedless, including navel, Jaffa, and Malta oranges. 


Oranges were a scarce and expensive fruit in past 
centuries, and many children were delighted to find a 
precious orange in their Christmas stockings. Today, 
however, oranges are grown in enormous quantities 
and are readily available as an inexpensive fruit at any 
time of the year. 


The tangerine or mandarin orange 


The tangerine and mandarin (Citrus reticulata) 
are a species of small tree native to southern China. 
The fruits of this species are similar to those of the 
sweet orange, but they are generally smaller, their rind 
is much easier to separate from the interior pulp, and 
the segments separate more readily. 


Compared with the sweet orange, the tangerine 
and mandarin do not store very well. As a result, these 
citrus fruits tend to be sold fairly close to where they 
are grown, and less of a long-distance export market 
exists for these crops. However, in some countries 
a tradition has developed of eating mandarin oranges 
at certain festive times of year. For example, North 
Americans and many western Europeans often eat 
mandarins around Christmas time. Because a pre- 
mium price can be obtained for these fruits during 
the Christmas season, there is a well organized market 
that keys on about a one-or-two month export market 
for mandarins during that festive season. 


The grapefruit 


The grapefruit or pomelo (Citrus paradisi) is a variety 
of cultivated citrus tree whose geographic origin is not 
known, but is likely native to Southeast Asia. The fruit of 
the grapefruit has a yellowish rind, and is relatively large, 
as much as | Ib (0.5 kg) in weight. The pulp and juice of the 
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Citrus trees 


KEY TERMS 


Cultivar—A distinct variety of a plant that has been 
bred for particular agricultural or culinary attributes. 
Cultivars are not sufficiently distinct in the genetic 
sense to be considered a subspecies. 


Cutting—A section of a stem of a plant, which can be 
induced to root and can thereby be used to propa- 
gate a new plant that is genetically identical to the 
parent. 


Grafting—A method of propagation of woody plants 
whereby a shoot, known as a scion, is taken from one 
plant and inserted into a rootstock of another plant. 
The desired traits of the scion for horticultural or 
agricultural purposes are genetically based. 
Through grafting, large numbers of plants with 


grapefruit are rather bitter and acidic and are often sweet- 
ened with cane sugar before being eaten. 


The lemon 


The lemon (C. /imon) is an evergreen tree native to 
Indochina and cultivated there for thousands of years. 
The lemon was later imported to the basin of the 
Mediterranean Sea, where it has been cultivated for 
at least 2,000 years. Lemon trees are very attractive, 
especially when their fragrant white or yellow flowers 
are in bloom. However, the fruits of lemons are quite 
tart and bitter, containing about 5% citric acid, but 
only 0.5% sugar. 


The fruits of lemons are picked when they are not 
yet ripe and their rinds are still green. This is done 
because lemon fruits deteriorate quickly if they are 
allowed to ripen on the tree. Commercial lemons 
develop their more familiar, yellow-colored rinds 
some time after they are harvested while they are 
being stored or transported to markets. 


Although few people have the fortitude to eat raw 
lemons, the processed juice of this species can be used to 
flavor a wide range of sweetened drinks, including lemon- 
ade. Lemon flavoring is also used to manufacture many 
types of carbonated beverages, often in combination with 
the flavoring of lime. A bleaching agent and stain remover 
can also be made from lemon Juice. 


The lime 


The lime is native to Southeast Asia and is very 
susceptible to frost. More sour than the lemon, the 
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these characteristics can be readily and quickly 
developed. 


Scurvy—A disease of humans that is caused by an 
insufficient supply of ascorbic acid, or vitamin C, in 
the diet. The symptoms of scurvy include spongy, 
bleeding gums, loosening and loss of teeth, and sub- 
cutaneous bleeding. It can ultimately lead to death. 


Tissue culture—This is a relatively recently devel- 
oped method of growing large numbers of genetically 
identical plants. In tissue culture, small quantities of 
undifferentiated cells are grown on an _ artificial 
growth medium, and are then caused to develop 
into small plantlets by subjecting them to specific 
treatments with growth-regulating hormones. 


lime (C. aurantifolia) cannot be eaten raw. However, 
the lime can be used to make a sweetened beverage 
known as limeade, and an extract of its juice is widely 
used to flavor commercially prepared soft drinks. 


Other citrus trees 


The Seville, sour or bitter orange (C. media), is 
derived from a wild progenitor that grows in the foot- 
hills of the Himalayan Mountains of south Asia. The 
flowers of this species are exceedingly fragrant and have 
been used to produce aromatic oils for perfumery. The 
large orange-red fruits of the sour orange are rather 
bitter and acidic. These are not often eaten, but are used 
to make flavorings, marmalades, candied peels, aro- 
matic oils, and to flavor a liquor known as curacao. 


The citron (C. medica) is another species native to 
the southern Himalayas, probably in northern India. 
This may be the oldest of the cultivated citrus trees, 
perhaps going back as far as 6,000 years. The fruit of 
this species is very large in comparison to those of 
other citrus trees, weighing as much as 6.5 Ib (3 kg). 
The rind of the citron is thick and has a lumpy surface, 
and the pulpy interior is bitter. The peel of the citron is 
soaked in salty water, which removes much of the 
bitter taste. It is then candied with sugar and used to 
flavor cakes, pastries, and candies. 


The shaddock or pomelo (C. maxima) is probably 
native to Southeast Asia. This species is mostly used to 
manufacture candied rind. The pomelo develops a 
large, spherical, thick-rinded fruit, weighing as much 
as 13 Ib (6 kg), and having a diameter of up to 6 in 
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(16 cm). The name shaddock comes from the name of 
a sea captain who first introduced this species to the 
West Indies. 


Other relatively minor species of citrus trees 
include the Panama orange or calamondin (C. mitis) 
and the bergamot (C. bergamia). 
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| Civets 


Small to medium-sized carnivores, civets are in the 
Viverridae family, which also includes genets and lin- 
sangs. Mongooses were once included in this family, 
but most taxonomists now place them in the family 
Herpestidae. There are 34 species of civets, genets, and 
linsangs in 20 genera. Their natural distribution is 
restricted to the warmer regions of the Old World, 
and they occupy a niche similar to that filled by wea- 
sels and their relatives in temperate deciduous forests. 
Civets vary in size and form, but most present a catlike 
appearance with long noses, slender bodies, pointed 
ears, short legs, and generally a long furry tail. 


Civets with a spotted or striped coat have five toes 
on each foot. There is webbing between the toes, and 
the claws are totally or semi-retractile. The pointed ears 
extend above the profile of the head. The ear flaps have 
pockets or bursae on the outside margins, similar to 
domestic cats. Their teeth are specialized for an omniv- 
orous diet, including shearing carnassial teeth and flat- 
crowned molars in both upper and lower jaws. Teeth 
number from 38 to 40, depending on the species. 


Primarily nocturnal foragers with semiarboreal 
and arboreal habits, civets typically ambush their 
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prey. During the day, civets usually rest in a hollow 
tree, rock crevice, or empty, shallow burrow. They are 
solitary animals maintaining a wide home range (250 
acres [101 ha]) by scent marking trees on the borders of 
their territory. The term “civet” is derived from an 
Arabic word describing the oily fluid and its odor 
secreted by the perineal glands. Scent marking is 
important in civet communication, but the method 
differs among species from passively passing the 
scent when moving about causing the gland to rub 
vegetation, to squatting and then wiping or rubbing 
the gland on the ground or some prominent object. 


Civet oil has been used in the perfume industry for 
centuries and has been recorded as being imported 
from Africa by King Solomon in the tenth century 
BC. Once refined, civet oil is prized for its scent and 
long lasting properties. Civet oil is also valued for its 
medicinal uses which include the reduction of perspi- 
ration, a cure for some skin disorders, and claims of 
aphrodisiac powers. Although the development of 
sensitive chemical substitutes has decreased the value 
of civet oil, it is still a part of some East African and 
Oriental economies. 


The Viverridae family can be broken into six sub- 
families. The subfamily Paradoxurinae includes six spe- 
cies of Asian palm civets and the binturong (Arctictis 
binturong). The Asian palm civets live in forests. Their 
semiarboreal life style is supported by sharp, curved, 
retractile claws, hairless soles, and partially fused 
third and fourth toes, which add to a more sure-footed 
grasp. Although skillful climbers, they spend consider- 
able time foraging on the ground for animals and fallen 
fruits. The binturong, or bear cat, has a strong, muscu- 
lar long-haired tail that is prehensile at the tip. This 
characteristic is unique among viverrids. The body hair 
is long and coarse. The ears have long black tufts of hair 
with white margins. Nearly four feet long, it is the 
largest member of the civet family. Despite its mostly 
vegetarian diet, the binturong has been reported to 
swim in rivers and prey on fish. The celebes, giant, or 
brown palm civet (Macrogalidia musschenbroekii) may 
be fairly common in certain limited areas (known by its 
tracks and feces, rather than by actual sightings). It is 
quite adept at climbing and has a web of thin skin 
between the toes. 


The subfamily Nandiniinae has only a single spe- 
cies, the African palm civet, also known as the two- 
spotted palm civet. This civet spends most of its time in 
the forest canopy where it feeds primarily on fruit, 
occasionally supplemented with small mammals, 
birds, insects, and lizards. It is distinguished by its 
semi-retractile claws and perineal gland covered by a 
single fold of skin. 
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SJOAID 


Climax (ecological) 


KEY TERMS 


Aphrodisiac—Stimulating or intensifying sexual 
desire. 


Arboreal—Living in trees. 
Bursae—Pockets; a saclike body cavity. 


Carnassial teeth—Specialized teeth of mammals in 
the order Carnivora, which are longer and sharper 
than other teeth and useful in tearing meat. 


Niche—The area within a habitat occupied by an 
organism. 


Omnivorous—Eating all kinds of food. 


Perineal—The region between the scrotum and the 
anus in males and between the posterior vulva 
junction and the anus in females. 


Prehensile—Adapted for seizing or holding, espe- 
cially by wrapping around an object. 


Retractile—Capable of being drawn back or in. 


Terrestrial—Of or pertaining to Earth and _ its 
inhabitants. 


The subfamily Hemigalinae includes three species 
of banded palm civets and the otter civet (Cynogale 
bennettii), all living in the forests of Southeast Asia. 
Perhaps best known is the banded palm civet 
(Hemigalus derbyanus), named for the dark brown 
markings on its coat. The general coat color ranges 
from pale yellow to grayish buff. The face is distinctly 
marked by several dark longitudinal stripes. The col- 
oration of the body is broken by about five transverse 
bands stretching midway down the flank. The tail is 
dark on its lower half, with two broad dark rings at the 
base. Foraging at night on the ground and in trees, the 
banded palm civet searches for rats, lizards, frogs, 
snails, crabs, earthworms, and ants. 


The otter civet could be mistaken for a long-nosed 
otters. The otter civet is an excellent swimmer and is 
capable of climbing trees. Its toes are partially webbed, 
but its dense water repellant fur, thick whiskers, and 
valve-like nostrils are effective adaptations for living 
in water and preying on fish. The otter civet has 
smaller ears, a blunter muzzle, a shorter tail, and a 
more compact body than most banded palm civets. 


There are 20 species of true civets, genets, and 
linsangs classified in the subfamily Viverrinae. One of 
the best known is the African civet (Civettictis civetta). A 
rather large, heavily built, long-bodied and long-legged 
carnivore, it is the most doglike viverrid. Preferring to be 
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near water, it lives in a variety of habitats ranging from 
moist tropical forest to dry scrub savanna. It is consid- 
ered terrestrial, climbing trees only in an emergency, such 
as when hunted. The African civet hunts exclusively on 
the ground at night, resting in thickets or burrows during 
the day. An opportunistic and omnivorous predator, it 
will eat carrion, but prefers small mammals. Birds, eggs, 
amphibians, reptiles, invertebrates, fruit, berries, and 
vegetation round out its diet. African civets deposit 
their droppings in one place creating middens or “cive- 
tries.” Although typically found at territorial boundaries, 
they also mark their territory using their perineal gland. 


Clay see Sediment and sedimentation 


Clays see Minerals 


fl Climax (ecological) 


An ecological climax community refers to a relatively 
stable biological community that is the end-point of eco- 
logicalsuccession. For example, after a forest fire clears 
an area, the first plants to return are small grasses and 
weeds. They are followed by larger shrubs and grasses. 
Eventually small trees overgrow the shrubs. Finally, tall 
deciduous trees or pines will overtake the smaller vegeta- 
tion. A forest made up of such large, old-growth trees are 
a textbook example of a climax community. 


One of the early proponents of the concept of an 
ecological climax communiuty was the American ecolo- 
gist, Frederic Clements. In a 1916 publication, he theor- 
ized that there was only one climax community specific 
to a climatic region. This specific climax community 
would be the eventual end-point of all ecological succes- 
sion processes, whether the result of fire, deglaciation, or 
other disturbances. This monoclimax theory was 
criticized as too simple, and was challenged by other 
ecologists. A.G. Tansley proposed a more realistic poly- 
climax theory that accommodated the important succes- 
sional influences of local soil type, topography, and 
disturbance history. In the early 1950s, R.H. Whittaker 
suggested that there were gradually varying climax 
types, associated with continuous gradients of environ- 
mental variables. According to Whittaker, ecological 
communities vary continuously, and climax commun- 
ities cannot be objectively divided into discrete types. 


Climax community is now considered a somewhat 
obsolete term in ecology. Ecological research has 
shown that although biological communities do tend 
to become more stable, in the aggregate, communities 
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are in constant flux in response to environmental con- 
ditions. Even in old-growth forest communities micro- 
succession is always occurring associated, for 
example, with the death of individual trees. 


l Clingfish 


Clingfish are about 150 species of small, ray-finned 
bony fish found primarily in tropical marine waters. 
They belong to the family Gobiesocidae in the order 
Gobiesociformes. Clingfish are shaped like tadpoles 
with a wide, flattened head; they have no scales and 
are covered with a thick coating of slime that makes 
them very slippery. Clingfish are characterized by a 
large suction disc formed by the union of the pelvic 
fins and adjacent folds of flesh. This disc allows cling- 
fish to attach themselves to the bottom and, in this way, 
they are able to withstand strong currents. Clingfish 
have a single dorsal fin and no spines. Most species of 
clingfish are small, about 4 in (10 cm) or less in length, 
but the rocksucker (Chorisochismus dentex) clingfish of 
South Africa may grow as large as 12 in (30 cm) long. 


Clingfish are most commonly found in the inter- 
tidal zone of oceans worldwide. They are rarely seen 
swimming in the open water, but rather it moves in 
short dashes and often remains cryptically attached to 
sessile invertebrates and vegetation. 


A number of species inhabit Caribbean waters, and 
about 20 species are found along the Pacific coast of 
North America. Among these North American species 
is the northern clingfish (Gobiesox meandricus) which is 
found from California to Alaska; this species averages 6 
in (15 cm) in length. Six other species of Gobiesox 
inhabit the North American coastal waters of the 
Atlantic Ocean. The most common of these species is 
the skilletfish (G. strumosus), a drab, dusky fish meas- 
uring 4 in (10 cm) in length. 


l Clipper chip 


the clipper chip is a cryptographic device intended 
to protect private communications for all but author- 
ized monitoring by government agencies. Termed the 
“clipper chip,” the device would permit secure 
encrypted voice communications, but would also 
allow United States law enforcement and intelligence 
agencies to monitor those communications by obtain- 
ing the algorithm keys to decrypt the transmissions. 
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As initially proposed the government would allow 
the keys to be maintained in a database held by an 
independent agent. Access to those keys would be 
permitted only as “legally authorized.” Critics and 
privacy advocates immediately questioned the vague 
and broad use of the term “legally authorized.” 


A chip similar in design and performance specifi- 
cations, the Capstone chip, could be similarly regu- 
lated to allow secure data transmissions that could 
also be easily decrypted by United States law and 
intelligence agencies via known algorithmic keys. 


An algorithm defines a repeatable step-by-step 
series of mathematical or language manipulation pro- 
cedures to encrypt or decrypt a message or communi- 
cation. Cryptology systems utilize algorithms and the 
labels, mechanics, recursive procedures, or other sol- 
utions are termed “keys” to the algorithm. 


Use of the clipper chip was initially authorized in the 
United States in 1994. The National Institute of 
Standards and Technology (NIST) and the Department 
of the Treasury were designated to be the database repo- 
sitories or “escrow” agents for the algorithmic keys. 
Rules regarding access to the keys were developed in 
accord with state and national security wiretap orders. 


The clipper chip utilizes the SKIPJACK algorithm 
as part of the Escrowed Encryption Standard (EES) 
program. SKIPJACK was developed as a classified 
algorithm by the National Security Agency (NSA). 
SKIPJACK. was initially developed as part of the 
Fortezza encryption suite and is a symmetric cipher with 
a fixed key length of 80 bits. Security experts assert that 
multiple encryption programs may eventually replace 
SKIPJACK like encryption-decryption programs. 


See also Computer hardware security; Computer 
keystroke recorder; Computer software security; 
Microchip. 
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t Clone and cloning 


A clone is a cell that is identical to the cell it was 
derived from. This identity is complete, extending 
from the cell’s genetic material (DNA and RNA) to 
the molecules that make up the cell. 
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Clone and cloning 


These calves were cloned in Japan from cells found in cow’s 
milk. (AP/Wide World Photos.) 


There are three types of cloning. One method, gene 
cloning, utilizes copying fragments of DNA for easier 
manipulation and study. Another cloning method 
involves producing genetically identical animals 
through a process called twinning. The final cloning 
method involves producing an organism through a 
nuclear transfer of genetic material from adult cell 
into an egg. Cloning is ancient. Before the existence of 
the deliberategenetic engineering at the molecular level, 
people cloned plants by grafts and stem cuttings. 
Modern-day cloning involving molecular techniques is 
a relatively recent scientific advance that sprang from 
the demonstration in the mid-1970s that targeted 
genetic material could be retrieved from one organism 
and inserted into another organism to become func- 
tional. Now, cloning is at the forefront of modern 
biology. Cloning has many promising applications in 
medicine, industry, conservation, and basic research. It 
is also the subject of much contention and debate. 


History of cloning 


Humans have manipulated plant asexual repro- 
duction through methods like grafting and stem cut- 
tings for more than 2,000 years. The modern era of 
laboratory cloning began in 1958 when carrot plants 
were cloned from mature single cells placed in a 
nutrient culture containing hormones. The first clon- 
ing of animal cells took place in 1964 when John 
Gurdon took the nuclei from intestinal cells of toad 
tadpoles and injected them into unfertilized eggs 
whose nuclei containing the original parents’ genetic 
information had been destroyed with ultraviolet light. 
When the eggs were incubated, Gurdon found that 
1-2% of the eggs developed into fertile, adult toads. 
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The first successful cloning of mammals was 
achieved nearly 20 years later when scientists in both 
Switzerland and the United States successfully cloned 
mice using a method similar to Gurdon’s approach; 
but their method required one extra step. After the 
nuclei were taken from the embryos of one type of 
mouse, they were transferred into the embryos of 
another type of mouse who served as a surrogate 
mother that went through the birthing process to cre- 
ate the cloned mice. The cloning of cattle livestock was 
achieved in 1988 when nuclei from embryos of prize 
cows were transplanted to unfertilized cow eggs whose 
own nuclei had been removed. 


In 1997, Scottish scientists cloned a sheep named 
Dolly, using cells from the mammary glands of an 
adult sheep and an egg cell from which the nucleus 
had been removed. This was the first time adult cells, 
rather than embryonic cells, had been used to clone a 
mammal. Since then, mice, cattle, goats, and other 
mammals have been cloned by similar methods. 
Some of these clones have been genetically altered so 
that the animals can produce drugs used in human 
medicine. Scientists are trying to clone organs for 
human transplant and may soon be able to clone 
human beings. 


In 2001, scientists from Advanced Cell Technology 
cloned the first endangered animal, a bull gaur (a wild 
ox from Asia). The newborn died after two days due to 
infection. In 2003, clones of a species of wild cattle, 
bantengs, were produced from cellular material stored 
more than 20 years In addition, an endangered mouflon 
was cloned using somatic cells from post-mortem sam- 
ples. Since 2003 other species including cats, mules, and 
horses have been used to produce clones. 


The cloning process 


The cloning of specific genes can provide large 
numbers of copies of the gene for use in genetics, 
medical research, and systematics. Gene cloning 
begins by separating a specific length of DNA that 
contains the target gene. This fragment is then placed 
into another DNA molecule called the vector, which is 
then called a recombinant DNA molecule. The 
recombinant DNA molecule is used to transport the 
gene into a host cell, such as a bacterium or yeast, 
where the vector DNA replicates independently of 
the nuclear DNA to produce many copies, or clones, 
of the target gene. Recombinant DNA can also be 
introduced into plant or animal cells, but if the cells 
are to produce a particular protein (e.g., hormone or 
enzyme) for a long time, the introduced DNA mole- 
cule has to integrate into the nuclear DNA. 
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KEY TERMS 


Blastomeres—Individual embryonic cells. 


Cell cycle—A cycle of growth and cellular reproduc- 
tion that includes nuclear division (mitosis) and cell 
division (cytokinesis). 


Chromosomes—he structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. 


DNA—Deoxyribonucleic acid; the genetic material 
in acell. 


Embryo—The earliest stage of animal development 
in the uterus before the animal is considered a fetus 
(which is usually the point at which the embryo takes 
on the basic physical form of its species). 


In nature, the simple organisms such as bacteria, 
yeast, and some other small organisms use cloning 
(asexual reproduction) to multiply, mainly by 
budding. 


The cloning of animal cells in laboratories has 
been achieved mainly through the methods of twin- 
ning and nuclear transfer. Twinning occurs when an 
early stage embryo is divided in vitro and inserted into 
surrogate mothers to develop to term. Nuclear trans- 
fer relies on the transfer of the nucleus into a fertilised 
egg from which the nucleus was removed. The progeny 
from the first procedure is identical to each other while 
being different from their parents. In contrast progeny 
from the second procedure share only the nuclear 
DNA with the donor, but not mitochondrial DNA 
and in fact it is not identical to the donor. 


In 1993, the first human embryos were cloned 
using a technique that placed individual embryonic 
cells (blastomeres) in a nutrient culture where the 
cells then divided into 48 new embryos. These experi- 
ments were conducted as part of some studies on in 
vitro (out of the body) fertilization aimed at develop- 
ing fertilized eggs in test tubes, which could then be 
implanted into the wombs of women having difficulty 
becoming pregnant. However, these fertilized eggs did 
not develop to a stage that was suitable for transplan- 
tation into a human uterus. 


Cloning cells intially held promise to produce 
many benefits in farming, medicine, and basic 
research. In agriculture, the goal is to clone plants 
containing specific traits that make them superior to 
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Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
protein or RNA molecule, and therefore for a specific 
inherited characteristic. 


Genetic engineering—The manipulation of genetic 
material to produce specific results in an organism. 

Genetics—The study of hereditary traits passed on 
through the genes. 

Heredity—Characteristics passed on from parents to 
offspring. 

Hybrid—tThe offspring resulting from combination 
of two different varieties of plants. 

Nucleus (plural nuclei)—The part of the cell that 
contains most of its genetic material, including chro- 
mosomes and DNA. 


naturally occurring plants. For example, in 1985, field 
tests were conducted using clones of plants whose 
genes had been altered in the laboratory (by genetic 
engineering) to produce resistance to insects, viruses, 
and bacteria. New strains of plants resulting from the 
cloning of specific traits could also lead to fruits and 
vegetables with improved nutritional qualities and 
longer shelf lives, or new strains of plants that can 
grow in poor soil or even under water. A cloning 
technique known as twinning could induce livestock 
to give birth to twins or even triplets, thus reducing the 
amount of feed needed to produce meat. 


In medicine, gene cloning has been used to pro- 
duce vaccines and hormones, for example: insulin for 
treating diabetes and of growth hormones for children 
who do not produce enough hormones for normal 
growth. The use of monoclonal antibodies in disease 
treatment and research involves combining two differ- 
ent kinds of cells (such as mouse and human cancer 
cells), to produce large quantities of specific antibod- 
ies, which are produced by the immune system to fight 
off disease. 


Biopysical problems associated with cloning 


Recent years revealed that some cloned animals 
suffer from age-related diseases and die prematurely. 
Although, clones from other species still appear 
healthy, mice cloned using somatic cells have a higher 
than expected death rate from infections and hepatic 
failure. 
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Closed curves 


Plagued with a chronic and progressive lung dis- 
ease, veterinarians were forced to humanly euthanize 
Dolly in February 2003. Dolly lived a shorter lifespan 
than is typical of sheep (normally 11 to 12 years) and 
developed other conditions such as chronic arthritis) 
much earlier than would be normally be expected. 


Dolly’s seemingly fragile health, along with more 
generalized fears of premature aging in cloned ani- 
mals, renewed fears first raised by a study in 1999 
that Dolly’s telomeres were shorter than normal. 
Telomeres are the physical ends of eukaryotic chro- 
mosomes that function in the replication and stabili- 
zation of the chromosomes. Telomeres are synthesized 
by the enzyme telomerase. The enzyme may be impor- 
tant in determining the effective lifetime of a chromo- 
some and so may act as a biological clock for the cell. 
According to the telomere theory of aging, during 
DNA synthesis, DNA polymerase fails to replicate 
all of the nucleic acids resulting in shortened telo- 
meres—and hence shortened chromosomes—with 
each successive generation of cell division. 
Eventually, the cell will no longer divide and after 
enough critical regions have been deleted, the cell 
cycle will arrest and the cell will die. 


Because telomerase is not active all the time, nor is 
it found in every cell of the body, the genetic regulation 
of telomerase is under intense study. Researchers have 
discovered that if the action of telomerase is inter- 
rupted, the telomere will abnormally shorten and 
thus accelerate the general aging process of the cell. 


Ata minimum, cloning eliminates genetic variation 
and thus, can be detrimental in the long term, leading to 
inbreeding and increased susceptibility to diseases. 
Although cloning also holds promise for saving certain 
rare breeds of animals from extinction, for some of 
them, finding the surrogate mothers can be a challenge 
best illustrated by failed trials with cloning of pandas. 


The ethics of cloning 


Despite the benefits of cloning and its many prom- 
ising avenues of research, certain ethical questions con- 
cerning the possible abuse of cloning have been raised. 
At the heart of these questions is the idea of humans 
tampering with life in a way that could harm society, 
either morally, or in a real physical sense. Despite these 
concerns, there is little doubt that cloning will continue 
to be used. Cloning of particular genes for research and 
production of medicines is usually not opposed, gene 
therapy is much more controversial, while cloning of 
human beings is nearly uniformly opposed. Human 
cloning was banned in most countries and even the 
use of human embryonic stem cells is being reviewed 
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in many countries. On the other hand, cloning plants or 
animals will probably continue. 
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Cloning, shotgun method see Shotgun 
cloning 


i Closed curves 


A closed curve is a curve within a plane that has no 
endpoints and, thus, completely encloses an area 
within it. It can be drawn without lifting the pencil 
from the paper and that ends at the point where it 
began. In Figure 1, A, B, and C are closed curves; D, 
E, and F are not. 


Curve A is a circle. Although the starting point is 
not indicated, any of its points can be chosen to serve 
that purpose. Curve B crosses itself and is therefore 
not a simple closed curve, but it is a closed curve. 
Curve C has a straight portion, but curve, as used in 
mathematics, includes straight lines as well as those 
that bend. Curve D, in which the tiny circle indicates a 
single missing point, fails for either of two reasons. If 
the starting point is chosen somewhere along the 
curve, then the one-point gap is a discontinuity. One 
cannot draw it without lifting the pencil. If one tries 
instead to start the curve at the point next to the gap, 
there is no point next to the gap. Between any two 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


distinct points on a continuous curve, there is always 
another point. Whatever point one chooses, there will 
always be an undrawn point between it and the gap— 
in fact an infinitude (endless number) of such points. 
Curve E has a closed portion, but the tails keep the 
curve as a whole from being closed. Curve F simply 
fails to end where it began. 


Curves can be described statically as sets of points. 
For example, the sets {P: PC = r, where C is a fixed 
point and r is a positive constant} and {(x,y): x* + y* 
= 1°} describe circles. The descriptions are static in the 
way a pile of bricks is static. Points either belong to the 
sets or they do not; except for set membership, there is 
no obvious connection between the points. 
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Although such descriptions are very useful, they 
have their limitations. For one thing, it is not obvious 
that they describe curves as opposed, say, to surfaces 
(in fact, the first describes a sphere or a circle, depend- 
ing on the space in which one is working). For another, 
they omit any sense of continuity or movement. A 
planet’s path around the Sun is an ellipse, but it does 
not occupy every point on the ellipse simultaneously, 
and it does not hop from point to point. It moves 
continuously along the curve as a function of time. A 
dynamic description of its path is more useful than a 
static one. Curves are therefore often described as 
paths, as the position of a point, P(t), that varies con- 
tinuously as a function of time (or some analogous 
variable), which increases from some value a to value 
b. If the variable t does not represent time, then it 
represents a variable which increases continuously as 
time does, such as the angle formed by the Earth, the 
Sun, and a reference star. 


However it is described, a curve is one-dimen- 
sional. It may be drawn in three-dimensional space, 
or on a two-dimensional surface such as a plane, but 
the curve itself is one-dimensional. It has one degree of 
freedom (i.e., length). 


A person on a roller coaster experiences this phe- 
nomenon. The roller coaster car loops, dives, and 
twists, but it does not leave the track. As time passes, 
it makes its way from the starting point, along the 
track, and finally back to the starting point. Its posi- 
tion is a function of a single variable, called a param- 
eter, time. 


A good way to describe a circle as a path is to use 
trigonometric functions: P(t) = (r cos t, r sin t), where 
P(t) is a point on the coordinate plane. This describes a 
circle of radius r with its center at the origin. If t is 
measured in degrees, varying over the closed interval 
[90,450], the curve will start at (0,1) and, since the sine 
and cosine of 90° are equal to the sine and cosine of 
450°, will end there. If the interval over which t varies 
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Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


KEY TERMS 


Closed curve—A curve that begins and ends at the 
same point. 


Curve—A_ one-dimensional continuous set of 


points in the plane or in space. 


is the open interval (90,450), it will be the circle with 
one point missing, as shown in Figure 1, and will not 
be closed. 


Not all curves can be represented as neatly as 
circles, but from a topological point of view, that 
does not matter. There are properties that certain 
closed curves share regardless of the way in which 
P(t) is represented. 


One of the properties is that of being a simple 
closed curve. In Figure 1, curve B was not a simple 
curve; it crossed itself. There were two values of t, call 
them t; and tz, for which P(t,) = P(t2). If there are no 
such values—if different values of t always give differ- 
ent points, then the curve is simple. 


Another property is a sense of direction along the 
curve. On the roller coaster, as time passes, the car gets 
closer and closer to the end of the ride (to the relief of 
some of its passengers). On the circle described above, 
P(t) moves counterclockwise around it. If, in Figure 2, 
a toy train were started so that it traversed the left loop 
in a counterclockwise direction, it would traverse the 
other loop in a clockwise direction. This can be indi- 
cated with arrowheads. 


Associated with each closed part of a closed curve 
is a winding number. In the case of the circle above, the 
winding number would be +1. A person standing 
inside the circle watching P(t) move around the circle 
would have to make one complete revolution to keep 
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the point in view. Since such a person would have to 
rotate counterclockwise, the winding number is arbi- 
trarily considered positive. 


In the same way, a person standing inside the left 
loop of Figure 2 would rotate once counterclockwise. 
Watching the point traverse the right loop would 
necessitate some turning first to the left and then to 
the right, but the partial revolutions would cancel out. 
The winding number for the left loop is therefore +1. 
The winding number for the right loop, based on the 
number of revolutions someone standing inside that 
loop would have to make, would be -1. 


In Figure 3 the winding numbers are as shown. 


The reader can check this. In Figure 4, although 
the curve is quite contorted, the winding number is + 1. 


This illustrates a fundamental fact about simple 
closed curves: their winding numbers are always + 1 
or -l. 


Being or not being closed is a property of a curve 
that can survive a variety of geometrical transforma- 
tions. One can rotate a figure, stretch it in one direc- 
tion or two, shrink it, shear it, or reflect it without 
breaking it open or closing it. One transformation that 
is a notable exception to this is a projection. When one 
projects a circle, as with a slide projector, one can, by 
adjusting the angle of the screen, turn that circle into 
an open parabola or hyperbola. 


Resources 
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Closed interval see Interval 


[ Closure property 


The closure property means that a set is closed for 
some mathematical operation. That is, a set is closed 
with respect to that operation if the operation can 
always be completed with elements in the set. Thus, a 
set either has or lacks closure with respect to a given 
operation. 
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For example, the set of even natural numbers, [2, 4, 
6, 8,...], is closed with respect to addition because the 
sum of any two of them is another even natural num- 
ber, which is also a member of the set. (Natural num- 
bers are defined as the set: [1, 2, 3, 4,...].) It is not 
closed with respect to division because the quotients 
6/2 and 4/8, for example, cannot be computed without 
using odd numbers (6/2=3) or fractions (4/8 = '/), 
which are not members of the set. 


Knowing the operations for which a given set is 
closed helps one understand the nature of the set. 
Thus, one knows that the set of natural numbers is 
less versatile than the set of integers because the latter 
is closed with respect to subtraction, but the former is 
not. (Integers are defined as the set: [. . -3, -2,-1, 0, 1, 2, 
3,...].) Similarly one knows that the set of polynomials 
is much like the set of integers because both sets are 
closed under addition, multiplication, negation, and 
subtraction, but are not closed under division. 


Particularly interesting examples of closure are 
the positive and negative numbers. In mathematical 
structure, these two sets are indistinguishable except 
for one property, closure with respect to multiplica- 
tion. Once one decides that the product of two positive 
numbers is positive, the other rules for multiplying 
and dividing various combinations of positive and 
negative numbers follow. Then, for example, the prod- 
uct of two negative numbers must be positive, and 
so on. 


The lack of closure is one reason for enlarging a set. 
For example, without augmenting the set of rational 
numbers with the irrationals, one cannot solve an equa- 
tion such as x* = 2, which can arise from the use of the 
pythagorean theorem. Without extending the set of real 
numbers to include imaginary numbers, one cannot 
solve an equation such as x” + 1 = 0, contrary to the 
fundamental theorem of algebra. 


Closure can be associated with operations on sin- 
gle numbers as well as operations between two num- 
bers. When the Pythagoreans discovered that the 
square root of 2 was not rational, they had discovered 
that the rationals were not closed with respect to tak- 
ing roots. 


Although closure is usually thought of as a prop- 
erty of sets of ordinary numbers, the concept can be 
applied to other kinds of mathematical elements. It 
can be applied to sets of rigid motions in the plane, to 
vectors, to matrices, and to other things. For instance, 
one can say that the set of three-by-three matrices is 
closed with respect to addition. 
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Closure, or the lack of it, can be of practical con- 
cern, too. Inexpensive, four-function calculators 
rarely allow the user to use negative numbers as 
inputs. Nevertheless, if one subtracts a larger number 
from a smaller number, the calculator will complete 
the operation and display the negative number that 
results. On the other hand, if one divides | by 3, the 
calculator will display 0.333333, which is close, but not 
exact. If an operation takes a calculator beyond the 
numbers it can use, the answer it displays will be 
wrong, perhaps significantly so. 


Cloud chambers see Particle detectors 


| Clouds 


Clouds are condensed atmospheric moisture in the 
form of minute water droplets or ice crystals. The cre- 
ation of a cloud begins at ground level. The sun heats 
Earth’s surface and the warm ground heats the air, 
which rises and carries with it variable amounts of 
water, as vapor, that has evaporated from bodies of 
water and plants. Air at ground level is denser than air 
at altitude, and as the warm air rises, it expands and 
becomes less dense. As expansion cools the air, the 
water vapor that is present in the air condenses into 
tiny microscopic droplets. Cloud formation depends on 
how much water is in the atmosphere, the temperature, 
the air current, and topography. If there is no water, no 
clouds can form. If condensation occurs below the 
freezing point, the cloud is made of ice crystals. Warm 
and cold air fronts, as well as topography, can control 
how air rises. Clouds that form during vigorous uplift 
of air have a tall, stacked appearance and clouds 
formed by gentle uplift of air currents have a flat or 
stratified appearance. One can make short-term fore- 
casts by observing clouds, as any change in the appear- 
ance of a cloud indicates a change in the weather. 


Classification 


Luke Howard (1773-1864), an English pharmacist 
and amateur naturalist, developed a system of classifi- 
cation for clouds in 1803. Howard categorized clouds 
into three major groups using words borrowed from 
Latin: cumulus (accumulate or piled up heaps and 
puffs), cirrus (fibrous and curly), and stratus (stretched 
out and layered). To further describe clouds, he com- 
bined those terms and used other descriptive words such 
as, alto (high), and nimbus (rain). The International 
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Clouds 


Cirrus clouds (top) and cumulus clouds (bottom). (© John Deeks, National Audubon Society Collection/Photo Researchers, Inc.) 


Cloud Classification used today is based on Howard’s 
system. 


There are three basic forms of clouds: cirrus, cumu- 
lus, and stratus. All clouds are either purely these forms, 
or a combination or modification of the basic forms. 
Because there is more water vapor at lower elevations, 
lower clouds appear denser than higher clouds. 


Cloud categories 


Today, there are 10 characteristic forms or genera of 
clouds recognized by the International Cloud Classifica- 
tion, and there are three height categories with an estab- 
lished altitude range for each category. Low-level clouds 
range from the surface to 6,500 ft (2,000 m), mid-level 
from 6,500—23,000 ft (2,000—7,000 m) and high-level, 
generally above 20,000 ft (6,000 m). Below is a brief 
description of each category and their genera. 


Nimbus category 


There are two genera of rain clouds, cumulonim- 
bus and nimbostratus. Nimbostratus clouds are usu- 
ally mid level clouds, thick, dark, gray, and sometimes 
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seen with virga or skirts of rain trailing down. These 
clouds consist of water droplets that produce either 
rain or snow. Cumulonimbus clouds are thunderstorm 
clouds, and arise from cumulus clouds that have 
reached a great height. When the cloud normally 
reaches the height of the tropopause, it flattens to 
resemble an anvil. All phases of water—gas, liquid, 
and solid—are contained in these clouds, along with 
powerful updrafts and downdrafts that can create 
violent storms. 


High clouds 


The altitude range for high clouds is 16,500— 
45,000 ft (5,032—13,725 m) but they typically form 
between 20,000—25,000 ft (6,000-7,500 m). There are 
three genera of high-level clouds and they are all 
labeled with the term cirrus. Cirrus clouds are the 
highest clouds, forming around 30,000 ft (9,150 m). 
They are totally made of ice crystals because they form 
where freezing temperatures prevail. Pure cirrus 
clouds look wispy, with a slight curl, and very white. 
Because of their appearance, they are often called 
mares’ tails. Cirrocumulus clouds, the least common 
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Cirrocumulus clouds fill the evening sky. (Robert J. Huffman. 
Field Mark Publications.) 


cloud, are small, white or pale gray, with a rippled 
appearance. Sometimes they appear like a sky full of 
fish scales; this effect is called a mackerel sky. These 
clouds usually cover a large area. They form around 
20,000—25,000 ft (6,000—7,500 m) and are made of 
either supercooled water droplets or ice crystals. 
Cirrostratus clouds also form at 20,000—25,000 ft, 
but are made completely of ice crystals. They usually 
cover the sky as a thin veil or sheet of white. These 
clouds are responsible for the halos that occur around 
the sun or moon. 


Middle level clouds 


The mid-level clouds at 6,500—23,000 ft (2,000— 
7,000 m) typically have the prefix “alto” added to the 
two genera in this category. Altostratus clouds appear as 
a uniform bluish or gray sheet covering all, or large areas 
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of the sky. The sun or moon may be totally covered or 
shine through very weakly. These clouds are complex as 
they are usually layered, with ice crystals at the higher, 
top layers, ice and snow in the middle, and water droplets 
in the lower layers. Altostratus clouds often yield precip- 
itation. Altocumulus are elliptical, dense, fluffy balls. 
They are seen as singular units or as closely bunched 
groups in a clear sky. 


Low level clouds 


There are three genera in the low level (surface to 
6,500 ft [2,000 m]). Stratus clouds are usually the 
lowest of the three genera. Stratus clouds blanket 
the sky and usually appear gray. They form when a 
large mass of air rises slowly and the water vapor 
condenses as the air becomes cooler, or when cool 
air moves in over an area close to ground level. These 
clouds often produce mist or drizzle. Fog is a stratus 
cloud at ground level. Cumulus clouds have flat 
bases, are thick, and appear puffy. Inside a cumulus 
cloud are updrafts that create the cloud’s appearance. 
They form when a column of warm air rises, expands, 
cools, and condenses. Cumulus clouds occur primar- 
ily in warm weather. They consist of water droplets 
and appear white because the sunlight reflects off the 
droplets. Thick clouds appear darker at the bottom 
because the sunlight is partially blocked. Cumulus 
clouds can develop into cumulonimbus clouds. 
Stratocumulus clouds are large, grayish masses, 
spread out in a puffy layer. Sometimes they appear 
as rolls. These clouds appear darker and heavier than 
the altocumulus cloud, and can transform into nim- 
bostratus clouds. 


Unusual clouds 


Beside the basic cloud types, there are subgroups 
and some unusual cloud formations. Terms such as 
humulus (fair weather) and congestus (rain shower) 
are used to further describe the cumulus genus. 
Fractus (jagged), castellanus (castle shaped), and unci- 
nus (hook shaped) are other descriptive terms used 
together with some basic cloud types. In mountainous 
regions, lenticular clouds are a common sight. They 
form only over mountain peaks and resemble a stack 
of different layers of cloud matter. Noctilucent clouds 
form only between sunset and sunrise, and are only 
seen in high latitude countries. Contrails (condensa- 
tion trails) are artificial clouds formed from the engine 
exhaust of high altitude aircraft. 


See also Weather Weather 


modification. 


forecasting; 
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Club mosses 
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Clover see Legumes 


Cloves see Myrtle family (Myrtaceae) 


| Club mosses 


Club mosses, also called lycophytes, are flower- 
less, seedless plants in the family Lycopodiaceae, that 
belong to an ancient group of plants of the division 
Lycophyta. The lycophytes were one of the dominant 
plants during the Coal age (360-286 million years ago) 
and many were shrubs or large trees. By 250 million 
years ago, most of the woody species had died out. 
Between 10 and 15 living genera have been recognized, 
consisting of about 400 species. Lycopodiaceae are 
cosmopolitan, occurring in arctic to tropical regions. 
Nowhere do they dominate plant communities today 
as they did in the past. In arctic and temperate regions, 
club mosses are terrestrial; in the tropics they are 
mostly epiphytes near the tops of trees and seldom 
seen. The classification of club mosses has changed 
radically in recent years. Most temperate species 
were grouped within the genus Lycopodium, from the 
Greek /ycos, meaning wolf, and pous meaning foot, in 
an imaginative reference to the resemblance in some 
species of the densely leaved branch tips to a wolf's 
foot. However, it is now clear that fundamental differ- 
ences exist among the club mosses with respect to a 
variety of important characters. Seven genera and 27 
species have been recognized in the flora of North 
America. Four of the common genera, formerly all 
within the genus Lycopodium, are Lycopodium, the 
tree club mosses (six species), Diphasiastrum, the club 
mosses (five species), Huperzia, the fir mosses (seven 
species), and Lycopodiella, the bog club mosses (six 
species); all are terrestrial. The sole epiphytic member 
of the club moss family in North America is the hang- 
ing fir moss (Phlegmariurus dichotomus), which is 
common in subtropical and tropical Central and 
South America. In North America it is known found 
only in the Big Cypress Swamp, Florida. 
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KEY TERMS 


Gametophyte—Individual plant containing only 
one set of chromosomes per cell that produces 
gametes, i.e., reproductive cells that must fuse 
with other reproductive cells to produce a new 
individual. 

Sporophyte—The diploid, spore-producing gener- 
ation in a plant's life cycle. 


Unlike other ancient plants, such as liverworts, the 
sporophytes of club mosses are clearly differentiated into 
root, stem, and leaves. All living club mosses are peren- 
nial herbs that typically possess underground stems that 
branch and give rise to shoots that rarely exceed 7.9 in 
(20 cm) in height. Although the photosynthetic organs of 
club mosses are commonly called leaves, technically 
speaking they are microphylls, which differ from true 
leaves in that they contain only one unbranched strand 
of conducting tissue. The “micro” prefix does not neces- 
sarily mean that these photosynthetic organs are small; in 
fact some extinct tree lycophytes were 3.3 ft (1 m) long. It 
refers instead to an initially very small flap of tissue that 
grew along the stem of primitive leafless plants; eventu- 
ally, through evolution, this grew larger and had a strand 
of conducting tissue enter it to produce the modern 
microphyll. Microphylls are generally needle-like, 
spear-shaped, or ovate, and arranged spirally along the 
stem, but are occasionally opposite or whorled. The habit 
of evergreen leaves on stems that in some species run 
along the ground has given rise to the common name of 
ground or running pines. Stems have a primitive vascular 
tissue composed of a solid, central column. 


Spores, all of one type, are produced in sporangia 
that occur either singly on fertile leaves (sporophylls) 
that look much like nonfertile leaves or on modified 
leaves that are tightly appressed on the tip of a branch 
producing a cone or club-like structure, hence the 
name club moss. The cones may or may not be stalked. 
The spores germinate to produce bisexual gameto- 
phytes that are either green and photosynthetic on 
the soil surface or are underground and nonphotosyn- 
thetic, deriving some of their nourishment from 
mycorrhyzae. The maturation of a gametophyte may 
require six to 15 years. Biflagellated sperm are pro- 
duced in an antheridium (male reproductive organ) 
and an egg is produced in a flask-shaped archegonium 
(female reproductive organ). Water is required for the 
sperm to swim to another gametophyte and down the 
neck of an archegonium to reach the egg at the bot- 
tom. The young sporophyte produced after fertiliza- 
tion may remain attached for many years, and in some 
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species the gametophyte may continue to grow and 
produce a succession of young sporophytes. 


Club mosses are ecologically minor components of all 
the ecosystems in which they occur. Their economic 
importance is also slight. Many club mosses produce 
masses of highly inflammable sulfur-colored spores that 
were once used as a constituent of flash powder in early 
photography and in fireworks. The spores were also for- 
merly used by pharmacists to coat pills. In parts of eastern 
North America, local cottage industries have sprung up to 
collect club mosses in order to make the most elegant of 
Christmas wreaths. Spores of common club moss 
(Lycopodium clavatum) are used by paleoecologists to 
calibrate the number of fossil pollen grains in samples of 
lake mud. Some Druid sects considered club mosses to be 
sacred plants and had elaborate rituals to collect club 
mosses and display them on their altars for good luck. 


See also Liverwort; Spore. 
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| Coal 


Coal is a naturally occurring combustible material 
consisting primarily of the element carbon, but with 
low percentages of solid, liquid, and gaseous hydro- 
carbons and other materials, such as compounds of 
nitrogen and sulfur. Coal is usually classified into the 
sub-groups known as anthracite, bituminous, lignite, 
and peat. The physical, chemical, and other properties 
of coal vary considerably from sample to sample. 


Origins of coal 


Coal forms primarily from ancient plant material 
that accumulated in surface environments where the 
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A coal seam in northwest Colorado. (JLM Visuals.) 


complete decay of organic matter was prevented. For 
example, a plant that died in a swampy area would 
quickly be covered with water, silt, sand, and other 
sediments. These materials prevented the plant debris 
from reacting with oxygen and decomposing to car- 
bon dioxide and water, as would occur under normal 
circumstances. Instead, anaerobic bacteria (bacteria 
that do not require oxygen to live) attacked the plant 
debris and converted it to simpler forms—primarily 
pure carbon and simple compounds of carbon and 
hydrogen (hydrocarbons). Because of the way it is 
formed, coal (along with petroleum and natural gas) 
is often referred to as a fossil fuel. 


The initial stage of the decay of a dead plant is a 
soft, woody material known as peat. In some parts of 
the world, peat is still collected from boggy areas and 
used as a fuel. It is not a good fuel, however, as it burns 
poorly and with a great deal of smoke. 


If peat is allowed to remain in the ground for long 
periods of time, it eventually becomes compacted as 
layers of sediment, known as overburden, collect 
above it. The additional pressure and heat of the over- 
burden gradually converts peat into another form of 
coal known as lignite or brown coal. Continued com- 
paction by overburden then converts lignite into bitu- 
minous (or soft) coal and finally, anthracite (or hard) 
coal. Coal has been formed at many times in the past, 
but most abundantly during the Carboniferous Age 
(about 300 million years ago) and again during the 
Upper Cretaceous Age (about 100 million years ago). 


Today, coal formed by these processes is often found 
in layers between layers of sedimentary rock. In some 
cases, the coal layers may lie at or very near the Earth’s 
surface. In other cases, they may be buried thousands of 
feet or meters under ground. Coal seams range from no 
more than 3 to 197 ft (1 to 60 m) or more in thickness. The 
location and configuration of a coal seam determines the 
method by which the coal will be mined. 
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Coal 


Composition of coal 


Coal is classified according to its heating value and 
according to its relative content of elemental carbon. For 
example, anthracite contains the highest proportion of 
pure carbon (about 86 to 98%) and has the highest heat 
value—13,500 to 15,600 Btu/Ib (British thermal units per 
pound)—of all forms of coal. Bituminous coal generally 
has lower concentrations of pure carbon (from 46 to 86%) 
and lower heat values (8,300 to 15,600 Btu/Ib). 
Bituminous coals are often sub-divided based on their 
heat value, being classified as low, medium, and high 
volatile bituminous and sub-bituminous. Lignite, the 
poorest of the true coals in terms of heat value (5,500 to 
8,300 Btu/Ib) generally contains about 46 to 60% pure 
carbon. All forms of coal also contain other elements 
present in living organisms, such as sulfur and nitrogen, 
that are very low in absolute numbers, but that have 
important environmental consequences when coals are 
used as fuels. 


Properties and reactions 


By far the most important property of coal is that 
it combusts. When the pure carbon and hydrocarbons 
found in coal burn completely only two products are 
formed, carbon dioxide and water. During this chem- 
ical reaction, a relatively large amount of energy is 
released. The release of heat when coal is burned 
explains the fact that the material has long been used 
by humans as a source of energy, such as for the 
heating of homes and other buildings, to run ships 
and trains, and in many industrial processes. 


Environmental problems associated with the 
burning of coal 


The complete combustion of carbon and hydro- 
carbons described above rarely occurs in nature. If the 
temperature is not high enough or sufficient oxygen is 
not provided to the fuel, combustion of these materials 
is usually incomplete. During the incomplete combus- 
tion of carbon and hydrocarbons, other products 
besides carbon dioxide and water are formed, primar- 
ily carbon monoxide, hydrogen, and other forms of 
pure carbon, such as soot. 


During the combustion of coal, minor constitu- 
ents are also oxidized. Sulfur is converted to sulfur 
dioxide and sulfur trioxide, and nitrogen compounds 
are converted to nitrogen oxides. The incomplete com- 
bustion of coal and the combustion of these minor 
constituents results in a number of environmental 
problems. For example, soot formed during incom- 
plete combustion may settle out of the air and deposit 
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an unattractive coating on homes, cars, buildings, and 
other structures. Carbon monoxide formed during 
incomplete combustion is a toxic gas and may cause 
illness or death in humans and other animals. Oxides 
of sulfur and nitrogen react with water vapor in the 
atmosphere and then are precipitated out as acid rain. 
Acid rain is thought to be responsible for the destruc- 
tion of certain forms of plant and animal (especially 
fish) life. 


In addition to these compounds, coal often con- 
tains a few percent of mineral matter: quartz, calcite, 
or perhaps clay minerals. These materials do not read- 
ily combust and so become part of the ash. The ash 
then either escapes into the atmosphere or remains in 
the combustion vessel and must be discarded. 
Sometimes coal ash also contains significant amounts 
of lead, barium, arsenic, or other compounds. 
Whether air borne or in bulk, coal ash can therefore 
be a serious environmental hazard. 


Coal mining 


Coal is extracted from the Earth using one of two 
major techniques, sub-surface or surface (strip) min- 
ing. The former method is used when seams of coal are 
located at significant depths below the Earth’s surface. 
The first step in sub-surface mining is to dig vertical 
tunnels into Earth until the coal seam is reached. 
Horizontal tunnels are then constructed laterally off 
the vertical tunnel. In many cases, the preferred 
method of mining coal by this method is called 
room-and-pillar mining. In this method, vertical col- 
umns of coal (the pillars) are left in place as coal 
around them is removed. The pillars hold up the ceil- 
ing of the seam, preventing it from collapsing on min- 
ers working around them. After the mine has been 
abandoned, however, those pillars may often collapse, 
bringing down the ceiling of the seam and causing 
subsidence in land above the old mine. 


Surface mining can be used when a coal seam is 
close enough to the Earth’s surface to allow the over- 
burden to be removed economically. In such a case, the 
first step is to strip off all of the overburden in order to 
reach the coal itself. The coal is then scraped out by 
huge power shovels, some capable of removing up to 
130 cubic yards (100 cubic meters) at a time. Strip 
mining is a far safer form of coal mining, but it presents 
a number of environmental problems. In most instan- 
ces, an area that has been strip mined is terribly scarred, 
and restoring the area to its original state is a long and 
expensive procedure. In addition, any water that comes 
in contact with the exposed coal or overburden may 
become polluted and require treatment. 
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Resources 


Coal is regarded as a non-renewable resource, 
meaning that it was formed at times during the 
Earth’s history, but significant amounts are no longer 
forming. Therefore, the amount of coal that now exists 
below the Earth’s surface is, for all practical purposes, 
all the coal that humans have available to them for the 
foreseeable future. When this supply of coal is used up, 
humans will find it necessary to find some other sub- 
stitute to meet their energy needs. 


Large supplies of coal are known to exist (proven 
reserves) or thought to be available (estimated resour- 
ces) in North America, Russia (the former Soviet 
Union), and parts of Asia, especially China and 
India. According to 2005 statistics from the World 
Coal Institute, China produces the largest amount of 
coal each year, about 45% of the world’s total, fol- 
lowed by the United States 19%, India 8%, Australia 
6%, South Africa 5%, Russia 4%, Indonesia 3%, 
Poland 2%, and Columbia 1%. China is also thought 
to have the world’s largest estimated resources of coal, 
as much as 46% of all that exists. In the United States, 
the largest coal-producing areas are the Appalachian 
Basin (including the states of Pennsylvania, West 
Virginia, Tennessee, Ohio, and Alabama) the Illinois 
Basin (including Illinois, Indiana, and Kentucky), the 
western areas of the Powder River Basin, Green River 
Basin, Uinta Basin, and San Juan Basin (including 
Montana, North Dakota, Wyoming, New Mexico, 
Utah, and Colorado), and Alaska. 


Uses 


For many centuries, coal was burned in small 
stoves to produce heat in homes and factories. 
Today, the most important use of coal, both directly 
and indirectly, is still as a fuel. The largest single con- 
sumer of coal as a fuel is the electrical power industry. 
The combustion of coal in power generating plants is 
used to make steam that, in turn, operates turbines and 
generators. For a period of more than 40 years, beginning 
in 1940, the amount of coal used in the United States for 
this purpose doubled in every decade. Coal is no longer 
widely used to heat homes and buildings, as was the case a 
half century ago, but it is still used in industries such as 
paper production, cement and ceramic manufacture, iron 
and steel production, and chemical manufacture for heat- 
ing and for steam generation. 


Another use for coal is in the manufacture of coke. 
Coke is nearly pure carbon produced when soft coal is 
heated in the absence of air. In most cases, one ton of 
coal will produce 0.7 ton of coke in this process. Coke 
is of value in industry because it has a heat value 
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KEY TERMS 


Anthracite—Hard coal; a form of coal with high 
heat content and high concentration of pure 
carbon. 


Bituminous—Soft coal; a form of coal with less heat 
content and pure carbon content than anthracite, 
but more than lignite. 


British thermal unit (Btu)—A unit for measuring 
heat content in the British measuring system. 


Coke—A synthetic fuel formed by the heating of 
soft coal in the absence of air. 


Combustion—A form of oxidation that occurs so 
rapidly that noticeable heat and light are produced. 


Gasification—Any process by which solid coal is 
converted to a gaseous fuel. 


Lignite—Brown coal; a form of coal with less heat 
content and pure carbon content than either 
anthracite or bituminous coal. 


Liquefaction—Any process by which solid coal is 
converted to a liquid fuel. 


Peat—A primitive form of coal with less heat con- 
tent and pure carbon content than any form of coal. 


Strip mining—A method for removing coal from 
seams that are close to the Earth’s surface. 


higher than any form of natural coal. It is widely 
used in steel making and in certain chemical processes. 


Conversion of coal 


A number of processes have been developed by 
which solid coal can be converted to a liquid or gaseous 
form for use as a fuel. Conversion has a number of 
advantages. In a liquid or gaseous form, the fuel may 
be easier to transport, and the conversion process 
removes a number of impurities from the original coal 
(such as sulfur) that have environmental disadvantages. 


One of the conversion methods is known as gas- 
ification. In gasification, crushed coal is reacted with 
steam and either air or pure oxygen. The coal is con- 
verted into a complex mixture of gaseous hydrocarbons 
with heat values ranging from 100 to 1,000 Btu. One 
suggestion has been to construct gasification systems 
within a coal mine, making it much easier to remove the 
coal (in a gaseous form) from its original seam. 


In the process of liquefaction, solid coal is con- 
verted to a petroleum-like liquid that can be used as a 
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fuel for motor vehicles and other applications. On the 
one hand, both liquefaction and gasification are 
attractive technologies in the United States because 
of our very large coal resources. On the other hand, 
the wide availability of raw coal means that new tech- 
nologies have been unable to compete economically 
with the natural product. 


During the twentieth century, coal oil and coal gas 
were important sources of fuel for heating and lighting 
homes. However, with the advent of natural gas, coal 
distillates quickly became unpopular since they are 
somewhat smoky and foul smelling. In the 2000s, 
petroleum continues to be used more often than coal 
in industries across the United States. However, coal is 
still important in producing electricity. In fact, over 
85% of the coal used in the United States is used by 
electric power plants. 


See also Air pollution; Hydrocarbon. 
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| Coast and beach 


The coast and beach, where the continents meet 
the sea, are dynamic environments where agents of 
erosion vie with processes of deposition to produce a 
set of features reflecting their complex interplay and 
the influences of changes in sea level, climate and sedi- 
ment supply. “Coast” usually refers to the entire 
region of a continent or island that is significantly 
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Palm trees on Welligma Beach, South Coast, Ceylon. 
(© Charles & Josette Lenars. Corbis.) 


affected by its proximity to the sea, whereas “beach” 
refers to a much smaller region, usually just the areas 
directly affected by wave action. 


Observing erosion and deposition 


Earth is constantly changing. Mountains are 
built up by tectonic forces, weathered, and eroded 
away. The erosional debris is deposited in the sea. In 
most places these changes occur so slowly they are 
barely noticeable, but at the beach, they are often 
observable. 


Most features of the beach environment are tem- 
porary, steady-state features. This means that although 
features on beaches may appear to be permanent struc- 
tures, they are constantly in a state of flux. For exam- 
ple, the size and shape of a spit, which is a body of sand 
stretching out from a point perpendicular to the shore, 
is similar to the level of the water in this example. To 
stay the same size, the rate at which sand is being added 
to the spit must be exactly balanced by the rate at 
which it is being removed. Failure to recognize this 
has often led to serious degradation of the coastal 
environment. 


Sea level is the point from which elevation is meas- 
ured. A minor change in elevation high on a mountain is 
undetectable without sophisticated surveying equipment. 
The environment at 4,320 ft (1,316.7 m) above sea level is 
not much different from that at 4,310 ft (1,313.6 m). The 
same 10-ft (3-m) change in the elevation of a beach would 
expose formerly submerged land, or inundate formerly 
exposed land, making it easy to notice. Not only is the 
environment different, but also the dominant geologic 
processes are different. Erosion occurs above sea level, 
deposition occurs below sea level. As a result, coasts 
where the land is rising relative to sea level (emergent 
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A rocky coastline at Boardman State Park, Oregon. (George Ranalli. Photo Researchers, Inc.) 


coasts) are usually very different from those where the 
land is sinking relative to sea level (submergent coasts). 


Emergent coasts 


If the coast rises, or sea level goes down, areas that 
were once covered by the sea will emerge and form part 
of the landscape. The erosive action of the waves will 
attack surfaces that previously lay safely below them. 
This wave attack occurs at sea level, but its effects 
extend beyond sea level. Waves may undercut a cliff, 
and eventually the cliff will fail and fall into the sea, 
removing material from higher elevations. In this man- 
ner, the cliff retreats, while the beach profile is extended 
at its base. The rate at which this process continues 
depends on the material of the cliff and the profile of 
the beach. As the process continues, the gradual slope 
of the bottom extends farther and farther until most 
waves break far from shore and the rate of cliff retreat 


slows, resulting in a stable profile that may persist for 
long periods of time. Eventually another episode of 
uplift is likely to occur, and the process repeats. 


Emergent coasts, such as the coast along much of 
California, often exhibit a series of terraces, each con- 
sisting of a former beach and wave cut cliff. This 
provides evidence of both the total uplift of the 
coast, and its incremental nature. 


Softer rocks erode more easily, leaving resistant 
rock that forms points of land called headlands jutting 
out into the sea. Subsurface depth contours mimic that 
of the shoreline, resulting in wave refraction when the 
change in depth causes the waves to change the direc- 
tion of their approach. This refraction concentrates 
wave energy on the headlands, and spreads it out 
across the areas in between. The “pocket beaches” 
separated by jagged headlands, which characterize 
much of the scenic coastline of Oregon and northern 
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California were formed in this way. Wave refraction 
explains the fact that waves on both sides of a head- 
land may approach it from nearly opposite directions, 
producing some spectacular displays when they break. 


Submergent coasts 


If sea level rises, or the elevation of the coast falls, 
formerly exposed topography will be inundated. 
Valleys carved out by rivers will become estuaries like 
Chesapeake Bay. Hilly terrains will become collections 
of islands, such as those off the coast of Maine. 


The ability of rivers to transport sediment depends 
on their velocities. When rivers flow into a deep body of 
water, they slow down and deposit their sediment in 
what will eventually become a delta. Thus, the flooding 
of estuaries causes deposition further inland. As the 
estuary fills in with sediment, the depth of the water 
will decrease, and the velocity of the water flowing 
across the top of the delta will increase. This permits 
further sediment transport. The delta builds out 
toward, and eventually into, the sea. The additional 
load of all the sediment may cause the crust of Earth 
to deform, submerging the coast further. 


The sand budget 


Wave action moves incredible amounts of sand. 
As waves approach shallow water, they slow down 
because of friction with the bottom, then get steeper, 
and finally break. It is during this slowing and break- 
ing that sand is transported. 


When a breaking wave washes up onto the beach 
at a slight angle it moves sand on the beach with it. 
This movement is mostly towards shore, but also 
slightly down the beach. When the water sloshes 
back, it goes directly down the slope, without any 
oblique component. As a result, sand moves in a zig- 
zag path with a net motion parallel to the beach. This 
is called “longshore drift.” Although most easily 
observed and understood in the swash zone, the area 
of the beach that gets alternately wet and dry with each 
passing wave, longshore drift is active in any water 
shallow enough to slow waves down. 


Many features of sandy coasts are the result of 
longshore drift. Spits build out from projecting land- 
masses, sometimes becoming hooked at their end, as 
sand moves parallel to the shore. At Cape Cod, 
Massachusetts, glacial debris deposited thousands of 
years ago is still being eroded and redistributed by 
wave action. 


An artificial jetty or “groin” can trap sand on one 
side of it, broadening the beach there. On the other 
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side, however, wave action will transport sand away. 
Because of the jetty it will not be replenished, and 
erosion of the beach will result. 


The magnitude and direction of transport of long- 
shore drift depends on the strength and direction of 
approach of waves, and these may vary with the season. 
A beach with a very gentle slope, covered with fine sand 
every July may be a steep pebble beach in February. 


Barrier islands 


Long, linear islands parallel to the shore are com- 
mon along the Atlantic coast. Attractive sites for 
resorts and real estate developments, these barrier 
islands are in constant flux. A hurricane can drive 
storm waves over low spots, cutting islands in two. 
Conversely, migration of sand can extend a spit across 
the channel between two islands, merging them into 
one. 


Interruptions in sand supply can result in erosion. 
This has happened off the coast of Maryland, where 
Assateague Island has become thinner and moved 
shoreward since jetties were installed at Ocean City, 
just to the north. 


Society and the beach environment 


Coastal areas of the continental United States 
comprise only 17% of the land area of the country, 
but house over one-half of the population. In 2003, the 
population of this zone was 153 million, an increase of 
33 million since 1980. The coast is attractive for a wide 
variety of reasons, and economic growth of the zone 
typically follows the growth of the population. The 
impacts on the coastal environment can result in envi- 
ronmental degradation, particularly within environ- 
mentally sensitive areas. 


Often, the dynamic nature of the beach environ- 
ment is not properly assessed when beach areas are 
developed. In places away from the coasts, where rates 
of erosion and deposition are much slower, develop- 
ment projects can change the topology of the land and 
the results will persist for centuries. In a beach envi- 
ronment, however, modifications are ephemeral. 
Maintaining a parking lot where winds would produce 
a dune requires removal of tons of sand every year. 
Even more significantly, because the flow of sediment 
is so great, modifications intended to have only a local, 
beneficial effect may influence erosion and deposition 
far down the beach. 


Coastal retreat is a significant issue along many 
areas of coastline. Efforts are ongoing to quantify the 
rate of retreat along the coast, to designate areas of 
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KEY TERMS 


Emergent coast—A coast rising relative to sea 
level, characterized by exposed terraces consisting 
of older wave cut cliffs and formerly submerged 
beaches. 


Longshore drift—Movement of sand parallel to the 
shore, caused by waves approaching the shore 
obliquely, slowing and breaking. 

Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Submergent coast—A coast sinking relative to sea 
level, characterized by drowned river valleys. 


particular risk, and to match appropriate uses with the 
location. Even in areas with minimal retreat, the move- 
ment of sediment along the shore can impact the prop- 
erty owner significantly. Utilization of engineered 
shoreline protection can affect nearby properties. 
Sediment budgets for a shoreline can be impacted by 
the damming of rivers upstream. Even artificial means 
of beach nourishment can have unintended environ- 
mental impacts. One might be able to protect the 
beach in front of a beach house by installing a concrete 
barrier, but this might result in eroding the supports to 
the highway giving access to the beach house. 


The costs of shoreline protection are high and may 
not be factored in during development. Furthermore, 
these costs may be borne by the taxpayer rather than 
the property owner. The long-range outlook for all 
such costs is that they may in some cases exceed the 
value of the property and may be exacerbated by rising 
sea levels associated with global climate alteration. 
Many scientists and engineers are concerned with the 
migratory nature of the coast, and caution that struc- 
tures built upon a moving coastline are subject to the 
same fluctuating forces that control the beaches 
themselves. 


See also Beach nourishment; Ocean; Shoreline 
protection; Tides. 
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| Coati 


Coatis are raccoon-like mammals in the family 
Procyonidae, which have a long, ringed tail, typically 
held perpendicular to the body, and a flexible, 
upturned, elongated snout. Coatis are also distinctive 
socially. The females live together in highly organized 
groups called bands, composed of five to 12 allied 
individuals, while adult males are solitary. The differ- 
ence in the social patterning of the sexes initially con- 
fused biologists, who described the males as a separate 
species. The use of the name “coatimundi” for this 
species, meaning “lone coati” in Guarani, reflects 
this error. 


There are four species of coatis in two genera, all 
fairly similar in appearance. Coatis are versatile ani- 
mals found in a variety of vegetation ranging from 
thorn scrub, moist tropical forest, and grassland 
areas stretching from southwestern through Central 
and South America to northern Argentina. The ring- 
tailed coati (Nasua nasua) is a common species. Its 
coat is tawny red in color with a black face. Patches of 
white accentuate the coat above and below each eye 
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A coati. (Renee Lynn. Photo Researchers, Inc.) 


and one on each cheek. The throat and belly are also 
white, while the feet and the rings on the tail are black, 
and the ears are short and heavily furred. The head-to- 
tail length ranges from 32-51 in (80-130 cm) with a 
little more than half the length being tail. Other species 
of coati vary slightly in size, coat color, and markings. 


Coatis have strong forelimbs that are shorter than 
the hind legs. Despite a plantigrade foot posture the 
animal is arboreal as well as terrestrial. The long, strong 
claws are nonretractile, and the long tail is used for 
balance. Coatis can reverse the direction of their ankles, 
facilitating a head-first descent from the trees. The 
upper mandible is longer than the lower contributing 
to the flexible use of the snout. The coati has 38-40 
teeth with long, slender, and sharp canines. 


Contrary to other members of the family 
Procyonidae, coatis are primarily diurnal, searching 
for their omnivorous diet by probing their sensitive 
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snout in the leaf litter and rotting logs on the forest 
floor. Predominately insectivorous, eating such things 
as beetles, grubs, ants, and termites, coatis also eat a 
considerable amount of fruit when it is in season, 
foraging both on the ground and high in trees. 
Additionally, they are opportunistic predators on ver- 
tebrates, occasionally catching frogs, lizards, and 
mice. Coatis have been known to unearth and eat 
turtle and lizard eggs. Foraging alone, male coatis 
typically catch more lizards and rodents than the 
females and young, who forage in small groups. 


Most of the day is spent foraging for food. During 
rest periods, coatis will groom each other. They curl up 
and sleep in trees at night. Coatis are highly vocal and 
use a variety of communication calls. They make a 
wide diversity of grunts, whines, and shrieks, including 
a Sharp whistle. When enraged, coatis will produce a 
chittering sound. 
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KEY TERMS 


Arboreal—Living in trees. 
Chitter—To twitter or chatter. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Insectivorous—Feeding on insects. 
Mandible—A jaw. 


Omnivorous—Eating both animal and vegetable 
substances; eating all kinds of food. 


Plantigrade—Walking with the entire lower sur- 
face of the foot on the ground, as humans and 
bears do. 


Retractile—Capable of being drawn back or in. 


Terrestrial—Of or pertaining to Earth and _ its 
inhabitants. 


In the larger ring-tailed and white-nosed coatis 
(Nasua narica), females mature in their second year; 
males mature in their third year. During most of the 
year, females chase males away from the band because 
they often will kill juveniles. However, around February 
and March females become more tolerant and allow a 
dominant male to interact with the band. The male wins 
favor with the band females by submissively grooming 
them. Actual mating occurs in trees. Soon after the male 
has bred with all the females, he is expelled from the 
group by the once again aggressive females. 


About four weeks before birth, females leave their 
bands to build stick platform nests in trees. After a 77- 
day gestation period, females bear a litter of three to 
five poorly developed young, weighing only 3.5—6.4 oz 
(100-180 g). For the next five to six weeks, females 
care for the young in the nest. Once the females and 
youngsters return to the band, young coatis will join 
their mothers in search of food, but they also play 
much of the time, wrestling and chasing each other 
among the trees. 


Home ranges of bands of coatis cover about 0.6 
mi (1 km), though there is considerable overlapping of 
range territory of neighboring bands. Despite friendly 
relations among bands, coatis maintain stable and 
distinct band membership. 


Coatis have little interaction with humans in the 
wild, however, they are hunted for their fur and meat. 
Coatis have been kept in captivity, both as pets and as 
exhibit animals. They typically live about seven years, 
but have been known to survive 14 years in captivity. 
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Cobalt see Element, chemical 


Cobras see Elapid snakes 


| Coca 


The coca plant, genus &rythroxylum, family 
Erythroxylaceae, order Linales, is native to the Andean 
slopes of South America. The genus Erythroxylum com- 
prises approximately 250 species, of which the most 
cultivated species are Erythroxylum coca (southern 
Peru and Bolivia) and Erythroxylum novogranatense 
(Colombia and northern coastal Peru). The coca plant 
is a shrub, growing to about 15 ft (5 m). Cultivated 
plants are pruned to about 6 ft (2 m). The leaves are 
oval, smooth-edged, dark green, and 1.6—3.1 in (4-8 cm) 
long, 1—-1.6 in (2.5-4 cm) wide. Unlike other short term 
crops such as maize and rice, or other mountain grown 
commodities such as coffee, coca plants require little 
care. Coca plants can thrive in poor soil, have few 
pests or predators—an ideal crop for the bleak growing 
conditions in the Andes. After planting, leaves can be 
harvested in six to 12 months. Coca plants can yield four 
to five crops per year for 30-40 years. 


The coca plant is the source of cocaine, one of 
about 14 alkaloids obtained from the leaves. The con- 
centration of cocaine in the leaves varies from about 
23% to 85%, depending on the species and growing 
conditions. The cocaine alkaloid was first extracted 
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Cocaine 


The leaves and fruit of a coca plant (Erythroxylum coca) in 
Costa Rica, the plant from which cocaine is extracted. (© 
Gregory G. Dimijian 1990, National Audubon Society Collection/ 
Photo Researchers, Inc.) 


from the leaves in the 1840s. It soon became a popular 
addition to powders, medicines, drinks, and potions. 
The popular American soft drink Coca-cola, introduced 
in 1885 by John Pemberton (1831-1888), uses coca 
leaves in its preparation. Since 1906, when the Pure 
Food and Drug Law was passed, Coca-Cola has been 
made with decocainized coca leaves, so modern Coca- 
Cola contains only very small trace amounts of cocaine. 


Today, some species of Erythroxylum are grown in 
other regions of the world, such as India and Indonesia, 
where the climate is similar to the Andean tropics, and 
cultivated primarily for cocaine extraction. Before 
cocaine became a popular street drug, coca was grown 
mainly for traditional consumption among the Andean 
peoples, and for legal industrial medicinal use. 


The indigenous people of the Andean mountain 
range have been chewing the leaves of the coca plant 
for thousands of years. Archeological evidence indi- 
cates that Peruvians were chewing coca as early as 
1800 BC. Ancient sculptures show the heads of war- 
riors with the characteristic “bulge” in the cheek, 
depicting coca chewing. The coca plant was one of 
the first cultivated and domesticated plants in the 
New World. During the reign of the Incas, coca was 
regarded as sacred and it was used only by chieftains, 
priests, or privileged classes. Coca was the link 
between man and the supernatural. It was used for 
various social and religious rituals, ceremonies, and 
fortune telling. Leaves of the coca plant were buried 
with the dead to help with the journey to the after- 
world. Coca leaves were used in traditional medical 
practices, aiding in diagnosis and treatment. When the 
leaves are chewed with an alkaline substance such as 
lime, or plant ash, the active ingredients that stimulate 
the central nervous system are released. Stamina was 
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increased, hunger depressed, pain eased—a feeling of 
well being and strength was achieved. 


After the Spanish conquered the Incas in the six- 
teenth century, coca was given to the peasants, or work- 
ing classes. The Spanish realized that coca enabled the 
peasants to work harder, longer, and that they needed 
less food. What was once exclusive to the ruling class 
was made available to the common people. Thus chew- 
ing coca leaves became a way of life for an entire 
peasant nation. The Indians, then and now, chew the 
leaves with other substances and never ingest the 
cocaine alkaloid alone, and apparently do not experi- 
ence the addictive mind-altering effects associated with 
cocaine. Coca leaf chewing is still identified with reli- 
gious practices, social rituals, traditional medicine, and 
work situations. The leaves are used for bartering or as 
a form of currency, to obtain other goods such as food 
items. In the past few decades however, growing coca 
has become associated with obtaining material goods 
and becoming rich. An entirely new economy, mostly 
illegal or underground, has developed around coca. 
Many plantation owners have changed their focus 
from leaf production to the extraction of the cocaine 
alkaloid in paste form. Coca production is now the 
most lucrative industry in Peru and Bolivia, the world’s 
leading producers. The coca industry is heavily scruti- 
nized by several international governmental groups. 
Realizing the cultural significance of coca chewing 
among certain sectors of people living in the Andes, 
the Peruvian government developed a separate agency 
to protect and supervise legal trade. Most of the annual 
production of coca however, goes to the black market. 


A former coca union member, Evo Morales, was 
elected president of the Indian-majority South 
American country Bolivia in 2005. Overturning a gov- 
ernment policy of coca eradication that had been pur- 
sued with United States funding since the late 1990s, 
Morales promised that his administration would legal- 
ize cocaine, stressing its traditional uses. In his speech 
to the United Nations General Assembly in New 
York, in September, 2006, he held up a coca leaf, 
declaring that the leaf itself was not a harmful drug. 


Christine Miner Minderovic 


ll Cocaine 


Cocaine is a colorless or white narcotic crystalline 
alkaloid derived from the leaves of the South American 
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coca plant, Erythroxylum coca. Aside from its use as a 
local anesthetic, which has largely been supplanted by 
safer drugs, its medical applications failed to live up to 
the hopes of physicians and chemists of the late nine- 
teenth century. They administered cocaine to them- 
selves and others in the hope that it would be a cure- 
all wonder drug. After about two decades of wide use in 
prescription and patented medicine, the harmful effects 
of cocaine became manifest, and its use as a drug in 
medical practice was eventually banned. 


It subsequently became an illegal drug used for its 
mood-altering effects, which include euphoria and 
bursts of short-lived physical energy. The “high” pro- 
duced by cocaine lasts for a short time. The crash that 
follows leaves the user in need of another dose to get 
back to the former high. But each encounter produces 
diminished a high, so that increasing doses are required 
to recapture the initial experience. The physical and 
social consequences of cocaine addiction are devastat- 
ing both to the individual and society. It leads to impov- 
erishment and the destruction of the individual’s health. 


In the late 1970s cocaine was snorted, or sniffed 
through the nose, in its crystalline form, then known as 
“snow.” Because of its high cost, the number of users 
was limited. In order to get a faster and stronger high, 
cocaine was also taken by injection with a hypodermic 
needle. In the 1980s a cheaper version of pure cocaine 
made its appearance on the illegal market in the form of 
“crack,” which is smoked. In the form of crack, cocaine 
has reached a larger population, making it one of the 
chief drug problems of the twenty-first century. 


History 


Coca plants, which are the source for cocaine, are 
indigenous to Central and South America. The name 
of the plant is derived from the Inca word Kuka. 
Archaeological evidence points to the use of coca 
plants in South America as early as seven thousand 
years ago. They were used for many centuries by the 
Incas as part of their religious ceremonies. To help the 
dead in the afterworld, mounds of stored coca leaves 
were left at burial sites in the area of modern Peru. 
These sites are estimated to be about 4,500 years old. 
The Incas may also have been using liquid coca leaf 
compounds to perform brainsurgery 3,500 years ago. 
Inca records dating from the thirteenth through the 
sixteenth century indicate that coca was revered as a 
sacred object with magical powers. The magic plant of 
the Incas was chewed by priests to help induce trances 
that led them into the spirit world to determine the 
wishes of their gods. Artifacts dating back thousands 
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of years to the earliest Incan periods show the cheeks 
of their high priests distended with what in all proba- 
bility were the leaves of the coca plant. 


Even before the Spanish conquest, Indians work- 
ing in silver mines of the northern Andes chewed 
thecoca leaf to help overcome pain, fatigue, and the 
respiratory problems common at high altitudes. Early 
European explorers in the fifteenth century compared 
the common sight of Indians they saw chewing the 
coca leaves to cattle chewing cud. After the Spanish 
conquest the Church sought to ban the practice of 
chewing the coca leaf, mainly because of its associa- 
tion with Incan religious ceremonies. When the ban 
failed, the Spanish allowed the Incan survivors to 
continue their ancient practice of coca leaf chewing 
in order to maintain mining production. South 
American farmers, who are descendants of the Incas, 
continue the practice to the present day. 


Introduction to the West 


The main alkaloid in the leaves of the coca plant 
was extracted in 1859 by Albert Niemann (1834-1861), 
a German scientist, who gave it the name cocaine. 
Reports soon followed of therapeutic benefits of 
cocaine in the treatment of a number of physical and 
mental disorders. These reports also praised cocaine for 
being a highly effective stimulant, able to conquer the 
most severe cases of fatigue. 


Sigmund Freud (1856-1939), two decades after 
Niemann’s work, began experimenting with cocaine, 
thinking it could be used to treat “nervous fatigue,” an 
ailment many upper- and middle-class Viennese were 
diagnosed with. He gave his fiancée cocaine and also 
administered it to himself. Then he wrote a paper prais- 
ing the curative powers of cocaine in the treatment of 
such problems as alcohol and morphine addiction, gas- 
trointestinal disorders, anxiety, depression, and respira- 
tory problems. In this paper, Freud completely 
dismissed the powerful addictive properties of the 
drug, insisting that the user would develop an aversion 
to, rather than a craving for, its continued use. 


Freud shortly afterwards became aware of his 
mistake when he attempted to cure a friend’s mor- 
phine addiction with the use of cocaine. At first the 
treatment seemed to work, but he soon saw that the 
friend developed an addiction to cocaine instead. Soon 
afterwards Freud’s friend suffered a complete nervous 
breakdown. 


Unfortunately, there were other physicians and 
chemists who misjudged the properties of cocaine 
in the same way Freud had done. For example, a 
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Cocaine 


Sp 


Coca Plant 


Unprocessed leaves 


Chemical 


extraction Crude Cocaine 


(low concentration) 


« Used by chewing the leaves for a slow, low intensity effect 


LOWER ADDICTION RISK 


Cocaine Hydrochloride 
(high concentration) 


¢ Used by snorting for an intense effect after 3-5 minutes 


+ Used intravenously for an immediate, very intense effect 


Purification 
with ether 
(complicated) 


Free Base 

(high concentration) 

* Used by smoking for an 
immediate, very intense effect 


Purification with baking soda 
(less complicated) 


Crack 

(high concentration) 

* Used by smoking for an immediate 
effect of the highest intensity 


Various forms of cocaine and the addiction risks associated with them. (Hans & Cassidy. Courtesy of Gale Group.) 


neurologist and former surgeon general of the United 
States, William Hammond, also praised the healing 
powers of cocaine and pronounced it no more addic- 
tive than coffee or tea. 


Coca-Cola 
In the 1880s, John Pemberton (1831-1888), a 


pharmacist from Atlanta, concocted a drink called 
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Coca-Cola from a prescription syrup that had been 
used to treat headache, hysteria, and depression. 
Pemberton’s elixir drink contained coca _ leaves, 
kola nuts, and a small amount of cocaine in a sugary 
syrup. His secret formula was picked up by Asa 
Chandler, who formed the Coca-Cola company. The 
drink was praised by the New York Times as the new 
wonder drug. At about the same time, cocaine was 
sold in a cigarette produced by the Parke-Davis 
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pharmaceutical company. The cigarettes were mar- 
keted as a cure for infections of the throat. 


Early drug laws 


From all the nineteenth-century hopes for the 
possible medical uses of cocaine, the only practical 
application that held up was its use as a local anes- 
thetic. All the other efforts to prove that cocaine was a 
wonder drug were dismal failures in light of the power- 
ful addictive effects of the drug. By the early twentieth 
century, it had become clear that cocaine posed a 
serious hazard to any user. 


In 1904, the cocaine was removed from the Coca- 
Cola syrup. In 1906 the Pure Food and Drug Act was 
enacted to stop the sale of patent medicines containing 
substances such as cocaine. Before that date, manu- 
facturers were not required to list the ingredients of 
their patent medicines. The 1906 act made truthful 
labeling of patent medicines sold across state borders 
mandatory, but it did not stop the sale of cocaine 
products. New York State tried to curtail cocaine 
sales by passing a law in 1907 that limited the right 
to distribute cocaine to physicians. That law merely 
paved the way for the illicit street traffic. Dealers 
obtained cocaine from physicians and then sold it on 
the street. 


The cocaine drug problem continued to rise until 
1914, when the Harrison Act was passed. This legis- 
lation used the federal Treasury Department to levy 
taxes on all phases of cocaine trafficking and imposed 
further strict measures on the sale and distribution of 
cocaine. From that time to the 1960s, cocaine use 
dwindled, in part because of the rising popularity of 
amphetamines on the illegal market. The medical use 
of cocaine as a topical anesthetic and as an ingredient 
in cough medicines continued, while its illegal use was 
largely confined to the very rich. 


After the 1960s 


By the 1970s, when illegal drug use became more 
widespread in the general population, middle- and 
upper-class groups began to use cocaine in its white 
crystalline form. A mythology of its effectiveness as an 
aphrodisiac (a substance supposed to enhance the sex 
drive), a mental energizer, and a self-esteem booster 
began to develop. Along with benefits that active and 
ambitious middle-class people hoped for in their drug 
of choice, came reports of the relative safety of cocaine 
use in comparison to other drugs. The harsh lessons 
learned around the turn of the century were all but 
forgotten. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Crack 


By the late 1970s, cocaine addiction in the United 
States had reached epidemic proportions. In the mid- 
1980s people started smoking cocaine after “freebas- 
ing” it, that is, dissolving the cocaine alkaloid from its 
white powder base to create a smokable form of pure 
cocaine. Ether is used to remove the hydrochloride 
base, which does not burn. The smoked cocaine goes 
straight into the bloodstream and gives a quicker and 
stronger high. Freebasing with ether can be dangerous 
because if any ether remains in the freebase cocaine, it 
can quickly ignite into flames when smoked. The 
comedian Richard Pryor, to mention one of the more 
famous cases, was severely burned when he freebased 
cocaine. 


Besides freebase cocaine, there is another form of 
smokable cocaine, called “crack,” which also gives a 
fast and potent high. Crack is safer and easier to 
obtain than freebase cocaine because baking soda is 
used instead of ether to remove the hydrochloride. The 
baking soda produces pure forms of cocaine in small 
pellets that can be smoked in a pipe (where it makes 
the crackling sound that gave this form of cocaine its 
name). The cost of crack is so low that anybody, even a 
child, can afford it, and the drug soon began to wreak 
its devastations on the working classes. The wide- 
spread use of crack cocaine has led most visibly to 
rising crime rates, with gang wars erupting over con- 
trol of territory and with users resorting to theft, pros- 
titution, and other crimes to support their habits. 
Other consequences have been impaired workplace 
performance, new public health problems including 
such phenomena as crack babies, and a host of other 
social and economic evils. 


Biochemistry 


Used as a local anesthetic, cocaine constricts the 
blood vessels, thereby slowing down blood circula- 
tion. It also reduces the sensitivity of nerve endings, 
especially in the skin, eyes, and areas of the mouth. 
Because cocaine is a stimulant, it increases the heart 
and pulse rate and raises blood pressure, causing alert- 
ness, insomnia, loss of appetite, and dilated pupils. 


Several theories have been proposed to explain the 
addictive effects of cocaine, which differs from other 
stimulants in its ability to trap the user in a cycle of 
continued use. Experiments using animals who are able 
to self-administer cocaine show that, once the need for 
cocaine is established, an animal will neglect its hunger 
and sex drives in order to satisfy the craving for the 
drug. Rats took cocaine until they died, while monkeys 
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KEY TERMS 


Alkaloid—A _nitrogen-based chemical, usually of 
plant origin, also containing oxygen, hydrogen, and 
carbon. Many are very bitter and may be active if 
ingested. Common alkaloids include nicotine, caf- 
feine, and morphine. 

Amphetamines—Stimulant drugs discovered in the 
1930s that were widely prescribed as diet pills and 
became a staple in the illegal drug traffic. 
Aphrodisiac—A drug that is supposed to stimulate 
sexual impulses. 

Coca leaves—Leaves of the coca plant that were 
chewed by the Incas and are still used by farmers of 
certain regions in South America. 

Crack—A smokable and inexpensive form of pure 
cocaine sold in the form of small pellets, or “rocks.” 


indulged until they exhibited such behaviors as para- 
noia, hyperactivity, convulsions, and heart failure. 


Cocaine, like the opioids morphine and heroin, 
causes addiction by arousing an intense sense of pleas- 
ure. Certain parts of the brain induce pleasurable 
sensations when stimulated. Unlike the opioids, 
though, cocaine appears to have a greater access to 
those parts of the brain known as the limbic system, 
which controls the emotions. Cocaine stimulates the 
release of the neurotransmitter dopamine, which is 
responsible for the stimulation of the limbic system. 
The drug is therefore more potent than other drugs in 
being more psychologically rewarding. According to a 
recent theory, most of the mood and behavior changes 
brought about by cocaine use is due to the release of 
excess amounts of dopamine in the reward centers of 
the brain. The ensuing depression and craving for the 
drug are caused by dopamine depletion after the 
effects of the drug wear off. 


Treatment and prevention 


Breaking a cocaine dependency is difficult, and 
treatment is costly and prolonged, involving treat- 
ment centers and support groups. Since addiction is 
a chronic disorder, the detoxification process is just 
the first step, and there is no final cure. Remissions 
can be expected, and the goal of treatment may have 
to be the control and reduction of use and 
dependency. 


Prevention efforts in the United States have for a 
long time been focused primarily on stopping cocaine 
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Dopamine—The neurotransmitter believed to be 
responsible for the cocaine high. 


Euphoria—Feelings of elation and well being pro- 
duced by drugs such as cocaine. 


Freebasing—Processes used to free drugs such as 
cocaine from their hydrochloride base. 


Local anesthetic—A pain killer that acts on a partic- 
ular site of the body without affecting other sites or 
causing unconsciousness. 


Snow—The white powder of cocaine hydrochloride 
that is inhaled through the nostrils. This way of taking 
cocaine is called “snorting” and was popular in the 
1970s before the advent of crack cocaine. 


imports from South America, mainly Peru and 
Colombia, and these efforts have had some success in 
breaking up the powerful and wealthy cartels that 
control the cultivation and trade of the coca leaf. 
However, these producers are still sending coca to 
the United States and continue to seek other markets 
worldwide. The U.S.-backed war against coca grow- 
ing in Latin America has also been criticized as having 
negative environmental and cultural effects, especially 
in countries such as Bolivia, where coca continues to 
be a major crop for non-cocaine purposes. Coca grow- 
ing has been legal in Bolivia since shortly after a for- 
mer coca-growers’ union member, Evo Morales, was 
elected President in 2005. 


Studies have shown that a recent decline of 
cocaine usage in the United States is directly corre- 
lated to educational programs targeting young people 
and aiming to enhance their understanding of the 
dangers of cocaine use. Such educational programs 
are more likely to lead to results than interdiction 
efforts and provide the best hope of curtailing the 
current epidemic of cocaine abuse and preventing sim- 
ilar epidemics in the future. 
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| Cockatoo 


Cockatoos are species of birds in the subfamily 
Cacatuinae of the family Psittacidae, which also con- 
tains the typical parrots. 


Parrots and cockatoos all have powerful, curved 
bills, short legs, and strong, dexterous feet with two 
toes pointing forward and two backward. These birds 
also have specialized feathers known as powder down, 
which disintegrates into a powder that is used for 
dressing the feathers during preening. Parrots and 
cockatoos are colorful, intelligent birds. They mostly 
eat fruits and seeds. 


Cockatoos are relatively simply colored birds, 
with a crest on the top of the head that can be erected 
at will. Species in this family mostly occur in 
Australia, New Guinea, and nearby islands, with 
species occurring as far north as the Philippines. 
Cockatoos usually nest in holes in trees. They feed 
ona wide range of fruits and seeds, as well as flowers, 
roots, rhizomes, palm shoots, and beetle and moth 
larvae. 


The best-known species is the sulfur-crested cock- 
atoo (Cacatua galerita), which occurs widely in eastern 
Australia and New Guinea. This large bird has a pure- 
white body, with a yellow-colored crest, and a black 
beak and feet. The galah (Cacatua roseicapilla) has a 
rosy breast and face, and a gray back and wings. This 
species occurs widely in woodlands, savannas, grass- 
lands, and parks throughout most of Australia. The 
pink cockatoo (Cacatua leadbeateri) has white wings, 
a salmon-colored belly and head, and occurs in wood- 
lands of western and central Australia. The little cor- 
ella (C. sanguinea) is a smaller species, with a white 
body, dark eye-patch, and yellow under the wings. 
This species occurs widely in Australia and southern 
New Guinea. 


The palm cockatoo (Probosciger aterrimus) is a 
large, dark-gray bird, with orange-pink facial skin, 
and a long and erectile, black crest. This cockatoo 
occurs in tropical rainforests and eucalyptus wood- 
lands of northeastern Australia and New Guinea. 
The red-tailed black cockatoo (Calyptorhynchus mag- 
nificus) is a sooty black bird with red streaks on the 
tail, occurring in woodlands of northern Australia, 
and in scattered places elsewhere on that continent. 


Cockatoos are kept as entertaining, sometimes “talk- 
ing” pets. The sulfur-crested cockatoo is the species most 
commonly kept in this way. Some species of cockatoos are 
hunted as food by aboriginal peoples in Australia and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Sulphur-crested cockatoo (Joseph E. Trumpey.) 


New Guinea. Most species of cockatoos are endangered, 
particularly those that are endemic to the Pacific islands. 


| Cockroaches 


Cockroaches are insects in the order Blattaria. 
They are somewhat flat, oval-shaped, leathery in tex- 
ture, and are usually brown or black in color. 
Cockroaches range in body size from 0.1—2.3 inches 
(2.5-60 mm), and are rampant pest insects in human- 
inhabited areas, as well as common outdoor insects in 
most warm areas of the world. 


These insects were formerly classified in the order 
Orthoptera, which consists of the grasshoppers and 
katydids. Now they are often classified along with 
the mantises in an order referred to as Dictyoptera. 
The separate order Blattaria, however, is the more 
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common classification for them, and this order is 
placed in the phylogeny, or evolutionary history, of 
the class Insecta between the orders Mantodea, the 
mantids; and Isoptera, the termites. 


The primitive wood-boring cockroaches in the 
family Cryptocercidae, a family in which there is 
only a_ single species in the United States, 
Cryptocercus punctulatus, are thought to have shared 
a common ancestor with termites. The evidence for 
this is a close phylogenetic relationship between the 
two groups’ obligate intestinal symbionts, single- 
celled organisms called protozoans, which break 
down the wood that the insects eat into a form that is 
useful to the insect, and in turn receive nutrition from 
matter that is not nutritive to the insect. There are also 
behavioral similarities between these wood-boring 
cockroaches and termites, including the fact that 
they both live gregariously in family groups, a charac- 
teristic not shared by any of the other types of cock- 
roaches. Finally, the relationship between the two 
orders is evidenced by the resemblance between 
Cryptocercus nymphs and adult termites. 


Interesting morphological characteristics of these 
insects are their chewing mouthparts and large com- 
pound eyes. The pronotum, or segment of the thorax 
closest to the head, conceals the head, and, in most 
species, both male and female are winged, although 
they rarely fly. They exhibit many fascinating behav- 
iors, such as the ability to stridulate, that is, produce 
sound by rubbing a comb-like structure with a scraper. 
Other species, however, communicate by producing 
sound by drumming the tip of their abdomen on a 
substrate. An important developmental feature of 
these insects is their paurometabolous life-history. 
Paurometabolism is a type of simple metamorphosis 
in which there are definite egg, immature or nymph, 
and adult stages, but no larval or pupal stages and in 
which the nymphs resemble the adults except in size, 
development of wings, and body proportions. Habitat 
requirements of nymphs and adults do not vary in 
paurometabolous insects, a fact which helps cock- 
roaches to thrive under a rather generalized set of 
environmental conditions at all stages of their lives. 


Cockroaches are saprophagous insects, or scav- 
engers, feeding on a great variety of dead and decaying 
plant and animal matter such as leaf litter, rotting wood, 
and carrion, as well as live material. They are, thus, very 
flexible in their diet, and this flexibility allows them to exist 
under a wide range of conditions. In fact, the habitat types 
of this order span such areas as wood rat nests, grain 
storage silos, forest leaf litter, and nests of leaf cutter 
ants. They thrive in areas with moisture and warmth. 
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KEY TERMS 


Obligate intestinal symbiont—An organism that 
lives in the intestinal tract of another organism, 
and whose presence is necessary for the survival 
of the host. Intestinal symbionts are usually bacteria 
or protozoans. 


Oothecae—Egg sacs produced by some insects 
including cockroaches. 


Paurometabolism—A type of simple metamorpho- 
sis in which the nymph, or immature, stage of the 
insect resembles the adult except in size, propor- 
tion, and wing length, and whose habitat require- 
ments are the same as those of the adult. 


Phylogeny—A hypothesized shared evolutionary 
history between members of a group of organisms 
based on shared traits of the organisms; also known 
as “evolutionary trees.” 


Saprophagous—Refers to decomposer organisms 
that eat dead and decaying plant and animal 
matter. 


Simple metamorphosis—A developmental series 
in insects having three life-history stages: egg, 
nymph, and adult. 


Cockroaches produce oothecae, sacs in which the 
eggs are held and protected by secretions produced by 
the female. These egg sacs may be carried by the 
female externally until the time of hatching, or inter- 
nally until the female gives birth to live young, or they 
may simply be deposited on a suitable substrate and 
left to hatch without any care from the female. 


Besides being rather fast runners, many cock- 
roaches have other adaptations that allow them to 
escape from predation. One such defensive adaptation 
is the ability to produce an offensive odor, which they 
emit when disturbed. Other species, such as the 
Madagascaran cockroach, Gromphadorhina laevigata, 
force air out through their spiracles, thus producing an 
intimidating hissing sound. 


Cockroaches are worldwide in distribution, although 
most of this order’s approximately 4,000 species occur in 
the tropics. In the United States and Canada, there are 
some 29 different genera, and about 50 species. Most of 
these species occur in the southern United States. 


Due to their preference for moist, warm places, 
flexible diet, and nocturnal activity, cockroaches are 
very successful at living uncontrolled in human areas. 
Although annoying and often feared by people, they 
are not known to be significant disease carriers, crop 
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pests, or agents of other large-scale damage to human 
areas. There are four species in North America which 
are common as household insects. They are the 
German cockroach (Blattella germanica), American 
cockroach (Periplaneta americana), brown-banded 
cockroach (Supella longipalpa), and oriental cockroach 
(Blatta orientalis). The oothecae of these indoor species 
are often deposited on common household items such 
as cardboard boxes, and in this way may be transported 
from place to place before they actually hatch, thereby 
spreading to new areas. 


In contrast to its image as a fearsome but relatively 
harmless pest, the cockroach has for many years actually 
benefitted humans by contributing greatly to our general 
understanding of physiology due to its use as a model 
study organism in biological research investigating nutri- 
tion, neurophysiology, and endocrinology. Medical 
knowledge has expanded as a result of the data gained 
from such studies of the cockroach. 
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Coconuts see Palms 


| Codeine 


Codeine is a type of medication belonging to a class 
of drugs known as opioid analgesics, which are derived 
from the Papaver somniferum, a type of poppy flower, 
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or are manufactured to chemically resemble the prod- 
ucts of that poppy. In Latin, Papaver refers to any 
flower of the poppy variety, while somniferum trans- 
lates to mean “maker of sleep.” The plant has been used 
for over 6,000 years, beginning with the ancient cultures 
of Egypt, Greece, Rome, and China, to cause sleep. 
Analgesics are drugs which provide relief from pain. 
Codeine, an opioid analgesic, decreases pain while 
causing the user to feel sleepy. At lower doses, codeine 
is also helpful for stopping a cough. 


Although codeine is present in nature within the 
sticky substance latex, which oozes out of the opium 
poppy’s seed pod, it is present in only small concentra- 
tions (less than 0.5). However, morphine, another opioid 
analgesic, is present in greater concentrations (10) within 
the opium poppy’s latex, and codeine can be made from 
morphine via a process known as methylation, which is 
the primary way that codeine is prepared. 


Codeine is a centrally acting drug, meaning that it 
goes to specific areas of the central nervous system (in 
the brain and spinal cord) to interfere with the trans- 
mission of pain and to change perception of the pain. 
For example, if you have your wisdom teeth removed 
and your mouth is feeling very painful, codeine will not 
go to the hole in your gum where the tooth was pulled 
and which is now throbbing with pain, but rather will 
act with the central nervous system to change the way 
you are perceiving the pain. In fact, if you were given 
codeine after your tooth was pulled, you might explain 
its effect by saying that the pain was still there, but it 
just was not bothering you anymore. 


Codeine’s anti-tussive (cough stopping) effects are 
also due to its central actions on the brain. It is 
believed that codeine inhibits an area of the brain 
known as the medullary cough center. 


Codeine is not as potent a drug as is morphine, so 
it tends to be used for only mild-to-moderate pain, 
while morphine is useful for more severe pain. An 
advantage to using codeine is that a significant degree 
of pain relief can be obtained with oral medication 
(taken by mouth), rather than by injection. Codeine 
is sometimes preferred over other opioid analgesics 
because it has a somewhat lower potential for addic- 
tion and abuse than do other drugs in that class. 


Scientists are currently trying to learn more about 
how codeine and other opioid analgesics affect the 
brain. It is interesting to note that there are certain 
chemicals (endorphins, enkephalins, and dynorphins) 
that are made within the brains of mammals, including 
humans, which closely resemble opioid analgesics. 
In fact, the mammalian brain itself actually produces 
tiny amounts of morphine and codeine. Some of 
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these chemicals are produced in the human brain in 
response to certain behaviors, including exercise. 
Exploring how and when human brains produce 
these chemicals could help scientists understand 
more about ways to control pain with fewer side 
effects, as well as helping to increase the understanding 
of addictive substances and behaviors. 


See also Narcotic. 
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| Codfish 


Codfish (family Gadidae) are a family of bottom- 
feeding fish that live in cool or cold seas, mostly in the 
Northern Hemisphere. There are about 21 genera and 
55 species of codfishes. The most commonly utilized 
marine habitats are inshore waters and continental 
shelves, generally in depths of less than about 300 ft 
(100 m), but sometimes considerably deeper. Codfishes 
are voracious predators of smaller species of fish and 
invertebrates. Some species of codfish are of great eco- 
nomic importance, supporting very large fisheries. 


The Gadidae family is divided into two subfami- 
lies. The Gadinae includes cod (e.g., Atlantic cod, 
Gadus morhua) and haddock (Melanogrammus aegle- 


finus), while the Lotinae includes hake (e.g., silver 


hake, Merluccius bilinearis), rockling (e.g., silver rock- 
ling, Gaidropsarus argentatus), and burbot (e.g., the 
freshwater American burbot, Lota lota). 


Atlantic cod and its fishery 


The economically most important species of cod- 
fish is the Atlantic cod, which has supported one of the 
world’s largest fisheries. This species is common on 
both sides of the Atlantic Ocean. The Atlantic cod 
extends from Novaya Zemlya and Spitzbergen in the 
northeastern Atlantic, to Baffin Island and central 
Greenland in the northwestern Atlantic. The Atlantic 
cod is found as far south as the Bay of Biscay in west- 
ern Europe, and coastal North Carolina in North 
America. In the western Atlantic, the Atlantic cod is 
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most abundant on the Grand Banks, a large region of 
open-ocean shelf east of Newfoundland. 


Atlantic cod are ravenous feeders on a wide vari- 
ety of prey found on the sea bottom or in the water 
column. Fry and juvenile cod eat smaller invertebrates 
and fish larvae. The most common prey of adult 
Atlantic cod is species of small fish, but cannibalistic 
feeding on smaller size classes of its own species is 
known to occur. 


The Atlantic cod has long been the target of 
European fishers, and this species was one of the first 
natural resources to be heavily exploited by European 
settlers in the Americas. The extraordinarily large cod 
populations of the Grand Banks and the northern 
Gulf of Saint Lawrence were noted during the explor- 
atory voyages of the Cabot brothers, who sailed on 
behalf of England during the late 1490s. By 1505, 
many Portuguese and Basque fishers were exploiting 
the bountiful cod resources of the New World. By 
1550, hundreds of ships departed every year from 
European ports for the northwest Atlantic in search 
of cod, which were taken in large quantities, preserved 
by salting or drying, and transported to the kitchens of 
western Europe. By 1620, there were more than 1,000 
fishing vessels in the waters off Newfoundland, and 
about 1,600 in 1812. 


During this early stage of the cod fishery in the 
northwest Atlantic, fish were typically very large, com- 
monly 3-6 ft (1-2 m) long and weighing more than 220 
Ib (100 kg). However, because of the long history of 
heavy exploitation of Atlantic cod, such large fish are 
very rare today. 


During the eighteenth and nineteenth centuries 
the cod fishery on the banks off Newfoundland was 
an unregulated, open-access enterprise, involving 
large numbers of ships sailing from Europe, 
Newfoundland, Canada, and New England. In addi- 
tion, flotillas of smaller, local boats were exploiting 
near-shore populations of cod. Most of the fishing 
during these times was done using hand lines and 
long lines, which are not very efficient methods. Still, 
the substantial fishing effort caused noticeable deple- 
tions of many of the near-shore cod stocks. 


During the twentieth century, especially its second 
half, new technologies allowed a much more intensive 
exploitation of the stocks of Atlantic cod. A variety of 
highly efficient trawls, seines, and gill nets have been 
developed, and their effective deployment is aided by 
fish-finding devices based on sonar technology. 
Moreover, storage and processing capacities of ships 
have significantly increased, which permits large ves- 
sels to stay at sea for long periods of time. 
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Blue Cod, near Fiordland, New Zealand. (Michael Patrick O’Neill/Photo Researchers, Inc.) 


The 1960s saw the largest harvests of cod in the 
northwest Atlantic, as a result of efficient technology 
and open-access and unregulated fishery. The total 
catch in this region in 1968 was more than two million 
tons. These huge catches were not sustainable by the 
cod population, and the stocks of Atlantic cod began 
to collapse by the 1970s. 


In 1977, the Canadian government began to man- 
age fisheries within a 200 mi (320 km) wide zone 
around its coast. This was mostly accomplished by 
controlling access and allocating quotas of fish, espe- 
cially cod, the most important species in the fishery. 
These conservation efforts led to small increases in cod 
stocks and catches. However, during the late 1980s 
and 1990s, the cod stocks suffered a more serious 
collapse. Because the populations of mature cod capa- 
ble of reproducing the species are small, the stocks will 
probably recover quite slowly, despite the huge reduc- 
tions in fishing beginning in 1991 and a ban on cod 
fishing in 1992. The fishing moratorium recognizes 
the fact that one of the world’s greatest renewable 
resources, the stocks of cod in the northwest 
Atlantic, had been overfished to commercial extinc- 
tion. This damage has been long lasting—there was 


still not much recovery by the early twenty-first 
century. 


Undoubtedly, the collapse of cod stocks was 
mostly caused by overfishing, that is, exploitation at a 
rate exceeding the productivity of the cod population. 
The overfishing occurred because of economic greed, 
faulty fish-population models that predicted excessively 
large quotas, and because politicians set fishing quotas 
exceeding those recommended by their fishery scien- 
tists. Moreover, this overfishing occurred along with 
other environmental changes that may have exacer- 
bated the effects of the excessive harvesting. In partic- 
ular, several years of unusually cold waters off 
Newfoundland and Labrador may have reduced 
spawning success, so the heavily fished population 
was not being replenished. Other factors have also 
been suggested, including a rapidly increasing popula- 
tion of seals. However, this particular seal species does 
not consume much cod and is therefore not considered 
a significant factor in the collapse of cod stocks. 
Unregulated fishing is clearly the major factor. 


Fortunately, Atlantic cod populations, while low, 
are not threatened with extinction. In 1994, spawning 
schools of fish were once again observed in the waters 


Codon 


off Newfoundland. If the regulating authorities main- 
tain the moratorium on cod fishing, and if they sub- 
sequently regulate and monitor the fishery, then there is 
hope that this great natural resource will again provide 
food for humans, but this time in a sustainable fashion. 
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| Codon 


The term codon refers to a sequence of three 
nucleotide bases (the building blocks of deoxyribonu- 
cleic acid, or DNA) that codes for a specific amino 
acid (the building blocks of proteins). A sequence of 
codons thus specifies the assembly of a sequence of 
amino acids; when assembly is complete, the result is 
the particular protein. 


Information for the genetic code is stored in a 
sequence of three nucleotide bases of DNA called 
base triplets, which act as a template for which mes- 
senger RNA (mRNA) is transcribed. A sequence of 
three successive nucleotide bases in the transcript 
mRNA represents a codon. 


Codons are complementary to base triplets in the 
DNA. For example, if the base triplet in the DNA 
sequence is GCT, the corresponding codon on the 
mRNA strand will be CGA. 


When interpreted during protein syntheis, codons 
direct the insertion of a specific amino acid into the 
protein chain. Codons may also direct the termination 
of protein synthesis. 


During the process of translation, the codon is 
able to code for an amino acid that is incorporated 
into a polypeptide chain. For example, the codon 
GCA designates the amino acid arginine. Each 
codon is nonoverlapping so that each nucleotide base 
specifies only one amino acid or termination sequence. 
A codon codes for an amino acid by binding to a 
complementary sequence of RNA nucleotides called 
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an anticodon located on a molecule of tRNA. The 
tRNA binds to and transports the amino acid that is 
specific to the complementary mRNA codon. For 
example, the codon GCA on the mRNA strand will 
bind to CGU on a tRNA molecule that carries the 
amino acid arginine. 


Because there are four possible nucleotide bases to 
be incorporated into a three base sequence codon, 
there are 64 possible codons (4° = 64). Sixty-one of 
the 64 codons signify the 20 known amino acids in 
proteins. These codons are ambiguous codons, mean- 
ing that more than one codon can specify the same 
amino acid. For example, in addition to GCA, five 
additional codons specify the amino acid arginine. 
Because the RNA/DNA sequence cannot be predicted 
from the protein, and more than one possible sequence 
may be derived from the same sequence of amino acids 
in a protein, the genetic code is said to be degenerate. 


The remaining three codons are known as stop 
codons and signal one of three termination sequences 
that do not specify an amino acid, but rather stop the 
synthesis of the polypeptide chain. 


Research began on deciphering the genetic code in 
several laboratories during the 1950s. By the early 
1960s, an in vitro system was able to produce proteins 
through the use of synthetic mRNAs in order to deter- 
mine the base composition of codons. The enzyme, 
polynucleotide phosphorylase, was used to catalyze 
the formation of synthetic mRNA without using a 
template to establish the nucleotide sequence. In 1961, 
English molecular biologist Francis Crick’s research 
on the molecular structure of DNA provided evidence 
that three nucleotide bases on an MRNA molecule 
(a codon) designate a particular amino acid in a poly- 
peptide chain. Crick’s work then helped to establish 
which codons specify each of the 20 amino acids found 
in a protein. During that same year, Marshall W. 
Nirenberg and Heinrich Matthei, using synthetic 
mRNA, were the first to identify the codon for phenyl- 
alanine. Despite the presence of all 20 amino acids in 
the reaction mixture, synthetic RNA polyuridylic acid 
(poly U) only promoted the synthesis of polyphenyla- 
lanine. Soon after Nirenberg and Matthei correctly 
determined that UUU codes for phenylalanine, they 
discovered that AAA codes for lysine and CCC codes 
for proline. 


Eventually, synthetic mRNAs consisting of differ- 
ent nucleotide bases were developed and used to deter- 
mine the codons for specific amino acids. 


In 1968, American biochemists Marshall W. 
Nirenberg, Robert W. Holley, and Har G. Khorana 
won the Nobel Prize in Physiology or Medicine for 
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discovering that a three-nucleotide base sequence of 
mRNA defines a codon able to direct the insertion of 
amino acids during protein synthesis (translation). 


| Coefficient 


A coefficient, in mathematics, is a constant multi- 
plier of variables and any part of an algebraic term. 
Thus, in the expression: 


the possible coefficients for the term 3xy* would 
include 3, which is the coefficient of xy’, and x, which 
is the coefficient of 3y7: 


AX 
3y 


and has 4 as a coefficient of 


x 


3y 


Most commonly, however, the word coefficient 
refers to what is, strictly speaking, the numerical coef- 
ficient. Thus, the numerical coefficients of the expres- 
sion 5xy - 3x + 2y are considered to be 5 (because 5xy 
means 5 times x times y), —3 (because -3x means —3 
times x), and 2 (because 2y means 2 times y). 
Therefore, the coefficient of xy is 5, the coefficient of 
x is —3, and the coefficient of y is 2. The x and y 
variables are not considered coefficients in this case 
because they are variables, not numbers. In general 
algebraic expressions, such as ax + by’, the letters a 
and b are coefficients for x and y’, respectively, 
because they are representing possible numbers. 


Ina polynomial such as Q(y) = 4y* + 2y + 5, the 
coefficient 4 associated with the largest power of y, in 
this case 4y*, is called the leading coefficient of Q. The 
other coefficients are 2 and 5. 


The leading coefficient in a matrix, within linear 
algebra, is the first nonzero entry in a row. If the 
matrix M = [08 9 3 7], then 8 is the leading coefficient 
for that row. 


In many formulas, especially in statistics, certain 
numbers are considered coefficients, such as correla- 
tion coefficients in statistics or the coefficient of 
expansion in physics. 
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| Coelacanth 


Coelacanths are the only living representatives of 
an ancient order of fishes, until recently thought to have 
become extinct 70 million years ago, at about the same 
time as the dinosaurs. In 1938, however, scientists were 
astonished when living coelacanths were discovered. 


The coelacanth is a sarcoptergian, or lobe-finned 
fish, distantly related to the lungfish. However, unlike 
other bony fishes, the pectoral and pelvic fins of the 
coelacanth are muscular, and even leg-like in appear- 
ance. (The evolutionary ancestor of amphibians, and 
thus of all land-dwelling animals, had fins similar to 
those of the coelacanth.) The fins are able to move 
over 180°, allowing the fish to swim forwards, back- 
wards, and even upside down. While swimming, the 
coelacanth moves its fins like a quadrupedal land 
animal moves its legs while walking: the front left 
and right rear fins move in unison, and the front 
right and left rear do the same. 


The bluish body of the coelacanth is covered with 
thick scales that are unique to the order. Its jaws are 
strong. A few specimens have been found with lantern- 
fish in their stomach, indicating that the coelacanth is 
predatory in its feeding habits. The retina of its eyes 
has a reflective layer (similar to that of cats) that helps 
it see in dimly lit waters. 


Most of what we know about coelacanths has 
come from the study of dead specimens. Some of the 
first females to be dissected were found to contain 
several baseball-sized eggs that lacked a shell or hard 
case. Although it had been hypothesized that fossil 
coelacanths bore their young alive, this was not con- 
clusively demonstrated until 1975, when a female 
specimen at the American Museum of Natural 
History was dissected and five perfectly shaped fetuses 
were discovered. Each was about 14 in (35 cm) long, 
and had a yolk sac attached to its stomach. This 
demonstrated that the coelacanth is ovoviviparous, 
meaning the female keeps the eggs inside her body to 
protect them as they develop to the hatchling stage. 


Little is known about the ecology of the coela- 
canth. In 1987, marine biologist Hans Fricke managed 
to film coelacanths in their deep-water environment 
off the Comoros Islands in the Indian Ocean. Not only 
did his team observe the unusual swimming gait 
described above, but they also saw coelacanths doing 
“headstands” when the researchers triggered an elec- 
tronic lure. The coelacanth has an organ between its 
nostrils called the rostral organ, which is believed to 
detect the electrical field of prey, as the ampullae of 
Lorenzini do in sharks. Fricke’s research strengthened 
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Coelacanth 


A coelacanth (Latimeria chalumnae) preserved specimen. (© Tom McHugh/Steinhart Aquarium/Photo Researchers, Inc.) 


the evidence that the rostral organ of coelacanths is an 
electrical sensor. 


A living coelacanth (Latimeria chalumnae) first 
came to the attention of science in 1938. At the time, 
a young biologist named Marjorie Courteney-Latimer 
was the curator of a small natural history museum in 
South Africa. Because the museum was new, she had 
been given freedom to decide the direction its collec- 
tions would take, and she chose to focus on marine 
life. Local fishermen often brought her unusual fish 
from their catches. One day, Capt. Hendrik Goosen 
contacted Courteney-Latimer, saying he had several 
fish she might be interested in. When she got to the 
dock, there was a pile of sharks waiting for her. But 
buried in the pile was a blue fish unlike any she’d ever 
seen. This one she took back with her to the museum. 


The specimen was large, nearly 5 ft (1.5 m) in 
length, and far too big to fit into the museum’s freezer. 
Desperate to preserve the fish against the hot South 
African weather, Courteney-Latimer asked a local 
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hospital if she could keep it in their morgue, but was 
refused. Finally, she managed to get it to a taxidermist. 


Knowing that the strange fish was unique, 
Courteney-Latimer wrote to J.L.B. Smith, an expert 
on South African fish. Smith recognized the fish as a 
coelacanth from a sketch provided by Courteney- 
Latimer. He was able to learn a great deal from the 
mounted specimen (he dissected one side of it). He 
then published a notice in the prestigious journal 
Nature, which announced to the world that coela- 
canths still existed. 


This notice also gave Smith the right to name the 
new species. He chose to name the genus Latimeria in 
honor of Courteney-Latimer, and the species chalumnae 
after the river near which Goosen had caught the fish. 


Fourteen years passed before another coelacanth 
turned up, despite Smith’s peppering the eastern coast 
of Africa with posters describing the coelacanth and 
offering a reward. Eventually, in 1952, a second coe- 
lacanth was caught near the Comoro Islands in the 
Indian Ocean, many miles from where the first speci- 
men had been caught off eastern South Africa. Smith 
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thought that the second specimen represented another 
species, which he named Malania  anjouanae. 
However, later scientists deduced that Malania was 
actually another specimen of Latimeria. 


Since that second specimen, more than 200 addi- 
tional coelacanths have been caught. Many of these 
are now in research collections, particularly in France, 
which had ruled the Comoros as a colonial power. 
Most coelacanths have been caught by local fisher- 
men, using a handline from a dugout canoe. 
Unfortunately, the hooked fish quickly die, because 
of the great pressure difference between its deepwater 
habitat and the surface. 


Some people have thought that catching a live 
coelacanth to display in an aquarium would be a 
good idea. Others, including Hans Fricke, have 
objected to this possibility, arguing that the numbers 
of coelacanths already taken from its small population 
have adversely affected the species. Part of the prob- 
lem is that these animals only bear a few live young at a 
time, so their fecundity is highly limited and cannot 
sustain much mortality. Because of these objections, 
the American and British aquariums that had been 
considering an expedition to capture a breeding pair 
of coelacanths changed their minds. An Asian aquar- 
ium that did mount such an expedition was unable to 
capture any live fish. 


The coelacanth is protected under the Convention 
on International Trade in Endangered Species 
(CITES). However, interest in this unusual fish con- 
tinues and appears to have created a black market in 
coelacanth specimens. Unless the government of the 
Comoro Islands decides to vigorously preserve the 
endangered coelacanth, instead of allowing continued 
exploitation, the future of this “living fossil” is not 
encouraging. The IUCN lists Latimeria chalumnae as 
critically endangered. 


As was just described, living coelacanths were only 
known from cold, dark waters 1,300-2,000 ft (400-600 m) 
deep off the Comoro Islands, near the northern tip of 
Madagascar. Remarkably, however, in 1998 another 
population of coelacanths was discovered in deep 
water off the Indonesian island of Sulawesi. Incredibly, 
the extremely rare fish was incidentally noticed in a local 
village market by an American zoologist, Mark 
Erdmann, who was on a honeymoon vacation. The 
two known populations of coelacanths are located 
7,000 mi (11,200 km) apart, and have now been con- 
firmed to be two species. The new Indonesian species is 
named Latimeria menadoensis. Essentially nothing is 
known yet about the behavior, ecology, or abundance 
of the newly discovered species of coelacanth. 
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I Coffee plant 


The coffee tree, genus Coffea, family Rubiaceae 
(Madder family), is native to Ethiopia. The name 
coffee also refers to the fruit (beans) of the tree and 
to the beverage brewed from the beans. Coffee is one 
of the world’s most valuable agricultural crops. 


There are about 30 species of Coffea, but only two 
provide most of the world market for coffee. Coffea 
arabica is indigenous to Ethiopia and was the first 
cultivated species of coffee tree. C. arabica provides 
75% of the world’s supply of coffee. Coffea robusta, 
also known as Coffea canephora, was first discovered 
growing wild in what is now Zaire. This species was 
not domesticated and cultivated until the turn of the 
twentieth century, and now supplies about 23% of the 
world’s coffee. Coffea liberica is also an important 
source of coffee beans, but is mostly consumed locally 
and does not enter the world market in great quantity. 
C. robusta and C. liberica were developed because of 
their resistance to insects and diseases. 


Cultivation and harvesting 


The coffee tree or shrub grows to 15-30 ft (3-9 m). 
The tree has shiny, dark green, simple, ovate leaves that 
grow opposite each other in an alternate fashion, and 
reach 3 in (7.5 cm) in length. Fragrant white flowers 
that bloom for only a few days grow where the leaves 
join the branches. Clusters of fruit, called cherries, follow 
the flowers. The cherries are green while developing and 
growing. The green berries change to yellow, and then to 
red when the cherries are mature, and deep crimson when 
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Coffee plant 


Coffee beans 
harvested by hand 


Residue 
forms at top 


BREWING COFFEE 
BEANS 


INSTANT 
Coffee 


The “wet method” of manufacturing coffee. First, the ripe coffee beans are picked and their hulls removed. The beans are then 
soaked in water during the pulping process, softening and removing most of the skin left on the beans. The remaining residue is 
removed by fermenting the beans, drying them, and putting them into a hulling machine. The beans are then roasted, cooled, 


and packaged. (Courtesy of Gale Research.) 


ripe and ready for picking. The cherries do not all ripen at 
once, and trees that grow in lower, hotter regions often 
hold multicolored berries, flowers, and leaves all at once. 


Each cherry has two chambers or locules that hold 
two beans. The beans are oval and flat on one side with 
a lengthwise groove. They are covered by papery skin 
that must be removed before roasting. A soft, fleshy 
pulp surrounds the beans. Cherries with one bean, 
usually round, are called peaberries. Coffee trees raised 


992 


from seeds generally flower the third or fourth year, and 
produce a good crop at five years. The trees can pro- 
duce crops for about 15-20 years. Coffee trees can yield 
from about 1-8 Ibs (0.5—3.6 kg) in a year, with 1.5—2 Ibs 
(0.7-0.9 kg) being the average. It takes 5 Ibs (2.3 kg) of 
cherries to produce | Ib (0.5 kg) of beans. 


Coffee grows best in regions located between the 
Tropic of Cancer and the Tropic of Capricorn (25° 
north and south of the equator), also called the “coffee 
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A coffee plant in Costa Rica. (© Alan D. Carey, National 
Audubon Society Collection/Photo Researchers, Inc.) 


belt.” Coffee trees do not produce well in extremely hot 
weather, nor can they tolerate frost. Ideally, the annual 
mean temperature should be around 70°F (21.1°C). 
There should be adequate rainfall 70 inches (178 cm) 
per year especially when the fruit is developing. 
C. arabica grows best at higher altitudes 2,000—6,000 ft 
(610—1,830 m) and because the fruit of this species takes 
about six to seven months to ripen after flowering, only 
one crop is harvested per year. C. robusta grows best at 
lower altitudes around 3,000 feet (915 m), and depend- 
ing on the climate and soil, the fruit can be harvested 
two to three times per year. Coffee trees grow best in 
rich, well drained, organic soil, particularly in regions 
with disintegrated volcanic ash. The dangers for grow- 
ing coffee trees are frost, the coffee bean borer, coffee 
leaf miner, and the fungus Hemileia vastatrix. 


There are two methods of harvesting and process- 
ing the cherries. The wet method, used where water is 
abundant, involves picking only the ripe cherries. The 
cherries are soaked in water to soften the skin and the 
skin and pulp are removed, leaving a sticky film. The 
cherries are put into tanks to ferment for about 24 
hours and then washed to remove the sticky covering 
on the bean. The beans are spread out to dry, and put 
into hulling machines that remove the papery skin. 
Coffee beans processed by the wet method tend to be 
more expensive. They are considered to have a better 
flavor, probably because only ripe cherries are picked. 
The dry method involves stripping all the cherries from 
the branches. The cherries are thoroughly dried and put 
into machines that remove the dry outer covering, pulp, 
and papery skin. The dry method is the oldest type of 
processing and is currently used for about two-thirds of 
the world’s coffee. Both processes result in a dried, 
green coffee bean. Dried, processed beans are then 
sorted, and graded for quality, type, and size. The 
beans are packed for transport into bags of 132 Ibs 


GALE ENCYCLOPEDIA OF SCIENCE 4 


(60 kg) each. Coffee is exported all over the world and 
is usually roasted after it reaches its destination. 


History 


The first cultivated coffee, C. arabica, is native to 
Ethiopia. In Africa, coffee beans were consumed as 
food and later made into wine. The coffee plant made 
its way to neighboring Arabia around AD 1000, where 
it was made into and consumed as a beverage. coffee 
beans were introduced to Europe in the fifteenth cen- 
tury as a result of the spice trade. 


Until the late part of the seventeenth century, all 
coffee came from Arabia, but the first coffee tree was 
brought to Europe by Jussieu and planted in the Jardin 
des Plantes, Paris, in 1714. This tree became the source 
of all Latin American coffees. This same tree was stolen 
and later replanted (after a treacherous sea voyage) in 
Martinique. This species spread to the West Indies and 
later, Brazil. The West Indian colonies of Spain and 
France became major world suppliers. Later, the Dutch 
successfully cultivated the coffee tree in Indonesia, and 
eventually became the leading coffee producer. When 
the fungus Hemileia vastatrix wiped out most of the 
coffee trees in Asia, the West Indian and Brazilian 
industry became dominant. By the late nineteenth cen- 
tury Brazil had vast coffee plantations and was the 
leading coffee producer. This status fluctuated with 
the emancipation of its slaves, incoming European 
immigrant workers, the start of many small farms, 
and overproduction. Today, Brazil and Colombia are 
the world’s leading producers of coffee beans. 
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l Cogeneration 


Cogeneration is the simultaneous generation from 
a single energy source of two forms of energy, usually 
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Cogeneration 


heat and electricity. Traditional generating systems 
produce only heat or electricity by burning a fuel. 
Burning fuel generates a lot of heat, and the exhaust 
gases can be hotter than 932°F (500°C). Traditionally, 
this “waste heat” would be vented into the environ- 
ment for disposal. Cogeneration facilities capture 
some of that waste heat and use it to produce steam 
or more electricity. Both systems release the same 
amount of energy, but cogeneration obtains more 
end-use from that energy. 


Cogeneration is widely used in some European 
countries, such as Denmark and Italy, where fuel 
costs are particularly large. In the United States, 
where fuel costs are relatively small, cogeneration pro- 
duced about 8% of the electricity supply by 2006. 
Some researchers estimate that if all large U.S. indus- 
trial plants used cogeneration technology, there would 
be enough energy-generating capacity to last until 
2020 without building any new power plants. 


Why cogenerate? 


There are several reasons why cogeneration is a ben- 
eficial technology. Cogeneration is an excellent method of 
improving energy efficiency, which has positive environ- 
mental and economic results. It also buys time to find new 
energy sources, and is a reliable, well-understood process. 


The most important environmental reason to 
cogenerate is that vast amounts of precious, non- 
renewable resources are being wasted by inefficient 
uses. For example, in the United States, only 16% of 
the energy used for industrial processes creates useful 
energy or products. About 41% of the waste is 
unavoidable because some energy is always lost when- 
ever energy is transformed. However, 43% of the 
wasted energy could potentially be used in a more 
energy-efficient process. Cogeneration is an excellent 
way to increase energy efficiency, which reduces both 
environmental impacts and operating costs. 


Another benefit of cogeneration is that it is an off- 
the-shelf technology. It has been used in some forms for 
over a century and therefore most technical problems 
have been solved. Because cogeneration is a reliable, 
proven technology, there are fewer installation and 
operating problems compared with new, untested 
technology. 


History of cogeneration 


At the beginning of the twentieth century, steam 
was the main source of mechanical power. However, as 
electricity became more controllable, many small 
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“power houses” that produced steam realized they 
could also produce and use electricity, and they adapted 
their systems to cogenerate both steam and electricity. 
Then from 1940-1970, the concept developed of a cen- 
tralized electric utility that delivered power to the sur- 
rounding area. Large utility companies quickly became 
reliable, relatively inexpensive sources of electricity, so 
the small power houses stopped cogenerating and 
bought their electricity from the utilities. 


During the late 1960s and early 1970s, interest in 
cogeneration began to revive, and by the late 1970s 
the need to conserve energy resources became clear. In 
the United States, legislation was passed to encourage 
the development of cogeneration facilities. Specifically, 
the Public Utilities Regulatory Policies Act (PURPA) 
of 1978 encouraged this technology by allowing cogen- 
erators to connect with the utility network to purchase 
and sell electricity. PURPA allowed cogenerators to 
buy electricity from utility companies at fair prices, in 
times of shortfall, while also allowing them to sell their 
electricity based on the cost the utility would have paid 
to produce that power, the so-called “avoided cost.” 
These conditions have encouraged a rapid increase in 
cogeneration capacity in the United States. 


In Europe, there has been little government sup- 
port because cogeneration is not seen as new technol- 
ogy and therefore is not covered under “Thermie,” the 
European Community’s (EC) energy program. Under 
Thermie, 40% of the cost for capital projects is cov- 
ered by the EC government. However, some individ- 
ual European countries, like Denmark and Italy, have 
adopted separate energy policies. In Denmark, 27.5% 
of their electricity is produced by cogeneration, and all 
future energy projects must involve cogeneration or 
some form of alternative energy. In Italy, low-interest 
loans are provided to cover up to 30% of the cost of 
building new cogeneration facilities. 


Barriers to cogeneration 


There are several barriers to the large-scale imple- 
mentation of cogeneration. Although the operating 
costs of cogeneration facilities are relatively small, 
the initial costs of equipment and installation are rel- 
atively large. Also, multinational oil companies and 
central utility companies have substantial political 
influence in many countries. These companies empha- 
size their own short-term profits over the long-term 
environmental costs of inefficient use of non-renew- 
able resources. Other barriers to cogeneration are the 
falsely depressed costs of fossil fuels, relative to their 
true, longer-term costs and future scarcity. In a world 
of plentiful, seemingly inexpensive energy, there is little 
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KEY TERMS 


Avoided cost—Under PURPA, the price that the 
utility company must pay to buy electricity from a 
cogenerating company. It is calculated as the 
amount the utility would have paid if the utility 
company had generated the electricity itself. 


Public Utilities Regulatory Policies Act (PURPA)— 
United States federal legislation that is designed to 
encourage the development of cogenerating plants. 


Waste heat—Heat that is released as fuels are 
burned but is not used. 


incentive to use fuel wisely. In addition, national energy 
policies can have a tremendous effect, like the EC’s 
Thermie policy that does not support cogeneration, and 
the recent cutbacks in the U.S. energy conservation pol- 
icies and research, the effects of which remain to be seen. 


In the United States, much of the energy research 
dollar is devoted to developing new energy sources, 
despite the fact that most of the country’s current 
energy sources are wasted due to inefficient use. As 
the world’s largest user (and waster) of energy, the 
United States has a substantial impact on worldwide 
pollution and also sets a technological lead for others 
to follow; it therefore, some argue, has a special 
responsibility to use its resources efficiently. What is 
more, many energy experts argue that more efficient 
end use can be used to substantially increase profits for 
businesses and trim expenses for consumers. 


Current research 


Current cogeneration research is examining ways 
of improving old technology. One improvement 
involves steam-injected gas turbines, which would 
increase the electric output capacity of the turbines, 
and thereby increase the energy efficiency of cogener- 
ation. Other improvements are making cogeneration 
more feasible for smaller plants. Currently, this tech- 
nology is feasible only in larger facilities. Smaller 
cogeneration units would allow a more widespread 
application of this energy-efficient technology. 


See also Electrical power supply. 
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! Cognition 


Cognition is any form of abstract thought or rea- 
soning (as distinct from emotion). While cognition 
cannot be neatly dissected into a set of well-defined 
processes, psychologists point out that it reveals the 
interplay of such critical psychological mechanisms as 
perception, attention, memory, imagery, verbal func- 
tion, judgment, problem-solving, decision-making, 
with a mixture of other factors, including physical 
health, educational background, socio-economic sta- 
tus, and cultural identity. A dynamic process, since 
both the world and the individual are subject to 
change, cognition is a vital function which enables an 
individual to exist in the world as an independent and 
active participant. 


Historical background 


Before psychology existed as a scientific disci- 
pline, the study of cognition was the domain of phi- 
losophy. There are two fundamental scientific 
paradigms—with many variations—regarding cogni- 
tion in Western philosophy: idealism and empiricism. 
According to idealistic view, represented by such 
thinkers as Plato (c. 427-347 BC) and René 
Descartes (1596-1650), innate ideas are the crucial 
component in cognition; in other words, knowledge 
is determined by what has been in an individual’s mind 
since—or before—birth. The opposing, empiricist 
view, is succinctly expressed by John Locke’s (1632- 
1704) dictum that, without sense-perceptions, the 
mind is an empty slate, a tabula rasa. While certain 
psychologists struggled to determine which of the two 
paradigms was dominant, the celebrated Swiss cogni- 
tive psychologist Jean Piaget (1896-1980) developed a 
theoretical model of cognition which recognized the 
importance of both the innate/genetic and the empiri- 
cal components of cognition. It could be said that 
cognition depends on both components, just as the 
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Cognition 


KEY TERMS 


Concept—A mental construct, based on experi- 
ence, used to identify and separate classes of phe- 
nomena. The perceived distinctions between cats 
and dogs allow us to formulate the concepts “cat’’ 
and “dog.” 

Creativity—The ability to find solutions to prob- 
lems and answers to questions without relying on 
established methods. 

Empiricism—A_ general philosophical position 
holding that all knowledge comes from experience, 
and that humans are not born with any ideas or 
concepts independent of personal experience. 


Idealism—Scientific thinking based on the view 
that ultimate reality is immaterial. 


Imagination—The ability to create alternate worlds 
without losing contact with reality. 


Judgment—The ability to evaluate events and 
statements. 


Percept—The mental representation of a single 
perceived event or object. 


Scientific paradigm—A general view shared by 
groups of scientists. 


successful operation of a computer program requires 
both the hardware and the software. 


How cognition works 


Cognition starts with perception. Perception, 
which occurs in space and time, provides the general 
framework for cognition; perception is also the proc- 
ess of becoming aware of a stimulus, which can be 
external or internal. The next step is conceptualiza- 
tion, after realizing the existence of something, we try 
to figure out what it is: the percept becomes a concept. 
For example, cognition happens at the instance when 
the perception “something coming our way” crystal- 
lizes as the concept “dog.” If the dog is unfriendly, we 
will use judgment to evaluate our newly acquired 
knowledge of the situation in an effort to avoid injury. 
Fortunately, while problem-solving is a key applica- 
tion of the power of judgment in everyday life, not all 
problems are unpleasant. Working on a mathematical 
problem, for instance, can be a pleasant, one could say 
aesthetic, experience; the same could be said for any 
problems requiring creativity and ingenuity, abilities 
of a higher order than simpler methods, such as the 
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trial-and-error approach. In the realm of the scientific 
imagination, cognition can, in rare moments, occur as 
an unexpected flash of illumination. The problem 
appears to solve itself. One such extraordinary experi- 
ence is an often quoted mathematical discovery by the 
French mathematician and philosopher Henri 
Poincaré (1854-1912). Unable to fall asleep one 
night, Poincaré thought about a tough problem that 
he had been grappling with: “Ideas rose in crowds; I 
felt them collide until pairs interlocked, so to speak, 
making a stable combination. By the next morning I 
had established the existence of a new class of Fuchian 
functions.” 


Varieties of cognition 


Poincaré’s experience shows that cognition, while 
originally stemming from less complex psychological 
mechanisms, such as perception, is not literally tied to 
the world of sense-perception. Without contradicting 
the statement about perception providing the spatio- 
temporal context of cognition, we can say that cogni- 
tion also operates in the seemingly unlimited expanses 
of imaginary space (as in art and mathematics) and 
inner space (as in introspection). In addition, while 
cognition is traditionally defined as rational and con- 
ceptual, it can contain such non-intellectual compo- 
nents as feelings, intuitions, and physical acts. The 
process of learning to play a musical instrument, for 
example, although a rationally structured endeavor, 
contains many repetitive, mechanical operations that 
could be defined as elements of unconscious learning. 
When the source of new knowledge is unknown, when 
we do not know why we know something, we are 
probably dealing with the hidden, silent, non-concep- 
tual dimensions of cognition. A new skill, insight, 
ability, or perspective suddenly appears “out of 
nowhere.” But this “nowhere” is not really outside 
the realm of cognition. As in the case of perception, 
conceptual thinking provides a framework but does 
not limit cognition. Finally, that cognition is an open- 
ended process is also demonstrated by the seemingly 
unlimited human capacity for learning, introspection, 
change, and adaptation to a changing world. 


Although it was long believed that only human 
beings were capable of rational thought or cognition, 
the study of animal cognition is a thriving field today. 


See also Brain. 
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l Cold, common 


The common cold, also often referred to as an 
upper respiratory infection, is caused by some 200 
different viruses, and has defied both cure and vaccine 
for centuries. The United States alone will account for 
about one half of a billion colds this year, or almost 
two for each man, woman, and child. 


Dedicated researchers have searched for a cure or 
even an effective treatment for years. The pharmaceut- 
ical company that discovers the antiviral agent that will 
kill the cold viruses will reap a great return. Discovering 
or constructing the agent that will be universally lethal 
to all the cold-causing viruses has been fruitless. A drug 
that will kill only one or two of the viruses would be of 
little use since the patient would not know which of the 
viruses was the one that brought on the cold. So at 
present, as the saying goes, treating a cold will get rid 
of itin about a week. Left untreated, it will hang around 
for about seven days. 


The common cold differs in several ways from 
influenza (the flu). Cold symptoms develop gradually 
and are relatively mild. The flu has a sudden onset and 
has more serious symptoms the usually put the suf- 
ferer to bed, and the flu lasts about twice as long as the 
cold. Also influenza can be fatal, especially to elderly 
persons, though the number of influenza viruses is 
more limited than the number of cold viruses, and 
vaccines are available against certain types of flu. 


Rhinoviruses, adenoviruses, influenza viruses, 
parainfluenza viruses, syncytial viruses, echoviruses, 
and coxsackie viruses all have been implicated as the 
agents that cause the runny nose, cough, sore throat, 
and sneezing that advertise a cold. More than 200 
viruses, each with its own favored method of being 
passed from one person to another, its own gestation 
period, each different from the others, wait patiently 
to invade the mucous membranes that line the nose of 
the next cold victim. 
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Passing the cold-causing virus from one person to 
the next can be accomplished by sneezing onto the 
person, by shaking hands, or by an object handled by 
the infected person and picked up by the next victim. 
Oddly, direct contact with the infected person, as in 
kissing, is not an efficient way for the virus to spread. 
Only in about 10% of such contacts does the unin- 
fected person get the virus. Walking around in a cold 
rain will not cause a cold. Viruses like warm, moist 
surroundings, so they thrive indoors in winter. Colds 
are easily passed in the winter, because people spend 
more time indoors then than they do outdoors. 
However, being outdoors in cold weather can dehy- 
drate the mucous membranes in the nose and make 
them more susceptible to infection by a rhinovirus. 


In addition, cold viruses mutate with regularity. 
Each time it is passed from one person to the next, the 
virus could change slightly, so it may not be the virus 
the first person had. Viruses are obligate parasites, 
meaning that they can carry out their functions only 
when they invade another living thing, plant or animal. 


The virus is a tough envelope surrounding its 
nucleic acid, the genetic structure for any living 
thing. Once it invades the body, the virus waits to be 
placed in the location in which it can function best. 
Once there it attaches to a cell by means of receptor 
areas on its envelope and on the cell membrane. The 
viral nucleic acid then is inserted into the cell nucleus 
and it takes over the functions of the nucleus, telling it 
to reproduce viruses. 


Taking regular doses of vitamin C will not ward 
off a cold. However, high doses of vitamin C once a 
person has a cold may help to alleviate symptoms and 
reduce discomfort. Over-the-counter drugs to treat 
colds treat only the symptoms. They may dry up the 
patient’s runny nose, but after a few days, the nose will 
compensate and overcome the effects of the medica- 
tion and begin to drip again. The runny nose is from 
the loss of plasma from the blood vessels in the nose. 
Some researchers assume that the nose drip is a defen- 
sive mechanism to prevent the invasion of other 
viruses. Antibiotics such as penicillin are useless 
against the cold because they do not affect viruses. 


Scientists agree that the old wives’ remedy of 
chicken soup can help the cold victim, but so can any 
other hot liquid. The steam and heat produced by soup 
or tea helps to liquefy the mucus in the sinus cavities, 
allowing them to drain, reducing the pressure and 
making the patient feel better. The remedy is tempo- 
rary and has no effect on the virus. 


Ridding the body of the viral invaders and there- 
fore easing the symptoms of the cold are the functions 
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Collagen 


KEY TERMS 


Acute rhinitis—The medical term given to the 
common cold. No one knows where the name 
“cold’’ came from since a cold can be caught dur- 
ing warm as well as cold weather. Rhinitis means 
inflammation of the nose. 


Mucous membrane—the moist lining of the respi- 
ratory and digestive systems. Cells that produce 
mucus maintain the condition of these membranes. 


Vaccine—A substance given to ward off an infec- 
tion. Usually made of attenuated (weakened) or 
killed viruses or bacteria, the vaccine causes the 
body to produce antibodies against the disease. 


of the body’s immune system. An assortment of white 
blood cells, each with a different function, gathers at 
the site of invasion and heaviest viral population and 
wages a life and death struggle against the invaders. It 
will take about a week, but in most cases, the body’s 
defenses prevail. 


A person with a cold can help prevent infecting 
another person by coughing or sneezing into a tissue 
or other disposable cloth, by keeping away from 
crowds, and by frequent handwashing. Likewise, per- 
sons can help prevent catching a cold by keeping their 
fingers away from the face, limiting their contact with 
persons who have colds, especially during the first day 
or two of illness, and washing their hands frequently. 
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l Collagen 


Collagen is a protein found abundantly through- 
out the bodies of animals including humans. In 
humans, collagen makes up about one-third of the 
total body weight. Collagen is an important compo- 
nent of the body’s connective tissues, which perform a 
variety of functions in the body. These tissues provide 
the framework, or internal scaffolding, for various 
organs such as the kidneys and lymph nodes. 
Connective tissues also impart great support and 
strength to structures such as the bones and tendons. 
Blood, an important type of connective tissue, trans- 
ports oxygen and nutrients throughout the body. 


Connective tissue is composed of a nonliving, gel- 
like material called a matrix, in which living cells are 
embedded. The matrix is composed of different kinds 
of protein fibers, the most common of which is 
collagen. 


Collagen is a fibrous protein; that is, it is com- 
posed of many fibers. Each fiber consists of three 
microscopic ropes of protein wrapped around each 
other. The fibers in collagen are arranged parallel to 
each other, and are often grouped together in bundles. 
The bundling of collagen fibers gives the fibers greater 
strength than if they occurred individually. Collagen 
fibers are extremely tough and can resist a pulling 
force, but because they are not taut, they allow some 
flexibility. 


Collagen is a primary component of the connec- 
tive tissue located in the dermis, the tough inner layer 
of the skin. This kind of connective tissue is also found 
in mucous membranes, nerves, blood vessels, and 
organs. Collagen in these structures imparts strength, 
support, and a certain amount of elasticity. As the skin 
ages, it loses some of its elasticity, resulting in wrin- 
kles. Recently, injections of animal collagen given 
under the surface of the skin have been used to 
“plump up” the skin and remove wrinkles. However, 
this treatment is controversial. Many people develop 
allergic reactions to the collagen, and the procedure 
must be performed by a qualified physician. 


Collagen is also a component of a kind of con- 
nective tissue that surrounds organs. This connective 
tissue encases and protects delicate organs like the 
kidneys and spleen. 


Other locations where collagen fibers are promi- 
nent are in the tendons and ligaments. Tendons are 
straps of tough tissue that attach muscles to bones, 
allowing for movement. Ligaments are structures that 
hold the many bones of a joint, such as the knee joint, 
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KEY TERMS 


Cartilage—A connective tissue found in the knees, 
tip of the nose, and outside of the ears; it provides 
flexibility and resilience to these structures. 


Ligaments—Structures that hold the bones of joints 
in the proper position. 

Matrix—tThe nonliving, gel-like component of con- 
nective tissue. 


Tendon—A strap of tissue that connects muscle to 
bone, providing for movement. 


in proper position. Tendons and ligaments differ 
slightly in structure. In ligaments, the collagen fibers 
are less tightly packed than in tendons; in some liga- 
ments, the fibers are not parallel. 


Collagen adds strength to tendons and ligaments, 
and it imparts some stretch to these structures by allow- 
ing for some flexibility. However, collagen is not 
extremely elastic. If tendons and ligaments are stretched 
too far, these structures will tear, which may lead to 
problems in movement and bone position. Many ath- 
letes tear tendons and ligaments. When tearing occurs, 
the joint or bone in which the structures occur must be 
immobilized to allow for proper healing. 


Cartilage is a connective tissue found in various 
places throughout the body, including the tip of the 
nose, the outside of the ears, the knees, and parts of the 
larynx and trachea. Cartilage consists of collagen fibers 
and cartilage cells. At these locations, collagen provides 
flexibility, support, and movement. Cartilage soaks up 
water like a sponge and is therefore somewhat springy 
and flexible. For example, if the tip of the nose is pushed 
in and let go, it springs immediately back into place. 


In vertebrates, which include all animals with a 
backbone, connective tissues are highly organized and 
developed. In invertebrates, which include the animals 
without backbones, connective tissues are not as well 
organized. However, in nematodes, also known as 
roundworms (an invertebrate animal), collagen plays 
a role in movement. The outer covering of the nem- 
atode, called the cuticle, consists primarily of collagen. 
The collagen helps the nematode move and also 
imparts some longitudinal elasticity. Because the col- 
lagen fibers crisscross each other and are not parallel 
in the nematode cuticle, nematodes are limited in side- 
to-side movement. 


See also Muscular system. 
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| Colloid 


A colloid is a mixture of substances in which the 
particles of one substance are of greater than molec- 
ular size but are stabilized, at least for a time, with 
respect to forming larger particles or settling under 
gravity. The particles are referred to as the disperse 
phase, while the other phase is termed the dispersion 
medium or continuous phase. Smoke is a colloidal 
suspension of solid particles in air, while fog is a 
colloidal suspension of water droplets in air, and 
milk is a colloidal suspension of oil droplets in water. 
Chemists are most often concerned with colloids in 
which solid or liquid particles are suspended in a 
liquid. The special properties of colloids result from 
the large contact area between particle and solvent, 
which may reach thousands of square feet per ounce 
(or hundreds of square meters per gram). 


An ingestible colloidal suspension of gold par- 
ticles in oil was used as potable gold by medical 
alchemists during ancient times. The first systematic 
(scientific) studies of inorganic colloids were reported 
between 1845 and 1850 by Italian chemist Francesco 
Selmi (1817-1881). The term colloid itself was intro- 
duced in 1861 by the British physical chemist Thomas 
Graham (1805-1869) to distinguish glue-like materials 
that would not pass through a parchment filter from 
the majority of substances that in solution would pass 
through filters with ease. The latter he termed crystal- 
loids, as they could be crystallized from solution. 
Graham also coined the term dialysis to describe the 
use of membranes to remove dissolved substances 
from a colloidal suspension, and the terms sol and 
gel to indicate the fluid and more rigid phase of a 
colloidal suspension, respectively. 


Colloids are generally classified as either lyophyl- 
lic (solvent-loving), lyophobic (solvent-hating), or 
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association colloids. When the continuous phase is an 
aqueous solution, the older terms hydrophilic and 
hydrophobic are also used. Lyophillic colloids are 
those in which the interaction of the particle surfaces 
and the solvent is energetically favorable. Aqueous 
solutions of proteins and other macromolecules are 
colloids of this type. They will form spontaneously 
when the solvent is added to the dry particles. When 
water is the solvent, the particles of a lyophillic colloid 
typically carry a significant surface charge, compen- 
sated by ions of the opposite sign in true solution. 


In lyophobic colloids, the particle-solvent interac- 
tion is energetically unfavorable and the suspension 
will sooner or later separate. Lyophobic colloids are 
often prepared by vigorous agitation. The homogeni- 
zation of milk is a process of this type. Association 
colloids are formed in solutions of molecules that 
include both lyophilic and lyophobic regions. The 
most important examples of association colloids are 
the micelles formed by surfactant molecules in water in 
which the non-polar regions of the molecules aggre- 
gate together in the center so that only the polar 
groups are exposed to the surface. The ability of sur- 
factant micelles to accommodate additional oily mate- 
rial is the basis of their detergent action. 


Colloids are also a type of particle that is intermedi- 
ate in size between a molecule and the type of particles 
normally visible to the naked eye. Colloidal particles are 
usually from one to 1,000 nanometers in diameter 
(where one nanometer is one-billionth the length of 
one meter). When a colloid is placed in water, it forms 
a mixture which is similar in some ways to a solution, 
and similar in some ways to a suspension. Like a solu- 
tion, the particles never settle to the bottom of the con- 
tainer. Like a suspension, the dispersion is cloudy. 


The size of colloidal particles accounts for the 
cloudiness of a colloidal dispersion. A true solution, 
such as obtained by dissolving table salt in water, is 
transparent, and light will go through it with no trou- 
ble, even if the solution is colored. A colloidal disper- 
sion, on the other hand, is cloudy. If it is held up to the 
light, at least some of the light scatters as it goes 
through the dispersion. This is because the light rays 
bounce off the larger particles in the colloid, and 
bounce away from the human eye. 


A colloidal dispersion does not ever settle to the 
bottom of the container. In this way, it is like a solution. 
The particles of the dispersion, though relatively large, 
are not large and heavy enough to sink. The solvent 
molecules support them for an indefinite time. 


Everyone has seen what looks like dust particles 
moving about in a beam of sunlight. What is seen is 
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light reflected from colloid-sized particles, in motion 
because of tiny changes in air currents surrounding 
the suspended particles. This type of motion, called 
Brownian motion, is typical of colloids, even those in 
suspension in solution, where the motion is actually 
caused by bombardment of the colloidal particles by 
the molecules of the liquid. This constant motion helps 
to stabilize the suspension, so the particles do not settle. 


Another commonly visible property of a colloidal 
dispersion is the Tyndall effect. If a strong light is 
shined through a translucent colloidal dispersion that 
will let at least some of the light through, the light 
beam becomes visible, like a column of light. This is 
because the large particles of the dispersed colloid 
scatter the light, and only the most direct beams 
make it through the medium. 


Milk is the best known colloidal dispersion, and it 
shows all these properties. They can be seen by adding 
several drops of milk to a glass of water. Most of its 
cloudiness is due to fat particles that are colloidal in 
size, but there is also a significant amount of protein in 
it, and some of these are also in the colloidal size range. 


Understanding the interaction between colloidal 
particles is a matter of great theoretical and practical 
importance. The particles are constantly being brought 
into contact with each other through Brownian motion. 
Should they adhere to each other, the particles would 
rapidly coagulate into a single mass. An atmosphere 
of ionic compensating material will surround each 
charged colloidal particle. Beyond a distance known 
as the Debye length, the particle and its atmosphere 
will appear to be electrically neutral. Particles separated 
by more than a Debye length will attract each other 
weakly due to the van der Waals force. As the particles 
move closer, the atmospheres will overlap and the elec- 
trostatic repulsion will begin to result in a repulsive 
motion. However, if the Debye length is decreased, 
through the addition of additional ions (particularly 
ions of a higher charge) the colloidal particles may 
approach closely enough for a bond to form. The con- 
centration at which this action occurs is known as the 
critical coagulation concentration (c.c.c.), named for 
the particular salt being added. The process, as a 
whole, is sometimes called the salting-out of the colloid. 


The flow characteristics of colloids are also of great 
interest. A very desirable property in many applications 
is thixotropy, in which the material behaves as a gel or 
very viscous liquid at rest when subjected to a mild 
shear, but flows freely when subjected to a larger 
shear. This property is highly desirable in paints, which 
must be transported on a brush but then flow freely as the 
brush is moved against a stationary surface. 
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There are numerous practical applications for the 
field of colloid science. The wood pulp and clays used in 
papermaking are both colloidal, as are the inks used in 
writing and printing. In fact, recent research into the 
formation and growth of colloidal particles at the nano- 
particle level has been conducted for many different 
industrial applications. For instance, inks within the 
printing industry require very precise controls concern- 
ing the scattering and absorbance properties of colloids 
at the nanoparticle level. This control is especially 
important to the quality of the final product. In addi- 
tion, colloidal phenomena are important in the separa- 
tion of minerals from their ores by particle flotation, 
and are also the basis for numerous adhesives, cosmet- 
ics, and other products in widespread use today. 


See also Brownian motion. 


l Colobus monkey 


Colobus monkeys and the closely related langurs 
and leaf monkeys are Old World monkeys in the sub- 
family Colobinae of the family Cercopithecidae. The 
primates in this subfamily share a common trait—they 
lack thumbs or have only small, useless thumbs. (The 
name colobus comes from a Greek word meaning 
mutilated.) However, lack of a thumb does not stop 
them from nimbly moving among the branches. They 
just grasp a branch between the palm of the hand and 
the other fingers. The Colobinae are distinguished 
from the other subfamily of Old World monkeys, the 
Cercopithecinae, by their lack of cheek pouches, their 
slender build, and their large salivary glands. They live 
throughout equatorial Africa, India, and Southeast 
Asia. 


Unlike most monkeys—which are fairly omniv- 
orous, eating both plant and animal foods—many 
colobus monkeys eat primarily leaves and shoots. In 
the tropical and subtropical regions in which these 
leaf-eaters live, they have an advantage over other 
monkeys in that they have a year-round supply of 
food. Leaf-eaters also have an advantage in that 
they can live in a wider variety of habitats than 
fruit-eaters, even in open savanna. Fruit-eaters, on 
the other hand, must keep on the move in forests to 
find a fruit supply in season. Most colobus monkeys 
also eat fruits, flowers, and seeds when they can find 
them. 


Like all Old World monkeys, colobus monkeys 
have tough hairless pads, called ischial callosities, on 
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A black and white colobus monkey in Lake Nakuru National 
Park, Kenya. (© Tim Davis, National Audubon Society Collection/ 
Photo Researchers, Inc.) 


their rear ends. There are no nerves in these pads, a 
fact that allows them to sit for long periods of time on 
tree branches without their legs “going to sleep.” Some 
colobus monkeys have loud, raucous calls that they 
use particularly at dawn. Apparently these signals tell 
neighboring troops of monkeys where a particular 
group is going to be feeding that day. 


Leaves do not have much nourishment, so colo- 
bus monkeys must eat almost continuously, up to a 
quarter of their body weight each day. Their leafy diet 
requires them to have stomachs specially adapted for 
handling hard-to-digest materials. The upper portion 
of the stomach contains anaerobic bacteria that break 
down the cellulose in the foliage. These bacteria are 
also capable of digesting chemicals in leaves that 
would be poisonous to other primates. Colobus mon- 
keys have large salivary glands which send large 
amounts of saliva into the fermenting food to help its 
passage through the digestive system. 
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Colobus monkey 


Black and white colobus monkeys 


The black and white colobus monkeys of central 
Africa (genus Colobus) have the least visible thumb of 
any genus in the subfamily Colobinae, although what 
little thumb remains has a nail on it. These monkeys 
have slender bodies, bare faces, and long tails with a 
puff of long fur on the end. Head and body length 
is 17.7—28.3 in (45-72 cm), tail length is 20.5--39.3 
in (52-100 cm), and weight is 11.9—31.9 Ib (5.4-14.5 kg). 


The five species in this genus are distinguished by 
the amount of white markings and by the placement of 
long silky strands of fur in different locations. The 
black colobus (C. satanus) has a completely black, 
glossy coat. Colobus polykomos has a white chest and 
whiskers and a white, tuftless tail; C. vellerosus has 
white thigh patches, a white mane framing its face, and 
a white, tuftless tail; C. guereza has a flat black cap 
over a white beard and “hairline,” a long white mantle 
extending from the shoulders to the lower back, and a 
large white tuft on its tail; C. angolensis has long white 
hairs around the face and on the shoulders, and a 
white tuft on the end of its tail. 


Black and white colobus monkeys are typically 
highly arboreal (tree-dwelling) inhabitants of deep 
forests, but some species feed and travel on the ground 
where the trees are more widely spaced. When they sit 
still in the trees, these monkeys are well camouflaged 
because their black and white color blends with the 
patches of sunlight and shadow. When moving in the 
trees, colobus monkeys tend to walk along branches, 
either upright or on all fours, instead of swinging 
beneath them, and they often make amazingly long 
leaps from tree to tree. Their long hair apparently acts 
as a parachute to slow them down. 


Black and white colobus monkeys often live in 
small social groups, consisting of both males and 
females. For example, C. guereza lives in groups of 
three to 15 individuals; most groups have a single adult 
male and several adult females with their young. The 
female membership in these groups seems stable, but 
adult males are sometimes ousted by younger males. 
Relations among members of the same group are gen- 
erally friendly and are reinforced by mutual grooming. 


Black and white colobus monkeys can apparently 
breed at any time of the year. Females become sexually 
mature at about four years of age, while males reach 
sexual maturity at about six years of age. Each preg- 
nancy results in a single offspring. Infants are born 
with all white fur, which is shed before the regular 
coloring comes in. Child rearing seems to be shared 
among the females in the group. 
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All species of black and white colobus monkeys 
have declined over the last 100 years due to hunting for 
meat and the fur trade, the rapid expansion of human 
populations, and habitat destruction by logging or 
agriculture. The skins of black-and-white colobus 
monkeys were often used for clothing in Europe dur- 
ing the nineteenth century. They were still available as 
rugs in the early 1970s. The pelts of as many as 50 
animals might have been used to make a single rug. 
The black colobus (C. satanus) and Geoffroy’s black 
and white colobus (C. vellerosus) are classified as vul- 
nerable by I[UCN—The World Conservation Union. 
Their continued survival is threatened by hunting and 
habitat disturbance and destruction. 


Red colobus monkeys 


Red colobus monkeys (genus Procolobus or 
Piliocolobus) live along the equator in Africa. They 
come in many different colors in addition to the red- 
dish black that gives them their name. They often have 
whitish or grayish faces and chests, with the deep red 
color appearing only on their back, crown of the head, 
paws, and tip of the tail. This color variety has made 
these monkeys difficult to classify, and there is consid- 
erable disagreement in their grouping. Red colobus 
monkeys have a head and body length of 17.7—26.4 
in (45-67 cm), a tail length of 20.5—31.5 in (52-80 cm), 
and weigh 11.2—24.9 Ib (5.1-11.3 kg). These monkeys 
have no thumb at all, lacking even the small vestigial 
thumb seen in black and white colobus monkeys. 


Red colobus monkeys are also arboreal. Most 
populations are found in rain forests, but they also 
inhabit savanna woodlands, mangrove swamps, and 
floodplains. Red colobus monkeys also form stable 
groups, but the groups are much larger than those 
formed by black and white colobus monkeys—ranging 
in size from 12 to 82 with an average size of 50. These 
groups usually include several adult males and 1.5-3 
times as many adult females. There is a dominance 
hierarchy within the group maintained by aggressive 
behavior, but rarely by physical fighting. Higher rank- 
ing individuals have priority access to food, space, and 
grooming. 


Red colobus monkeys also seem to breed through- 
out the year. A single offspring is born after a gestation 
period of 4.5—-5.5 months. The infant is cared for by the 
mother alone until it reaches 1-3.5 months old. 


Most red colobus species are coming under 
increased population pressure from timber harvesting. 
This activity not only destroys their rainforest habitat, 
but also makes them more accessible to hunters. At 
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Ischial callosity—A hard hairless pad of skin, or 
callus, located on the lower part of the buttocks, 
or ischium. 


least one authority considers red colobus monkeys to 
be the easiest African monkeys to hunt. Several species 
and subspecies are considered endangered, vulnerable, 
or rare by international conservation organizations. 
For example, the Zanzibar red colobus (Procolobus 
kirkii) is seriously endangered—in 2000 less than 
1,200 animals were estimated to survive. 


Grouped with the red colobus monkeys because of 
its four-chambered stomach is the olive colobus, 
Procolobus verus, of Sierra Leone and central Nigeria. 
This monkey is actually more gray than olive or red. Its 
head and body length is 16.9-35.4 in (43-90 cm) and it 
weighs 6.4-9.7 Ib (2.9-4.4 kg). This species is also arbor- 
eal and is restricted to rainforests. It forms small groups 
of 10-15 individuals, usually with more than one adult 
male in each group. Ina practice unique among monkeys 
and apes, mothers of this species carry newborns in their 
mouths for the first several weeks of the infant’s life. 
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| Color 


Several scientific disciplines are involved in 
explaining the phenomenon of color. The physics of 
light, the chemistry of colorants, and the psychology 
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and physiology of human emotion are all related to 
our experience of color. 


Light and color 


Colors are an aspect of light; strictly speaking, 
color is the form in which human beings and other 
color-perceiving animals detect differences in the 
wavelength of visible light. Thus, an object appears 
colored because of the way it interacts with light. 


When we talk about light, we usually mean white 
light. When white light passes through a prism (a 
triangular transparent object) something very exciting 
happens. The colors that make up white light disperse 
into what human beings tend to perceive as seven 
bands of color. These bands of color are called the 
visible spectrum (from the Latin word for image). 
When a second prism is placed in just the right posi- 
tion in front of the bands of this spectrum, they merge 
to form invisible white light again. Isaac Newton 
(1642-1727) was a scientist who conducted research 
on the Sun, light, and color. Through his experiments 
with prisms, he was the first to demonstrate that white 
light is composed of the colors of the spectrum. White 
light is simply a mixture of colored lights. 


Seven colors constitute white light: red, orange, yel- 
low, green, blue, indigo, and violet. Students in school 
often memorize acronyms like ROY G BIV, to remem- 
ber the seven colors of the spectrum and their order. 
Sometimes blue and indigo are treated as one color. In 
any spectrum the bands of color are always organized in 
this order from left to right. There are also wavelengths 
outside the visible spectrum, such as ultraviolet. 


Rainbows 


A rainbow is a spectrum naturally produced by 
millions of raindrops acting as prisms. One can often 
see rainbows after summer showers, early in the 
morning, or late in the afternoon, when the sun is low. 
Raindrops act as tiny prisms and disperse the white 
sunlight into the form of a large arch composed of 
visible colors. To see a rainbow, one must be located 
between the Sun and raindrops forming an arc in the 
sky. When sunlight enters the raindrops at the proper 
angle, it is refracted by the raindrops, then reflected 
back at an angle. This creates a rainbow. Artificial 
rainbows can be produced by spraying small droplets 
of water from a garden hose with one’s back to the sun. 


Refraction: the bending of light 


Refraction is the bending of a light ray as it passes 
at an angle from one transparent medium to another. 
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As a beam of light enters glass at an angle, it is 
refracted or bent. The part of the light beam that 
strikes the glass is slowed down, causing the entire 
beam to bend. The more sharply the beam bends, the 
more it is slowed down. 


Each color has a different wavelength, and it 
bends differently from all other colors. Short wave- 
lengths are slowed more sharply upon entering glass 
from air than are long wavelengths. Red light has the 
longest wavelength and is bent the least. Violet light 
has the shortest wavelength and is bent the most. Thus 
violet light travels more slowly through glass than 
does any other color. 


Like all other wave phenomena, the speed of light 
depends on the medium through which it travels. As 
an analogy, think of a wagon that is rolled off a side- 
walk onto a lawn at an oblique angle. When the first 
wheel hits the lawn, it slows down, pulling the wagon 
toward the grass. The wagon changes direction when 
one of its wheels rolls off the pavement onto the grass. 
Similarly, when light passes from a substance of high 
density into one of low density, its speed increases, and 
it bends away from its original path. In another exam- 
ple, one finds that the speed and direction of a car will 
change when it comes upon an uneven surface like a 
bridge. 


Diffraction and interference 


Similar colors can be seen in a thin film of oil, 
in broken glass, and on the vivid wings of butterflies 
and other insects. Scientists explain this process by 
the terms, diffraction and interference. Diffraction 
and refraction both refer to the bending of light. 
Diffraction is the slight bending of light away from 
its straight line of travel when it encounters the edge of 
an object in its path. This bending is so slight that it is 
scarcely noticeable. The effects of diffraction become 
noticeable only when light passes through a narrow 
slit. When light waves pass through a small opening or 
around a small object, they are bent. They merge from 
the opening as almost circular, and they bend around 
the small object and continue as if the object were not 
there at all. Diffraction is the sorting out of bands of 
different wavelengths of a beam of light. 


When a beam of light passes through a small slit 
or pin hole, it spreads out to produce an image larger 
than the size of the hole. The longer waves spread out 
more than the shorter waves. The rays break up into 
dark and light bands or into colors of the spectrum. 
When a ray is diffracted at the edge of an opaque 
object, or passes through a narrow slit, it can also 
create interference of one part of a beam with another. 
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Interference occurs when two light waves from the 
same source interact with each other. Interference is the 
reciprocal action of light waves. When two light waves 
meet, they may reinforce or cancel each other. The 
phenomenon called diffraction is basically an interfer- 
ence effect. There is no essential difference between the 
phenomena of interference and diffraction. 


Light is a mixture of all colors. One cannot look 
across a light beam and see light waves, but when light 
waves are projected on a white screen, one can see 
light. The idea that different colors interfere at differ- 
ent angles implies that the wavelength of light is asso- 
ciated with its colors. A spectrum can often be seen on 
the edges of an aquarium, glass, mirrors, chandeliers, 
or other glass ornaments. These colored edges suggest 
that different colors are deflected at different angles in 
the interference pattern. 


The color effects of interference also occur when 
two or more beams originating from the same source 
interact with each other. When the light waves are in 
phase, color intensities are reinforced; when they are 
out of phase, color intensities are reduced. 


When light waves passing through two slits are in 
phase, there is constructive interference, and bright light 
will result. If the waves arrive at a point on the screen out 
of phase, the interference will be destructive, and a dark 
line will result. This explains why bubbles of a nearly 
colorless soap solution develop brilliant colors before 
they break. When seen in white light, a soap bubble 
presents the entire visible range of light, from red to 
violet. Since the wavelengths differ, the film of soap 
cannot cancel or reinforce all the colors at once. The 
colors are reinforced, and they remain visible as the soap 
film becomes thinner. A rainbow, a drop of oil on water, 
and soap bubbles are phenomena of light caused by 
diffraction, refraction, and interference. Colors found 
in birds such as the blue jay are formed by small air 
bubbles in its feathers. Bundles of white rays are scat- 
tered by suspended particles into their components’ col- 
ors. Interference colors seen in soap bubbles and oil on 
water are visible in the peacock feathers. Colors of the 
mallard duck are interference colors and are iridescent, 
meaning they change in hue when seen from different 
angles. Beetles, dragonflies, and butterflies are as varied 
as the rainbow and are produced in a number of ways, 
which are both physical and chemical. Here, the colors 
are separated by thin films, and they flash and change 
when seen from different angles. 


Light diffraction has the most lustrous colors of 
mother of pearl. Light is scattered for the blue of the 
sky which breaks up blue rays of light more readily 
than red rays. 
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Transparent, translucent, and opaque 


Materials like air, water, and clear glass, which 
pass visible light with little diminishment, are called 
transparent. When light encounters transparent mate- 
rials, almost all of it passes directly through them. 
Glass, for example, is transparent to all visible light. 
The color of a transparent object depends on the color 
of light it transmits. If green light passes through a 
transparent object, the emerging light is green; simi- 
larly if red light passes through a transparent object, 
the emerging light is red. 


Materials like frosted glass and some plastics are 
called translucent. When light strikes translucent mate- 
rials, only some of the light passes through them. The 
light does not pass directly through the materials. It 
changes direction many times and is scattered as it 
passes through. Therefore, we cannot see clearly 
through them; objects on the other side of a translucent 
object appear fuzzy and unclear. Because translucent 
objects are semi-transparent, some ultraviolet rays can 
go through them. This is why a person behind a trans- 
lucent object can get a sunburn on a sunny day. 


Most materials are opaque. When light strikes an 
opaque object none of it passes through. Most of the 
light is either reflected by the object or absorbed and 
converted to heat. Materials such as wood, stone, and 
metals are opaque to visible light. 


Mixing colors 


What we see as color is the effect of light shining 
on an object. When white light shines on an object it 
may be reflected, absorbed, or transmitted. Glass 
transmits most of the light that comes into contact 
with it; thus it appears colorless. Snow reflects all of 
the light and appears white. A black cloth absorbs all 
light, and so appears black. A red piece of paper 
reflects red light better than it reflects other colors. 
Most objects appear colored because their chemical 
structure absorbs certain wavelengths of light and 
reflects others. 


The sensation of white light is produced through a 
mixture of all visible colored light. While the entire 
spectrum is present, the eye deceives us into believing 
that only white light is present. White light results 
from the combination of the visible portions of the 
spectrum. When equal brightnesses of these are com- 
bined and projected on a screen, we see white. The 
screen appears yellow when red and green light alone 
overlap. The combination of red and blue light 
produces the bluish-red color of magenta. Green and 
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blue produce the greenish blue color called cyan. 
Almost any color can be made by overlapping light in 
three colors and adjusting the brightness of each color. 


Color vision 


What we call color depends on the effects of light 
waves on receptors in the eye’s retina. The currently 
accepted scientific theory is that there are three types of 
cones in the eye. One of these is sensitive to the short blue 
light waves; it responds to blue light more than to light of 
any other color. A second type of cone responds to light 
from the green part of the spectrum; it is sensitive to 
medium wavelengths. The third type of light-sensitive 
cone responds to the longer red light waves. If all three 
types of cone are stimulated equally our brain interprets 
the light as white. If blue and red wavelengths enter the 
eye simultaneously we see magenta. Recent scientific 
research indicates that the brain is capable of comparing 
the long wavelengths it receives with the shorter wave- 
lengths. The brain interprets electric signals that it 
receives from the eyes like a computer. 


Nearly 1,000 years ago, Alhazen, an Arab scholar 
recognized that vision is caused by the reflection of 
light from objects into our eyes. He stated that this 
reflected light forms optical images in the eyes. 
Alhazen believed that the colors we see in objects 
depend on both the light striking these objects and 
on some property of the objects themselves. 


Color blindness 


Some people are unable to see some colors. This is 
due to an inherited condition known as color blind- 
ness. John Dalton (1766-1844), a British chemist and 
physicist, was the first to discover color blindness in 
1794. He was color blind and could not distinguish red 
from green. Many color blind people do not realize 
that they do not distinguish colors accurately. This is 
potentially dangerous, particularly if they cannot dis- 
tinguish between the colors of traffic lights or other 
safety signals. Those people who perceive red as green 
and green as red are known as red-green color blind. 
Others are completely color blind; they only see black, 
gray, and white. It is estimated that 7% of men and 
1% of women are born color blind. 


Color effects in nature 


We often wonder why the sky is blue, the water in 
the sea or swimming pools is blue or green, and why 
the sun in the twilight sky looks red. When light 
advances in a straight line from the sun to Earth, 
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the light is refracted, and its colors are dispersed. The 
light of the dispersed colors depends on their wave- 
lengths. Generally the sky looks blue because the short 
blue waves are scattered more than the longer waves of 
red light. The short waves of violet light (the shortest 
of all the light waves) disperse more than those of blue 
light. Yet the eye is less sensitive to violet than to blue. 
The sky looks red near the horizon because of the 
specific angle at which the long red wavelengths travel 
through the atmosphere. Impurities in the air may also 
make a difference in the colors that we see. 


Characteristics of color 


There are three main characteristics for under- 
standing variations in color. These are hue, saturation, 
and intensity or brightness. Hue represents the observ- 
able visual difference between two wavelengths of 
color. Saturation refers to the richness or strength of 
color. When a beam of red light is projected from the 
spectrum onto a white screen, the color is seen as 
saturated. All of the light that comes to the eye from 
the screen is capable of exciting the sensation of red. If 
a beam of white light is then projected onto the same 
spot as the red, the red looks diluted. By varying the 
intensities of the white and red beams, one can achieve 
any degree of saturation. In handling pigments, add- 
ing white or gray to a hue is equivalent to adding white 
light. The result is a decrease in saturation. 


A brightly colored object is one that reflects or 
transmits a large portion of the light falling on it, so 
that it appears brilliant or luminous. The brightness of 
the resulting color will vary according to the reflecting 
quality of the object. The greatest amount of light is 
reflected on a white screen, while a black screen would 
not reflect any light. 


Mixing colorants, pigments, dyes, 
and printing 


Color fills our world with beauty. We delight in the 
golden yellow leaves of autumn and the beauty of 
spring flowers. Color can serve as a means of commu- 
nication, to indicate different teams in sports, or, as in 
traffic lights, to instruct drivers when to stop and go. 
Manufacturers, artists, and painters use different meth- 
ods to produce colors in various objects and materials. 
The process of mixing colorants, paints, pigments, and 
dyes is entirely different from the mixing of colored 
light. 


Colorants are chemical substances that give color 
to such materials as ink, paint, crayons, and chalk. 
Most colorants consist of fine powders that are 
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mixed with liquids, wax, or other substances that facil- 
itate their application to objects. Dyes dissolve in 
water. Pigments do not dissolve in water, but they 
spread through liquids. They are made up of tiny, 
solid particles, and they do not absorb or reflect spe- 
cific parts of the spectrum. Pigments reflect a mixture 
of colors. 


When two different colorants are mixed, a third 
color is produced. When paint with a blue pigment is 
mixed with paint that has yellow pigments, the result- 
ing paint appears green. When light strikes the surface 
of this paint, it penetrates the paint layer and hits 
pigment particles. The blue pigment absorbs most of 
the light. The same color looks different against differ- 
ent background colors. Each pigment subtracts differ- 
ent wavelengths. 


Additive and subtractive 


All color is derived from two types of light mix- 
ture, an additive and a subtractive process. Both 
additive and subtractive mixtures are equally impor- 
tant to color design and perception. The additive and 
subtractive elements are related but different. In a 
subtractive process, blended colors subtract from 
white light the colors that they cannot reflect. 
Subtractive light mixtures occur when there is a mix- 
ture of colored light caused by the transmittance of 
white light. The additive light mixture appears more 
than the white light. 


In a subtractive light mixture, a great many colors 
can be created by mixing a variety of colors. Mixing 
colored light produces new colors different from 
the way colorants are mixed. Mixing colorants results 
in new colors because each colorant subtracts wave- 
lengths of light. But mixing colored lights produces 
new colors by adding light of different wavelengths. 


Both additive and subtractive mixtures of hues 
adjacent to each other in the spectrum produce inter- 
mediate hues. The additive mixture is slightly satu- 
rated or mixed with light, the subtractive mixture is 
slightly darkened. The complementary pairs mixed 
subtractively do not give white pigments with additive 
mixtures. 


Additive light mixtures can be used in a number of 
slide projectors and color filters in order to place 
different colored light beams on a white screen. In 
this case, the colored areas of light are added to one 
another. Subtractive color mixing takes place when a 
beam of light passes through a colored filter. The filter 
can bea piece of colored glass or plastic or a liquid that 
is colored by a dye. The filter absorbs and changes part 
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of the light. Filters and paints absorb certain colors 
and reflect others. 


Subtractive color mixing is the basis of color 
printing. The color printer applies the colors one at a 
time. Usually the printer uses three colors: blue, yel- 
low, and red, in addition to black for shading and 
emphasis. It is quite difficult for a painter to match 
colors. To produce the resulting colors, trial and error, 
as well as experimenting with the colors, is essential. It 
is difficult to know in advance what the resulting color 
will be. 


People who use conventional methods to print 
books and magazines make colored illustrations by 
mixing together printing inks. The color is made of a 
large number of tiny dots of several different colors. 
The dots are so tiny that the human eye does not see 
them individually. It sees only the combined effects of 
all of them taken together. Thus, if half of the tiny dots 
are blue and half are yellow, the resulting color will 
appear green. 


Dying fabrics is a prehistoric craft. In the past, 
most dyes were provided solely from plant and animal 
sources. For example, yellow came from the sap of a 
tree, from the bark of the birch tree, and onion skins. 
There were a variety of colors obtained from leaves, 
fruits, and flowers. In antiquity, the color purple or 
indigo, derived from plants, was a symbol of aristoc- 
racy. In ancient Rome, only the emperor was privi- 
leged to wear a purple robe. 


Today, many dyes and pigments are made of syn- 
thetic material. Thousands of dyes and pigments have 
since been created from natural coal tar, from natural 
compounds, and from artificially produced organic 
chemicals. Modern chemistry is now able to combine 
various arrangements and thus produce a large variety 
of color. 


The color of a dye is caused by the absorption of 
light of specific wavelengths. Dyes are made of either 
natural or synthetic material. Chemical dyes tend to be 
brighter than natural dyes. In 1991 a metamorphic 
color system was created in a new line of clothes. The 
color of these clothes changes with the wearer’s body 
temperature and environment. This color system 
could be used in a number of fabrics and designs. 


Sometimes white clothes turn yellow from 
repeated washing. The clothes look yellow because 
they reflect more blue light than they did before. To 
improve the color of the faded clothes a blue dye is 
added to the wash water, thus helping them reflect all 
colors of the spectrum more evenly in order to appear 
white. 
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Most paints and crayons use a mixture of several 
colors. When two colors are mixed, the mixture will 
reflect the colors that both had in common. 


Primary, secondary, and complementary 


Three colorants that can be mixed in different 
combinations to produce several other colors are the 
primary colorants. In mixing red, green, and blue 
paint the result will be a muddy dark brown. Red 
and green paint do not combine to form yellow as do 
red and green light. The mixing of paints and dyes is 
entirely different from the mixing of colored light. 


By 1730, a German engraver named J.C. LeBlon 
discovered the primary colors red, yellow, and blue are 
primary in the mixture of pigments. Their combina- 
tions produce orange, green, and violet. Many different 
three-colored combinations can produce the sensation 
of white light when they are superimposed. When two 
primary colors such as red and green are combined, 
they produce a secondary color. A color wheel is used 
to show the relationship between primary and secon- 
dary colors. The colors in this primary and secondary 
pair are called complementary. Each primary color on 
the wheel is opposite the secondary color formed by 
the mixture of the two primary colors. And each sec- 
ondary color produced by mixing two primary colors 
lies half-way between them on a color wheel. The 
complementary colors produce white light when they 
are combined. 


Colors are everywhere 


Color influences many of our daily decisions, con- 
sciously or unconsciously, from what we eat to what 
we wear. Color enhances the quality of our lives, it 
helps us to fully appreciate the beauty of colors. 
Colors are also an important function of the psychol- 
ogy and physiology of human sensation. Even before 
the ancient civilizations in prehistoric times, color 
symbolism was already in use. 


Different colors have different meanings that are 
universal. Colors can express blue moods. On the 
other hand, these could be moods of tranquility or 
moods of conflict, sorrow or pleasure, warm and 
cold, boring or stimulating. In several parts of the 
world, people have specific meanings for different 
colors. An example is how Eskimos indicate the differ- 
ent numbers of snow conditions. They have seventeen 
separate words for white snow. In the west the bride 
wears white; in China and in the Middle East area 
white is worn for mourning. Of all colors, the most 
conspicuous is red. 
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KEY TERMS 


Beams—Many rays of light. 


Colorant—A chemical substance that gives color to 
such materials as ink, paint, crayons, and chalk. 


Diffraction—The bending of light. 


Hue—tThe observable visual difference between two 
wavelengths of color. 


Light—A form of energy that travels in waves. 
Mirage—An optical illusion. 


Pigment—A substance which becomes paint or ink 
when it is mixed with a liquid. 


Ray—A thin line of light. 


Reflection—The change in direction of light when 
it strikes a substance but does not pass through it. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


The color red can be violent, aggressive, and 
exciting. The expression “seeing red” indicates one’s 
anger in most parts of the world. Red appears in more 
national and international colors and red cars are 
more often used than any other color. Homes can 
be decorated to suit the personalities of the people 
living in them. Warm shades are often used in living 
rooms because it suggests sociability. Cool shades 
have a quieting effect, suitable for study areas. 
Hospitals use appropriate colors depending on 
those that appeal to patients in recovery, in surgery, 
or very sick patients. Children in schools are pro- 
vided bright colored rooms. Safety and certain color 
codes are essential. The color red is for fire protec- 
tion, green is for first aid, and red and green colors 
are for traffic lights. 


Human beings owe their survival to plants. The 
function of color in the flowering plants is to attract 
bees and other insects in order to promote pollination. 
The color of fruits attract birds and other animals 
which eat the fruit and help to distribute the seeds. 
The utmost relationship between humans and animals 
and plants are the chlorophylls. The green coloring 
substance of leaves and the yellowish green chlorophyll 
is associated with the production of carbohydrates by 
photosynthesis in plants. Life and the quality of Earth’s 
atmosphere depends on photosynthesis. 
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Color blindness 


The condition known as color blindness is a defect 
in vision that causes problems in distinguishing 
between certain colors. The condition is usually passed 
on genetically, and is more common in men than in 
women. About 7% of all men and about 0.6% of 
women inherit the condition. Individuals can also 
acquire the condition through various eye diseases. 
There is no treatment for color blindness. 


Total color blindness is called achromatopsia. 
This very rare hereditary disorder results in vision 
that is black, white, and shades of gray. It affects one 
person in 33,000 in the United States, with males and 
females being affected equally. People with achroma- 
topsia usually have poor visual acuity and extreme 
sensitivity to light. Their vision is significantly 
impaired, and they protect their light-sensitive eyes 
by squinting in even ordinary light. 


Reds and greens 


The first study of color blindness was published in 
1794 by British chemist John Dalton (1766-1844), who 
was color-deficient himself. The condition Dalton 
described is not actually any sort of blindness. A small 
number of people can not distinguish between any color 
and see all things in shades of gray. 


People who are color blind often are not aware 
they have a problem until they are asked to distinguish 
between reds and greens. This is the most common 
problem among individuals who are color blind. Some 
people who are color blind also have trouble telling the 
difference between green and yellow. 
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Color blindness stems from a problem in the cone 
cells of the retina. Light rays enter the eye in some 
combination of red, green, or blue. Normal cone cells 
contain molecules sensitive to one of the color spec- 
trum’s band of colors. Short-wave cone cells absorb 
blue, middle-wave cone cells absorb green, and long- 
wave cone cells absorb red. 


Individuals with a color defect do not have a 
normal complement of these substances, and may be 
missing one or more of them. Some people who are 
color blind have trouble distinguishing between reds 
and greens when the light is dim, but are capable of 
seeing the difference between the two colors in good 
light. A less common type of color blindness makes 
distinguishing between reds and greens difficult 
regardless of the light quality. 


A simple test for color blindness involves the use 
of cards with dots in different colors. Individuals who 
are color blind see different numbers or words than 
those who have a complete range of color vision. 


Inherited or acquired defect 


Most individuals who are color blind inherit the 
trait. Men are more likely to be color blind because of 
the way color blindness is inherited. The gene for the 
trait is located on the X chromosome. Men have one 
X chromosome and women have two. Ifa man inherits 
the gene for the trait, he will have a color vision defect. 
If a woman inherits a single gene for the trait, she will 
not, because the normal gene on her other X chromo- 
some will dominate over the defective gene. 


Color blindness is a so-called sex-linked charac- 
teristic. This means it is a gene that occurs only on the 
X chromosome, which is passed to the child by the 
mother. The Y chromosome, which is passed to 
the child by the father, does not carry the defective 
gene. This means that children inherit color blindness 
only from their mothers. Children can inherit color 
blindness from a mother who is color blind or from a 
mother who is a carrier of the gene but is not color 
blind herself. Daughters of men who are color blind 
will carry the trait, but sons will not. 


A more unusual way to become color blind is 
through disease. Cataracts, a cloudy layer in the lens 
or eye capsules are the most common cause of 
acquired color deficiency. The condition can cause 
vision to worsen in bright sunlight. Other conditions 
that may cause acquired color deficiency are retinal 
and optic nerve diseases. 


Alzheimer’s disease, diabetes, glaucoma, leuke- 
mia, liver diseases, chronic alcoholism, macular 
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KEY TERMS 


Cataract—Eye disease characterized by the devel- 
opment of a cloudy layer in the lens of the eye. 


Chromosomes—The structures that carry genetic 
information in the form of DNA (deoxyribonucleic 
acid). Chromosomes are located within every cell 
and are responsible for directing the development 
and functioning of all the cells in the body. 


Molecule—A chemical combination of atoms, and 
the smallest amount of a chemical substance. 


Retina—An extremely light-sensitive layer of cells 
at the back part of the eyeball. The image formed by 
the lens on the retina is carried to the brain by the 
optic nerve. 


degeneration, multiple sclerosis, Parkinson’s disease, 
sickle cell anemia, and retinitis pigmentosa can all lead 
to color blindness. 


Accidents or strokes that damage the eye can lead 
to color blindness. Some frequently used medications 
such as antibiotics, barbiturates, antitubercular drugs, 
high blood pressure medications, and a number of 
medications used to treat nervous disorders and psy- 
chological problems may also lead to color blindness. 


Medications such as digitalis, a common medica- 
tion for heart disease; and quinine, medicine for 
malaria, can also make color perception change. 
Alcohol has also been known to change the way people 
see color. 


Strong chemicals, such as those used in industry, 
can cause loss of color vision. These include carbon 
monoxide, carbon disulfide, fertilizers, styrene, and 
lead-based chemicals. 


Aging may also play a role in color blindness. 
After the age of 60 years, changes occur in people’s 
capacity to see colors. 


Detection through tests 


Several tests are available to detect color vision in 
the general public. The American Optical/Hardy, 
Rand, and Ritter (AO/H.R.R.) pseudoisochromatic 
test is the test used most often to detect color blindness. 
A person with full color vision looking at a sample plate 
from this test would see a number, composed of blobs 
of one color, clearly located somewhere in the center of 
a circle of blobs of another color. A color-blind person 
is not able to distinguish the number. 
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The Ishihara test is made up of eight test plates 
similar to the AO/H.R.R. pseudoisochromatic test 
plates. The person being tested looks for numbers 
made up of various colored dots on each test plate. 


The Titmus II Vision Tester Color Perception test 
requires a person to look into a stereoscopic machine. 
The person’s chin rests on a base, and the image comes 
on only when the forehead touches a pad on the top of 
the unit. Either a series of plates, or only one plate, can 
be used to test for color vision. The one most often 
used in doctor’s offices is one that has six samples on 
it. Six different designs or numbers are on a black 
background, framed in a yellow border. While 
Titmus II can test one eye at a time, its value is limited 
because it only tests for red/green deficiencies and is 
not highly accurate. 


Adapting to a different world 


Color blindness generally does not cause a great 
deal of hardship. However, there is evidence that 
individuals who are color blind may face higher 
risks on the road. A German study found that men 
who were color blind were twice as likely to have 
rear-end collisions as were men who had normal 
vision. About 7 million North American drivers 
can not distinguish easily between red and green 
lights. 


Designers of traffic signals are working to make 
driving easier for color-deficient motorists. Traffic 
lights are generally made in a standard format today, 
with red on top, amber in the middle and green at the 
bottom. One improvement would be changing the 
shape of each of the different signals, so that color- 
deficient drivers could more easily distinguish between 
stop and go. Another possible change would involve 
altering the color of brake lights. Experts bemoan the 
fact that people who are color-deficient can not see the 
red in brake lights clearly. 


There is no cure or treatment for color blindness. 
However, there is an abundant amount of research 
concerning the nature of vision in people with normal 
and limited color discrimination. As _ researchers 
become more knowledgeable about the process of 
sight, correction of color blindness may become a 
possibility. 


See also Eye; Vision disorders. 


Resources 


BOOKS 


Evans, Arlene. Seeing Color: It’s My Rainbow, Too. Auburn, 
CA: CVD Publishing, 2003. 


1010 


OTHER 

Lighthouse International. “Effective Color Contrast.” 
<http://www.lighthouse.org/color_contrast.htm> 
(accessed October 5, 2006). 

Prevent Blindness America. “Color Blindness.” <http:// 
www.preventblindness.org/eye_problems/color 
vision.html> (accessed October 5, 2006). 


Patricia Braus 


f Colugo 


A colugo is a furry mammal with a thin neck, a 
slender body, and large eyes. It is about the size of an 
average house cat, measuring between 15—16.5 in (38— 
42 cm) long with a tail adding another 8-10 in (20-25 
cm). Also known as a flying lemur, the colugo neither 
truly flies nor is it a lemur. A gliding mammal, it is able 
to give the appearance of flight with the help of a 
membrane that stretches completely around its body 
starting behind its ears, going down its neck to its 
wrists and ankles, and ending at the tip of its tail. 
Colugos have characteristics of lemurs, bats, prosi- 
mians, and insectivores; recent studies suggest that 
their closest relatives are primates. 


Because of their unusual characteristics, colugos 
have been classified in their own order, the order 
Dermoptera. Belonging to the Cynocephalidae family, 
the only two species of colugo are the Malayan or 
Temminck colugo (Cynocephalus variegatus) and the 
Philippine colugo (Cynocephalus volans). Colugos 
inhabit the rainforests and rubber plantations in 
Southeast Asia, Thailand, Malaysia, Java, Borneo, 
Vietnam, Kampuchea, and the Philippines. 


Characteristics 


Colugos differ greatly in terms of their basic color- 
ing. Their backs are usually shades of brown, brown- 
ish gray, or gray sprinkled with light yellow spots. 
Their undersides can be bright orange, brownish 
red, or yellow. In general, they have very thick, soft 
fur on their slender bodies. Their necks are long and 
their heads can be described as “doglike.” Colugos 
females are slightly larger than males. The Malayan 
colugo is the larger of the two species, weighing 
approximately 4 Ib (1.8 kg) and measuring about 25 
in (63.5 cm) from head to tail. Colugos have large eyes 
and very good eyesight, traits essential in judging the 
distances between trees. They have interesting teeth 
as well; for reasons unknown, their lower incisors 
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are made up of ten thin prongs each, similar to the 
structure of a comb. 


Flightskin 


Many animals inhabiting rainforests evolve spe- 
cial mechanisms to enable them to move easily among 
the trees, thus avoiding exposing themselves to preda- 
tors living on the ground. In the colugo’s case, this has 
been accomplished by the development of a membrane 
surrounding almost all of its body. On each colugo, 
there are three separate sections of this “parachute- 
skin.” In the first section (called the propatagium), the 
skin comes out of both sides of the colugo’s neck, 
down its shoulders to completely attached to the entire 
span of its arm all the way to its fingertips. The second 
section (called the plagiopatagium) begins on their 
underside of the colugos’ arms and spans its entire 
body, thus connecting the animal’s front and rear 
legs. The final section of this skin (uropatagium) con- 
nects the hind legs to the tail on both sides all the way 
to its tip. 


Interestingly, the colugo is the only mammal that 
has developed the rearmost uropatagium section of its 
flightskin. The tails of all of the other mammals with 
the capacity to glide—such as honey gliders and flying 
squirrels—are free of the membrane; thus, they use 
their tails as steering mechanisms. 


Covered in hair on both sides, this “parachute- 
skin” enables these animals to glide long distances— 
reportedly up to 426 ft (130 m)—while losing very little 
altitude. Although colugos have strong claws with 
which to grip branches, they are not skilled climbers. 
In fact, colugos are almost helpless on the ground. 


Behavior 


Colugos have never lived more than a few months 
in captivity; thus, there is only limited knowledge 
of their behavior. One fact that is known is that they 
are strict vegetarians. Specifically, they feed on 
shoots, fruit, buds, young seed pods, and flowers 
from multiple kinds of forest trees. They pull the veg- 
etation out of trees using their very powerful tongues. 
Colugos get their water by licking it from leaves and 
tree hollows. 


Colugos are nocturnal. When the sun goes down, 
they move quickly, skirting the underside of branches. 
To get the height they need to glide from tree to tree, 
they scramble up tree trunks with a few, powerful 
jumping motions. According to observation, colugos 
often reuse their routes when traveling from location to 
location. In the Philippines, the inhabitants exploit the 
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KEY TERMS 


Patagium—The entire flightskin of the colugo. 


Plagiopatagium—The second section of the flight- 
skin. It originates on the underside of the colugos’ 
arms and spans its entire body, thus connecting the 
animal’s front and rear legs. 


Propatagium—tThe front portion of the colugo’s 
flightskin, coming out of both sides of the colugo’s 
neck, down its shoulders. It attaches the neck to the 
arm all the way to the fingertips. 


Uropatagium—The final section of the flightskin, 
unique to colugos. It connects the hind legs to the 
tail all the way to its tip. 


easy hunting that this behavior presents; Philippine 
locals often wait on known colugo paths with weapons 
or traps ready. 


During the daytime, colugos rest, hanging from 
the undersides of branches, in tree hollows, or in the 
shade of palm stalks using all four of their feet. 
Hanging in such a way makes colugos hard to see. 
Their brownish coloring helps to camouflage them 
further in the shady rainforest. 


Reproduction 


Colugos of the Philippines generally mate in 
February, although the mating behavior of colugos 
throughout Southeast Asia can occur from January 
to March. After a two month pregnancy, the female 
gives birth to a single offspring. (Although, on rare 
occasions, colugo females have twins.) Interestingly, 
because females can nurse more than one young at a 
time, they have the ability to give birth in rapid suc- 
cession to stabilize the population. Thus, the female is 
able to become pregnant again before her young are 
weaned. 


When born, the baby colugo measures about 10 
in (25 cm) long and is fairly undeveloped; in fact, 
some authorities describe these young as “semi- 
fetal.” After a baby’s birth, the female carries it in a 
pouch which she creates by folding the flightskin 
under her tail. She holds her young tightly against 
her as she feeds; as she travels, the baby fastens itself 
to one of its mother’s nipples. The female generally 
carries the baby around everywhere she goes, reduc- 
ing the baby’s vulnerability to predators. This rela- 
tionship continues until the young is too large and 
heavy for the mother to carry. 
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Threats to colugos 


The main natural predator of the colugo is the 
Philippine monkey-eating eagle, which eats colugos 
almost to the exclusion of all other types of food. 
Humans also pose a significant threat to these ani- 
mals. People operating rubber and coconut planta- 
tions often shoot colugos because they view them as 
pests. Furthermore, colugos are hunted for their meat. 
Most importantly, colugo habitats are continually 
shrinking due to deforestation. While neither species 
is endangered, their numbers will shrink as their hab- 
itats disappear. 
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| Coma 


Coma, from the Greek word koma, meaning deep 
sleep, is a state of extreme unresponsiveness in which 
an individual exhibits no voluntary movement or 
behavior. In a deep coma, stimuli, even painful stim- 
uli, are unable to effect any response. Normal reflexes 
may be lost. 


Coma lies on a spectrum with other alterations in 
consciousness. The level of consciousness that readers 
of this article are currently enjoying is at one end of the 
spectrum, while complete brain death is at the other 
end of the spectrum. In between are such states as 
obtundation, drowsiness, and stupor, which all allow 
the individual to respond to stimuli, though such 
response may be brief and require a stimulus of greater 
than normal intensity. 
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Consciousness 


In order to understand the loss of function suf- 
fered by a comatose individual, consider the important 
characteristics of the conscious state. Consciousness is 
defined by two fundamental elements: awareness and 
arousal. 


Awareness allows humans to receive and process 
information communicated by the five senses and 
thereby relate to themselves and the rest of the world. 
Awareness has psychological and physiological compo- 
nents. The psychological component is governed by 
an individual’s mind and its mental processes. The 
physiological component refers to the functioning— 
the physical and chemical condition—of an individual’s 
brain. Awareness is regulated by areas within the cere- 
bral hemispheres, the outermost layer of the brain, 
which separates humans from other animals because 
it allows greater intellectual functioning. 


Arousal is regulated solely by physiological func- 
tioning. Its primitive responsiveness to the world is 
demonstrated by predictable reflex (involuntary) 
responses to stimuli. Arousal is maintained by the 
reticular activating system (RAS). This is not an ana- 
tomical area of the brain but rather a network of 
structures (including the brain stem, the medulla, and 
the thalamus) and nerve pathways which function 
together to produce and maintain arousal. 


Causes of coma 


Coma is the result of something which interferes 
with the functioning of the cerebral cortex and/or 
the functioning of the structures that make up the 
RAS. The number of conditions that could result in 
coma is mind-boggling. A good way of categorizing 
these conditions is to consider the anatomic and the 
metabolic causes of coma. Anatomic causes of coma 
are those conditions that disrupt the normal physical 
architecture of the brain structures responsible for 
consciousness. Metabolic causes of coma consist of 
those conditions that change the chemical environ- 
ment of the brain and thereby adversely affect 
function. 


Anatomic causes of coma include brain tumors, 
infections, and head injuries. All three types of con- 
dition can affect the brain’s functioning by actually 
destroying brain tissue. They may also affect the 
brain’s functioning by taking up too much space 
within the skull. The skull is a very hard, bony struc- 
ture that is unable to expand in size. If something 
within the skull begins to require more space (for 
example an expanding tumor or an injured/infected 
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Thalamus 


Mid-brain reticular 
formation 


A side-view of the brain, showing movement 
of the reticular activating substance (RAS) 
essential to consciousness 


Diffuse and bilateral damage to the cerebral cortex Mass lesions in this region resulting in 


(relative preservation of brain-stem reflexes) compression of the brain-stem and damage 
to the reticular activating substance (RAS) 


Brain-stem 
compression 


Possible causes 

* Damage due to lack of oxygen or restricted blood flow, perhaps 
resulting from cardiac arrest, an anaesthetic accident, or shock 

* Damage incurred from metabolic processes associated with 
kidney or liver failure, or with hypoglycemia 

* Trauma damage 

* Damage due to a bout with meningitis, encephalomyelitis, or a 
severe systemic infection 


Lesions within the brain-stem directly suppressing 


Structural lesions within this region also resulting 
the reticular activating substance (RAS) 


in compression of the brain-stem and damage to 
the reticular activating substance (RAS) 


\ | 
Local brain-stem 


pressure 


Symmetrical 
depression of 
brain-stem reflexes 


Asymmetrical brain- 
stem signs 


Possible causes « Cerebellar tumors, abscesses, or hemorrhages Possible causes « Drug overdosage 


Four brain situations that could result in coma. (Hans & Cassidy. Courtesy of Gale Group.) 
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area of the brain that is swelling) other areas of the 
brain are compressed against the hard surface of the 
skull, which results in damage to these areas. 


There are many metabolic causes of coma, includ- 
ing the following: (1) A decrease in the delivery of 
substances necessary for appropriate brain functioning, 
such as oxygen, glucose, and sodium. (2) The presence 
of certain substances disrupting the functioning of 
neurons. Drugs or alcohol in toxic quantities can result 
in neuronal dysfunction, as can some substances nor- 
mally found in the body, that accumulate at toxic 
levels due to some disease state. Accumulated substan- 
ces that might cause coma include ammonia due to 
liver disease, ketones due to uncontrolled diabetes, or 
carbon dioxide due to a severe asthma attack. (3) The 
changes in chemical levels in the brain due to the 
electrical derangements caused by seizures. 


Outcome 


It is extremely important for a physician to 
quickly determine the cause of a coma, so that poten- 
tially reversible conditions are treated immediately. 
For example, an infection may be treated with anti- 
biotics, a brain tumor may be removed, and brain 
swelling from an injury can be reduced with certain 
medications. Furthermore, various metabolic disor- 
ders can be addressed by supplying the individual 
with the correct amount of oxygen, glucose, or 
sodium, by treating the underlying disease in liver 
disease, asthma, or diabetes, and by halting seizures 
with medication. 


Some conditions that cause coma can be com- 
pletely reversed, restoring the individual to his or her 
original level of functioning. However, if areas of the 
brain have been sufficiently damaged because of 
the severity or duration of the condition that led to 
the coma, the individual may recover from the coma 
with permanent disabilities, or may never regain con- 
sciousness. Take the situation of someone whose coma 
was caused by brain injury in a car accident. Such an 
injury can result in one of three outcomes. In the event 
of a less severe brain injury, with minimal swelling, an 
individual may indeed recover consciousness and 
regain all of his or her original abilities. In the event 
of a more severe brain injury, with swelling that results 
in further pressure on areas of the brain, an individual 
may regain consciousness, but with some degree of 
impairment. The impairment may be physical, such 
as paralysis of a leg, or result in a change in the 
individual’s intellectual functioning and/or personal- 
ity. The most severe types of brain injury result in 
states in which the individual loses all ability to 
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function and remains deeply unresponsive. An indi- 
vidual who has suffered such a brain injury may 
remain in a coma indefinitely. 


Outcome from a coma depends on its cause and 
duration. In drug poisonings, extremely high rates of 
recovery can be expected, following prompt medical 
attention. Patients who have suffered head injuries 
tend to do better than patients whose coma was caused 
by other types of medical illnesses. Excluding drug- 
poisoning induced comas, only about 15% of patients 
who remain in a coma for more than a few hours make a 
good recovery. Adult patients who remain in a coma for 
more than four weeks have almost no chance of regain- 
ing their previous level of functioning. However, chil- 
dren and young adults have regained functioning after 
two months in a coma. 


Glasgow Coma Scale 


The Glasgow Coma Scale, a system of examining 
a comatose patient, can be helpful for evaluating the 
depth of the coma, tracking the patient’s progress, and 
possibly predicting ultimate outcome of the coma. The 
Glasgow Coma Scale assigns a different number of 
points for examination results in three different cate- 
gories: opening the eyes, verbal response (using words 
or voice to respond), and motor response (moving a 
part of the body). Fifteen indicates the highest level of 
functioning. An individual who spontaneously opens 
his or her eyes, gives appropriate answers to questions 
about his or her situation, and can follow a command 
(such as “move your leg,” “nod your head”) has the 
highest level of functioning. Three is the smallest pos- 
sible number of points, and would be given to a patient 
who is unresponsive to a painful stimulus. In the mid- 
dle range are those patients who may be able to 
respond, but who require an intense or painful stim- 
ulus, and whose response may demonstrate some 
degree of brain malfunctioning. When performed as 
part of the admission examination, a Glasgow score of 
three to five points suggests that the patient likely has 
suffered fatal brain damage, while eight or more 
points indicates that the patient’s chances for recovery 
are good. 


The ethical dilemma presented 
by persistent coma 


When a patient has not suffered brain death (the 
complete absence of any electrical activity within the 
brain) but has been in a deep coma for some time, a 
change in condition may occur. This condition is 
called a persistent vegetative state. The patient may 
open his or her eyes and move his or her limbs in a 
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KEY TERMS 


Anatomic—Related to the physical structure of an 
organ or organism. 


Ethical—Referring to a system of values that pro- 
vides the criteria for right behavior. 


Metabolic—Related to the chemical processes of 
an organ or organism. 


Neuron—The cells within the body that make up 
the nervous system. 


Physiological—Pertaining to the functioning of an 
organ, as governed by its physical and chemical 
condition. 


Psychological—Pertaining to the mind and its men- 
tal processes. 


Stimulus—An action performed on an individual 
that predictably provokes a reaction. 


primitive fashion, demonstrating some degree of 
arousal. However, the patient lacks any element of 
awareness and is unable to have any measurably 
meaningful interactions with the surrounding world. 
This condition may last for years. The care of these 
patients has sparked some of the most heated debates 
within the field of medical ethics. The discovery of 
medical advances that allow various disease states to 
be arrested, without restoration of lost brain function, 
and the fact that medical resources are limited, have 
led to debates regarding when medical help should be 
withdrawn from an individual who has no hope of 
recovery. 


See also Brain; Nervous system; Neuron; Psychol- 
ogy; Stimulus. 
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Combinations see Combinatorics 
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| Combinatorics 


Combinatorics is the study of combining mathe- 
matical objects to create new arrangements. The 
objects may represent anything from points and num- 
bers to apples and oranges. Combinatorics, like alge- 
bra, numerical analysis, and topology, is a major 
branch of mathematics. Examples of combinatorial 
questions are whether we can make a certain arrange- 
ment of objects, how many arrangements can be 
made, and what the best arrangement for a set of 
objects is (as judged by some mathematical criterion). 


Combinatorics has grown rapidly in the last sev- 
eral decades, making critical contributions to com- 
puter science, operations research, finite probability 
theory, and cryptology. Computers and computer net- 
works operate with finite data structures and algo- 
rithms, which makes them perfect for enumeration 
and graph theory applications. Leading edge research 
in areas like neural networking rely on the contribu- 
tion made by combinatorics. 


Combinatorics can be grouped into two catego- 
ries. One is enumeration, which is the study of count- 
ing and arranging objects; the other is graph theory, or 
the study of graphs. 


History of combinatorics 


Leonhard Euler (1701-1783) was a Swiss mathe- 
matician who spent most of his life in Russia. He was 
responsible for making a number of the initial contri- 
butions to combinatorics both in graph theory and 
enumeration. One of these contributions was a paper 
he published in 1736. The people of an old town in 
Prussia called KGnigsberg (now Kaliningrad in Russia) 
brought to Euler’s attention a stirring question about 
moving along bridges. Euler wrote a paper answering 
the question called “The Seven Bridges of K6nigsberg.” 
The town was on an island in the Pregel river and 
had seven bridges. A frequently asked question there at 
the time was “Is it possible to take a walk through 
town, starting and ending at the same place, and cross 
each bridge exactly once?” Euler generalized the prob- 
lem to points and lines where the island was represented 
by one point and the bridges were represented by lines. 
By abstracting the problem, Euler was able to answer 
the question. It was impossible to return to the same 
place by only crossing each bridge exactly once. The 
abstract picture he drew of lines and points was a 
graph, and the beginnings of graph theory. The study 
of molecules of hydrocarbons, compounds of hydrogen 
and carbon atoms, also spurred the development of 
graph theory. 
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Combinatorics 


Enumeration 


To enumerate is to count. In combinatorics, it is 
the study of counting objects in different arrange- 
ments. The objects are counted and arranged by a set 
of rules called equivalence relations. 


One way to count a set of objects is to ask, “how 
many different ways can the objects be arranged?” 
Each change in the original arrangement is called a 
permutation. For example, changing the order of the 
songs to be played on a compact disc (CD) player 
would be a permutation of the regular order of the 
songs. If there were only two songs on the CD, there 
would be only two orders, playing the songs in the 
original order or in reverse order, song two and then 
song one. With three songs on the CD, there are more 
than just two ways to play the music. There is the 
original order, or songs one, two, and three (123) and 
in reverse order, 321. There are two orders found 
by flipping the first two songs or the last two songs 
to get 213 or 132 respectively. There are another two 
orders, 312 and 231, found by rotating the songs to 
the right or left. This gives a total of six ways to order 
the music on a CD with three songs. By just trying 
different orders, it was intuitively seen how many 
combinations there were. If the CD had 12 or more 
songs on it, then this intuitive approach would not be 
very effective. Trying different arrangements would 
take a long time, and knowing if all arrangements 
were found would not be easy. Combinatorics formal- 
izes the way arrangements are found by coming up 
with general formulas and methods that work for 
generic cases. 


The power of combinatorics, as with all mathe- 
matics, is this ability to abstract to a point where 
complex problems can be solved which could not be 
solved intuitively. Combinatorics abstracts a problem 
of this nature in a recursive way. Take the CD exam- 
ple, with three songs. Instead of writing out all the 
arrangements to find out how many there are, think 
of the end arrangement and ask, “for the first song in 
the new arrangement, how many choices are there?” 
The answer is any three of the songs. There are then 
two choices for the second song because one of the 
songs has already been selected. There is only one choice 
for the last song. So three choices for the first song times 
two songs for the second choice gives six possibilities for 
a new arrangement of songs. Continuing in this way, 
the number of permutations for any size set of objects 
can be found. 


Another example of a permutation is shuffling a 
deck of playing cards. There are 52 cards in a deck. 
How many ways can the cards be shuffled? After 
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tearing off the plastic on a brand new deck of cards, 
the original order of the cards is seen. All the hearts, 
spades, clubs, and diamonds together and, in each suit, 
the cards are arranged in numerical order. To find out 
how many ways the cards can be shuffled, start by 
moving the first card to any of the 52 places in the 
deck. Of course, leaving the card in the first place is not 
moving it at all, which is always an option. This gives 
52 shuffles only by moving the first card. Now con- 
sider the second card. It can go in 51 places because it 
can not go in the location of the first card. Again, the 
option of not moving the card at all is included. That 
gives a total of 52 x 51 shuffles which equals 2,652 
already. The third card can be placed in 50 places and 
the fourth in 49 places. Continuing this way find to the 
last card gives a total of 52 x 51 x 50.x 4x3x2x 1 
possible shuffles which equals about 81 with sixty-six 
zeros behind it—a huge number of permutations. 
Once 51 cards were placed, the last card had only 
one place it could go, so the last number multiplied 
was one. Multiplying all the whole numbers from 52 
down to one together is called 52 factorial and is 
written 52!. 


Binomial coefficients 


The importance of binomial coefficients comes 
from another question that arises. How many subsets 
are contained in a set of objects? A set is just a collec- 
tion of objects like the three songs on the CD. Subsets 
are the set itself, the empty set, or the set of nothing, 
and any smaller groupings of the set. So the first two 
songs alone would be a subset of the set of three songs. 
Intuitively, eight subsets could be found on a three 
song CD by writing out all possible subsets, including 
the set itself. 


Unfortunately, the number of subsets also gets 
large quickly. The general way to find subsets is not as 
easily seen as finding the total number of permutations 
of a deck of cards. It has been found that the number of 
subsets of a set can be found by taking the number of 
elements of the set, and raising the number two to that 
power. So for a CD with three songs, the number of 
subsets is just two to the third power, 2 x 2 x 2, or 8. 


For a deck of 52 cards, the number of subsets 
comes to about 45 with fourteen zeros behind it. It 
would take a long time to write all of those subsets 
down. Binomial coefficients represent the number of 
subsets of a given size. Binomial coefficients are writ- 
ten C(r;c) and represent the number of combinations 
of r things taken c at a time. Binomial coefficients can 
be calculated using factorials or with Pascal’s triangle 
as seen below. (Only the first six rows are shown.) 
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Each new row in Pascal’s triangle is solved by taking 
the top two numbers and adding them together to get 
the number below. 


row 0 1 

row 1 1 1 

row 2 1 2 1 

row 3 1 3 3 1 

row 4 1 4 6 4 1 
row 5 1 5 10 10 5 1 


Pascal’s Triangle 


The triangle always starts with one and has ones 
on the outside. 


So for our three song CD, to find the number of 
two song subsets we want to find C(3,2) which is the 
third row and second column, or three. The subsets 
being songs one and two, two and three, and one and 
three. Binomial coefficients come up in many places in 
algebra and combinatorics and are very important 
when working with polynomials. The other formula 
for calculating C(r;c) is r! divided by c! x (r—c)!. 


Equivalence relations 


Equivalence relations is a very important concept 
in many branches of mathematics. An equivalence 
relation is a way to partition sets into subsets and 
equate elements with each other. The only require- 
ments of an equivalence relation are that it must 
abide by the reflexive, symmetric, and transitive laws. 


Relating cards by suits in the deck of cards is one 
equivalence relation. Two cards are equivalent if they 
have the same suit. Card color, red or black, is another 
equivalence relation. In algebra, “equals,” “greater 
than,” and “less than” signs are examples of equiva- 
lence relations on numbers. These relations become 
important when we ask questions about subsets of a 
set of objects. 


Recurrence relations 


A powerful application of enumeration to com- 
puters and algorithms is the recurrence relation. 
A sequence of numbers can be generated using the 
previous numbers in a sequence by using a recurrence 
relation. This recurrence relation either adds to, or 
multiplies one or more previous elements of the 
sequence to generate the next sequence number. The 
factorial, n!, is solved using a recurrence relation since 
n! equals n x (n—1)! and (n—1)! equals (n—1) x (n-—2)! 
and so on. Eventually one factorial is reached, which is 
just one. Pascal’s triangle is also a recurrence relation. 
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Computers, being based on algorithms, are designed 
to calculate and count numbers in this way. 


Graph theory 


Graphs are sets of objects which are studied based 
on their interconnectivity with each other. Graph 
theory began when people were seeking answers to 
questions about whether it was possible to travel from 
one point to another, or what the shortest distance 
between two points was. 


A graph is composed of two sets, one of points or 
vertices, and the other of edges. The set of edges repre- 
sents the vertices that are connected to each other. 
Combinatorally, graphs are just a set of objects (the vertex 
set) and a set of equivalence relations (the edge set) 
regarding the arrangement of the objects. For example, 
a triangle is a graph with three vertices and three edges. So 
the vertex set may be (x,y,z) and the edge set (xy,yz,zx). 
The actual labeling of the points is not as important as 
fundamental concepts which differentiate graphs. 


Sometimes graphs are not easy to tell apart 
because there are a number of ways we can draw a 
graph. The graph (x,y,z) with edges (xy,yz,zx) can be 
drawn as a circle with three points on the circumfer- 
ence. The lines do not have to be straight. The vertex 
and edge sets are the only information defining the 
graph. So a circle with three distinct points on the 
circumference, and a triangle, are the same graph. 
Graphs with hundreds of vertices and edges are hard 
to tell apart. Are they the same? 


One of a number of ways to tell graphs apart is to 
look at their connectivity and cycles, inherent proper- 
ties of graphs. 


A graph is connected if every vertex can be 
reached by every other vertex through traveling 
along an edge. The triangle is connected. A square, 
thought of as a graph with four vertices, (x,y,z,w) but 
with only two edges (xy,zw), is not connected. There is 
no way to travel from vertex x to vertex z. A graph has 
a cycle if there is a path from a vertex back to itself 
where no edge is passed over twice. The triangle has 
one cycle. The square, as defined above, has no cycles. 
Graphs can have many cycles and still not be con- 
nected. Ten disconnected triangles can be thought of 
as a graph with ten cycles. The two properties, con- 
nectivity and cycles, do not always allow for the differ- 
entiation of two graphs. Two graphs can be both 
connected and have the same number of cycles but 
still be different. 


Another four properties for determining if two 
graphs are different is explained in a very nice 
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Combinatorics 


KEY TERMS 


Binomial coefficients—Numbers that stand for the 
number of subsets of equal size within a larger set. 


Combinatorics—The branch of mathematics con- 
cerned with the study of combining objects (arrang- 
ing) by various rules to create new arrangements of 
objects. 

Cycles—A graph has a cycle if there is a path from a 
vertex back to itself where no edge is passed over 
twice. The triangle has one cycle. 
Enumeration—The methods of counting objects and 
arrangements. 

Equivalence relations—A way to relate two objects 
which must abide by the reflexive, symmetric and 
transitive laws. 

Factorial—An operation represented by the symbol!. 
The term n! is equal to multiplying n by all of the 
positive whole number integers that are less than it. 


introduction to the subject, Introduction to Graph 
Theory by Richard Trudeau. 


Computer networks are excellent examples of a 
type of graph that demonstrates how important 
graphs are to the computer field. Networks are a 
type of graph that has directions and weights assigned 
to each edge. An example of a network problem is how 
to find the best way to send information over a 
national computer network. Should the information 
go from Washington, D.C. through Pittsburgh, a high 
traffic point, and then to Detroit, or should the infor- 
mation be sent through Philadelphia and then through 
Toledo to Detroit? Is it faster to go through just one 
city even if there is more traffic through that city? 


A similar issue involving networks is whether to 
have a plane make a stop at a city on the way to Los 
Angeles from Detroit, or if the trip be non-stop. 
Adding factors like cost, travel time, number of pas- 
sengers, etc. along with the number of ways to travel to 
Los Angeles leads to an interesting network theory 
problem. 


A traditional problem for the gasoline companies 
has been how to best determine their truck routes for 
refilling their gas stations. The gasoline trucks typi- 
cally drive around an area, from gas station to gas 
station, refilling the tanks based on some route list, a 
graph. Driving to the nearest neighboring gas stations 
is often not the best route to drive. Choosing the 
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Graph—A graph is a finite set of vertices or points 
and a set of finite edges. 

K6nigsberg Bridge Problem—A common question 
in the Konigsberg town on how to travel through 
the city and over all the bridges without crossing 
one twice. 

Network—A term used in graph theory to mean a 
graph with directions and weights assigned to each 
edge. 

Permutations—Changing the order of objects in a 
particular arrangement. 

Recurrence relation—A means of generating a 
sequence of numbers by using one or more previous 
numbers of the sequence and multiplying or adding 
terms in a repetitive way. Recurrence relations are 
especially important for computer algorithms. 


Trees—Graphs which have no cycles. 


cheapest path from vertex to vertex is known as the 
greedy algorithm. Choosing the shortest route based 
on distance between locations is often not the most 
cost effective route. Some tanks need refilling sooner 
than others because some street corners are much 
busier than others. Plus, like the K6nigsberg Bridge 
problem, traveling to the next closest station may lead 
to a dead end, and a trucker may have to back track. 
The list of examples seems endless. Graph theory has 
applications to all professions. 


Trees 


Trees are yet another type of graph. Trees have all 
the properties of graphs except they must be connected 
with no cycles. A computer’s hard drive directory 
structure is set up as a tree, with subdirectories branch- 
ing out from a single root directory. Typically trees 
have a vertex labeled as the root vertex from which 
every other vertex can be reached from a unique path 
along the edges. Not all vertices can be a root vertex. 
Trees come into importance for devising searching 
algorithms. 
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l Combustion 


Combustion is the technical term for burning. It is 
one of the earliest chemical changes noted by humans, 
partly because of the dramatic effects it has on materials. 
Today, the mechanism by which combustion takes place 
is well understood. Combustion is oxidation that occurs 
so rapidly that noticeable heat and light are produced. 


History 


Probably the earliest reasonably scientific attempt to 
explain combustion was that of Johannes (or Jan) 
Baptista van Helmont, a Flemish physician and alchem- 
ist who lived from 1580 to 1644. Van Helmont observed 
the relationship among a burning material, smoke and 
flame and said that combustion involved the escape of a 
“wild spirit” (spiritus silvestre) from the burning material. 
This explanation was later incorporated into a theory of 
combustion—the phlogiston theory—that dominated 
alchemical thinking for the better part of two centuries. 


According to the phlogiston theory, combustible 
materials contain a substance—phlogiston—that is emit- 
ted by the material as it burns. A non-combustible mate- 
rial, such as ashes, will not burn, according to this theory, 
because all phlogiston contained in the original material 
(such as wood) had been driven out. The phlogiston 
theory was developed primarily by the German alchemist 
Johann Becher (1635-1682) and his student Georg Ernst 
Stahl (1659-1734) at the end of the seventeenth century. 


Although scoffed at today, the phlogiston theory 
satisfactorily explained most combustion phenomena 
known at the time of Becher and Stahl. One serious 
problem was a quantitative issue. Many objects weigh 
more after being burned than before. How this could 
happen when phlogiston escaped from the burning 
material? One possible explanation was that phlogis- 
ton had negative weight, an idea that many early 
chemists thought absurd, while others were willing to 
consider. In any case, precise measurements had not 
yet become an important feature of chemical studies, 
so loss of weight was not an insurmountable barrier to 
the phlogiston concept. 
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Modern theory 


As with so many other instances in science, the 
phlogiston theory fell into disrepute only when some- 
one appeared on the scene who could reject traditional 
thinking almost entirely and propose a radically new 
view of the phenomenon. That person was the great 
French chemist Antoine Laurent Lavoisier (1743-1794). 
Having knowledge of some recent critical discoveries in 
chemistry, especially the discovery of oxygen by Karl 
Wilhelm Scheele (1742-1786) in 1771 and Joseph 
Priestley (1733-1804) in 1774, Lavoisier framed a 
new definition of combustion. Combustion, he said, 
is the process by which some material combines with 
oxygen. By making the best use of precise quantitative 
experiments, Lavoisier provided such a sound basis 
for his new theory that it was widely accepted in a 
relatively short period of time. 


Lavoisier initiated another important line of 
research related to combustion, one involving the 
amount of heat generated during oxidation. His ear- 
liest experiments involved the study of heat lost by a 
guinea pig during respiration, which Lavoisier called 
“a combustion.” In this work, he was assisted by a 
second famous French scientist, Pierre Simon Laplace 
(1749-1827). As a result of their research, Lavoisier 
and Laplace laid down one of the fundamental princi- 
ples of thermochemistry, namely that the amount of 
heat needed to decompose a compound is the same as 
the amount of heat liberated during its formation from 
its elements. This line of research was later developed 
by the Swiss-Russian chemist Henri Hess (1802-1850) 
in the 1830s. Hess’s development and extension of the 
work of Lavoisier and Laplace has earned him the title 
of father of thermochemistry. 


Combustion mechanics 


From a chemical standpoint, combustion is a proc- 
ess in which chemical bonds are broken and new chem- 
ical bonds formed. The net result of these changes is a 
release of energy, the heat of combustion. For example, 
suppose that a gram of coal is burned in pure oxygen 
with the formation of carbon dioxide as the only prod- 
uct. In this reaction, the first step is the destruction of 
bonds between carbon atoms and between oxygen 
atoms. In order for this step to occur, energy must be 
added to the coal/oxygen mixture. For example, a 
lighted match must be touched to the coal. 


Once the carbon-carbon and oxygen-oxygen bonds 
have been broken, new bonds between carbon atoms and 
oxygen atoms can be formed. These bonds contain less 
energy than did the original carbon-carbon and oxygen- 
oxygen bonds. That energy is released in the form of heat, 
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Combustion 


the heat of combustion. The heat of combustion of one 
mole of carbon, for example, is about 94 kcal. 


Applications 


Humans have been making practical use of com- 
bustion for millennia. Cooking food and heating 
homes have long been two major applications of the 
combustion reaction. With the development of the 
steam engine by Denis Papin, Thomas Savery, Thomas 
Newcomen, and others at the beginning of the eight- 
eenth century, however, a new use for combustion was 
found: performing work. Those first engines employed 
the combustion of some material, usually coal, to 
produce heat that was used to boil water. The steam 
produced was then able to move pistons and drive 
machinery. That concept is essentially the same one 
used today to operate fossil-fueled electrical power 
plants. 


Before long, inventors found ways to use steam 
engines in transportation, especially in railroad 
engines and steam ships. However, it was not until 
the discovery of a new type of fuel (gasoline and its 
chemical relatives) and a new type of engine (the inter- 
nal combustion engine) that the modern face of trans- 
portation was achieved. Today, most forms of 
transportation depend on the combustion of a hydro- 
carbon fuel such as gasoline, kerosene, or diesel oil to 
produce the energy that drives pistons and moves the 
vehicles on which modern society depends. 


When considering how fuels are burned during the 
combustion process, “stationary” and “explosive” 
flames are treated as two distinct types of combustion. 
In stationary combustion, as generally seen in gas or oil 
burners, the mixture of fuel and oxidizer flows toward 
the flame at a proper speed to maintain the position of 
the flame. The fuel can be either premixed with air or 
introduced separately into the combustion region. An 
explosive flame, on the other hand, occurs in a homo- 
geneous mixture of fuel and air in which the flame 
moves rapidly through the combustible mixture. 
Burning in the cylinder of a gasoline engine belongs to 
this category. Overall, both chemical and physical proc- 
esses are combined in combustion, and the dominant 
process depends on very diverse burning conditions. 


Environmental issues 


The use of combustion as a power source has had 
such a dramatic influence on human society that the 
period after 1750 has sometimes been called the Fossil 
Fuel Age. Still, the widespread use of combustion for 
human applications has always had its disadvantages. 
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KEY TERMS 


Chemical bond—The force or “glue” that holds 
atoms together in chemical compounds. 


Fossil fuel—A fuel that is derived from the decay of 
plant or animal life; coal, oil, and natural gas are 
the fossil fuels. 


Industrial Revolution—That period, beginning 
about the middle of the eighteenth century, during 
which humans began to use steam engines as a 
major source of power. 


Internal combustion engine—An engine in which 
the chemical reaction that supplies energy to the 
engine takes place within the walls of the engine 
(usually a cylinder) itself. 


Thermochemistry—The science that deals with the 
quantity and nature of heat changes that take place 
during chemical reactions and/or changes of state. 


Pictorial representations of England during the Industrial 
Revolution, for example, usually include huge clouds of 
smoke emitted by the combustion of wood and coal in 
steam engines. 


Today, modern societies continue to face environ- 
mental problems created by our prodigious combus- 
tion of carbon-based fuels. For example, one product 
of any combustion reaction in the real world is carbon 
monoxide, a toxic gas that is often detected at danger- 
ous levels in urban areas around the world. Oxides of 
sulfur, produced by the combustion of impurities in 
fuels, and oxides of nitrogen, produced at high tem- 
perature, also have deleterious effects, often in the 
form of acid rain and smog. Even carbon dioxide 
itself, the primary product of combustion, is causing 
global climate changes because of the enormous con- 
centrations it has reached in the atmosphere; as of the 
early 2000s, human industrial combustion (including 
burning of fuel in cars and to generate electricity) had 
raised global carbon dioxide levels by almost 40%. 
The rate of change has been most rapid most recently: 
between 1960 and 2005, atmospheric carbon dioxide 
increased from 313 parts per million) to 375 ppm, a 
20% increase. By 2006, the consensus view of atmos- 
pheric scientists and climatologists was that global 
climate change was happening rapidly and was indeed 
caused by human activity. A very small but vocal 
group of dissident scientists who denied either the 
reality of climate change or its human origin was still 
receiving a disproportionate amount of media atten- 
tion, giving the appearance of a two-sided scientific 
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agreement where there was, in fact, an unusually 
strong consensus. 


See also Air pollution; Chemical bond; Internal 
combustion engine; Oxidation-reduction reaction. 
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I Comet Hale-Bopp 


In the spring of 1997, the night sky provided a 
spectacular light show as Comet Hale-Bopp, one of 
the brightest comets seen during the twentieth century, 
traversed the heavens. It was nicknamed The Great 
Comet of 1997 because of its magnificent show in the 
night sky. The comet (formally called C/1995-01) was 
more closely studied than any before it, and scientists 
continue to make discoveries based on the data gath- 
ered by terrestrial and orbital telescopes and 
instrumentation. 


Originating primarily from the Oort Cloud, a belt 
of stellar debris ringing the solar system, comets are 
balls of water-ice interspersed with other elements and 
compounds. Occasionally, a passing star or one of the 
larger planets perturbs the orbit of one of the balls of 
debris, tipping it into the solar system toward the Sun 
on an elliptical orbit. As the comet approaches the 
Sun, its nucleus heats up. Gas and dust begins to boil 
off, creating a bright coma around the head and trail- 
ing tails of dust and ionized gases, stretching for hun- 
dreds of thousands of kilometers behind the nucleus. 
Depending on the size of the orbit and whether it 
originates in the solar system or in the Oort cloud, a 
comet can return in a handful of years or in several 
thousand years. 
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Streaking across the heavens 


On July 22, 1995, two men peered into their tele- 
scopes to view an obscure star cluster called M70. One 
man was concrete company worker and amateur 
astronomer Thomas Bopp, who had taken a group of 
friends out into the Arizona desert for a star party. The 
other was professional astronomer Alan Hale, head of 
the Southwest Institute for Space Research, who was 
conducting his own observation session hundreds of 
miles away in New Mexico. Within minutes of the 
same time, it was later determined, each of the men 
noticed a small fuzzy spot near galaxy M70, a spot 
where none had appeared previously. Both Hale and 
Bopp reported their findings by e-mail to the 
International Astronomical Union, which verified 
the discovery of Comet 1995-01. Shortly thereafter, 
the object was renamed Comet Hale-Bopp. 


Hale-Bopp was one of the most spectacular com- 
ets to appear in the twentieth century, remaining visi- 
ble to the naked eye for more than 19 months. At its 
peak, the comet was as bright as the most brilliant 
stars in the night sky, with a tail that stretched 50 to 
60 million mi (80 to 97 million km). Orbital analysis 
shows that the comet last passed through the inner 
solar system in 2213 BC; it will next visit in the year 
AD 4300. During its recent visit, it passed within 122 
million mi (196 million km) of Earth and a mere 85 
million mi (137 million km) from the Sun. 


Boasting a cometary nucleus approximately 25 mi 
(40.25 km) in diameter, Hale-Bopp was more than 
four times as large as Halley’s comet; later analysis 
showed that the primary nucleus may have a lesser 
companion of approximately half the size. As the 
comet streaked through the sky at about 98,000 mph 
(157,789 km/hr) at perihelion, the nucleus was rotat- 
ing with a period of about 11.34 hours. 


Most comets feature two tails. One tail is a streak 
of dust and debris that is emitted by the nucleus, which 
trails behind the comet. The other, a stream of ionized 
gas stripped off by the solar wind, faces away from the 
Sun. Hale-Bopp, however, boasted a third tail consist- 
ing of electrically neutral sodium atoms. 


Astronomers from the Isaac Newton Telescope on 
La Palma, Italy, observed the tail while imaging the 
comet using a special filter that rejected all wavelengths 
of light except those emitted by sodium atoms. In most 
comets, sodium emission is observed only around the 
nucleus. Instead of observing the expected small halo of 
light around the nucleus of Hale-Bopp, however, the 
group discovered a tail 372,000 mi (600,000 km) wide 
and stretching out 31 million mi (50 million km) behind 
the comet. Though scientists do not fully understand 
the phenomenon, they believe that the tail was formed 
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as sodium atoms released by the coma interacted with 
the solar wind and fluoresced. 


From a scientific point of view, comet Hale-Bopp 
generated a tremendous amount of data and insight in 
the astronomical and astrophysical community. Soon 
after its discovery, scientists began to study the comet; 
by the time it made its pass around the Sun, plans for 
observation and data gathering were well in place. To 
obtain ultraviolet data that is normally blocked by the 
Earth’s atmosphere, for example, NASA sent three 
instrument packages up on suborbital rockets to gather 
data in five-minute intervals. 


Astronomers assert that comets were formed of the 
debris left behind during the early stages of the forma- 
tion of the solar system. A study of hydrogen cyanide 
molecules ejected by Hale-Bopp provided astronomers 
with evidence linking icy nuclei of comets to the ices 
found in interstellar gas clouds, which are believed to 
condense into stars and planets. By studying the chem- 
istry of the comet with techniques such as spectroscopy, 
astronomers hope to better understand the conditions 
under which the Sun and planets formed. 


Using radio observations, scientists discovered 
eight molecules that had never before been seen in a 
comet, including sulfur monoxide, and other unique 
organic molecules and isotopes. 


In January 2005, Hale-Bopp was past the orbit of 
Uranus. It was still observable with large telescopes, 
which continued to observe its distinctive tail. Astro- 
nomers think that it will continue to be seen by Earth- 
orbiting space telescopes through possibly 2020. As the 
comet hurtles toward the outer solar system, astrono- 
mers continue to observe it, studying the differences in 
gas emission patterns, monitoring the evolution of the 
cooling nucleus, as well as the shrinking tail. New dis- 
coveries about the nature of comets and of the solar 
system will undoubtedly result from the analysis of this 
data and that collected during the spectacular transit of 
Hale-Bopp through the skies. Information about the 
comet can be obtained on the Internet at the NASA/Jet 
Propulsion Laboratory’s web page: http://www2.jpl. 
nasa.gov/comet/. 


Kristin Lewotsky 


| Comets 


A comet is an object with a dark, solid core (the 
nucleus) and a diameter of several kilometers. The core 
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is composed mostly of water-ice and frozen gas. It 
is surrounded—whenever the comet is close enough 
to the Sun (or another star) for part of the core to 
vaporize—by a cloud of glowing vapor (the coma). 
Together, the core and coma comprise the comet’s 
head, which appears as a bright, well-defined cloud. 
As a comet nears the Sun, charged particles streaming 
outward from the Sun—the solar wind—sweep the 
coma out into a long, luminous tail that may be visible 
from the Earth. Comets spend most of their time far 
from the Sun, beyond the orbit of the dwarf planet 
Pluto, where hundreds of billions of comets (too dark 
to observe directly from Earth) orbit the Sun in a mass 
called the Oort cloud. Only a few ever approach the 
Sun closely enough to be observed. A comet that does 
approach the Sun follows an elliptical or parabolic 
orbit. An elliptical orbit is oval-shaped, with the Sun 
inside the oval near one end. A parabolic orbit is an 
open curve like the cross-section of a valley, with the 
Sun inside the curve near the bottom. A comet follow- 
ing an elliptical orbit will eventually return to the Sun, 
perhaps after tens, hundreds, or thousands of years; a 
comet following a parabolic orbit never returns to the 
Sun. As of September 2006, according to the Minor 
Planet Center, astronomers who have observed 
comets on more than one perihelion passage had 
found and classified 178 periodic comets. However, 
since then, several of these comets have been lost or 
destroyed. 


Perhaps among the most primitive bodies in the 
solar system, comets are probably debris from the 
formation of the Sun and its planets some 4.5 billion 
years ago. Astronomers believe that the Oort cloud is a 
dense shell of debris surrounding the solar system. 
Occasionally, disruptive gravitational forces (pertur- 
bations) destabilize one or more comets, causing a 
piece of debris from the cloud to fall into the gravita- 
tional pull of one of the large planets, such as Jupiter. 
Ultimately, such an object may take up an elliptical or 
parabolic orbit around the Sun. Comets on elliptical 
(returning) orbits are either short-period, with orbits 
of less than 200 years, or long-period, with enormous, 
nearly parabolic orbits with periods of more than 200 
years. Most comets are long-period comets. 


Age-old fascination 


Evidence of a human fascination with the night 
sky goes back as far as recorded history. Records on 
Babylonian clay tablets unearthed in the Middle East, 
dating to at least 3000 BC and rock carvings found in 
prehistoric sites in Scotland, dating to 2000 BC, record 
astronomical phenomena that may have been comets. 
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Optical image of Halley’s comet. (Royal Observatory, Edinburgh/Science Photo Library/Photo Researchers, Inc.) 


Until the Arabic astronomers of the eleventh century, 
the Chinese were by far the world’s most astute sky- 
watchers. By 400 BC, their intricate cometary classi- 
fication system included sketches of 29 comet forms, 
each associated with a past event and predicting a 
future one. Comet type 9, for example, was named 
Pu-Hui, meaning calamity in the state, many deaths. 
Any comet appearing in that form supposedly foretold 
such a calamity. In fact, from Babylonian civilization 
right up until the seventeenth century and across cul- 
tures, comets have been viewed as omens portending 
catastrophe. 


Of all the Greek and Roman theories on comets— 
comet is a Greek word meaning long-haired one—the 
most influential, though entirely incorrect, was that of 
Greek philosopher Aristotle (384-322 BC). His view 
of the solar system put Earth at the center circled by 
the Moon, Mercury, Venus, the Sun, Mars, Jupiter, 
and Saturn (in order of increasing distance from the 
Earth). Stars were stationary and temporary bodies 
like comets traveled in straight lines. Aristotle believed 
that comets were fires in the dry, sublunar “fiery 
sphere,” which he supposed to be a combustible 
atmosphere “exhaled” from Earth that accumulated 


between Earth and the Moon. Comets were therefore 
considered technically terrestrial—originating from 
Earth—rather than celestial heavenly bodies. 


Aristotle’s model left many unexplained questions 
about the movement of bodies through the solar sys- 
tem. His theory, which came in the Middle Ages, was 
so strongly supported by the Christian Church, how- 
ever, that those who challenged it were often called 
heretics. His theory remained standard for over 2,000 
years, bringing European investigations into comets 
virtually to a halt. Fortunately, prolific and accurate 
cometary records were kept by the Chinese during this 
period. 


Sporadic European scientific investigations into 
comets also had some influence, however. Although 
the Church held his theory in check, Polish astrono- 
mer Nicolaus Copernicus (1473-1543) suggested that 
a heliocentric (Sun-centered) solar system would help 
explain the motions of the planets and other celestial 
bodies. Through acute observation of the Great 
Comet of 1577, Danish astronomer Tycho Brahe 
(1546-1601) calculated that it must be four times further 
away from Earth than the Moon, refuting Aristotle’s 
sublunar theory of comets. Also, Brahe found that the 
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comet’s tail pointed away from the Sun and that its 
orbit might be oval. 


Study of the Great Comet by Brahe and his con- 
temporaries was a turning point for astronomical sci- 
ence. Throughout the seventeenth and eighteenth 
centuries, mathematicians and astronomers proposed 
conflicting ideas on the origin, formation, orbits, and 
meaning of comets. In the early 1600s, English physicist 
and mathematician Sir Isaac Newton (1642-1727) built 
on theories from the likes of German astronomer 
Johannes Kepler (1571-1630), who developed the three 
laws of planetary motion; Polish astronomer Johannes 
Hevelius (1611-1687), who suggested comets move on 
parabolas around the Sun; and English physicist Robert 
Hooke (1635-1703), who introduced the possibility of a 
universal gravitational influence. Newton developed an 
mathematical model for the parabolic motion of comets, 
published in 1687 in his book Principia, one of the most 
important scientific works ever written. 


By this time, comets were viewed as celestial 
rather than terrestrial, and the focus turned from 
superstition to science. They were, however, still 
viewed as singular rather than periodic occurrences. 
In 1687, English astronomer Edmond Halley (1656- 
1742) suggested to Newton that comets may be peri- 
odic, following elliptical paths. Newton did not agree. 
Using Newton’s own mathematical model, Halley 
argued that the comets of 1531, 1607, and 1682—the 
latter observed by both he and Newton—were actually 
one and the same, and predicted that this comet 
should return late in 1758. It did, and was subse- 
quently named Halley’s comet. Halley’s comet has 
continued to return on a regular schedule. 


By the end of the eighteenth century, comets were 
believed to be permanent celestial bodies composed of 
solid material, the movement of which could be calcu- 
lated using Newton’s laws of planetary motion. The 
return of two more comets in 1822 and 1832 was 
accurately predicted. The first, comet Enke, did not 
follow Newton’s law of planetary motion, as its orbital 
period of recurrence was decreasing. In 1835, German 
astronomer Friedreich Bessel (1784-1846) accurately 
suggested that this was because gases given off by the 
comet as it passed near the Sun acted like a rocket, 
thrusting the comet either closer to or further away 
from the Sun and so affecting its orbital length. 


The second predicted periodic comet, comet Biela, 
with a periodic orbit of 6.75 years, upset Newton’s 
idea of comets when it split in two in 1846. The now- 
twin comet reappeared in 1852 for the last time. 


Earlier in the nineteenth century, scientists had 
speculated that meteor showers may be flying debris 
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from disintegrating comets. In November 1872, when 
Biela should have returned, the meteor shower pre- 
dicted by some astronomers did indeed appear, 
strengthening the connection between meteors and 
dying comets. 


Stargazing and discovering comets 


The first observation of a comet through a tele- 
scope was made in 1618. Previously, comets were dis- 
covered with the naked eye. Today, most new comet 
discoveries are made from telescopic photographs and 
electronic detectors; many comets are discovered by 
amateur astronomers, and are named after their 
discoverers. 


The long-focal-length, refracting telescope—the 
primary astronomical observation tool of the 
1800s—worked well for direct viewing although, with 
the relatively insensitive photographic emulsions of 
the period, it did not collect sufficient light to allow 
astronomical photography. In 1858, English artist 
William Usherwood used a short focal-length lens to 
produce the first photograph of a comet. In 1864, by 
using a spectroscope, an instrument that separates the 
wavelengths of light into spectral bands, Italian 
astronomer Giovanni Donati (1826-1873) first identi- 
fied a chemical component in a comet’s atmosphere. 
The first cometary spectrogram (photographed spec- 
trum of light from a comet) was taken by English 
amateur astronomer William Huggins (1824-1910) 
of London, England, in 1881. 


The early twentieth century saw the development 
of short-focal-length spectrographs which, by the 
1950s, allowed identification of several different chem- 
ical components in a comet’s tail. Infrared spectrog- 
raphy was introduced in the 1960s and, in 1983, the 
Infrared Astronomy Satellite (IRAS) began gathering 
information on cometary dust particles that was unob- 
tainable by ground-based technology. Today, obser- 
vations are also made by radio astronomy and 
ultraviolet spectrography. 


Composition, origin, and extinction 


The questions of the birth, composition, and death 
of comets still defy definitive answers. Increasing 
knowledge and technology have brought many and, 
as usual, conflicting theories. 


Composition of the nucleus 
Two major theories on the composition of the 


nucleus have developed over time. The flying sandbank 
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model, first proposed by British astronomer Richard 
Anthony Proctor (1837-1888) in the mid-1800s and 
again in the mid-1900s by British astronomer 
Raymond Arthur Lyttleton (1911-1995), conjectured 
swarms of tiny solid particles bound together by mutual 
gravitational attraction. In 1950, U.S. astronomer Fred 
Whipple (1906-2004) introduced the icy-conglomerate 
or dirty-snowball model, which describes a comet’s core 
as a solid nucleus of meteoric rock particles and dust 
frozen in ice. Observations of Halley’s comet by space- 
craft Giotto, of the European Space Agency, in 1986 
strongly support this model. It found that Halley’s 
comet has a nucleus that reflects about 4% of any 
light that strikes it. Then, in 1998, NASA launched 
spacecraft Deep Space | from a Delta I rocket. It was 
able to be unexpectedly sent near Comet Borrelly (offi- 
cially 19P/Borrelly). It discovered that this comet 
reflects from 2.5 to 3% of the light falling on it. 
Scientists think that dark surface material on comets 
absorbs most of the heat. 


No one knows the exact composition of the core, 
but it is believed that rocks and dust are held together 
by ices of water, methane, ammonia, and carbon mon- 
oxide that are contaminated by carbon and sulfur. The 
1986 spacecraft encounter showed Halley’s nucleus as 
peanut-shaped or potato-shaped, 9 mi (15 km) long, 
and 5.5 mi (8 km) wide. 


The nuclei of comets are too small for observation 
through telescopes. As they approach the Sun, how- 
ever, they produce one of the largest, most spectacular 
sights in the solar system—a magnificent, glowing tail 
often visible even to the naked eye. Cometary nuclei 
have been seen to produce sudden, bright flares and 
some to split into as many as five pieces. 


Development of the coma 


As the nucleus of a comet nearing the Sun 
approaches the distance of the asteroid belt (outside 
the orbit of Mars), its ices begin to sublimate (turn to 
gas), releasing hydrogen, carbon, oxygen, nitrogen, 
and other substances in the form of vapors and par- 
ticles. Carried away from the nucleus by the solar wind 
at several hundred meters per second, they create an 
enormous coma and tail hundreds of thousands of 
kilometers long, hiding the nucleus. The Sun’s ultra- 
violet light excites the gaseous molecules, causing 
them to fluoresce (shine). Microscopic mineral par- 
ticles in the dust reflect and scatter the Sun’s light. 
In 1970, during the first space-based observation of 
a comet, a gigantic hydrogen cloud was discovered 
surrounding the coma. Depending on the size of a 
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cometary nucleus and its proximity to the Sun, this 
cloud can be larger than the Sun itself. 


Tail configuration 


As the comet swings around the Sun on its ellip- 
tical orbit, the gas and dust particles streaming from 
the coma form two types of tails: a gaseous ion tail 
(Type I) or a dust tail (Type I). Ina Type I tail, ionized 
gases form a thin, usually straight tail, sometimes 
millions of miles long. Specifically, the tail of the 
Great Comet of 1843 stretched out more than 136 
million mi (220 million km). The ion tail, glowing 
brightly, does not trail behind the core along its path 
of motion but is blown away from the core along a line 
pointing directly away from the Sun. The head collides 
with the solar wind, which wraps around the nucleus, 
pulling the ionized particles of the coma with it. 
Depending on its position relative to the Sun, a com- 
et’s tail may even be traveling in front of the nucleus. 
A Type II tail is usually shorter and wider, and curves 
slightly because its heavier particles are carried away 
from the nucleus at a slower rate. 


Comet Hale-Bopp, which streamed across the 
skies in the spring of 1997, boasted a feature hitherto 
unseen in comets: a third type of tail composed of 
electrically neutral sodium atoms. Observers using 
instruments with spectral filters that eliminated all 
but the yellow light emitted by fluorescing sodium 
atoms found that the tail was 373,000 mi (600,000 
km) wide and 31 million mi (50 million km) long, 
streaming in a direction slightly different from that 
of the ion tail. The exact mechanism producing this 
type of tail is still not understood. 


Origins 


As the solar system moves slowly through the 
center of the galaxy, it encounters interstellar molec- 
ular gas clouds that, under certain circumstances, 
strip comets from the Oort cloud. How, then, is the 
Oort cloud replenished? One theory proposes capture 
of comets from interstellar space. The popularity of 
the interstellar theory waxes and wanes, and new 
hypotheses are again being proposed. One suggests 
the presence of comets in high-density clouds within 
the galaxy’s inner spiral arms. The Sun may capture 
comets while passing through one of these arms, 
which happens once every 100 million years. In addi- 
tion, comets may be captured from the very same 
molecular gas clouds that, under other circumstan- 
ces, so severely deplete the Oort cloud population. 
Mathematical calculations and known chemical com- 
position of comets and stars indicate the possibility of 
interstellar origins. 
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Death of a comet 


Although vaporization during passages by the 
Sun diminishes the nucleus, it is not believed to be 
enough to cause a comet’s extinction. There are two 
commonly accepted reasons for a comet’s death: split- 
ting, which may result in deterioration and ultimately 
a meteor shower; and flaring, bright explosions visible 
in the coma. Another theory postulates that asteroids 
may be extinct comets. 


Comets and Earth 


The paths of comets and asteroids cross the orbi- 
tal path of the planets and are believed to be the cause 
of some impact craters on Earth and the Moon. In 
1979, United States Air Force satellite P78—1 took the 
first photograph of a comet colliding with the Sun. 
Late in 1994, comet Shoemaker-Levy collided with 
Jupiter. Asteroidal impacts on Earth may have caused 
the extinction of many species, including the dino- 
saurs, while making the development of new species— 
including ourselves—possible. 


For millennia, humans have predicted the end of 
the world from the impact of a giant comet. Now, 
however, some scientists argue that molecules released 
by comets’ vaporized gases may have supplied impor- 
tant molecules in Earth’s early atmosphere. When 
exposed to the Sun’s radiation, these molecules undergo 
the formation of organic compounds. During the recent 
passage of Hale-Bopp, for example, scientists discovered 
a variety of complex organic chemicals in the comet. 


The theory gained evidence from data gathered by 
the Polar spacecraft, launched by NASA in 1996. 
According to observations by the probe, comet-like 
objects 30 to 40 ft (9.1 to 12.1 m) in diameter are hitting 
the atmosphere at the rate of 43,000 per day. These 
cosmic slushballs are too small to vaporize and provide 
the spectacular show in the night sky that humans asso- 
ciate with comets; most disintegrate in the upper atmos- 
phere, entering the weather cycle and eventually reaching 
the terrestrial surface as precipitation. According to esti- 
mates by scientists associated with the study, this cosmic 
rain has added one inch of water to the Earth’s surface 
each 10,000 to 20,000 years, supplying a large quantity of 
water over geologic time. 


Bright objects keep humans in the dark 


A pair of space missions launched in 1999 and 
2004 are helping scientists reach a better understand- 
ing of the physics of comets. NASA’s Stardust mis- 
sion, launched in 1999, captured dust from the tail of 
short-period Comet Wild (pronounced vilt) 2 in 2004, 
and returned the samples to Earth in January 15, 2006. 
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KEY TERMS 


Coma—Glowing cloud of mass surrounding the 
nucleus of a comet. 


Ellipse—An eccentric or elongated circle, or oval. 


lon—An atom or molecule that has acquired elec- 
trical charge by either losing electrons (positively 
charged ion) or gaining electrons (negatively 
charged ion). 


Nucleus—Core, or center. 
Parabola—Open-ended, elongated ellipse; u-shaped. 


Perturbation—Change in the orbit of an astronom- 
ical body by the gravitational influence of a body 
other than the one around which the object orbits. 


Solar wind—A stream of charged and neutral par- 
ticles that emanates from the Sun and moves into 
the solar system. 


Spectrograph—Instrument for dispersing light into 
its spectrum of wavelengths then photographing 
that spectrum. 


Thousands of samples—most sample grains embedded 
in the Stardust aerogel were smaller than the width of a 
human hair—have been distributed to about 150 scien- 
tists around the world for analysis. 


In February 2003, the European Space Agency’s 
Rosetta mission—originally scheduled to rendezvous 
with Comet Wirtanen on its trip around the Sun—was 
postponed due to launch failures suffered by Europe’s 
Ariane 5 rocket. In March 2003, ESA scientists 
retasked the Rosetta mission spacecraft to rendezvous 
with 67P/Churyumov-Gerasimenko. With a launch 
on February 2004 (from Kourou in French Guiana), 
it should rendezvous with the comet in 2014. During 
its six-month stay near the comet, Rosetta will move 
closer to the comet’s nucleus until it is only 12 to 15 mi 
(20 to 25 km) away. It will then map the comet and 
send a probe to the surface for a landing. The larger 
size of 67P/Churyumov-Gerasimenko—thus, a stron- 
ger gravitational field—poses some problems for the 
lander that will require recalculation of the landing 
impact stress on the lander legs. For its remaining 
mission at the comet, Rosetta will observe the comet 
as it races toward the Sun. After completing its mis- 
sion to the comet, the Rosetta will be redirected to a 
voyage of the outer solar system. 


As of 2006, however, despite spaceships probing 
the outer limits of the solar system; gigantic telescopes 
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in deserts, atop mountains, and floating in space; and 
satellites designed specifically to capture meteor dust 
hurtling through Earth’s atmosphere from interstellar 
space, significant questions about the origin, nature, 
and fate of comets remains unsolved. 


See also Meteors and meteorites; Space probe. 
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| Commensalism 


Commensalism is a type of symbiosis, specifically, 
a biological relationship in which one species benefits 
from an interaction, while the host species is neither 
positively or negatively affected to any tangible 
degree. 


The most classic example of commensalism is that 
of scavengers, who benefit from predators killing prey 
in that the remaining scraps provide them with a 
source of food. The predator, however, is essentially 
unaffected by the behavior of scavenger cleaning up 
after it leaves its kill behind. 


One type of commensalisms, known as inquilinism, 
occurs when an organism uses a second organism as a 
place to live. For example, epiphytic plants (which grow 
on other plants but are not parasitic) benefit from living 
on host plants, because the host provides a substrate 
(base) upon which to grow relatively high in the can- 
opy. The host trees, however, are not affected in any 
significant way by this relationship. Some plants are 
specialized as epiphytes, for example, many species of 
air-plants or bromeliads (family Bromeliaceae), orchids 
(Orchidaceae), and ferns (Pterophyta). Many lichens, 
mosses, and liverworts are also epiphytes on trees. 
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Animal analogues (types or examples) of inquilin- 
ism also exist. Some sea anemones (order Actiniaria) 
benefit by growing on the upper carapace of a hermit 
crab (crustacean infraorder Anomura) because they 
are able to filter more water and acquire more food. 
However, the crab is apparently unaffected by the 
presence of the sea anemone. 


A type of commensal relationship, known as 
phoresy, is similar to biological hitch-hiking in which 
one organism benefits through access to transporta- 
tion while the animal providing this service is not 
significantly affected by its role. For example, many 
plants produce fruits that adhere to fur and are 
thereby dispersed by the movement of mammals. 
Some North American examples of such animal-dis- 
persed plants are the burdock (Arctium lappa), beggar- 
tick or stick-tight (Bidens frondosa), and tick-trefoil 
(Desmodium canadense). The fruits of these plants 
have special anatomical adaptations for adhering to 
fur—in fact, those of the burdock are the botanical 
model from which the idea for the very useful fasten- 
ing material known as Velcro was developed. 


A third type of commensalism, called metabiosis, 
describes a situation in which one animal uses some- 
thing that a second animal has created. For example, 
some tube worms line their tunnels with shells left 
behind by clams. 


Common denominator see Least common 
denominator 


tl Community ecology 


Within the field of ecology, a community is a 
group of organisms coexisting within a defined area. 
Community ecology is the study of the interactions 
that occur among populations of that live within a 
specific region. It is also concerned with the distribu- 
tion and abundance of the various populations within 
the area. For example, a community ecologist might 
consider the ways in which the white pine and the 
white pine weevil in an old-growth forest in Maine 
affect one another’s survival and reproduction. 


Most communities are quite complex, containing 
many coexisting plant, animal, bacterial, fungal, and 
protozoal (single-celled) populations. Community ecol- 
ogy seeks to understand how species interact by study- 
ing many different kinds of relationships between these 
populations. Animal-animal interactions, animal-plant 
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Commutative property 


interactions, and plant-plant interactions are examples 
of community relationships considered. A plant-plant 
interaction might include the ways in which weeds 
affect growth of tomatoes in a garden, or how a tall 
tree blocks sunlight from smaller plants in a Costa 
Rican rain forest. An important type of animal-animal 
interaction is competition, such as that between two 
populations of finches for seeds for food on an island 
in the Galapogos. Another animal-animal interaction is 
predations, for example understanding how snakes 
prey on mice in a meadow in western Texas. Plant- 
animal interactions include herbivory (animals eating 
plants) or in rare cases plant carnivory (plants eating 
animals; an example is a Venus fly trap plant ingesting 
insects). Symbioses are another type of interaction that 
may involve plants, animals, fungi or bacteria. These 
relationships involve the beneficial and parasitic coex- 
istence of any of these organisms, such as the symbiosis 
between photosynthetic algae, called zooxanthellae, in 
the dermis of stony corals. 


Along with studying relationships among popula- 
tions, community ecology is concerned with under- 
standing the ecological niche of different populations, 
species diversity, and the biogeography of species. 
Community ecology is concerned with all of these 
concepts as a means to understanding what types of 
forces may result in changes to or may increase the 
stability of biological communities. 


Terry Watkins 


fl Commutative property 


Commutativity is a property that may be had by 
an operation involving two numbers or other mathe- 
matical elements. A binary (two-element) operation is 
commutative if it does not matter which element is 
named first. 


For example, because addition is commutative, 
5 + 7 has the same value as 7 + 5. Subtraction, on 
the other hand, is not commutative, and the difference 
5 — 7 does not have the same value as 7 — 5. 


Commutativity can be described more formally. 
If * stands for an operation and if A and B are 
elements from a given set, then * is commutative if, 
for all such elements A * B = B* A. 


In ordinary arithmetic and algebra, the commuta- 
tive operations are multiplication and addition. The 
non-commutative operations are subtraction, division, 
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and exponentiation. For example, x + 3 is equal to 3 + 
x; xy Is equal to yx; and (x + 7)(x — 2) is equal to (x — 2) 
(x + 7). On the other hand, 4—3x is not equal to 3x — 4; 
16/4 is not equal to 4/16; and 5? is not equal to 2°. 


The commutative property can be associated with 
other mathematical elements and operations as well. 
For instance, one can think of a translation of axes in 
the coordinate plane as an “element,” and following 
one translation by another as a “product.” Then, if T ; 
and T » are two such translations, T ;T > and T 5T , are 
equal. This operation is commutative. If the set of 
transformations includes both translations and rota- 
tions, however, then the operation loses its commuta- 
tivity. A rotation of axes followed by a translation 
does not have the same effect on the ultimate position 
of the axes as the same translation followed by the 
same rotation. 


An operation * is associative if for all A, B, and C, 
(A * B) *C = A * (B* C). When an operation is both 
commutative and associative, it can be applied to a 
finite number of elements in any order. This is partic- 
ularly useful in simplifying an expression such as x? + 
5x + 8 + 2x” + x + 9. One can combine the squared 
terms, the linear terms, and the constants without 
tediously and repeatedly using the associative and 
commutative properties to bring like terms together. 
In fact, because the terms of a sum can be combined in 
any order, the order need not be specified, and the 
expression can be written without parentheses. 
Because ordinary multiplication is both associative 
and commutative, this is true of products as well. 
For example, the expression 5x’y*z, with its seven 
factors, requires no parentheses. 


l Compact disc 


In 1978, Philips and Sony together launched an 
effort to produce an audio compact disc (CD) as a 
method of delivering digital sound and music to con- 
sumers. The two companies continued to cooperate 
through the 1980s and eventually worked out stand- 
ards for using the CD technology to store computer 
data. These recommendations evolved into the CD- 
ROM technology of today. 


The CD-ROM (compact disc—read only memory) 
is a read-only optical storage medium capable of hold- 
ing 700 megabytes of data (on the order of 500,000 
pages of text), 80 minutes of high-fidelity audio, or 
some combination of the two. Legend has it that the 
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Costs of information storage 


Medium 
Hard disk 
Paper 2 kilobytes per page 
Magnetic tape 60 megabytes 
Floppy disk 1.44 megabytes 
CD-ROM 650 megabytes 


Capacity 
100 megabytes 


Cost per megabyte 
—$7.00 
—$5.00 
<$1.00 
<$0.50 
—$0.01 


Table 1. Costs of Information Storage. (Thomson Gale.) 


audio duration of the compact disc was chosen so that it 
could contain a slow-tempo rendition of Beethoven’s 
Ninth Symphony. As can be seen from Table 1, com- 
pact discs offer a high volume of data storage at a lower 
cost than other media. 


The first users of CD-ROMs were owners of large 
databases: library catalogs, reference systems, and parts 
lists. Typical applications of CD-ROMs as storage media 
now include storage of such information as the following: 


- every listing from all of the Yellow Pages in the 
United States 


- maps of every street in the country 


- facsimile numbers for all publicly held businesses and 
government institutions 


- a 21-volume encyclopedia 


CD-ROMs are expected to achieve significant 
impact in storage of the following kinds of documents: 


- business reference materials 

- interactive educational materials for schools 
- scholarly publications 

+ government archives 


« home-based reference materials 


Manufacture of a compact disc 


A compact disc is a thin wafer of clear polycar- 
bonate plastic and metal measuring 4.75 in (120 mm) 
in diameter with a small hole in its center. The metal 
layer is usually pure aluminum that is spread on the 
polycarbonate surface in a layer that is only a few 
molecules thick. The metal reflects light from a tiny 
infrared laser as the disc spins in the CD player. The 
reflections are transformed into electrical signals and 
then further converted to meaningful data for use in 
digital equipment. 


Information (either audio on a music CD or data 
of many kinds on a CD-ROM) is stored in pits on the 
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CD that are 1-3 microns long, about 0.5 micron wide, 
and 0.1 micron deep. There may be more than 3 mi 
(4.8 km) of these pits wound around the center hole on 
the disc. The CD is coated with a layer of lacquer that 
protects the surface. By convention, a label is usually 
silkscreened on the backside. 


Compact discs are made in a multistep process. 
First a glass master is made using photolithographic 
techniques. An optically ground glass disc is coated 
with a layer of photoresist material 0.1 micron thick. 
A pattern is produced on the disc using a laser; then 
the exposed areas on the disc are washed away, and the 
disc is silvered to produce the actual pits. The master 
disc is next coated with single-molecule-thick layers of 
nickel, one layer at a time, until the desired thickness 
has been achieved. The nickel layer is next separated 
from the glass disc and used as a metal negative. 


For low-production runs, the metal negative is 
used to make the actual discs. Most projects require 
that several positives be produced by plating the sur- 
face of the metal negative. Molds or stampers are then 
made from the positives and used in injection molding 
machines. 


Plastic pellets are heated and injected into the molds, 
where they form the disc with pits in it. The plastic disc is 
coated with a thin aluminum layer for reflectance and with 
a protective lacquer layer. The disc is then given its 
silkscreened label and packaged for delivery. Most of 
these operations take place in a clean-room because a 
single particle of dust larger than a pit can destroy data. 
Mastering alone takes about 12 hours of work. 


Retrieving information from a disc 


The primary unit of data storage on a compact 
disc is a sector, which is 1/75 of a second long. Each 
sector on a CD contains 2,352 bytes (processable 
units) of data, and each sector is followed by 882 
bytes of data for detecting errors, correcting informa- 
tion, and controlling timing. Thus, a CD actually 
requires 3,234 bytes to store 2,352 bytes of data. 


The disc spins at a constant linear velocity, which 
means that the rotational speed of the disc may vary 
from about 200 rpm when the data being read are near 
the outer of the disc to about 530 rpm when the data 
are located near the center of the disc. (This is because 
rotational speed = linear velocity x radius of sector.) 
The CD is read at a sustained rate of 150 kB (150,000 
bytes) per second, which is sufficient for good audio 
but very slow for large image files, motion video, and 
other multimedia resources. Newer drives spin at twice 
or even three to six times this rate. Still, CD access 
speeds and transfer rates are much slower than those 
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Compact disc 


Compact disc and drive formats 


Format name 


Description 


Notes 


CD-ROM ISO 9660 


CD-ROM High Sierra 


CD-DA 
PhotoCD 


CD-ROM/XA 


Read-only memory 


Read-only memory 


Digital audio 
Compressed images 


Read-only memory 


Applies to MS-DOS and Macintosh files. This standard evolved from the Yellow Book specifications of 
Philips and Sony. Defined the Volume Table of Contents that tells the CD reader where and how the data 
are laid out on the disc. 


Based on a standard worked out in 1985 to resolve differences in leading manufacturers’ implementations 
of ISO 9660. 


Data drives that can read data and audio are called CD-DA. 


KODAK multisession XA system. Customers present an exposed 35 mm roll of color film for wet 
processing, and purchase a Photo CD for an additional charge. The negatives are then processed by a 
technician who scans each image at an imaging workstation. The images are written onto the Photo CD 
write-once media, color thumbnails of all the images are printed, and the Photo CD is returned to the 
consumer in a CD jewel case with the index sheet inserted as a cover. The customer may return the same 
Photo CD to have more images written onto it, with the result that a multises-sion disc is produced. A 
Photo CD can hold 125 or more high resolution images. Photo CDS may be viewed using a Kodak Photo 
CD player connected to a television at the customer's home. Photo CD images can also be viewed using 
CD-ROM/XA player attached to a computer. Photo CD images can be converted to other formats for 
incorporation into multimedia applications. 


Extended architecture. Data are read off a disc in alternating pieces, and synchronized at playback. The 
result is a simultaneous presentation of graphics and audio. CD-ROM/XA defined a new sector format to 


allow computer data, compressed audio data, and video/image information to be read and played back 
apparently simultaneously. Special enabling hardware is required on CD-ROM/XA players because the 
audio must be separated from the interleaved data, decompessed, and sent to speakers, at the same 
time the computer data are being sent to the computer. 


CD-R (CD-WO Write-once 
or CD-WORM) 


your own CDS. 


CD-ROM HFS read-only memory 


May use multiple sessions to fill disc. Instead of burning pits into a substrate, the CD-R uses differences 
in reflectivity to fool the reader into believing that a pit actually exists. This format allows you to write 


The Macintosh Hierarchical File System (HFS) is Apple's method for managing files and folders on the 


Macintosh desktop. The HFS driver provides Macintosh users with the expected and familiar Apple 
desktop. This is the preferred format for delivery to Macintosh platforms, even though it does not 
conform to the ISO 9660 standard. 


CD-I or CD-RTOS Interactive 


Philips Interactive motion video. CD-I disc are designed to work with Philips CD-I players, but the CD-I 


system also hooks up to the customers's TV or stereo. It can play audio CDS, and can also read Kodak 
PhotoCD discs. The CD-I is marketed for education, home, and business use. 


CD-| Ready 
CD-Bridge Bridge 

CD-MO Magneto-optical 
CD+G Mixed mode 


Interactive/Ready 


CD-Audio with features for CD-I player 

Allows XA track to play on CD-I player 

Premastered area readable on my CD player. 

CD+G stands for CD audio plus graphics. This format allows the customer to play CD audio along with 


titles, still pictures, and song lyrics synchronized to the music. This CD may be best suited to karaoke- 
style discs, i.e., music playing along with on-screen lyrics. 


ISO 9660 variant 


Table 2. Compact Disk and Drive Formats. (Thomson Gale.) 


from a hard disc in a computer. This is expected to 
change as discs are made to spin faster and different 
types of lasers are perfected for use in computers. 


The surface of the CD is essentially transparent. It 
must allow a finely focused beam of laser light to pass 
through it twice, first to the metallic layer beneath the 
plastic where the data reside, and then back to the 
receptors. Dirt, scratches, fingerprints, and other 
imperfections interfere with retrieval of the stored data. 


CD-ROM drives 


Each CD-ROM drive for a personal computer 
(PC) may be characterized according to the following: 
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Commodore proprietary system. 


- drive specifications 
- formats the drive can read 


- interface the drive requires to connect the computer 


Drive specifications 


The drive specifications tell the drive’s perform- 
ance capabilities. These specifications commonly 
include the following: 


- The data transfer rate, which specifies how much 
data the drive can read from a data CD and transfer 
to the host computer when reading one large, sequen- 
tial chunk of data. 
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Multimedia storage requirements 


One minute of... Storage space required 
700 kilobytes 


more than 1.5 megabytes 


audio, mono 
audio, stereo 
animation 2.5 to 5.5 megabytes 

video 20 to 30 megabytes, compressed 


Table 3. Multimedia Storage Requirements (Thomson Gale.) 


An atomic force microscope image of marks (data) burned 
into a write-once optical disc (WORM). The write laser 
burns holes in an ablative material that is part of the disc. 
The marks cannot be erased, hence “write-once.” 

(© Kelly A. Quin.) 


- The access time, which is the delay between the drive 
receiving the command to read and its actual first 
reading of the data. 


- The buffer size, which is the size of the cache of 
memory stored in the drive. Not all drives are 
equipped with memory buffers. 


Drive formats 


The data on compact discs need to be organized if the 
CD-ROM drive and computer are to make sense of the 
data. The data are therefore encoded to conform to cer- 
tain standards. Although advanced CD-ROM standards 
are still evolving, most drives today comply with earlier 
CD-ROM formats. 
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Interfaces 


The CD-ROM interface is the physical connection 
of the drive to the PC’s expansion bus. The three 
typical interfaces are SCSI Standard, SCSI-2 and 
ASPI, and nonstandard SCSI. 


SCSI standard interfaces 


Small Computer System Interface (SCSI) refers to 
a group of adapter cards that conform to a set of 
common commands. These adapter cards allow a 
chain of devices to be strung from a single adapter. 
Consequently, SCSI interfaces are preferred for con- 
necting a CD-ROM drive to a personal computer. 


SCSI-2 and ASPI interfaces 


SCSI-2. and Advanced SCSI Programming 
Interfaces (ASPI) take into account rapid enhance- 
ments of computer interface technology. SCSI-2 
incorporates several enhancements, including greater 
data throughput and improved read and write tech- 
nologies. ASPI provides a standard software interface 
to the host adapter hardware. 


Nonstandard SCSI interfaces 


Nonstandard SCSI interfaces may not accept 
installation of multiple SCSI devices; in cases where 
this is not a problem, they may prove acceptable. 


Care of CD-ROMs 


Audio CDs tend to be more forgiving than CDs 
that will be read by computers. The audio CD player 
can fill in any missing data on the disc because audio 
data are easily interpolated, with the result that 
scratches do not have much effect on the quality of 
the sound produced when the CD is played. 


Computer data are less predictable than audio 
data. Consequently, it is not as easy to interpolate 
when data are missing. Because computer data are 
digital (either 0s or Is), the computer cannot repre- 
sent missing data by an “average” value lying some- 
where between 0 and |. Because small scratches are 
inevitable, the CD-ROM incorporates a scheme that 
makes it possible to reconstruct any bit from the 
surrounding data. This scheme is called Error 
Correction Code (ECC). ECC permits the CD-ROM 
to undergo some surface damage and still remain usa- 
ble, but it does not replace the need to exercise care 
when handling a disc. 
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Multimedia 


Multimedia is a computer application that 
employs more than one medium to convey informa- 
tion. Examples of multimedia include: 


- text with graphics 

- text with photos 

- text with sound 

- text with animation 

- text with video 

- graphics with sound 

- photos with sound 

+ animation with sound 
- video with sound 


As indicated in Table 3, some multimedia combi- 
nations require very large amounts of disc storage 
space. To date, most multimedia applications have 
been text-based with multimedia features added. 
Many multimedia applications, however, make heavy 
use of memory-intensive features such as video and 
sound. Although the CD-ROM is not a requirement 
for multimedia on the personal computer, its impressive 
storage capacity makes it a logical choice for delivering 
multimedia documentation. 


Compact discs of the near future 


Recordable and erasable-rewritable CDs (CD-R Ws) 
have given the compact disc greater versatility. 
Erasable CDs became common by 2001. CD-RWs 
are versatile data storage of moderate amounts of 
data because they can be overwritten at well, with the 
potential of cycling up to a thousand times. DVD- 
RWS capable of holding about 4.5 GB rewriteably 
are now commonplace (as of 2006). High-density 
and multilayer CD-Rs, CD-RWs, and DVDs are 
also being developed but have not yet become mar- 
ket standards for desktop and laptop computer 
users. 


Improvements are also coming to audio CDs as 
manufacturers seek new features that will improve 
sales. Enhanced audio CDs now include music videos, 
lyrics, scores that the home musician can play, and 
interviews with the musicians. Enhanced audio CDs 
can be played on a CD-ROM drive and viewed on a 
monitor or connected television set. High Definition 
Compatible Digitals, or HDCDs, are also being mar- 
keted. They produce more realistic sound but require a 
CD player with a built-in decoder. 
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KEY TERMS 


Bit and byte—A bit is the smallest element repre- 
senting data in a computer’s memory. A byte con- 
sists of eight bits that the computer processes as a 
unit. 


Kilobyte and megabyte—One thousand bytes is a 
kilobyte. One million bytes is a megabyte. 


Developments in technical and scientific uses of 
CDs are also being explored. One of the most promis- 
ing is a portable medical laboratory called the LabCD, 
marketed starting in 2004. A drop of blood is placed 
on a special CD combining software and microfluidic 
channels. As the CD spins in a special player/analysis 
unit, it acts like a centrifuge and separates the cells in 
the blood. They slip into receptacles in the CD that 
contain testing chemicals, and sensors in the special 
player read the results of a range of blood tests includ- 
ing DNA tests. This technology opens the possibility 
for ambulances to carry LabCDs and the CD-sensing 
machine and to perform on-the-spot analyses for drug 
and alcohol use or DNA tests at crime scenes. 


See also Computer, digital. 
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f Competition 


Competition is biological interaction among 
organisms of the same or different species associated 
with the need for a common resource that occurs in a 
supply that is limited relative to demand. Competition 
occurs when the capability of the environment to sup- 
ply resources is smaller than the biological requirement, 
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so that organisms interfere with each other’s efforts to 
obtain those resources. Plants, for example, often com- 
pete for access to limited nutrients, water, sunlight, and 
space. 


Intraspecific (within-species) competition occurs 
when individuals of the same species vie for access to 
essential resources, while interspecific (between-species) 
competition occurs between different species. Stresses 
associated with competition are said to be symmetric if 
they involve organisms of similar size and/or abilities to 
utilize resources. Competition is asymmetric when there 
are substantial differences in these abilities, as occurs in 
the case of large trees interacting with plants of a forest 
understory. 


Competition as an ecological and 
evolutionary factor 


Individuals of the same species have virtually 
identical resource requirements. Therefore, whenever 
populations of a species are crowded, intraspecific 
competition is intense. Intraspecific competition in 
dense populations results in a process known as self- 
thinning, which is characterized by mortality of less- 
capable individuals and relative success by more- 
competitive individuals. In such situations, intraspecific 
competition is an important regulator of population 
size. Moreover, because individual organisms vary in 
their reproductive success, intraspecific competition 
can be a selective factor in evolution. 


Interspecific competition can also occur if individ- 
uals of the various species are crowded and have sim- 
ilar requirements of resources. One ecological theory, 
known as the competitive exclusion principle, states 
that species with ecologically identical life styles and 
resource needs cannot coexist over the longer term; the 
competitively less-fit species will be displaced by the 
better fit species. Although it is debatable whether 
different species could have identical ecological 
requirements, it is plausible that intense competition 
must occur among similar species living in the same, 
resource-limited habitat. In such situations, interspe- 
cific competition must be important in structuring 
ecological communities and as an agent of natural 
selection. 


The term “competitive release” refers to a situa- 
tion in which an organism or species is relieved of the 
stresses associated with competition allowing it to 
become more successful and dominant in its habitat. 
For example, by the early 1950s the American chest- 
nut (Castanea dentata) had been eliminated as a dom- 
inant canopy species in deciduous forests of eastern 
North America by the accidental introduction of a 
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fungal pathogen known as chestnut blight (Endothia 
parasitica). Other tree species took advantage of their 
sudden release from competition with the chestnut by 
opportunistically filling in the canopy gaps that were 
left by the demise of mature chestnut trees. Similarly, 
competitively suppressed plants may be released when 
amature forest is disturbed, for example, by wildfire, a 
windstorm, or harvesting by humans. If the disturb- 
ance kills many of the trees that formed the forest 
canopy but previously suppressed plants survive, 
then these understory plants will gain access to an 
abundance of environmental resources such as light, 
moisture, and nutrients, and they will be able to grow 
relatively freely. 


Competitive displacement is said to occur when a 
more competitive species causes another to utilize a 
distinctly sub-optimal habitat. A number of interest- 
ing cases of competitive displacement have been 
described by ecologists, many involving interactions 
of plant species. In eastern North America, for exam- 
ple, the natural habitat utilized by the silver maple tree 
(Acer saccharinum) is almost entirely restricted to for- 
ested wetlands, or swamps. However, the silver maple 
is more productive of biomass and fruits if it grows on 
well-drained, upland sites, and for this reason it is 
commonly cultivated in cities and towns. In spite of 
this habitat preference, the silver maple does not occur 
in the natural forest community of well-drained sites. 
It appears that the silver maple is not sufficiently 
competitive to co-occur in well-drained sites with 
more vigorous tree species such as the sugar maple 
(Acer saccharum), basswood (Tilia americana), or the 
red oak (Quercus rubra). Consequently, the silver 
maple is displaced to swamps, a distinctly sub-optimal 
habitat in which there is frequent physiological stress 
associated with flooding. 


Over long periods of time, competitive displacement 
may lead to evolutionary changes. This happens as spe- 
cies displaced to marginal environments evolve to 
become better adapted to those conditions, and they 
may eventually become new species. Competitive dis- 
placement is believed to be the primary force leading to 
the evolution of species swarms on isolated islands such 
as those of fruit flies (Drosophila spp.) and honeycreepers 
(Drepaniidae) on the Hawaiian Islands and Darwin’s 
finches (Geospizinae) on the Galapagos Islands. 


In the cases of the honeycreepers and Darwin’s 
finches, the islands are believed to have been colonized 
by a few individuals of a species of finch. These found- 
ers then developed a large population which saturated 
the carrying capacity of the common habitats so that 
intraspecific competition became intense. Some 
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individuals that were less competitive in the usual 
means of habitat exploitation were relegated to mar- 
ginal habitats or to unusual means of exploiting 
resources within a common habitat. Natural selection 
would have favored genetically based adaptations that 
allowed a more efficient exploitation of the marginal 
habitats or lifestyles of the populations of displaced 
birds, leading to evolutionary changes. Eventually, a 
condition of reproductive isolation would have devel- 
oped, and a new species would have evolved from the 
founder population. Competitive displacements 
among species of finches could then have further ela- 
borated the species swarms. The various species of 
Darwin’s finches and Hawaiian honeycreepers are 
mostly distinguished on the basis of differences in the 
size and shape of their bills and on behavioral differ- 
ences associated with feeding styles. 


It must be understood that not all environments 
are resource limited, and in such situations competi- 
tion is not a very important process. There are two 
generic types of non-competitive environments— 
recently disturbed and environmentally stressed. In 
habitats that have recently been subjected to a cata- 
strophic disturbance, the populations and biomass of 
organisms is relatively small, and the biological 
demand for resources is correspondingly not very 
intense. Species that are specialized to take advantage 
of the resource-rich and competition-free conditions 
of recent disturbances are known as ruderals. These 
species are adapted to rapidly colonizing disturbed 
sites where they can grow freely and are highly fecund. 
However, within several years the ruderals are usually 
reduced in abundance or eliminated from the com- 
munity by slower growing, but more competitive spe- 
cies that eventually take over the site and its resources 
and dominate later successional stages. 


Some habitats are subject to intense environmental 
stress such as physical stress associated with climate or 
toxic stress associated with nutrient deficiency or pollu- 
tion. Because of the severe intensity of environmental 
stress in such habitats, the productivity of organisms is 
highly constrained, and there is little competition for 
resources. The Arctic tundra, for example, is an ecosystem 
that is highly stressed by climate. If the density of individ- 
ual plants of the tundra is experimentally decreased by 
thinning, the residual plants do not grow better because 
their productivity was not constrained by competition. 
However, the intensity of environmental stress can be 
experimentally alleviated by enclosing an area of tundra 
in a greenhouse and by fertilizing with nutrients. In such a 
situation, competition among Arctic plants can become a 
significant ecological interaction, and this change can be 
experimentally demonstrated. 
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Because the effects of competition can be pro- 
found and are nearly always measurable in at least 
some parameter, the processes surrounding and affect- 
ing competition, as well as the environmental forces 
affected or shaped by competition, are an active area 
for research by ecologists. Competition is believed to 
have a strong result on, for example, the process of 
speciation. Speciation is the formation of two distinct 
species from a single one over time. Therefore, ecolo- 
gists might compare the divergence of genetic charac- 
teristics between organisms in an area with high levels 
of intraspecific competition for a limiting resource 
versus those that are not. 


Similarly, competition as a major force that struc- 
tures communities of organisms within ecosystems is a 
major area of research. The relative abundances of 
different organisms in a community, for example, is 
determined in part on the levels of competition for 
resources found in their habitat. Diversity, another 
very popular topic of active research in ecology, also 
deals with competition. Competitive interactions are 
believed to increase the amount of diversity in an 
environment. In other words, the number of species 
present in a given ecosystem increases in areas with 
increased competition. 


See also Stress, ecological. 
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[ Complementary DNA 


Complementary deoxyribonucleic acid (DNA) is 
DNA in which the sequence of the constituent mole- 
cules on one strand of the double-stranded structure 
chemically matches the sequence on the other strand. 


A useful analog is to picture a key and a lock. 
While there are many different types of keys, only one 
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design matches the contours of the lock and so will fit 
into the lock. The different chemical molecules that 
make up DNA also do not pair up nonspecifically. A 
lock-in-key fit operates at the molecular level. 


The chemical molecules that make up DNA are 
known as nucleotide bases. There are four common 
types of bases in DNA: adenine (A), cytosine (C), 
guanine (G), and thymine (T). In the chemical lock- 
and-key fit, an A on one strand is able to form a bond 
only with a T; for the two strands of DNA to inter- 
twine together, the A’s on one strand of DNA must 
pair with T’s on the other strand. Similarly, C on one 
strand always pairs with a G on the other strand. 
Thus, the sequence of one DNA strand determined 
the sequence of the other strand, which is described 
as being complementary. 


Complementary DNA (cDNA) is a copy of a 
region of a strand of DNA. For example, if the orig- 
inal DNA strand had a sequence of ATT, the comple- 
mentary sequence will be TAA. The cDNA will bind 
to the complementary site on the DNA strand. 


Complementary DNA is important naturally, in 
the manufacture of new copies of DNA, and has 
become an important experimental tool. In DNA rep- 
lication, the two strands are unwound from one 
another. A molecule called DNA polymerase runs 
the length of each strand, making a complementary 
copy of each strand. In other words, each strand acts 
as a blueprint to produce a complementary strand. 
The two new strands are complementary to one 
another, and so can join together in a process called 
annealing. The old strands also anneal. The result is 
two complete copies of DNA. 


Complementary DNA has been exploited to 
develop research techniques and to produce genetically 
altered commercial products. A classic example of 
cDNA is the technique of polymerase chain reaction 
(PCR). PCR mimics the process of DNA manufacture 
in a test tube. In a series of reactions, a target stretch of 
DNA is copied, and the copies themselves serve as 
templates for more copies. The original DNA sequence 
is amplified to make a billion copies within minutes. 


Because ribonucleic acid (RNA) is made using 
DNA as the blueprint, the phenomenon of comple- 
mentary strands also extends to RNA. Like DNA, 
RNA is made of four bases; three of the bases are the 
same as found in DNA (A, C, and G). But, instead of 
T, RNA contains a base called uracil (U). In RNA, A 
pairs with U and C pairs with G. Complementary 
RNA (cRNA) is a copy of a strand of RNA that will 
bind to the appropriate region of the original mole- 
cule. If the original RNA stand had a base sequence of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


AUU, for example, the sequence of the cRNA strand 
would be UAA. 


The association of a DNA or RNA strand to its 
complement is one of the basic research tools of the 
molecular biologist. Binding of a complement can 
identify target regions of DNA or RNA, and can be 
used to disrupt the process of DNA manufacture. If 
the complementary DNA is labeled with a compound 
that fluoresces, then the binding of the fluorescent 
probe can actually be visualized using a microscope. 
This permits the so-called real time examination of 
DNA synthesis. 
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! Complex 


A complex is a species in which the central atom is 
surrounded by a group of Lewis bases that have cova- 
lent bonds to the central atom. The Lewis bases that 
surround the central atom are generally referred to as 
ligands. Complexes are so named because when they 
were first studied, they seemed unusual and difficult to 
understand. Primarily, transition metals form com- 
plexes and their most observable property is their 
vivid color. The color of transition metal complexes 
is dependent on the identity and oxidation state of the 
central atom and the identity of the ligand. 


Acids and bases were originally defined by 
Swedish physical chemist Svante August Arrhenius 
(1859-1927) as substances that donated protons (pos- 
itively charged hydrogen ions) and hydroxide ions 
(consisting of one hydrogen atom bonded to one 
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Complex numbers 


oxygen atom and having an overall charge of minus 
one), respectively. Subsequently, Danish physical chem- 
ist Johannes Nicolaus Bronsted (1879-1947) and English 
physical chemist Thomas Martin Lowrey (1874-1936) 
redefined acids and bases as being proton donors and 
proton acceptors, respectively. This broadened defini- 
tion made it possible to include substances that were 
known to behave as bases but did not contain the 
hydroxide ion. Much later, American chemist Gilbert 
Lewis (1875-1946) defined acids as substances that 
could accept an electron pair and bases as substances 
that could donate an electron pair, and this definition is 
currently the broadest definition of acids and bases as it 
includes substances that have neither protons nor 
hydroxide ions. Thus, the Lewis bases, or ligands, in 
complexes have electron pairs they can share with the 
central atom. Covalent bonds are bonds in which a pair 
of electrons is shared between two atoms; as opposed to 
ionic bonds in which one atom more or less appropriates 
the electron(s), acquiring a negative charge, while the 
other atom loses the electrons, resulting in a positive 
charge. 


Transition metals are the elements that appear in 
the central block of the periodic table (atomic numbers 
21 to 30 and the columns below them). The transition 
metals are capable of having different oxidation states 
(a measure of the number of electrons arranged 
around the central atom). A complex having the 
same ligands and the same central atom but with 
different oxidation states will have different colors. 
A complex with the same ligands but different central 
atoms with the same oxidation state will have different 
colors. Similarly, a complex with the same central 
atom and oxidation state, but having different ligands 
will have different colors. 


A number of biologically important molecules are 
dependent on the presence of transition metals, and 
the biological role of the transition elements usually 
depends on the formation of complexes. For instance, 
hemoglobin is an iron complex that is important in the 
transport of oxygen in the body. Chromium is a part 
of the glucose tolerance factor that, along with insulin, 
controls the removal of glucose from the blood. More 
than 300 enzymes contain zinc, one of them being the 
digestive enzyme that hydrolyzes protein. In addition, 
many synthetic dyes and pigments are transition metal 
complexes, such as Prussian blue. Transition metal 
complexes are also used as catalysts in many impor- 
tant industrial processes, such as the formation of 
aldehydes from alkenes, the extraction of gold from 
ore, and the purification of nickel. 


Rashmi Venkateswaran 
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I Complex numbers 


Complex numbers are those that can be put into 
the form a + bi, where a and b are real numbers and 
i=V-1. 

Typical complex numbers are 3 — i, 1/2 + 7i, and 
—6 — 21. If one writes the real number 17 as 17 + Oi and 
the imaginary number —2.5i as 0 — 2.51, they too can 
be considered complex numbers. 


Complex numbers are so called because they are 
made up of two parts that cannot be combined. Even 
though the parts are joined by a plus sign, the addition 
cannot be performed. The expression must be left as 
an indicated sum. 


Complex numbers are occasionally represented 
with ordered pairs, (z,b). Doing so shows the two- 
component nature of complex numbers but renders 
the operations with them somewhat obscure and 
hides the kind of numbers they are. 


Inklings of the need for complex numbers were 
felt as early as the sixteenth century. In about 1545, 
Renaissance mathematician Jerome Cardan recog- 
nized that his method of solving cubic equations 
often led to solutions that contained the square root 
of negative numbers. It was not until the seventeenth 
and early eighteenth centuries that de Moivre, the 
Bernoullis, Euler, and others legitimized imaginary 
and complex numbers. 


Arithmetic 


Complex numbers extend the set of real numbers 
to include imaginary numbers. The numbers must 
obey the mathematical laws already in place with 
two exceptions: the “sum” a + bi must be left uncom- 
bined, and i? = —1, which runs counter to the rule 
that the product of two numbers of like sign is 
positive. 


Arithmetic with complex numbers is much like 
that of binomials such as 5x + 7 with an important 
exception. When a binomial is squared, the term 25x” 
appears, and it does not go away. When a + bi is 
squared, the i* in the term b*i? does go away. It 
becomes —b?. These are the rules: 


Equality: To be equal, two complex numbers must 
have equal real parts and equal imaginary parts. That 
isa + bi=c+diifand only ifa=candb=d. 


Addition: To add two complex numbers, add 
the real parts and the imaginary parts separately. The 
sum ofa + biandc + diis(a+c)+(b+d)i. The sum 
(3 + 5i) + (8 — 7i) is 11 — 21. 
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Subtraction: To subtract a complex number, sub- 
tract the real part from the real part, and the imaginary 
part from the imaginary part. The difference (a + bi) — 
(c + di) is (a — c) + (b — d)i; (6 + 41) — (3 — 21) is 3 4 61. 

Zero: To equal zero, a complex number must have 
both its real and its imaginary parts equal to zero: a + 
bi = 0 if and only if a = 0 and b= 0. 

Opposites: To form the opposite of a complex 
number, take the opposite of each part: —(a + bi) = 
—a + (—b)i. The opposite of 6 — 211s —6 + 21. 


Multiplication: To form the product of two complex 
numbers multiply each part of one number by each part 
of the other: (a + bi)(c + di) = ac + adi + bei + bdi’, or 
(ac — bd) + (ad + be)i. The product (5 — 21)(4 — 31) is 
14 — 231. 

Conjugates: Two numbers whose imaginary parts 
are opposites are called complex conjugates: a + bi and 
a — biare conjugates. Pairs of complex conjugates have 
many applications, because the product of two complex 
conjugates is real: (6 — 12i)(6 + 12i) = 36 — 144i’, 
or 180. 


Division: Except for division by zero, the set of 
complex numbers is closed with respect to division: 
Ifa + biis not zero, then (c + di)/(a + bi) is a complex 
number. To divide c + di bya + bi, multiply them both 
by the conjugate a — bi, which eliminates the need to 
divide by a complex number. For example 


5-i , 6-16 —2i) 
642i 6+ 216 — 2i) 
_ 28 — 161 
36+4 
= 7/10 — 2/5i 


While the foregoing rules suffice for ordinary 
complex-number arithmetic, they must often be 
coupled with ingenuity for nonroutine problems. An 
example of this can be seen in the problem of comput- 
ing a square root of 3 — 4i. 

One starts by assuming that the square root is a 
complex number a + bi. Then 3 — 41 is the square of 
a + bi, or a7 — b + 2abi. 

For two complex numbers to be equal, their real 
and imaginary parts must be equal. 


a—b=3 
2ab = —-4 


Solving these equations for a yields four roots, 
namely 2, —2, 1, and —i. Discarding the imaginary 
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roots and solving for b gives 2 — i or —2 + 1 as the 
square roots of 3 — 41. These roots seem a little strange, 
but their squares are in fact 3 — 41. 


Graphical representation 


The mathematicians Wessel, Argand, and Gauss 
separately devised a graphical method of representing 
complex numbers. Real numbers have only a real 
component and can be represented as points on a 
one-dimensional number line. Complex numbers, on 
the other hand, with their real and imaginary compo- 
nents, require a two-dimensional complex-number 
plane (Figure 1). 


The complex number plane can also by repre- 
sented with polar coordinates. The relation between 
these coordinates and rectangular coordinates are 
given by the equations 


xX = rcos 8 
y=4sin0 
raVety¥ 


@ = arc tan y/x 


Thus the complex number x + iy can also be 
written in polar form r cos 8 + ir sin 9 or r (cos 8 + i 
sin 0), abbreviated r cis 8. When written in polar form, 
ris the “modulus” or “absolute value” of the number. 
When the point is plotted on a Gauss-Argand dia- 
gram, r represents the distance from the point to the 
origin (Figure 2). 


The angle 0 is called the “argument” or the ampli- 
tude of the complex number, and represents the angle 
shown in Figure 2. Because adding or subtracting 360° 
to 8 will not change the position of the ray drawn to 
the point, r cis 0, r cis (8 + 360°), r cis (8 — 360°), and 
others all represent the same complex number. When 0 
is measured in radians, adding or subtracting a multi- 
ple of 2x will change the representation of the number, 
but not the number itself. 


In polar form the five points shown in Figure | are 
A: V0 (cos 45° + I sin 45°) or V0 cis 45°. B: /+5 cis 
153.4°. C: 2 cis 225°. D: 5 cis 306.9°. E: +5 cis 333.4°. 
Except for A and C, the polar forms seem more awk- 
ward. Often, however, it is the other way about. | cis 
72°, which represents the fifth root of 1 is simple in its 
polar form, but considerably less so in its rectangular 
form: 0.3090 +.9511 i—and even this is only an 
approximation. 


The polar form of a complex number has two 
remarkable features that the rectangular form lacks. 
For one, multiplication is very easy. The product of 
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Imaginary 


Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Imaginary 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


r,cis@,andr>cis 6 >is simply r jr cis (8; + 8 >). For 
example, (3 cis 30°) (6 cis 60°) is 18 cis 90°. The other 
feature is known as de Moivre’s theorem: (r cis 0)" =r” 
cis nO, where n is any real number (actually any com- 
plex number). This is a powerful theorem. For exam- 
ple, if one wants to compute (1 + i)", multiplying it out 
can take a lot of time. If one converts it to polar form, 
= not equal 2 cis 45°, however, (= not equal 2 cis 45°)° 
is = not equal 32 cis 225° or —4 — 4i. 


One can use de Moivre’s theorem to compute 
roots. Since the nth root of a real or complex number 
zis z'/", the nth root of r cis @ is r'/” cis 8/n. 


It is interesting to apply this to the cube root of 1. 
Writing | as a complex number in polar form one has 1 
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KEY TERMS 


Complex number—A number composed of two 
separate parts, a real part and an imaginary part, 
joined by a + sign. 

Imaginary number—A number whose square is a 
negative number. 


cis 0°. Its cube root is 1'/* cis 0/3°, or simply 1. But 1 cis 
0° is the same number as 1 cis 360° and 1 cis 720°. 
Applying de Moivre’s theorem to these alternate 
forms yields 1 cis 120° and 1 cis 240°, which are not 
simply 1. In fact they are —1/2 + ,/+2/2iand —1/2 — 
 +3/2 iin rectangular form. 


Uses of complex numbers 


Complex numbers are needed for the fundamental 
theorem of algebra: Every polynomial equation, 
P(x) = 0, with complex coefficients has a complex 
root. For example, the polynomial equation x* + 1 = 0 
has no real roots. If one allows complex numbers, 
however, it has two: 0 + i and —1. 


Complex numbers are also used in the branch of 
mathematics known as functions of complex varia- 
bles. Such functions can often describe physical situa- 
tions, as in electrical engineering and fluid dynamics, 
which real-valued functions cannot. 
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l Composite family 


(Compositaceae) 


The composite or aster family (Asteraceae) is one 
of the largest families of plants, containing about 
20,000 species, distributed among more than 1,000 
genera, and occurring widely on all continents, except 
Antarctica. This family is commonly regarded by 
modern botanists as the most advanced of the plant 
families, because of the complex, highly evolved struc- 
ture of its multiflowered, composite reproductive 
structures. 


The members of the composite family display a 
remarkable range of growth forms, ranging from tiny 
herbaceous annual plants, to vinelike lianas, and tall, 
treelike perennials. For example, some species in the 
genus Senecio are small, annual plants, such as the 
widespread common groundsel (Senecio vulgaris). In 
contrast, the giant senecio (S. adnivalis) species found 
on a mountain in Uganda, is a perennial plant that 
grows as tall as 26 ft (8 m). 


The most species-rich genera in the aster family 
are Senecio (about 1,500 species), Vernonia (900 spe- 
cies), Hieracium (800 species), and Eupatorium (600 
species). Various members of the aster family are 
familiar species in natural habitats, while others are 
cultivated plants in gardens, and some are grown as 
foods. Some species in the aster family are considered 
to have negative values as weeds of agriculture or 
lawns. 


Characteristics of the Asteraceae 


Members of the Asteraceae are most readily char- 
acterized by their unique floral structure. The flowers 
of members of this family are aggregated within a 
composite grouping known as an_ inflorescence, 
which in this family is known as a head. In the head, 
the small, individual flowers, called florets, are 
attached to a basal structure known as a receptacle. 
The latter is surrounded by one or more rows of 
bracts, that make up the involucre. 


The heads may be present singly, or they may 
occur in various sorts of aggregated groupings. 
Typically, each head gives the visual impression of 
being a single, large flower, even though the structure 
is actually a composite of several to many, small flor- 
ets. This visual display is best developed in insect- 
pollinated species of the Asteraceae, and is ultimately 
designed to attract pollinators. 


In many cases, the individual flowers may occur as 
disk florets that have functional stamens and pistils 
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Artichokes in Salinas, California. (© 1983 Lawrence Midgale, 
National Audubon Society Collection/Photo Researchers, Inc.) 


Late goldenrod (Solidago gigantea). (© John Dudak/Phototake 
NYC.) 


but lack petals, or as ray florets that have an elongate, 
strap-shaped petal known as a ligule or ray. In some 
species, the head is entirely composed of disk florets, 
and is known as a discoid head. These occur, for 
example, in the tansies (Tanacetum spp.). In other 
species the head is entirely made up of ray florets, 
and is referred to as a ligulate head, for example, in 
the dandelions (Taraxacum spp.). 


In other species, the disk florets occur in the center 
of the head, and ray florets on the periphery, giving a 
particularly striking resemblance to a single large 
flower. The ray florets of these latter relatively com- 
plex inflorescences are commonly sterile, and are only 
designed to aid in attracting pollinating insects. One 
familiar example of this head structure is the oxeye 
daisy (Chrysanthemum leucanthemum), which has a 
central packing of bright-yellow disc florets, and a 
white fringe of long, ray florets. The oxeye daisy is 
the species of wildflower that love-struck young 
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Composite family (Compositaceae) 


people use to tell whether their adoration is returned 
by their sweetheart—the petals are picked off one by 
one, to determine whether “he/she love me, he/she 
loves me not.” 


The seeds of plants in the aster family are borne in 
dry fruits known as achenes. In many cases, these are 
small, and have a fine filamentous attachment known 
as pappus, which gives the fruits aerodynamic qual- 
ities that favor their dispersal by the wind. This can be 
illustrated by the familiar dandelion, whose fruiting 
heads develop as whitish puffs of pappus-bearing 
seeds, which eventually disintegrate and blow about 
on the wind. 


In some other cases, such as the sunflowers 
(Helianthus spp.), the seeds are encased in a relatively 
hard coat, and are dispersed only locally. The seeds of 
some other plants in the composite family are speci- 
alized to stick to the fur of mammals and are dispersed 
in this way. Two common examples of this hitchhiking 
strategy are beggar ticks (Bidens spp.) and the burdock 
(Arctium spp.). 


Horticultural species 


Many species in the aster family have very attrac- 
tive inflorescences, and some of these are commonly 
grown as ornamentals in parks and gardens. 


Many ornamental species in the aster family are 
annuals, and are used as bedding plants, in annual 
gardens, and in self-seeding gardens. Some common 
examples include the cosmos (Cosmos bipinnatus), 
sunflower (Helianthus annuus), summer chrysanthemum 
(Chrysanthemum coronarium), blanket flower (Gaillardia 
pulchella), strawflower (Helichrysum bracteatum), ice- 
plant or living-stone daisy (Mesembryanthemum criniflo- 
rum), marigolds (Tagetes patula), (T. erecta), and 
(T. tenuifolia), and zinnia (Zinnia elegans). 


A few horticultural species are biennials, or spe- 
cies that can complete their life cycle in two years. Two 
examples are the daisy (Bellis perennis) and oxeye 
daisy (Chrysanthemum leucanthemum). 


Many other horticultural species in the composite 
family are longer-lived herbaceous perennials, and can 
be used in perennial gardens. Some common examples 
include various species of asters (Aster spp., such as 
New England aster, A. novae-angliae), black-eyed 
Susan (Rudbeckia hirta), shasta daisy (Chrysanthemum 
maximum), hemp agrimony (Eupatorium purpureum), 
Scotch thistle (Onopordum acanthium and O. arabicum), 
yarrow (Achillea spp., such as A. filipendulina), yellow 
chamomile (Anthemis tinctoria), knapweed (Centaurea 
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montana), blanket flower (Gaillardia aristata), and 
goldenrods (Solidago spp., such as Canada goldenrod, 
S. canadensis). 


Wormwoods (Artemisia spp.) have rather unat- 
tractive, greenish inflorescences, but are commonly 
cultivated for their attractive foliage. 


Agricultural species of composites 


A few species of composites have been domesti- 
cated for agricultural purposes. The cultivated sun- 
flower (Helianthus annuus) is an annual plant native 
to Mexico and South America that is widely grown for 
its seeds, which are eaten roasted or raw. Sunflower 
seeds contain about 40-50% oil, which can be 
extracted as a fine edible oil, the remaining cake 
being used as animal fodder. This sunflower grows as 
tall as 11.5 feet (3.5 m), and can have enormous flow- 
ering heads, up to 14 inches (35 cm) in diameter. The 
long ray florets make this sunflower very attractive, 
and it is often grown as an ornamental. Safflower 
(Carthamus tinctorius) is another species sometimes 
grown as a source of edible oil. 


The Jerusalem artichoke (Helianthus tuberosus) is 
a perennial sunflower, native to the prairies of North 
America. The Jerusalem artichoke has underground 
rhizomes, on which grow starchy and nutritious 
tubers. The tubers can be eaten as a vegetable, or 
processed into alcohol. 


The globe artichoke (Cynara scolymus) is another 
perennial composite, originally from the Mediterranean 
region. The preflowering heads of this species are cut 
off before they begin to expand. These are boiled 
or steamed, and the thick, fleshy material of the invo- 
lucral leaves of the receptacle (that is, the base of the 
flowering structure) are eaten, commonly by peeling 
them between the teeth. The fleshy interior of the 
receptacle itself, known as the artichoke heart, is also 
eaten. 


The lettuce, or cabbage lettuce (Lactuca sativa) 
originated in southern Europe, and is grown for its 
greens, which are mostly used in salads, or as a green 
decoration for other foods. 


Chicory (Cichorium intybus) is grown for its roots, 
which can be roasted and used as a substitute for 
coffee. A leafy variety of chicory is used as a salad 
green. Endive (Cichorium endivia) is a related species, 
also used as a salad green. These plants are originally 
from western Europe. Species of dandelions are also 
used as salad greens, for example, the common dande- 
lion (Taraxacum officinalis). 
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Other useful species of composites 


Several species of composites have minor uses in 
medicine. Chamomile (Anthemis nobilis) is an annual 
European species that is collected and dried, then 
brewed into an aromatic tea that has a calming effect. 
The dried leaves and flowers of common wormwood 
(Artemisia absinthium) of Europe are used to make a 
tonic known as bitters, while the flower buds are used 
to flavor vermouth. The seeds of the wormwoods 
Artemisia cina and A. maritima, species native to the 
steppes of central Asia, are given as a treatment 
against several types of intestinal parasites. 


Some other species in the aster family have been 
erroneously ascribed medicinal qualities. This occurred 
as a result of a theory of medicine that was developed 
during the Middle Ages, known as the “Doctrine of 
Signatures.” According to this ideology, the potential 
medicinal usefulness of plants was revealed through 
some sort of sign, such as a similarity between their 
shape, and that of a part of the human anatomy. In the 
case of the herbaceous plant known as _boneset 
(Eupatorium perfoliatum), the leaves are arranged oppo- 
site each other on the stem, and they lack a petiole, and 
are fully joined to each other by a band of leafy tissue 
that broadly clasps the stem. This unusual growth form, 
or signature, was interpreted by herbalists to suggest that 
boneset must have therapeutic properties in helping bro- 
ken bones to heal. As a result, boneset was spread as a 
moist poultice over a broken bone, which was then 
encased within a bandage, plaster, or splint. 


Several species of chrysanthemums are used to man- 
ufacture an organic insecticide known as pyrethrum. 
Chrysanthemum roseum, C. coccinium, and C. cinerar- 
iaefolium of southern regions of Asia have been widely 
cultivated for the production of these chemicals. 
Sometimes, living chrysanthemums are cultivated 
with other plants in gardens, in order to deter some 
types of herbivorous insects. 


The latex of the rubber dandelion (Taraxacum 
bicorne) contain 8-10% rubber latex, and is poten- 
tially useful for the commercial production of rubber. 


Composites as weeds 


Some members of the aster family have become 
regarded as important weeds. In many cases, these are 
aesthetic plants, because they occur abundantly in pla- 
ces where people, for whatever reason, do not want to 
see these plants. For example, the common dandelion 
(Taraxacum officinale), originally from Europe but 
now widely distributed in North America and else- 
where, is often regarded to be a weed of lawns and 
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landscapes. This is largely because many people only 
want to see certain species of grasses in their lawns, so 
that any dicotyledonous plants, such as dandelions, are 
considered weeds. As a result, many people put a great 
deal of time and effort into manually digging dande- 
lions out of their lawns, or they may use an herbicide 
such as 2,4-D to rid themselves of these weeds. 


Interestingly, many other people consider the 
spectacular yellow displays that dandelion flowers 
can develop in springtime lawns and pastures to be 
very pleasing. Dandelions are also favored by some 
people as a food, especially the fresh leaves that are 
collected in the early springtime. Clearly, the judging a 
plant as an aesthetic weed is a matter of perspective 
and context. 


A few aster species, however, are weeds for some- 
what more important reasons. Some, such as the rag- 
wort or stinking-Willie (Senecio jacobea,) are 
poisonous to livestock because its leaves contain 
toxic alkaloids. Ragweed’s natural range is Eurasia, 
but it has become an important weed in pastures in 
parts of North America and elsewhere, possibly hav- 
ing been introduced as an ornamental plant. Recently, 
several insect species that are herbivores of ragweed in 
its native habitat have been introduced to some of its 
invasive range, and these show promise as agents of 
biological control of this important pest. 


Some other species in the aster family are impor- 
tant weeds of pastures because they are very spiny, and 
livestock cannot eat them. These inedible plants can 
become abundant, displacing valuable forage species. 
North American examples include various thistles 
introduced from Europe, such as bull thistle (Cirsium 
vulgare), field thistle (C. arvense), nodding thistle 
(Carduus nutans), and Scotch thistle (Onopordum 
acanthium). 


Some species in the aster family attach their seeds 
to animals’ fur for dispersal. Animals with large num- 
bers of these seeds in their fur can become very irri- 
tated by the matting, and they may scratch themselves 
so much that wounds develop, with a risk of infection. 
Examples of weeds that stick to animals (and to the 
clothing of humans) include the beggar-ticks (for 
example, Bidens frondosa), and several introduced spe- 
cies known as burdock (for example, the greater bur- 
dock, Arctium lappa). Interestingly, the finely hooked 
bristles of the globular fruits of burdock were the 
inspiration for the development of the well-known 
fastening material known as velcro. 


The several species that are known as ragweed 
(Ambrosia artemesiifolia and A. trifida) are the major 
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KEY TERMS 


Achene—A dry indehiscent one-seeded fruit, with 
the outer layer fused to the seed. 


Bract—A small scale modified leaf that is associ- 
ated with a flower or inflorescence. 


Floret—A small flower, often with some reduced or 
missing parts. Florets are generally arranged within 
a dense cluster. 


Head—A dense cluster of flowers attached to a 
common receptacle. This is the characteristic 
arrangement of the flowers of members of the 
aster family. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Pappus—A distinctive tissue of members of the 
aster family, attaching to the top of the achene, 
and resembling small scales or fine hairs, some- 
times intricately branched to achieve aerodynamic 
buoyancy. The pappus is derived from modified 
tissues of the calyx. 


Receptacle—The enlarged tip of a peduncle where 
the parts of a flower are attached. Four distinct 
whorls of modified leaves, the sepals, petals, sta- 
mens, and carpels make up the parts of the flower. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


causes of hay fever during the summer and early 
autumn. The ragweeds are wind pollinated, and to 
achieve this function they shed large quantities of 
tiny spiny-surfaced pollen grains to the wind. Many 
people have an allergy to ragweed pollen, and may 
suffer greatly from hay fever caused by ragweeds. 


Interestingly, at about the same time that rag- 
weeds shed their abundant pollen to the air, some 
other more conspicuous species in the aster family 
are also flowering prolifically. For example, pastures, 
fields, and other habitats may develop spectacular 
shows of yellow goldenrods (Solidago spp.) and 
white, blue, or purple asters (Aster spp.) at that time 
of year. Because people notice these brightly colored 
plants, but not the relatively small and drab ragweeds, 
the asters and goldenrods are commonly blamed for 
hay fever. For this reason, fields of these attractive 
plants may be mowed or herbicided to deal with this 
perceived problem. However, the asters and golden- 
rods are insect-pollinated, and they do not shed their 
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pollen to the wind. Therefore, these plants are not the 
cause of hay fever—they are merely implicated by 
their association in time with the guilty but inconspic- 
uous ragweed. Indeed, even people who suffer badly 
from hay fever often do not recognize the rather plain 
green unobtrusive-looking ragweeds as the cause of 
their allergies. 
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tl Composite materials 


Composite materials, or shortened to composites, 
are microscopic or macroscopic combinations of two 
or more distinct engineered materials (those with dif- 
ferent physical and/or chemical properties) with a rec- 
ognizable interface between them in the finished 
product. For structural applications, the definition 
can be restricted to include those materials that consist 
of a reinforcing phase such as fibers or particles sup- 
ported by a binder or matrix phase. Wood composites 
are commonly seen examples of composite materials. 


Other features of composites include the follow- 
ing: (1) The distribution of materials in the composite 
is controlled by mechanical means. (2) The term com- 
posite is usually reserved for materials in which dis- 
tinct phases are separated on a scale larger than 
atomic, and in which the composite’s mechanical 
properties are significantly altered from those of the 
constituent components. (3) The composite can be 
regarded as a combination of two or more materials 
that are used in combination to rectify a weakness in 
one material by a strength in another. (4) A recently 
developed concept of composites is that the composite 
should not only be a combination of two materials, 
but the combination should have its own distinctive 
properties. In terms of strength, heat resistance, or 
some other desired characteristic, the composite must 
be better than either component alone. 
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Composites were developed because no single, 
homogeneous structural material could be found that 
had all of the desired characteristics for a given appli- 
cation. Fiber-reinforced composites were first devel- 
oped to replace aluminum alloys, which provide high 
strength and fairly high stiffness at low weight but are 
subject to corrosion and fatigue. 


An example of a composite material is a glass- 
reinforced plastic fishing rod in which glass fibers are 
placed in an epoxy matrix. Fine individual glass fibers 
are characterized by their high tensile stiffnesses and 
very high tensile strengths, but because of their small 
diameters, have very small bending stiffnesses. If the 
rod were made only of epoxy plastic, it would have 
good bending stiffness, but poor tensile properties. 
When the fibers are placed in the epoxy plastic, how- 
ever, the resultant structure has high tensile stiffness, 
high tensile strength, and high bending stiffness. 


The discontinuous filler phase in a composite is 
usually stiffer or stronger than the binder phase. There 
must be a substantial volume fraction of the reinforc- 
ing phase (about 10%) present to provide reinforce- 
ment. Examples do exist, however, of composites 
where the discontinuous phase is more compliant 
and ductile than the matrix. 


Natural composites include wood and _ bone. 
Wood is a composite of cellulose and lignin. 
Cellulose fibers are strong in tension and are flexible. 
Lignin cements these fibers together to make them 
stiff. Bone is a composite of strong but soft collagen 
(a protein) and hard but brittle apatite (a mineral). 


Particle-reinforced composites 


A particle has no long dimension. Particle com- 
posites consist of particles of one material dispersed in 
a matrix of a second material. Particles may have any 
shape or size, but are generally spherical, ellipsoidal, 
polyhedral, or irregular in shape. They may be added 
to a liquid matrix that later solidifies; grown in place 
by a reaction such as age-hardening; or they may be 
pressed together and then interdiffused via a powder 
process. The particles may be treated to be made com- 
patible with the matrix, or they may be incorporated 
without such treatment. Particles are most often used 
to extend the strength or other properties of inexpen- 
sive materials by the addition of other materials. 


Fiber-reinforced composites 


A fiber has one long dimension. Fiber-reinforced 
materials are typified by fiberglass in which there are 
three components: glass filaments (for mechanical 
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strength), a polymer matrix (to encapsulate the fila- 
ments); and a bonding agent (to bind the glass to the 
polymer). Other fibers include metal, ceramics, and 
polymers. The fibers can be used as continuous 
lengths, in staple-fiber form, or as whiskers (short, 
fine, perfect, or nearly perfect single crystals). Fiber- 
reinforcement depends as much on fabrication proce- 
dure as on materials. 


Laminar composites 


Platelets or lamina have two long dimensions. 
Laminar composites include plywood, which is a lami- 
nated composite of thin layers of wood in which suc- 
cessive layers have different grain or fiber orientations. 
The result is a more-or-less isotropic composite sheet 
that is weaker in any direction than it would be if the 
fibers were all aligned in one direction. The stainless 
steel in a cooking vessel with a copper-clad bottom 
provides corrosion resistance while the copper pro- 
vides better heat distribution over the base of the 
vessel. 


Mechanical properties 


The mechanical properties of composite materials 
usually depend on structure. Thus these properties 
typically depend on the shape of inhomogenities, the 
volume fraction occupied by inhomogenities, and the 
interfaces between the components. The strength of 
composites depends on such factors as the brittleness 
or ductility of the inclusions and matrix. 


For example, failure mechanisms in fiber-filled 
composites include fracture of the fibers; shear failure 
of the matrix along the fibers; fracture of the matrix in 
tension normal to the fibers or failure of the fiber- 
matrix interface. The mechanism responsible for fail- 
ure depends on the angle between the fibers and the 
specimen’s axis. 


If a mechanical property depends on the compo- 
site material’s orientation, the property is said to be 
anisotropic. Anisotropic composites provide greater 
strength and stiffness than do isotropic materials. 
However, the material properties in one direction are 
gained at the expense of the properties in other direc- 
tions. For example, silica fibers in a pure aluminum 
matrix produce a composite with a tensile strength of 
about 110,000 psi (pounds per square inch) along the 
fiber direction, but a tensile strength of only about 
14,000 psi at right angles to the fiber axis. It therefore 
only makes sense to use anisotropic materials if the 
direction that they will be stressed is known in 
advance. 
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Composite materials 


Isotropic material are materials properties inde- 
pendent of orientation. Stiff platelet inclusions are the 
most effective in creating a stiff composite, followed 
by fibers, and then by spherical particles. 


High performance composites 


High performance composites are composites that 
have better performance than conventional structural 
materials such as steel and aluminum alloys. They are 
almost all continuous fiber-reinforced composites, 
with organic (resin) matrices. 


Fibers for high performance composites 


In a high-performance, continuous fiber-reinforced 
composite, fibers provide virtually all of the load- 
carrying characteristics of the composite; i.e., strength 
and stiffness. The fibers, within such a composite, 
form bundles, or filaments. Consequently, even if sev- 
eral fibers break, the load is redistributed to other 
fibers, which avoids a catastrophic failure. 


Glass fibers are used for nonstructural, low- 
performance applications such as panels in aircraft 
and appliances to high-performance applications such 
as rocket-motor cases and pressure vessels. However, 
the sensitivity of the glass fiber to attack by moisture 
poses problems for other applications. The most com- 
monly used glass fiber is a calcium aluminoborosilicate 
glass (E-glass). High silica and quartz fibers are also 
used for specialized applications. 


Carbon fibers are the best known and most widely 
used reinforcing fiber in advanced composites. The 
earliest carbon fibers were produced by thermal 
decomposition of rayon precursor materials. The 
starting material is now polyacrylonitrile. 


Aramid fibers are aromatic polyamide fibers. The 
aramid fiber is technically a thermoplastic polymer 
like nylon, but it decomposes when heated before it 
reaches its projected melting point. When polymer- 
ized, it forms rigid, rodlike molecules that cannot be 
spun from a melt. Instead they have to be spun from a 
liquid crystalline solution. Early applications of ara- 
mid fibers included filament-wound motor cases, and 
gas pressure vessels. Aramid fibers have lower com- 
pressive strengths than do carbon fibers, but their high 
specific strengths, low densities, and toughness keep 
them in demand. 


Boron fibers were the first high-performance rein- 
forcement available for use in advance composites. 
They are, however, more expensive and less attractive 
for their mechanical properties than carbon fibers. 
Boron filaments are made by the decomposition of 
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boron halides on a hot tungsten wire. Composites 
can also be made from whiskers dispersed in an appro- 
priate matrix. 


Continuous silicon carbide fibers are used for 
large-diameter monofilaments and fine multifilament 
yarns. Silicon carbide fibers are inherently more eco- 
nomical than boron fibers, and the properties of sili- 
con carbide fibers are generally as good or better than 
those of boron. 


Aluminum oxide (alumina) fibers are produced by 
dry spinning from various solutions. They are coated 
with silica to improve their contact properties with 
molten metal. 


There is usually a size effect associated with strong 
filaments. Their strengths decrease as their diameter 
increases. It turns out that very high strength materials 
have diameters of about | micrometer. They are con- 
sequently not easy to handle. 


Matrices for high performance composites 


The matrix binds fibers together by virtue of its 
cohesive and adhesive characteristics. Its purpose is to 
transfer load to and between fibers, and to protect the 
fibers from hostile environments and handling. The 
matrix is the weak link in the composite, so when the 
composite experiences loading, the matrix may crack, 
debond from the fiber surface, or break down under far 
lower strains than are usually desired. However, matri- 
ces keep the reinforcing fibers in their proper orienta- 
tion and position so that they can carry loads, distribute 
loads evenly among fibers, and provide resistance to 
crack propagation and damage. Limitations in the 
matrix generally determine the overall service temper- 
ature limitations of the composite. 


Polyester and vinyl esterresins are the most widely 
used matrix materials in high performance continu- 
ous-fiber composites. They are used for chemically 
resistant piping and reactors, truck cabs and bodies, 
appliances, bathtubs and showers, automobile hoods, 
decks, and doors. These matrices are usually rein- 
forced with glass fibers, as it has been difficult to 
adhere the matrix suitably to carbon and aramid 
fibers. Epoxies and other resins, though more expen- 
sive, find applications as replacements for polyester 
and vinyl ester resins in high performance sporting 
goods, piping for chemical processing plants, and 
printed circuit boards. 


Epoxy resins are used more than all other matrices 
in advanced composite materials for structural aero- 
space applications. Epoxies are generally superior to 
polyesters in their resistance to moisture and other 
environmental influences. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Bismaleimide resins, like epoxies, are fairly easy to 
handle, relatively easily processed, and have excellent 
composite properties. They are able to withstand 
greater fluctuations in hot/wet conditions than are 
epoxies, but they have worse failure characteristics. 


Polyimide resins release volatiles during curing, 
which produces voids in the resulting composite. 
However, these resins do withstand even greater hot/ 
wet temperature extremes than bismaleimide matrices, 
and work has been underway to minimize the void 
problem. 


The thermoplastic resins used as composite matri- 
ces such as polyether etherketone, polyphenylene sul- 
fide, and polyetherimide are very different from the 
commodity thermoplastics such as polyethylene and 
polyvinyl chloride. Although used in limited quanti- 
ties, they are attractive for applications requiring 
improved hot/wet properties and impact resistance. 


Other composites 


In addition to the examples already given, examples 
of composites materials also include: (1) Reinforced 
and pre-stressed concrete, which is a composite of steel 
and concrete. Concrete is itself a composite of rocks 
(coarse aggregate), sand (fine aggregate), hydrated 
Portland cement, and usually, voids. (2) Cutters for 
machining made of fine particles of tungsten carbide, 
which is extremely hard, are mixed with about 6% 
cobalt powder and sintered at high temperatures. (3) 
Ordinary grinding wheels, which are composites of 
an abrasive with a binder that may be plastic or 
metallic. (4) Walls for housing, which have been 
made of thin aluminum sheets epoxied to polyur- 
ethane foam. The foam provides excellent thermal 
insulation. This composite has a higher structural 
rigidity than aluminum sheets or polyurethane foam 
alone. The polyurethane foam is itself a composite of 
air and polyurethane. (5) Underground electrical 
cables composed of sodium metal enclosed in poly- 
ethylene. (6) Superconducting ribbons made of 
Nb3Sn deposited on copper. (7) Synthetic hard super- 
conductors made by forcing liquid lead under pres- 
sure into porous glass fibers. (8) Microelectronic 
circuits made from silicon, which are oxidized to 
form an insulating layer of SiO. This insulating 
layer is etched away with hydrofluoric acid, and 
phosphorous is diffused into the silicon to make a 
junction. Aluminum or another metal can be intro- 
duced as a microconductor between points. The 
microelectronic circuit is thus a tailored composite. 
(9) Ceramic fiber composites including graphite or 
pyrolytic carbon reinforced with graphite fibers; and 
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KEY TERMS 


Fiber—In terms of composite fillers, a fiber is a filler 
with one long dimension. More specifically, a fiber 
is a complex morphological unit with an extremely 
high ratio of length to diameter (typically several 
hundred to one) and a relatively high tenacity. 


Lamina (platelet)—In terms of composite fillers, a 
lamina is a filler with two long dimensions. 


Matrix—The part of the composite that binds the filler 
by virtue of its cohesive and adhesive characteristics. 


Particle—In terms of composite fillers, a particle is 
a filler with no long dimension. Particles may have 
any shape or size, but are generally spherical, ellip- 
soidal, polyhedral, or irregular in shape. 


borosilicate glass lithium aluminum silicate glass 
ceramics reinforced with silicon carbide fibers. It was 
possible to drive a tungsten carbide spike through such 
a composition without secondary cracking in much the 
same way that a nail can be driven through wood. 
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! Composting 


Composting is the process of arranging and 
manipulating organic wastes so that they are gradually 
broken down, or decomposed, by soil microorganisms 
and animals. The resulting product is a black, earthy- 
smelling, nutritious, mixture called compost or humus. 
Compost is usually mixed with other soil to improve 
the soil’s structural quality and to add nutrients for 
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Composting 


Backyard composting. This system includes a 16-cubic-foot (0.5 cubic meter) composting bin made from chicken wire 
and plywood, a soil screen made from 1/2 inch galvanized mesh wire and 1x6 boards, a wheelbarrow, and a digging 
fork. The system produces about 10 cubic feet (0.3 cubic meters) of compost per year. (Robert J. Huffman. Field Mark 
Publications.) 


plant growth. Composting and the use of compost in 
gardening are important activities of gardeners who 
prefer not to use synthetic fertilizers. 


Composting is a natural process. In the natural 
world, organic (carbon-containing material) decom- 
poses. The organic and inorganic constituents of the 
former plant or animal body become available in soil 
for plants to take up again. Composting takes advant- 
age of this natural process of decomposition, usually 
speeding up the process, by the creation of a special 
pile of organic materials called a compost heap. 


The major benefit of compost is its organic con- 
tent. Humus added to soil changes its structure, its 
ability to hold oxygen and water, and its capacity to 
adsorb certain nutrient ions. It improves soils that are 
too sandy to hold water or contain too much clay 
to allow oxygen to penetrate. Compost also adds 
some mineral nutrients to the soil. Depending on the 
organic material of the compost and microorganisms 
present, it can also balance the pH of an acidic or 
alkaline soil. 
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Prehistoric farming people discovered that if they 
mixed manure from their domesticated animals with 
straw and other organic waste, such as crop residues, 
the mixture would gradually change into a fertile soil- 
like material that was good for crops. Composting 
remained a basic activity of farming until the twentieth 
century, when various synthetic fertilizers were found 
to provide many of the nutrients occurring naturally in 
compost. 


The steadily increasing population of the world 
demands increasing quantities of food. To increase 
productivity, many farmers have come to depend on 
synthetic fertilizers made in factories from nonrenew- 
able resources. However, regular use of these fertil- 
izers does not improve the structure of the soil, and 
can, in fact, gradually harm the soil. Also, synthetic 
fertilizers are expensive, an important consideration to 
farmers in less developed countries. 


It was in an underdeveloped country—India— 
that modern-day composting originated. Sir Albert 
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Howard, a government agronomist, developed the so- 
called Indore method, named after a city in southern 
India. His method calls for three parts garden clip- 
pings to one part manure or kitchen waste arranged in 
layers and mixed periodically. Howard published his 
ideas on organic gardening in the 1940 book An 
Agricultural Testament. 


The first articulate advocate of Howard’s method 
in the United States was J.I. Rodale (1898-1971), 
founder of Organic Gardening magazine. These two 
men made composting popular with gardeners who 
prefer not to use synthetic fertilizers. 


People are attracted to composting for a variety of 
reasons. Many wish to improve their soil or help the 
environment. Compost mixed with soil makes it darker, 
allowing it to warm up faster in the spring. Compost 
adds numerous naturally occurring nutrients to the soil. 
It improves soil quality by making the structure gran- 
ular, so that oxygen 1s retained between the granules. In 
addition, compost holds moisture. This is good for 
plants, of course, but it is also good for the environment 
because it produces a soil into which rain easily soaks. 
When water cannot soak directly into soil, it runs across 
the surface, carrying away soil granules and thus erod- 
ing the soil. In addition, the use of compost limits the 
use of natural gas, petrochemicals, and other nonre- 
newable resources that are used in making synthetic 
fertilizers. Composting also recycles organic materials 
that might otherwise be sent to landfills. 


Despite its many benefits, making and using com- 
post does have its disadvantages. Composting releases 
methane, a greenhouse gas which traps solar heat in 
Earth’s atmosphere and may contribute to global 
warming. The kitchen wastes and warmth of compost 
heaps may attract pests such mice, rats, and raccoons. 


Composting on any scale 


Composting can be done by anyone. A homeowner 
can use a small composting bin or a hole where kitchen 
wastes (often minus meats and fats, which can create 
objectionable odors) are mixed with grass clippings, 
small branches, shredded newspapers, or other coarse, 
organic debris. 


Communities may have large composting facilities 
to which residents bring grass, leaves, and branches to 
be composted. Such communities often have laws 
against burning garden waste and use composting as 
an alternative to disposal in a landfill. Sometimes sew- 
age sludge, the semisolid material from sewage treat- 
ment plants, is added. The heat generated in the heap 
kills any disease-causing bacteria in the sludge. The 
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materials are usually arranged in long rows, called 
windrows, which may be covered by roofs. The result- 
ing humus is used to condition soil on golf courses, 
parks, and other municipal grounds. 


The largest scale of composting is done commer- 
cially by companies that collect organic materials, 
including paper, from companies and private citizens. 
Commercial composting is usually mechanized, using 
large machines called composters. Raw solid waste is 
loaded onto a slow-moving belt, then is dumped into a 
device which turns the waste, and compost comes out 
the other end within a few days or weeks. This in-vessel 
or container process allows careful control of moisture 
and air. Some communities are looking toward such 
mechanized digesters as a way of helping to solve the 
municipal solid waste problem as more and more land- 
fills close in the future. 


Materials to compost 


Most organic materials can be used in a compost 
heap. Meat is often omitted because it can putrefy, 
giving off bad odors. It can also attract rats and other 
pests. Soil or finished humus is added to supply the 
microorganisms needed to make the heap work. To 
work most efficiently, the materials are layered, with 
woody materials, grasses, kitchen waste, and soil alter- 
nating. Farmyard or zoo manure mixed with straw 
makes an excellent addition to compost. However, 
feces from household pets may carry diseases. 


A ratio of approximately 25 parts carbon to | part 
nitrogen should be available in the compost heap. If the 
ratio is quite different, ammonia smells can be given off, 
or the process may not work efficiently. Chopped-up 
tree branches, fallen leaves, and sawdust are good sour- 
ces of carbon. Alfalfa is a good nitrogen source. 


How it works 


A compost heap needs to have both water and 
oxygen to work efficiently. In dry weather it may 
need to be watered. More importantly, however, the 
compost heap must be turned regularly. The more 
often it is turned, the more the compost materials are 
exposed to oxygen, which raises their temperature and 
increases the efficiency of the process. 


Microbiological, chemical, and physical processes 
occur during composting. Microorganisms break 
down the carbon bonds of organic materials in the 
presence of oxygen and moisture, giving off heat in 
the process. 


High temperatures can be achieved most easily in 
a compost heap that is built all at once and tended 
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regularly. Enclosed bins, often used by city gardeners, 
may produce humus within a month. An open heap, 
such as in the back corner of a garden, will probably 
achieve lower temperatures, but it will still eventually 
decompose. However, a year or more may be required 
to produce humus, and it will contain some undecom- 
posed materials. In northern winters, the composting 
process will slow down and almost stop except at the 
core of a large, well-arranged heap. 


The byproducts of composting can also be used. 
Some composters run water pipes through their com- 
post heaps and utilize the heat generated to warm 
greenhouses and even houses. The methane given off 
can also be collected and used as a fuel called biogas 
for cooking. 


The most heat is given off at the beginning of 
the composting process, when readily oxidized mate- 
rial is decomposing. Digestion of the materials by bac- 
teria is strongest at that time. Later, the temperature 
within the pile decreases, and the bacterial activity 
slows down, though it continues until all the waste is 
digested. Other microorganisms take over as the heap 
cools. 


The degradative action of microorganisms such as 
bacteria, protozoa, fungi, and actinomycetes (the lat- 
ter resemble both bacteria and fungi) change the 
chemistry of the compost. They produce enzymes 
that digest the organic material. Bacteria are most 
important initially and fungi later. If the pile is not 
turned regularly, the decomposition will be anaerobic 
and produce foul-smelling odors. By turning the pile, a 
gardener creates conditions for aerobic decomposi- 
tion, which does not produce odors. 


Some organisms work on the compost pile physi- 
cally instead of chemically. They tend to arrive only after 
the pile has cooled to normal air temperature. These 
organisms include mites, millipedes, sowbugs and pill- 
bugs (isopods), snails and slugs, springtails, and beetles. 
Finally, the worms—nematodes, flatworms, and earth- 
worms—do their part. These animals eat and digest the 
organic materials, adding their nutrient-filled excrement 
to the humus. In addition, they give off substances that 
bind the material in granules or clumps. The movement 
of these animals, especially earthworms, through the 
material helps to aerate it. 


During the composting process, the material oxi- 
dizes, breaking down into proteins and carbohydrates. 
The proteins break down into peptides and amino 
acids, then into ammonium compounds. These com- 
pounds are changed by certain bacteria into nitrates, 
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KEY TERMS 


Aerobic—Requiring or in the presence of oxygen. 


Anaerobic—Describes biological processes that 
take place in the absence of oxygen. 


Decomposition—The breakdown of the complex 
molecules composing dead organisms into simple 
nutrients that can be reutilized by living organisms. 


Microorganism—Any living thing that can only be 
seen through a microscope. 


Nutrient—Any substance required by a plant or 
animal for energy and growth. 


Organic—Made of or requiring the materials of 
living things. In pure chemistry, organic refers to 
compounds that include carbon. 


Vermicomposting—Using the digestive processes 
of worms to compost organic materials. 


a form of nitrogen that can be used by plants to make 
chlorophyll and essential proteins. The carbohydrates 
break down into simple sugars, organic acids, and 
carbon dioxide. 


Nutrients in humus enter plant tissues by a proc- 
ess called base exchange. In this process, hydrogen 
ions in the fine root hairs of plants are exchanged for 
the nutrient ions in the soil moisture. The nutrients are 
then free to move up into the plant. 


Some composters use a somewhat different form 
of composting, especially during winter. Called vermi- 
composting, it consists of maintaining worms (pref- 
erably redworms, or Eisenia foetida) in a container 
filled with a plant-based material (such as shredded 
corrugated paper, manure, or peat moss) that they 
gradually consume. 


Kitchen waste is pushed into the soil and digested 
by the worms. Their excrement, called castings, along 
with partially decomposed waste, can be “harvested” in 
about four months and used as a nutrient-laden addi- 
tion to soil. Worm castings are even more nutrient-filled 
than garden compost. 


Resources 


BOOKS 


Ebeling, Erich. Basic Composting: All the Skills and Tools 
You Need to get Started. Mechanicsburg, PA: Stackpole 
Books, 2003. 
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Echo Library, 2006. 


Jean F. Blashfield 


l Compound, chemical 


A compound is a substance composed of two or 
more elements chemically combined with each other. 
Historically, the distinction between compounds and 
mixtures was often unclear. Today, however, the two 
can be distinguished from each other on the basis of 
three primary criteria: First, compounds have con- 
stant and definite compositions, while mixtures may 
exist in virtually any proportion. A sample of water 
always consists of 88.9% oxygen and 11.1% hydrogen 
by weight. However, a mixture of hydrogen and oxy- 
gen gases can have any composition whatsoever. 


Second, the elements that make up a compound 
lose their characteristic elemental properties when 
they become part of the compound, while the elements 
that make up a mixture retain those properties. In a 
mixture of iron and sulfur, for example, black iron 
granules and yellow sulfur crystals can often be recog- 
nized. Also, the iron can be extracted from the mixture 
by means of a magnet, or the sulfur can be dissolved 
out with carbon disulfide. In a compound called 
iron(II) sulfide, however, both iron and sulfur lose 
these properties. 


Third, the formation of a compound is typically 
accompanied by light and heat, while no observable 
change is detectable in the making of a mixture. A mix- 
ture of iron and sulfur can be made simply by stirring the 
two elements together. But the compound iron(II) sulfide 
is produced only when the two elements are heated. 
Then, as they combine, they give off a glow. 


Nonchemical definitions 


The term compound is often used in fields of 
science other than chemistry as either an adjective or 
verb. For example, medical workers may talk about a 
compound fracture in referring to a broken bone that 
has cut through the flesh. Biologists use a compound 
microscope—one that has more than one lens. 
Pharmacologists may speak of compounding a drug, 
that is, putting together the components of that 
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A mixture versus a compound. (Argosy. The Gale Group.) 
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Compound, chemical 


medication. Finally, a compounded drug is often one 
that is covered by a patent. 


History 


Prior to the 1800s, the term compound had rela- 
tively little precise meaning. When used, it was often 
unclear whether the reference was to what scientists now 
call a mixture or to what is now known as a compound. 
During the nineteenth century, the debate about the 
meaning of the word intensified, and it became one of 
the key questions in the young science of chemistry. 


A critical aspect of this debate focused on the issue 
of constant composition. The issue was whether all 
compounds always had the same composition, or 
whether their composition could vary. The primary 
spokesman for the latter position was the French 
chemist Claude Louis Berthollet. Berthollet pointed 
to a considerable body of evidence that suggested a 
variable composition for compounds. For example, 
when some metals are heated, they form oxides that 
appear to have a regularly changing percentage com- 
position. The longer they are heated, the higher the 
percentage of oxygen found in the oxide. Berthollet 
also mentioned alloys and amalgams as examples of 
substances with varying composition. 


Berthollet’s principal opponent in this debate was 
his countryman Joseph Louis Proust, who argued that 
Dalton’s atomic theory required compounds to have a 
constant composition, a position advanced by Dalton 
himself. Proust set out to counter each of the arguments 
set forth by Berthollet. In the case of metal oxides, for 
example, Proust was able to show that metals often 
form more than one oxide. As copper metal is heated, 
for example, it first forms copper(I) or cuprous oxide 
and then, copper(IJ) or cupric oxide. At any one time, 
then, an experimenter would be able to detect some 
mixture of the two oxides varying from pure copper(I) 
oxide to pure copper(II) oxide. However, each of the 
two oxides itself, Proust argued, has a set and constant 
composition. 


Working in Proust’s favor was an argument that 
nearly everyone was willing to acknowledge, namely 
that quantitative techniques had not yet been devel- 
oped very highly in chemistry. Thus, it could be argued 
that what appeared to be variations in chemical com- 
position were really nothing other than natural varia- 
bility in results coming about as a result of imprecise 
techniques. 


Proust remained puzzled by some of Berthollet’s 
evidence, including the problem of alloys and amal- 
gams. At the time, he had no way of knowing that such 
materials are not compounds but were, in fact, 
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mixtures. These remaining problems notwithstanding, 
Proust’s arguments eventually won the day and by the 
end of the century, the constant composition of com- 
pounds was universally accepted in chemistry. 


Early theories of compounds 


It is difficult for a reader in the twenty-first cen- 
tury to appreciate the challenge facing a chemist in 
1850 trying to understand the nature of a compound. 
Today it is clear that atoms of elements combine with 
each other to form, in many cases, molecules of a 
compound. Even the beginning chemistry student 
can express this concept with facility by using symbols 
and formulas, as in the formation of iron(II) sulfide 
from its elements: 


Fe + S— FeS. 


The chemist of 1850 was just barely comfortable 
with the idea of an atom and had not yet heard of the 
concept of a molecule. Moreover, the connection 
between ultimate particles (such as atoms and mole- 
cules) and materials encountered in the everyday work 
of a laboratory was not at all clear. As a result, early 
theories about the nature of compounds were based on 
empirical data (information collected from experi- 
ments), not from theoretical speculation about the 
behavior of atoms. 


One of the earliest theories of compounds was that 
of the Swedish chemist Jons Jacob Berzelius, who 
argued that all compounds consist of two parts, one 
charged positively and one negatively. The theory was 
at least partially based on Berzelius’s own studies of 
electrolysis, in which compounds would often be bro- 
ken apart into two pieces by the passage of an elec- 
trical current. Thus he pictured salts as being 
composed of a positively charged metal oxide and a 
negatively charged nonmetallic oxide. According this 
theory, sodium sulfate, Na2SO, could be represented 
as Na,O « SO3. 


Other theories followed, many of them developed 
in an effort to explain the rapidly growing number of 
organic compounds being discovered and studied. 
According to the radical theory, for example, com- 
pounds were viewed as consisting of two parts, one 
of which was one of a few standard radicals, or groups 
of atoms. Organic compounds were explained as being 
derived from the methyl, ethyl, benzyl, cyanogen, or 
some other radical. 


The type theory, proposed by Charles Gerhardt in 
the 1840s, said that compounds could be understood 
as derivatives of one or more basic types, such as water 
or ammonia. According to this theory, bases such as 
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sodium hydroxide (NaOH) were thought to be deriv- 
atives of water (HOH) in which one hydrogen atom is 
replaced by a metal. 


Modern theory of compounds 


The most fundamental change that has taken place 
in chemistry since the nineteenth century is that atomic 
theory now permits an understanding of chemical com- 
pounds from the particle level rather than from purely 
empirical data. That is, as our knowledge of atomic 
structure has grown and developed, and our under- 
standing of the reasons that atoms (elements) combine 
with each other has improved. For example, the ques- 
tion of how and why iron and sulfur combine with each 
other to form a compound is now approached in terms 
of how and why an iron atom combines with a sulfur 
atom to form a molecule of iron(IJ) sulfide. 


A key solving that puzzle was suggested by the 
German chemist Albrecht Kossel in 1916. In consid- 
ering the unreactivity of inert gases, Kossel concluded 
that the presence of eight electrons in the outermost 
energy level of an atom (as is the case with all inert 
gases) gave them a certain stability. Perhaps, Kossel 
said, the tendency of atoms to exchange electrons in 
such a way as to achieve a full octet (eight) of electrons 
could explain chemical reactions in which elements 
combine to form compounds. 


Although Kossel had hit on a key concept, he did 
not fully develop this theory. That work was left to the 
American chemist Gilbert Newton Lewis. At about 
the same time that Kossel was proposing his octet 
theory, Lewis was developing a comprehensive 
explanation showing how atoms can gain a complete 
octet either by the gain and loss or by the sharing of 
pairs of electrons with other atoms. Although Lewis’s 
theory has undergone many _ transformations, 
improvements, and extensions (especially in the work 
of Linus Pauling), his explanation of compound for- 
mation still constitutes the heart of such theory today. 


Types of compounds 


Most of the ten million or so chemical compounds 
that are known today can be classified into a relatively 
small number of subgroups or families. More than 90% 
of these compounds are organic compounds because 
they contain the element carbon. These in turn, can be 
subdivided into a few dozen major families such as the 
alkanes, alkenes, alkynes, alcohols, aldehydes, ketones, 
carboxylic acids, and amines. Each family can be rec- 
ognized by the presence of a characteristic functional 
group that strongly determines the physical and 
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chemical properties of its members. For example, the 
functional group of the alcohols is the hydroxyl group 
(—OH) and that of the carboxylicacids the carboxyl 
group (—COOH). 


An important subset of organic compounds are 
those that occur in living organisms, the biochemical 
compounds. These can largely be classified into four 
major families: the carbohydrates, proteins, nucleic 
acids, and lipids. Members of the first three families 
are grouped together because of common structural 
features and similar physical and chemical properties. 
Members of the lipid family are so classified on the 
basis of their solubility. They tend not to be soluble in 
water, but soluble in organic liquids. 


Inorganic compounds are typically classified into 
one of five major groups: acids, bases, salts, oxides, 
and others. Acids are defined as compounds that ion- 
ize or dissociate in water solution to yield hydrogen 
ions. Bases are compounds that ionize or dissociate in 
water solution to yield hydroxide ions. Oxides are 
compounds whose only negative part is oxygen. Salts 
are compounds whose cations are any ion but hydro- 
gen and whose anions are any ion but the hydroxide 
ion. Salts are often the compounds formed (other than 
water) when an acid and a base react with each other. 


This system of classification is useful in grouping 
compounds that have many similar properties. For 
example, all acids have a sour taste, impart a pink 
color to litmus paper, and react with bases to form 
salts. One drawback of the system, however, is that it 
may not give a sense of the enormous diversity of com- 
pounds that exist within a particular family. For exam- 
ple, the element chlorine forms at least five common 
acids—hydrochloric, hypochlorous, chlorous, chloric, 
and perchloric. For all their similarities, these five acids 
also have important distinctive properties. 


The “other” category of compound classification 
includes all those compounds that don’t fit into one of 
the other four categories. Perhaps the most important 
compounds in this category are the coordination com- 
pounds, primarily because of their method of bonding. 
Acids, bases, oxides, and salts are formed when atoms 
give or take electrons to form ionic bonds, share pairs 
of electrons to form covalent bonds, or exchange elec- 
trons in some fashion intermediary between these 
cases to form polar covalent bonds. Coordination 
compounds, on the other hand, are formed when one 
or more ions or molecules contribute both electrons in 
a bonding pair to a metallic atom or ion. The contri- 
buting species in such a compound are known as 
ligands and the compound as a whole is often called 
a metal complex. 
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KEY TERMS 


Alloy—A mixture of two or more metals with prop- 
erties distinct from the metals of which it is made. 


Amalgam—An alloy that contains the metal 
mercury. 


Coordination compounds—Compounds formed 
when metallic ions or atoms are joined to other 
atoms, ions, or molecules by means of coordinate 
covalent bonds. 


Empirical—Evidence that is obtained from some 
type of experimentation. 


Family—A group of chemical compounds with 
similar structure and properties. 


Functional group—A group of atoms that give a 
molecule certain distinctive chemical properties. 


Mixture—A combination of two or more substan- 
ces that are not chemically combined with each 
other and that can exist in any proportion. 


Molecule—A particle made by the chemical com- 
bination of two or more atoms; the smallest particle 
of which a compound is made. 


Octet rule—An hypothesis that atoms that have 
eight electrons in their outermost energy level 
tend to be stable and chemically unreactive. 


Oxide—An inorganic compound whose only neg- 
ative part is the element oxygen. 


Radical—A group of atoms that behaves as if it 
were a single atom. 


See also Element, chemical; Mixture, chemical. 


Resources 


BOOKS 
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David E. Newton 


Compound microscope see Microscopy 
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fl Compton effect 


The Compton effect, sometimes called Compton 
scattering, occurs when an x ray collides with an elec- 
tron. In 1923, Arthur H. Compton (1892-1962) did 
experiments bouncing x rays off the electrons in 
graphite atoms. Compton found the x rays that scat- 
tered off the electrons had a lower frequency (and 
longer wavelength) than they had before striking the 
electrons. The amount the frequency changes depends 
on the scattering angle, the angle that the x ray is 
deflected from its original path. 


Imagine playing pool. Only the cue ball and 8 ball 
are left on the table. When the cue ball strikes the 8 
ball, which was initially at rest, the cue ball is scattered 
at some angle. It also loses some of its momentum and 
kinetic energy to the 8 ball as the 8 ball begins to move. 
The x-ray photon scattering off an electron behaves 
similarly. The x ray loses energy and momentum to the 
electron as the electron begins to move. The energy 
and frequency of light and other electromagnetic radi- 
ation are related so that a lower frequency x-ray pho- 
ton has a lower energy. The frequency of the x ray 
decreases as it loses energy to the electron. 


In 1905, Albert Einstein (1879-1955) explained the 
photoelectric effect, the effect that causes solar cells to 
produce electricity, by assuming that light can occur in 
discrete particles called photons. This photon model for 
light still needed further experimental confirmation. 
Compton’s x ray scattering experiments provided addi- 
tional evidence that light does exhibit particle like 
behavior. Compton received the 1927 Nobel Prize in 
physics for his work. Thousands of experiments have 
since shown that light can exhibit both wave and par- 
ticle behavior, a property called wave-particle duality. 


[ Compulsion 


In psychiatric literature, compulsions are defined 
as repetitive behavior, such as hand washing, count- 
ing, touching, and checking and rechecking an action 
(like turning the light off and on again and again to be 
sure it is off or on). Performing the specific act relieves 
the tension of the obsession that the light may not be 
on or off. The person feels no pleasure from the action. 
On the contrary, the compulsive behavior and the 
obsession cause a great deal of distress for the person. 
Compulsive behavior differs from excessive or addic- 
tive behaviors, where the person feels pleasure from 
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the activity, such as in compulsive eating or compul- 
sive gambling. 


The main concern of psychiatrists and therapists 
who treat people with compulsions is the role they play 
in a mental illness called obsessive-compulsive disorder 
(OCD). Compulsions must be distinguished from obses- 
sions to understand how they interconnect with compul- 
sive behavior and reinforce this debilitating illness. 


Obsessive-compulsive disorder (OCD) 


Obsessive-compulsive disorder is classified as an 
anxiety disorder. Other anxiety disorders are panic 
attacks, agoraphobia (the fear of public places), pho- 
bias (fear of specific objects or situations), and certain 
stress disorders. This illness becomes increasingly 
more difficult to the patient and family because it 
tends to consume more and more of the individual’s 
time and energy. While a person who is suffering from 
an obsessive-compulsive disorder is aware of how irra- 
tional or senseless the fear is, he or she is overwhelmed 
by the need to carry out compulsive behavior to avoid 
anxiety that is created otherwise. 


Therapists categorize compulsions into motor 
compulsions and ideational or mental compulsions. 
A motor compulsion involves the need to use physical 
action. Touching or hand washing would be classified 
as motor compulsions. An ideational compulsion 
involves thinking processes. Examples of ideation or 
mental compulsions are counting, following a ritual- 
ized thought pattern, such as picturing specific things, 
or repeating what someone is saying in the mind. 


Obsessive-compulsive personality disorder 


People with personality traits, like being a perfection- 
ist or rigidly controlling, may not have OCD, but may 
have obsessive-compulsive personality disorder. In this 
illness, the patient may spend excessive amounts of energy 
on details and lose perspective about the overall goals of a 
task or job. They become compulsively involved with 
performing the details but disregard larger goals. 


Like obsessive-compulsive disorder, obsessive-com- 
pulsive personality disorder can be time-consuming. 
These people may be able to function successfully in a 
work environment but may make everyone else misera- 
ble by demanding excessive standards of perfection. 


Treatments for obsessive-compulsive 
illnesses 


Besides the compulsive behavior symptoms a person 
with OCD exhibits, he or she may also have physical 
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KEY TERMS 


Anxiety disorder—An illness in which anxiety plays 
a role. 


Behavior therapy—A therapeutic program that 
emphasizes changing behavior. 


Cognitive therapy—A therapeutic program that 
emphasizes changing a patient's thinking. 
Compulsive behavior—Behavior that is driven by 
an obsession. 


Diagnosis—A careful evaluation by a medical pro- 
fessional or therapist to determine the nature of an 
illness or disorder. 


Flooding—Exposing a person with an obsession to 
his or her fears as a way of helping him or her face 
and overcome them. 


Ideational or mental compulsions—Compulsions 
of a mental nature, such as counting or repeating 
words. 


Motor compulsions—Compulsions where a spe- 
cific, ritualized act is carried out. 


Obsessive-compulsive disorder—A mental illness 
in which a person is driven to compulsive behavior 
to relieve the anxiety of an obsession. 


Obsessive-compulsive personality disorder—The 
preoccupation with minor details to the exclusion 
of larger issues; exhibiting overcontrolling and per- 
fectionistic attitudes. 


Prompting and shaping—A therapeutic technique 
that involves using a helper to work with a person 
suffering from compulsive slowness. 


symptoms, such as tremors, dry mouth, stammering, diz- 
ziness, cramps, nausea, headaches, sweating, or butterflies 
in the stomach. Since these and the major symptoms are 
found in other illnesses, a careful diagnosis is important 
before treatment is prescribed. After careful physical and 
psychological diagnosis, treatment of obsessive-compul- 
sive illnesses includes medications and therapies. 


In behavior therapy, the patient is encouraged to 
control behavior, which the therapist feels can be 
accomplished with direction. The patient is also made 
to understand that thoughts cannot be controlled, but 
that when compulsive behavior is changed gradually 
through modified behavior, obsessive thoughts dimin- 
ish. In this therapy, patients are exposed to the fears 
that produce anxiety in them, called flooding, and 
gradually learn to deal with their fears. 
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Computer, analog 


Cognitive therapists feel it is important for OCD 
patients to learn to think differently to improve their 
condition. Because OCD patients are rational, this 
type of therapy can sometimes be useful. Most profes- 
sionals who treat obsessive-compulsive illnesses feel 
that a combination of therapy and medication is help- 
ful. Some antidepressants, like Anafranil (clomipr- 
amine) and Prozac (fluoxetine) are prescribed to help 
alleviate the condition. 


When patients exhibit compulsive slowness, 
prompting and shaping techniques are used. Persons 
who are compulsively slow work with a helper who 
prompts them along gradually until they can perform 
actions in a more reasonable time frame, such as reduc- 
ing a two-hour morning grooming period to half an 
hour. The shaping aspect is the reduction of time. 


Resources 
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Computer-aided design see CAD/CAM/CIM 


Computer-aided manufacture see CAD/ 
CAM/CIM 


l Computer, analog 


A digital computer employs physical device-states as 
symbols, but an analog computer employs them as mod- 
els. That is, in a digital computer the on-off states of 
transistor devices are used to stand for 0s and 1s, which 
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are made stand for phenomena of interest, such as words, 
data, pixels, or the like; in an analog computer, the con- 
tinuously variable states of various electronic devices are 
made to behave like some physical system of interest. A 
rough parallel would be using pencil-and-paper mathe- 
matics to determine the carrying capacity of an arch 
design (symbolic computing) versus building a scale 
model out of balsa wood and seeing how much weight it 
will bear (analog computing). 


A more precise definition of analog computing is 
as follows: An analog computer models the behaviors 
of smoothly varying mathematical variables—usually 
representing physical phenomena such as tempera- 
tures, pressures, or velocities—by translating these 
variables into (usually) voltages or gear movements. 
It then manipulates these physical quantities so as to 
solve the equations describing the original phenom- 
ena. Thermometers and scales can be viewed as rudi- 
mentary analog computers: they translate an unwieldy 
physical phenomenon (i.e., a patient’s temperature or 
weight) into a manageable physical model or analog 
(i.e., the volume of a fixed quantity of colored alcohol 
or the displacement of a spring) that has been designed 
to vary linearly with the phenomenon to be measured; 
the device then derives a numerical result from the 
model (i.e., by aligning alcohol level or a pointer with 
a printed scale). Another example: pouring three equal 
units of water into an empty vertical tube and measur- 
ing the height of the result would be an analog method 
of computing that x + x + x = 3x. 


The earliest known analog computer is the astrol- 
abe. First built in Greece during the first century BC, 
this device used pointers and scales on its face and a 
complex arrangement of bronze gears to predict the 
motions of the sun, planets, and stars. 


Other early measuring devices were also analog 
computers. Sundials, for example, traced a shadow’s 
path to show the time of day. Spring-operated weight 
scales, which have been used for centuries, convert the 
pull on a stretched spring to numerical units of weight. 
The slide rule was invented about 1620 and was used 
until superseded by the electronic calculator in the late 
twentieth century. 


In 1905, Rollin Harris (1863-1918) and E. G. Fisher 
(1852-1939) of the United States Coast and Geodetic 
Survey started work on a calculating device that would 
forecast tides. It was not the first such device, but was 
the most complex to ever be built. Dubbed the Great 
Brass Brain, it was 11 ft (3.35 m) long and 7 ft (2.1 m) 
high, weighed 2,500 Ib (1135 kg), and contained a 
maze of cams, gears, and rotating shafts. Completed 
in 1910, the machine worked as follows: an operator 
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set 37 dials (each representing a particular geological 
or astronomical variable) and turned a crank. The 
computer then drew up tidal charts for as far into the 
future as the operator wished. It made accurate pre- 
dictions and was used for 56 years before being retired 
in 1966. 


Vannevar Bush (1890-1974), an electrical engineer 
at the Massachusetts Institute of Technology, created 
what is considered to be the first modern analog com- 
puter in the 1930s. Bush, with a team from MIT’s 
electrical engineering staff, discouraged by the time- 
consuming mathematical computations of differential 
equations that were required to solve certain engineer- 
ing problems, began work on a device to solve these 
equations automatically. The first version of their 
device, dubbed the differential analyzer, was unveiled 
in 1930, the second in 1935. The latter weighed 100 tons, 
contained 150 motors, and hundreds of miles of wires 
connecting relays and vacuum tubes; instructions could 
be fed to the machine using hole-punched paper tape. 
Three copies of the machine were built for military and 
research use. Over the next 15 years, MIT built several 
new versions of the computer. By present standards the 
machine was slow, only about 100 times faster than a 
human operator using a desk calculator. Like most 
analog computers since, the MIT machines modeled 
phenomena using voltages, and contained a number 
of standard voltage-manipulating modules—integra- 
tors, differentiators, adders, inverters, and so forth— 
whose connections could be reconfigured to model, 
within limits, any desired equation. 


In the 1950s, RCA produced the first reliable design 
for a fully electronic analog computer, but by this time, 
many of the most complex functions of analog com- 
puters were being assumed by faster and more accurate 
digital computers. Analog computers are still used 
today for specialized applications in scientific calcula- 
tion, engineering design, industrial process control, and 
spacecraft navigation. Neural networks are an active 
research subfield in analog computing. Research in the 
late 1990s suggested that, in theory, an ideal analog 
computer might be able to solve certain problems 
beyond the reach even of an ideal digital computer 
with unlimited processing power. However, it is likely 
that digital computers, due to their great flexibility, will 
continue to dominant computing for the foreseeable 
future. 


Resources 
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I Computer, digital 


A digital computer is a device that processes infor- 
mation by manipulating symbols according to logical 
rules. Digital computers come in a wide variety of 
types, ranging from tiny, special-purpose devices 
embedded in cars and other devices to the familiar 
desktop computer, the minicomputer, the mainframe, 
and the supercomputer. The fastest supercomputer, as 
of late 2006, can execute up to 135.5 trillion instruc- 
tions (elementary computational operations) per sec- 
ond, almost four times faster than the record in 2003; 
this new record is also certain to be broken soon. The 
impact of the digital computer on society has been 
tremendous. It is used to run everything from space- 
craft to factories, healthcare systems to telecommuni- 
cations, banks to household budgets. Since its 
invention during World War II, the electronic digital 
computer has become essential to the economies of the 
developed world. 


The story of how the digital computer evolved 
goes back to the beyond the calculating machines of 
the 1600s to the pebbles (in Latin, calculi) that the 
merchants of imperial Rome used for counting, to 
the abacus of the fifth century BC. Although the ear- 
liest devices could not perform calculations automati- 
cally, they were useful in a world where mathematical 
calculations, laboriously performed by human beings 
in their heads or on paper, tended to be riddled with 
errors. Like writing itself, mechanical helps to calcu- 
lation such as the abacus may have first developed to 
make business easier and more profitable to transact. 


By the early 1800s, with the Industrial Revolution 
well under way, errors in mathematical data had 
assumed new importance; faulty navigational tables, 
for example, were the cause of frequent shipwrecks. 
Such errors were a source of irritation to Charles 
Babbage (1792-1871), a young English mathemati- 
cian. Convinced that a machine could do mathemat- 
ical calculations faster and more accurately than 
humans, Babbage, in 1822, produced a small working 
model of what he called his “difference engine.” The 
difference engine’s arithmetic was limited, but it could 
compile and print mathematical tables with no more 
human intervention than a hand to turn the handles at 
the top of the device. Although the British government 
was impressed enough to invest £17,000 in the con- 
struction of a full-scale difference engine—a sum 
equivalent to millions of dollars in today’s money—it 
was never built. The project came to a halt in 1833 ina 
dispute over payments between Babbage and his 
workmen. 
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The Bit-Serial Optical Computer (BSOC) shown here is the first computer that both stores and manipulates data and 
instructions as pulses of light. To enable this, the designers developed bit-serial architecture. Each binary digit is 
represented by a pulse of infrared laser light 13 ft (4 m) long. The pulses circulate sequentially through a tightly wound, 
2.5-mile-long (4-km-long) loop of optical fiber some 50,000 times per second. Other laser beams operate lithium niobate 
optical switches which perform the data processing. This computer was developed by Harry Jordan and Vincent Heuring at 
the University of Colorado and was unveiled on January 12, 1993. (David Parker. National Audubon Society Collection/Photo 
Researchers, Inc.) 


By that time, Babbage had already started to work 
on an improved version—the analytical engine, a pro- 
grammable machine that could perform all types of 
arithmetic functions. The analytical engine had all the 
essential parts of the modern computer: a means of 
entering a program of instructions, a memory, a cen- 
tral processing unit, and a means of outputting results. 
For input and programming, Babbage used punched 
cards, an idea borrowed from French inventor Joseph 
Jacquard (1757-1834), who had used them in his rev- 
olutionary weaving loom in 1801. 


Although the analytical engine has gone down in 
history as the prototype of the modern computer, a 


full-scale version was never built. Among the obstacles 
were lack of funding and manufacturing methods that 
lagged well behind Babbage’s vision. 


Fewer than 20 years after Babbage’s death, an 
American by the name of Herman Hollerith (1860- 
1929) was able to make use of a new technology, 
electricity, when he submitted to the United States 
government a plan for a machine that could compute 
census data. Hollerith’s electromechanical device 
tabulated the results of the 1890 U.S. census in less 
than six weeks, a dramatic improvement over the 
seven years it had taken to tabulate the results of the 
1880 census. Hollerith went on to found the company 


that ultimately emerged as International Business 
Machines, Inc. (IBM). 


World War II was the driving force behind the next 
significant stage in the evolution of the digital com- 
puter: greater complexity, greater programmability, 
and greater speed through the replacement of moving 
parts by electronic devices. These advances were made 
in designing the Colossus, a special-purpose electronic 
computer built by the British to decipher German 
codes; the Mark I, a gigantic electromechanical device 
constructed at Harvard University under the direction 
of U.S. mathematician Howard Aiken (1903-1973); 
and the ENIAC, a large, fully electronic machine that 
was faster than the Mark I. Built at the University of 
Pennsylvania under the direction of U.S. engineers 
John Mauchly (1907-1980) and J. Presper Eckert 
(1919-1995), the ENIAC employed some 18,000 
vacuum tubes. 


The ENIAC was general-purpose in principle, but 
to switch from one program to another meant that a 
part of the machine had to be disassembled and 
rewired. To avoid this tedious process, John von 
Neumann (1903-1957), a Hungarian-born American 
mathematician, proposed the concept of the stored 
program—that is, the technique of coding the pro- 
gram in the same way as the stored data and keeping 
it in the computer’s own memory for as long as 
needed. The computer could then be instructed to 
change programs, and programs could even be written 
to interact with each other. For coding, von Neumann 
proposed using the binary numbering system, which 
uses only 0 and 1, as opposed to the decimal system, 
which uses the ten digits 0 through 9. Because 0 and 1 
can readily be symbolized by the “on” or “off” states 
of a switched electric current, computer design was 
greatly simplified. 


Von Neumann’s concepts were incorporated in 
the first generation of large computers that followed 
in the late 1940s and 1950s. All these machines were 
dinosaurs by today’s standards, but in them all the 
essential design principles on which today’s billions 
of digital devices operate were worked out. 


The digital computer is termed “digital” to dis- 
tinguish it from the analog computer. Digital com- 
puters manipulate symbols—not necessarily digits, 
despite the name—while analog computers manipu- 
late electronic signals or other physical phenomena 
that act as models or analogs of various other phe- 
nomena (or mathematical variables). Today, the 
word “computer” has come to be effectively synon- 
ymous with “digital computer,” due to the rarity of 
analog computation. 
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Although all practical computer development to 
date has obeyed the principles of binary logic laid 
down by von Neumann and the other pioneers, and 
these principles are sure to remain standard in digital 
devices for the near future, much research has focused 
in recent years on quantum computers. Such devices 
will exploit properties of matter that differ fundamen- 
tally from the on-off, yes-no logic of conventional 
digital computers. 


See also Analog signals and digital signals; Com- 
puter, analog; Computer software. 
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fl Computer hardware security 


A phenomenal amount of information now resides 
on computers. Individual computers as well as com- 
puters that communicate with each other in geograph- 
ically-restricted local networks as well as globally, via 
the Internet, contain billions of pages of text, graphics, 
and other sources of information. Without safeguards, 
this information is vulnerable to misuse or theft. 


Computer security can takes two forms. Software 
security provides barriers and other cyber-tools that 
protect programs, files, and the information flow to 
and from a computer. Hardware security protects the 
machine and peripheral hardware from theft and from 
electronic intrusion and damage. 


Physical on-site security can be as easy as confining 
mission-critical computers to a locked room, and restrict- 
ing access to only those who are authorized. This also 
holds for servers, which are computers that function as a 
central routing point for information to and from the 
networked computers and the Internet. Many personal 
computer users pay to have this service provided by an 
Internet service provider (ISP). However, having an 
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Computer hardware security 


Microsoft 


Bill Gates’s smart card at Microsoft safenet conference. 
(© Reuters/Corbis.) 


outside provider can generate security threats and can be 
disruptive if the ISP ceases operation. Nowadays, many 
corporations opt to establish an in-house ISP. In this 
way the security of the corporate server is under direct 
control. 


Computers also have an internal form of a lock and 
key. A security password that is needed to gain access to 
all of a computer’s functions can be stored on a chip 
known as the BIOS chip. Unfortunately, a dedicated 
thief can easily circumvent this hardware security fea- 
ture, by removing the hard drive and putting it into 
another computer with a different BIOS chip. 


With the exploding popularity of the Internet, 
hardware security has been extended to this elec- 
tronic realm. Computers that are connected to the 
Internet are vulnerable to remote access, sabotage, 
and eavesdropping unless security measures are in 
place to buffer the computer from the outside elec- 
tronic world. 
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The Sony FIU-600 Puppy fingerprint identity device with the 
Puppy Suite authentication software uses fingerprint 
technology, the device provides secure access to computers 
and could be a possible replacement to passwords in an 
office environment. The FIU-600 unit uses the unique quality 
of the fingerprint to authenticate users. (Sony/Getty Images.) 


Many corporations whose computers are linked 
to one another, employ a local version of the Internet. 
An Intranet or Local Area Network allows the 
exchange of information between the linked com- 
puters, while at the same time enabling the erection 
of hardware and software (i.e., firewalls) that screen 
information flowing to and from the Internet. Remote 
users of the internal network, such as telecommuting 
employees, can be protected through what is known as 
a virtual private network (VPN). A VPN establishes a 
protected communications link across a public net- 
work between the remote computer and the computers 
physically linked in the local network. 


The individual computers that are linked in a net- 
work, and the dedicated devices that route informa- 
tion back and forth, are also known as nodes. The 
security measures that have been discussed above 
also function to safeguard nodes. 


At the core of a network is a device called the hub. 
The hub exchanges the information between all of the 
connected computers. As such, it is key to a network. 
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As a series of computer viruses attack computers around the country customers have been buying more anti-virus software. 
(Joe Raedle/Getty Images.) 


A hub should be kept away from high traffic areas, and 
preferably in a secure room. This restricts tampering. 


While a hub relays information indiscriminately 
from computer to computer, a device called a switch is 
more selective. Information can be sent to one user 
computer but not to another. The use of a switch 
allows a network administrator to control the infor- 
mation flow to authorized viewers, which can be a 
security issue. 


Fluctuations in the power supply can play havoc 
with computers. For example, a blackout or brownout 
can cause a computer to shut down abruptly. 
Information that is stored only in short-term memory 
will be lost. As well, the fluctuation can physically 
damage computer components. The use of a surge 
protector guards against electrical spikes and drops. 
An uninterruptible power supply (UPS) can also be 
hooked up to a computer. A UPS is essentially a battery 
that will power the computer in the event of a power 
outage. This can provide time for information to be 
saved and for a computer to be shut down correctly. 


See also Computer software security. 
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[ Computer keystroke recorder 


A computer keystroke recorder, as its name sug- 
gests, is simply a device for sequentially recording all 
the keys pressed on a computer keyboard. Keystroke 
recorders are available commercially, but much more 
sophisticated devices are used by government agencies 
such as the Federal Bureau of Investigation (FBI). 


Also called a keystroke logger, key logger, or key- 
logger, a computer keystroke recorder is a program 
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Computer languages 


that runs in the background as the computer operates, 
recording all key depressions or strokes. Some such 
devices are plugged in manually, but the more effective 
kind operate through means of a computer program. 
The latter may be introduced to the computer by 
means of a trojan horse, a remotely inserted program 
that operates much like a virus. 


See also Computer hardware security; computer 
software security; Forensic science. 


I Computer languages 


A computer language is the means by which 
instructions and data are given to computers. Put 
another way, computer languages are the symbolic 
interface between a computer and human users. 
There are numerous computer languages, each with 
differing abilities. All are necessary, ultimately, 
because the form in which information can be directly 
handled by a computer at the physical level is in zeros 
and ones (i.e., binary language), but binary language is 
comprehensible to humans only with tedium and fre- 
quent mistakes. Computer scientists find it far more 
efficient to communicate with computers in a higher 
level language. 


First-generation language 


First-generation language is the lowest level com- 
puter language. The programmer conveys information 
to the computer as binary instructions. Binary instruc- 
tions are the equivalent of the on/off signals used by 
computers to carry out operations. The language con- 
sists of zeros and ones. In the 1940s and 1950s, com- 
puters were programmed by scientists sitting before 
control panels equipped with toggle switches so that 
they could input instructions as strings of zeros and 
ones. 


Second-generation language 


Assembly or assembler language was the second 
generation of computer language. By the late 1950s, 
this language had become popular. Assembly lan- 
guage consists of letters of the alphabet. This makes 
programming much easier than trying to program a 
series of zeros and ones. As an added programming 
assist, assembly language makes use of mnemonics, or 
memory aids, which are easier for the human pro- 
grammer to recall than are numerical codes. 
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Second-generation language arose because of the 
programming efforts of Grace Hopper, an American 
computer scientist and Naval officer. Hopper devel- 
oped FLOW-MATIC, a language that made pro- 
gramming easier for the naval researchers using the 
ENIAC computer in the 1940s. FLOW-MATIC used 
an English-based language, rather than the on-off 
switch language the computer understood. FLOW- 
MATIC was one of the first “high-level” computer 
languages. A high-level computer language is one 
that is easier for humans to use but which can still be 
translated by another program (called a compiler) into 
language a computer can interpret and act on. 


Third-generation language 


The introduction of the compiler in 1952 spurred 
the development of third-generation computer lan- 
guages. These languages enable a programmer to cre- 
ate program files using commands that are similar to 
spoken English. Third-level computer languages have 
become the major means of communication between 
the digital computer and its user. 


By 1957, the International Business Machine 
Corporation (IBM) had created a language called 
FORTRAN (FORmula TRANslater). This language 
was designed for scientific work involving complicated 
mathematical formulas. It was the first high-level pro- 
gramming language to be used by many computer 
users. 


Within the next few years, refinements gave rise to 
ALGOL (ALGOrithmic Language) and COBOL 
(COmmon Business Oriented Language). COBOL is 
noteworthy because it improved the record keeping 
and data management ability of businesses, which 
stimulated business expansion. 


In the early 1960s, scientists at Dartmouth College 
in New Hampshire developed BASIC (Beginner’s All- 
purpose Symbolic Instruction Code). This was the first 
widespread computer language designed for and used 
by nonprofessional programmers. BASIC enjoyed 
widespread popularity during the 1970s and 1980s, 
particularly as personal computers grew in use. 


Since the 1960s, hundreds of programming lan- 
guages have been developed. A few noteworthy exam- 
ples include PASCAL, first developed as a teaching 
tool; LISP, a language used by computer scientists 
interested in writing programs they hoped would give 
computers some abilities usually associated with intel- 
ligence in humans; and the C series of programs 
(i.e., C, C+, C++). The latter are object-oriented 
languages, where the object (data) is used by what 
are known as routines. The C series of programs first 
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allowed a computer to use higher-level language pro- 
grams like store-bought software. 


The actual program written in the third-generation 
language is called the source program. This is the 
material that the programmer puts into the computer 
to obtain results. The source program can usually be 
translated into an object program (the language of 
zeros and ones that is interpretable by the computer). 


Information in a source program 1s converted into 
the object program by an intermediate program called 
an interpreter or compiler. An interpreter is a program 
that converts (or executes, in programming jargon) a 
source program, usually on a step-by-step, line-by- 
line, or unit-by-unit basis. The price for this conven- 
ience is that the programs written in third-generation 
languages require more memory and run more slowly 
than those written in lower level languages. 


A compiler is a program that translates a source 
program written in a particular programming lan- 
guage to an object program that a particular computer 
can run. The compiler is a very specific interpreter, 
which is both language- and machine-dependent. 


Block-structured language 


Block-structured language grew out of research 
leading to the development of structured program- 
ming. Structured programming is based on the idea 
that any computer program can be written using only 
three arrangements of the information. The arrange- 
ments are called sequential, selection, and iteration. In 
a sequential arrangement, each programming instruc- 
tion (statement) is executed one after the other. This 
order is vital. The execution of the second statement is 
dependent on the prior execution of the first state- 
ment. There is more flexibility built into the selection 
arrangement, where choices are typically made with an 
IF...THEN...ELSE structure. Iteration is also 
known as loop structure. Loop structures specify 
how many times a loop will be executed. In other 
words, a command can be executed a number of 
times until the task is completed. 


PASCAL, ALGOL, and MODULA-? are exam- 
ples of block-structured languages. Examples of non- 
block structured languages are BASIC, FORTRAN, 
and LISP. Refinements of BASIC and FORTRAN 
produced more structured languages. 


Block-structured languages rely on modular con- 
struction. A module is a related set of commands. 
Each module in a block-structured language typically 
begins with a “BEGIN” statement and ends with an 
“END” statement. 
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KEY TERMS 


Binary digit—Either of two digits (0 or 1) used to 
express numbers in binary scale. In binary scale, the 
base is two, and successive places denote units, twos, 
fours, etc. Thus, 10 in the binary scale represents the 
number 2 in base ten, and 100 the number 4. 


Fourth-generation language 


Fourth-generation languages attempt to make 
communicating with computers as much like the proc- 
esses of thinking and talking to other people as possi- 
ble. The problem is that the computer still only 
understands zeros and ones, so a compiler and inter- 
preter must still convert the source code into the 
machine code that the computer can understand. 
Fourth-generation languages typically consist of 
Englishlike words and phrases. When they are imple- 
mented on microcomputers, some of these languages 
include graphic devices such as icons and on-screen 
push buttons for use during programming and when 
running the resulting application. 


Many fourth-generation languages use Structured 
Query Language (SQL) as the basis for operations. 
SQL was developed at IBM to develop information 
stored in relational databases. Eventually, it was 
adopted by the American National Standards 
Institute (ANSI) and later by the International 
Standards Organization (ISO) as a means of managing 
structured, factual data. Many database companies 
offer an SQL-type database because purchasers of 
such databases seek to optimize their investments by 
buying open databases, i.e., those offering the greatest 
compatibility with other systems. This means that the 
information systems are relatively independent of ven- 
dor, operating system, and computer platform. 


Examples of fourth-generation languages include 
PROLOG, an artificial intelligence language that 
applies rules to data to arrive at solutions; and 
OCCAM and PARLOG, both parallel-processing 
languages. Newer languages may combine SQL and 
other high-level languages. IBM’s Sonnet is being 
modified to use sound rather than visual images as a 
computer interface. 


In 1991, development began on a refinement of 
C++ that would be adaptable to the Internet. The 
result, in 1995, was Java. The program formed the 
basis of the Netscape Internet browser, but can be 
interpreted by all browsers. Java enables files to be 
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Computer memory, physical and virtual memory 


acquired from the Internet in order to run programs or 
sub-programs that add functionality to Web pages. 
This adaptability has made Java a very popular 
language. 


See also Modular arithmetic; Virtual reality. 
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[ Computer memory, physical 


and virtual memory 


Physical and virtual memory are related forms of 
digital memory, that is, the storage of information 
within computers and other digital devices. Physical 
memory exists on chips (random-access memory or 
RAM) and on bulk storage devices such as tapes, optical 
disks, and hard disks. Before a program can be executed, 
it must first load into RAM memory (also termed main 
memory). Since RAM is expensive and volatile (or if not 
volatile, slow)—that is, loses its data when the power is 
off—programs and data are stored on hard drives or 
other bulk devices until needed for execution. 


Virtual memory is a management process whereby 
data (e.g., programming code) can be rapidly exchanged 
between physical memory storage locations and RAM 
memory during execution. The rapid interchanges of 
data are (hopefully) seamless and transparent to the 
user, who perceives the machine as having more RAM 
than it actually does. The use of virtual memory allows 
the use of larger programs and enables those programs 
to run faster. 


In modern operating systems, data can be constantly 
exchanged between the hard disk and RAM memory via 
virtual memory. A process termed swapping is used to 
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exchange data via virtual memory. The use of virtual 
memory makes it appear that a computer has a greater 
RAM capacity because virtual memory allows the emu- 
lation of the transfer of whole blocks of data, enabling 
programs to run smoothly and efficiently. Instead of 
trying to put data into often-limited volatile RAM mem- 
ory, data is actually written onto the hard disk. 
Accordingly, the size of virtual memory is limited only 
by the size of the hard disk, or the space allocated to 
virtual memory on the hard disk. When information is 
needed in RAM, the exchanges system rapidly swaps 
blocks of memory (also often termed pages of memory) 
between RAM and the hard disk. 


Modern virtual-memory systems replace earlier 
forms of physical file swapping and fragmentation of 
programs. 


In a sense, virtual memory is a specialized secondary 
type of data storage, and a portion of the hard drive is 
dedicated to the storage of specialized virtual-memory 
files (also termed pages). The area of the hard drive 
dedicated to storing blocks of data to be swapped via 
virtual memory interface is termed the page file. In 
most operating systems, there is a preset size for the 
page file area of the hard disk, and page files can exist 
on multiple disk drives. Users of most modern operat- 
ing systems can, however, vary the size of the page file 
to meet specific performance requirements. As with 
the page file size, although the actual size of the 
pages is preset, modern operating systems usually 
allow the user to vary the size of the page. Virtual 
memory pages range in size from a thousand bites to 
many megabytes. 


The use of virtual memory allows an entire block of 
data or programming (e.g., an application process) to 
reside in virtual memory, while only the part of the code 
being executed is in physical memory. Accordingly, the 
use of virtual memory allows operating systems to run 
many programs and thus, increase the degree of multi- 
programming within an operating system. 


Virtual memory integration is accomplished 
through either a process termed demand-segmentation 
or through another process termed demand-paging. 
Demand-paging is more common because it is simpler 
in design. Demand-paging virtual-memory processes 
do not transfer data from disk to RAM until the pro- 
gram calls for the page. There are also anticipatory 
paging processes utilized by operating systems that 
attempt to read ahead and execute the transfer of data 
before the data is actually required to be in RAM. After 
data is paged, paging processes track memory usage 
and constantly call data back and forth between 
RAM and the hard disk. Page states (valid or invalid, 
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available or unavailable to the CPU) are registered in 
the virtual page table. When applications attempt to 
access invalid pages, a virtual-memory manager that 
initiates memory swapping intercepts the page fault 
message. Rapid translation of virtual addresses into a 
real physical address is via a process termed mapping. 
Mapping is a critical concept to the virtual-memory 
process. Virtual-memory mapping works by linking 
real hardware addresses (a physical storage address) 
for a block or page of stored data to a virtual address 
maintained by the virtual-memory process. The registry 
of virtual address allows for the selective and random- 
ized translation of data from otherwise serial reading 
drives. In essence, virtual-memory processes supply 
alternate memory addresses for data, and programs 
can rapidly utilize data by using these virtual addresses 
instead of the physical address of the data page. 


Virtual memory is a part of many operating sys- 
tems, including Windows, but is not a feature of DOS. 
In addition to increasing the speed of execution and 
operational size of programs (lines of code), the use of 
virtual memory systems provide a valuable economic 
benefit. Hard-disk memory is currently far less expen- 
sive than RAM memory. Accordingly, the use of vir- 
tual memory allows the design of high-capacity 
computing systems at a relatively low cost. 


Although swaps of pages of data (specific lengths 
of data or clocks of data) via virtual-memory swaps 
between the hard drive and RAM memory are very 
fast, an over-reliance upon virtual-memory swaps can 
slow overall system performance. If the amount of the 
hard drive dedicated to storing page files is insufficient 
to meet the demands of a system that relies heavily on 
the exchange of data via virtual memory, it is possible 
for users to receive “OUT OF MEMORY” messages 
and faults, even though they have large amounts of 
unused hard disk space. 


By 2006, personal computers with RAM capaci- 
ties of in the several-gigabyte (1 gigabyte equals 1 
billion bytes) range were widely available in the 
United States and many personal computers boasted 
hard disk capacities of hundreds of GB, with one- 
terabye (one thousand gigabyte, one trillion byte) 
drives due on the market within the next year or 
two. The relative limits of both hard disk capacity 
and RAM memory capacity improve steadily with 
advances in microchip and magnetic storage 
technology. 


See also Computer languages; Computer mem- 
ory, physical and virtual memory; Computer software; 
Computer, analog; Computer, digital. 
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I Computer modeling 


Computer modeling is a general term that describes 
the use of computers to simulate objects or events. As 
such, it is sometimes known as computer simulation. 
Forensic applications of computer modeling can pro- 
duce purely graphical results (for example, the face of 
an unknown murder victim reconstructed from a skull) 
or mathematical idealizations of physical, chemical, 
biological, or geological processes (for example, calcu- 
lations performed to estimate the speed of a vehicle 
before an accident). Most forensic computer models 
are extensions of graphical and mathematical techni- 
ques that have been used by forensic scientists for many 
years, but which have become much more complicated 
and visually compelling because of continuing advances 
in computer technology. 


Craniofacial reconstruction (re-building the shape 
of the skull and face) is one example of a purely 
empirical graphical forensic technique that is adapt- 
able to computer modeling. The traditional approach 
is to shape layers of clay placed on a cast of a skull in 
order to produce a likeness of an unknown person. 
The thickness of clay on different parts of the skull is 
constrained by information from tissue thickness 
databases, which were originally obtained from cadavers 
but now measured using techniques such as computer- 
ized tomography (CT) scans, magnetic resonance imag- 
ing (MRJ), or ultrasound imaging of living subjects. 
This has been an important advance, because cadaver 
measurements represented only a small segment of the 
general population. 


In computer-assisted craniofacial reconstruction, a 
virtual representation of the skull is created using a 
laser scanner or stereo photography to produce a 
three-dimensional mesh of points. Tissue thickness at 
selected points on the skull is specified mathematically, 
often using statistical relationships derived from large 
CT scan or MRI database, and the shape of the face is 
modeled as a smooth three-dimensional surface that 
passes through the measurement points. The main 
weakness of any craniofacial reconstruction technique 
is that the soft tissue thickness is always an estimate and 
it is difficult to infer facial characteristics reflecting age, 
weight, sex, and ethnicity from skull shape (although 
this information can be inferred from a complete skel- 
eton). Superficial characteristics such as hair color and 
skin texture are impossible to infer from skull shape and 
are only artistic embellishments. Therefore, a general 
resemblance between a craniofacial reconstruction and 
a deceased person is the best that can be achieved. 
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Process-based forensic computer models combine 
equations describing physical or chemical processes 
with empirical information in order to reconstruct 
sequences of events. One widely used computer pro- 
gram for automobile accident reconstruction, known 
as SMAC (Simulation Model of Automobile 
Collisions), was originally developed by the National 
Highway Traffic Safety Administration. It uses 
Newton’s laws of force and motion to simulate collid- 
ing automobiles as moving bodies in much the same 
way that one might simulate the collision of billiard 
balls. Factors such as road condition and tire type are 
incorporated using empirical coefficients, and the 
model input is adjusted until the output agrees with 
observations made at the accident site. Whereas this 
kind of computer model might calculate the energy at 
impact, it would not explicitly simulate the crumpling 
and deformation of the automobiles. Computer ani- 
mation can be used to visualize the results of process- 
based models by depicting the automobiles as specific 
makes, models, and colors rather than nondescript 
masses or by incorporating realistic topography and 
scenery to simulate the accident scene. This kind of 
animation, in which variables such as vehicle position 
and speed are the result of scientific analysis and infer- 
ence, is known as forensic animation. 


A more sophisticated kind of process-based com- 
puter modeling involves the detailed simulation of 
physical or chemical processes in two or three dimen- 
sions (and often over time) in order to reconstruct an 
event or process. For example, a sophisticated acci- 
dent model might simulate the bending and buckling 
of each structural member in an automobile rather 
than just the total amount of energy absorbed by one 
moving mass colliding with another. Another example 
is the use of computer models to simulate the two and 
three-dimensional movement of chemicals contami- 
nating an aquifer. In order to obtain accurate results 
using this kind of model, geologists must collect 
detailed information about the materials comprising 
the aquifer by drilling test wells, taking samples of the 
aquifer materials, and conducting a variety of tests. 
The velocity and chemical composition of the ground- 
water are then calculated at many thousands, and 
perhaps even millions, of points within the simulated 
aquifer and the model is calibrated by adjusting 
the input until the results agree with observed condi- 
tions. Experts can use this kind of model to infer the 
source of the contaminants or the time that they 
entered the aquifer, which can be important in legal 
proceedings such as the well-known lawsuit concerning 
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groundwater contamination in Woburn, Massachu- 
setts. Fire scientists likewise use computational fluid 
dynamics models to simulate the spread of fires in 
buildings, and other computer models can be used to 
simulate the mechanics of solid objects, the flow of 
fluids, and chemical reactions. As computer models 
become more complicated, however, they also become 
more difficult to apply because the quality and quan- 
tity of input increase dramatically. As is the case for 
simple process-based models, the results of multidi- 
mensional can be visualized using static and animated 
computer graphics. 


See also Forensic science; Geospatial imagery. 


William C. Haneberg 


E Computer software 


Computers are built of interconnected electronic 
components encased in sturdy containers. Examples 
of hardware include electrical connections, circuit 
boards, disk drives, monitor, and printer. These com- 
ponents are referred to as hardware. On its own, com- 
puter hardware is functionally useless. For it to be of 
use, commands must be supplied to the central proc- 
essing unit, the core device that actually processes 
information. Every task that a computer performs— 
from mathematical calculations, to the composition 
and manipulation of text, to modeling—requires a 
series of explicit instructions. These instructions are 
referred to as computer software. 


Software tells a computer what to do and how to 
do it. Software instructions can come directly from a 
person using the computer (i.e., as when using a 
spreadsheet or word processing program) or may run 
automatically in the background, without user inter- 
vention (i.e., virus protection programs, operating sys- 
tems, device drivers). 


Some special-purpose devices, such as hand-held 
calculators, wristwatches, many high-tech weapons, 
and automobile engines, contain built-in operating 
instructions that cannot be altered. Personal com- 
puters found in businesses, homes, schools, and scien- 
tific work, however, are general-purpose machines 
because they can be programmed to do many different 
types of jobs, from telling time to playing chess, editing 
video, or performing scientific calculations. They 
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contain enough built-in programming (their operating 
system) to enable them to interpret and use commands 
provided by a wide range of external software pack- 
ages which can be loaded into their memory. 


Computer software objects—programs—are col- 
lections of specific commands written by computer 
programmers. Once a software program has been 
loaded into the memory of a computer, the instruc- 
tions remain there until deleted, either deliberately or 
accidentally. The instructions do not have to be 
entered by the user every time the computer is used; 
they may never be used. 


Origin of computer software 


English mathematician Charles Babbage conceived 
the ancestor of modern computers and computer soft- 
ware in 1856. Babbage dubbed his sophisticated calcu- 
lating machine the “analytical engine.” While the 
analytical engine never became fully operational, 
Babbage’s design contained all the crucial parts of mod- 
ern computers. It included an input device for entering 
information, a processing device (that operated without 
electricity) for calculating answers, a system of memory 
for storing answers, and even an automated printer for 
reporting results. 


The analytical engine also included a software 
program devised by the daughter of poet Lord 
Byron, Ada Augusta. Her programs were coordinated 
sets of steps designed to turn the gears and cranks of 
the machine so as to produce a particular desired 
result. The instructions were recorded as patterns of 
holes on punch cards—a system that had been used 
since the 1750s by operators of weaving looms to 
produce woven cloth having specific and desired pat- 
terns. Depending on the pattern of holes in a card, and 
on the sequence of different cards, the computer would 
translate the instructions into physical movements of 
the machines’ calculating mechanical parts. 


The design of this software utilized features that 
are still used by software programmers today. One 
example is the subroutine, a series of instructions 
that could be used repeatedly for different purposes. 
Subroutines simplify the writing of the software pro- 
gram, as one set of instructions can be applied to more 
than one task. Another example is called the condi- 
tional jump, which is an instruction for the machine to 
jump to different cards if certain criteria were met. A 
final example is called looping. Looping is the ability 
to repeat the instructions as often as needed to satisfy 
the demands of a task. 
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Modern computer software 


The first modern computers were developed by 
the British and U.S. governments during World War 
II. Their purpose was to calculate the paths of artillery 
shells and bombs and to break German secret codes. 
By present-day standards, these machines were prim- 
itive; they used electromechanical relays or the bulky 
vacuum tubes that were the predecessors of today’s 
microscopic transistors. As a result, the machines were 
massive, occupying large rooms. Additionally, the 
myriad of settings were controlled by on-off switches, 
which had to be reset by hand for each operation. This 
was time-consuming and difficult for the pro- 
grammers. Yet these devices were not simple, per- 
formed essentially tasks successfully, and pioneered 
all the fundamental ideas that are used today in 
designing every single digital computer. 


John von Neumann, a U.S. mathematician, sug- 
gested that computers would be more efficient if they 
stored their programs in memory. This would elimi- 
nate the need to manually setting every single instruc- 
tion each time a problem was to be solved. This and 
other suggestions by von Neumann transformed the 
computer from a fancy adding machine into a machine 
capable of simulating many real-life, complex 
problems. 


The language of software 


The instructions computers receive from software 
are written in a computer language, a set of symbols 
that convey information. Like spoken languages used 
by humans, computer languages come in many differ- 
ent forms. 


Computers use a very basic language to perform 
their jobs. The language ultimately can be reduced to a 
pattern of “on-or-off” responses, called binary digital 
information or Machine Language. Computers work 
using nothing but electronic “switches” that are either 
on or off, as represented by 1 and 0. 


Because computers handle on-off signals at the 
physical level, they can ultimately only execute code 
supplied to their components as strings of 1s and 0s 
(instantiated as high and low voltages inside the 
machine). Yet human beings have trouble writing 
complex instructions using binary, | or 0 language. A 
simple command to a computer might look like 
00010010100101111001010101000110—which, besides 
taking a long time to write out, most of us would not 
find easy to distinguish at a glance from any similar 
string of 32 bits. Because code written in binary form is 
tedious and time consuming to write, programmers 
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Computer software 


invented assembly language. It allows programmers to 
assign a separate code to different machine language 
commands. Another, special program called a com- 
piler translates the codes back into Is and Os for the 
computer. 


Assembly language was problematic in that it only 
worked with computers that had the same type of 
“computer chip” or microprocessor (an electrical com- 
ponent that controls the main operating parts of the 
computer). 


The development of what are referred to as high- 
level languages helped to make computers common 
objects in work places and homes. They allowed 
instructions to be written in languages that many peo- 
ple and their computers could recognize and interpret. 
Recognizable commands like READ, LIST, and 
PRINT could be used when writing instructions for 
computers. Each word may represent hundreds of 
instructions in the 1s and Os language of the machine. 


Because the electronic circuitry in a computer 
responds to commands expressed in terms of Is and 
Os, code written in a high-level language command 
must be translated into machine language before it 
can be executed. The software products needed to 
translate high-level language back into machine lan- 
guage are called translators or (more commonly) 
compilers. 


Operating-system software is vital for the per- 
formance of a computer. Before a computer can use 
application software, such as a word processing or a 
game-playing package, the computer must run the 
instructions through the operating system software. 
The operating system software contains many built- 
in instructions, so that each piece of application soft- 
ware does not have to repeat simple instructions (i.e., 
printing a document). 


Disk Operating System or DOS was a popular 
operating system software program for many personal 
computers in use until the late 1990s. Microsoft DOS 
(MS-DOS, the basis of all the early generations of the 
Windows operating system) was for many years the 
most popular computer operating system software. So 
prevalent was Windows that it prompted charges that 
Microsoft was monopolizing the software industry. In 
April 2000, the United States district court ruled that 
Microsoft has violated antitrust laws, and that the 
company was to be broken up, in order to foster com- 
petition. However, upon appeal, the breakup order 
was reversed in 2002. Several less drastic judgments 
have been upheld in European courts in cases charging 
Microsoft with monopolistic practices. 
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An operating software that is gaining in popular- 
ity is called Linux. Linux was initially written by Linus 
Torvalds in 1991. Linux is an open-source software. 
This means that anyone can modify the software. In 
contrast, the key codes that permit Windows to be 
modified are the property of Microsoft, and are not 
made available to the consumer. 


A Linux-based operating system called Lindows has 
been devised. Commercially available as of January 
2003, Lindows allows a user to run the Windows pro- 
gram on a Linux-based operating system. This develop- 
ment allows users to run Microsoft programs without 
having to purchase the Microsoft operating system. Not 
surprisingly, this concept is facing legal challenges from 
Microsoft. 


Starting in 2006, Macintosh computers have con- 
tained Intel chips that run not only Macintosh’s pro- 
prietary operating system, OS X, but the Windows 
operating system as well. The longstanding problem 
of intercompability between the Mac and PC worlds 
had finally dissolved. 


Application software 


Software provides the information and instruc- 
tions that allow computers to create documents, 
solve simple or complex calculations, operate games, 
create images, maintain and sort files, and complete 
hundreds of other tasks. 


Word-processing software, for example, makes 
writing, rewriting, editing, correcting, arranging, and 
rearranging words convenient. 


Database software enables computer users to 
organize and retrieve lists, facts and inventories, each 
of which may include thousands of items. 


Spreadsheet software allows users to keep compli- 
cated and related figures straight, to graph the results 
and to see how a change in one entry affects others. It 
is useful for financial and mathematical calculations. 
Each entry can be connected, if necessary, to other 
entries by a mathematical formula. If a spreadsheet 
keeps track of a computer user’s earnings and taxes, 
for example, when more earnings are added to the part 
of the spreadsheet that keeps track of them (called a 
“register”), the spreadsheet can be set up, or pro- 
grammed, to automatically adjust the amount of 
taxes. After the spreadsheet is programmed, entering 
earnings will automatically cause the spreadsheet to 
recalculate taxes. 


Graphics software lets the user draw and create 
images. Desktop publishing software allows publishers 
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KEY TERMS 


Computer hardware—The physical equipment 
used in a computer system. 


Computer program—Another name for computer 
software, a series of commands or instructions that 
a computer can interpret and execute. 


to arrange photos, pictures, and words on a page before 
any printing is done. With desktop publishing and 
word processing software, there is no need for cutting 
and pasting layouts. Today, thanks to this type of 
computer software, anyone with a computer, a good 
quality printer, and the right software package can 
create professional looking documents at home. 
Entire books can be written and formatted by the 
author. The printed copy or even just a computer disk 
with the file can be delivered to a traditional printer 
without the need to reenter all the words on a type- 
setting machine. 


Sophisticated software called CAD, for com- 
puter-aided design, helps architects, engineers, and 
other professionals develop complex designs. The soft- 
ware uses high-speed calculations and high-resolution 
graphics to let designers try out different ideas for a 
project. Each change is translated into the overall 
plan, which is modified almost instantly. This system 
helps designers create structures and machines such as 
buildings, airplanes, scientific equipment, and even 
other computers. 


Software for games can turn a computer into a 
space ship, a battlefield, or an ancient city. As com- 
puters get more powerful, computer games get more 
realistic and sophisticated. 


Communications software allows people to send 
and receive computer files and faxes over phone lines. 
Education and reference software makes tasks such as 
learning spoken languages and finding information 
easier. Dictionaries, encyclopedias, and other refer- 
ence books can all be searched quickly and easily 
with the correct software. 


Utility programs keep computers more efficient 
by helping users to search for information and inspect- 
ing computer disks for flaws. 


A development of the Internet era has been the crea- 
tion of file sharing. This allows the sharing of computer 
files across the electronic network of the Internet. A host 
computer equipped with the necessary software can 
download other programs from the Internet. A prominent 


GALE ENCYCLOPEDIA OF SCIENCE 4 


example of this concept—currently defunct because of 
copyright infringement implications—was Napster, 
which is used from 1999 to 2001 to download music files 
(MP3 files) to a personal computer. Via file sharing, a user 
can freely acquire—sometimes legally, sometimes not— 
many files that would otherwise have to be purchased. 
Napster was forced to shut down its free music-sharing 
system in 2001 by court order. 


See also LED; Optical data storage; Virtual reality. 
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l Computer software security 


Computer software security refers to the use of 
software to prevent damage to computer files, pro- 
grams, and operating systems, as well as to monitor a 
personal computer (PC) or laptop for theft. 


A recommended feature for any computer that is 
connected to the Internet is software that protects the 
computer from viruses. Like biological viruses, com- 
puter viruses need the machinery of another host, in 
this case a computer, to make new copies of themselves 
and infect another host computer. There are upwards 
of 100,000 known viruses, with new viruses being 
detected literally every day. 


Viruses can enter computers via different routes. 
A common route is as an attachment to an email. When 
the email is opened the virus is triggered to disrupt what- 
ever computer code it has been targeted towards. Viruses 
that target email addresses can distribute themselves to 
other computer very quickly. An infamous example is the 
“Love” virus, which infected millions of computers 
worldwide within hours of its release in May 2000. 


There are a wide variety of anti-virus software 
programs available that will recognize, quarantine and 
destroy many of these viruses. Anti-virus programs 
need to be updated frequently (often accomplished 
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Computer virus 


automatically “on-line” with some vendors products) 
to keep pace with the appearance of new viruses. 


Next to viruses, theft represents the biggest secur- 
ity issue for computer users. Various hardware options 
are designed to lessen the chance of theft. Anti-theft 
software is also available. There are several software 
programs that aim to lessen the usability, and so the 
appeal, of a stolen computer (particularly laptop 
computers). In one setup, a registered identifier num- 
ber is beamed out when the stolen computer is hooked 
up to the Internet. Proprietary software can detect and 
even track the location of the sending computer. 
Another strategy uses motion-sensing software that 
is adjusted to the motion patterns of the normal user. 
A different range of motions that are uncharacteristic 
of the principle user can trigger an audio alarm. 
As well, the computer is triggered to shut down 
and reboot. The user then needs to supply a compli- 
cated password to use the computer and even to read 
the scrambled files (see below) from the hard drive. 
This protection occurs even when the computer is 
shut off. 


Encryption is the scrambling of the data so as to 
make the data undecipherable. Encryption programs 
can scramble the data that is resident in the computer 
as well as data sent to another computer via email. The 
message can be reassembled to the original format if 
the receiving computer has an encryption program 
installed. 


With contracts being sent over the Internet, the own- 
ership and legal status of such information has become 
an important issue. Digital signatures can be affixed to a 
document sent via the Internet to establish ownership, in 
the same way that a signature on a paper contract is 
legally binding. Countries including the United States 
have sanctioned the use of digital signatures. 


Software programs allow a hierarchy of approvals 
to be established for access to data. In a company, for 
example, senior managers can be authorized to view 
and even manipulate data that more junior personnel 
do not have access to. Other programs act as guard- 
ians of the data, and detect any unauthorized or 
unusual actions on the computer (i.e., hacking). 


Computers connected to the Internet are often 
equipped with software known as a firewall. The fire- 
wall functions to monitor incoming transmissions and 
to restrict those that are deemed suspicious. It is a 
controlled gateway that limits who and what can 
pass through. A number of vendors offer firewall pro- 
grams. Like anti-virus software, these programs can 
and should be frequently updated, since those who 
seek to maliciously gain remote access to computers 
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are constantly developing methods to thwart the fire- 
wall barrier. 


See also Clipper chip; Computer hardware secur- 
ity; Computer keystroke recorder; Forensic science. 
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! Computer virus 


A computer virus is a program that is designed to 
reproduce itself in computer memory, to spread from 
computer to computer, and, sometimes, to damage data 
maliciously or at least cause a nuisance. Viruses are gen- 
erally small programs. They may either stand-alone or be 
embedded in larger bodies of code. The term “virus” is 
applied to such code by analogy to biological viruses, 
microorganisms that force larger cells to manufacture 
new virus particles by inserting copies of their own genetic 
code into the larger cell’s DNA. Because DNA can be 
viewed as a data-storage mechanism, the parallel between 
biological and computer viruses is fairly close. 


Many viruses exploit computer networks to 
spread from computer to computer to computer, send- 
ing themselves either as e-mail messages over the 
Internet or directly over high-speed data links. 
Programs that spread copies of themselves over net- 
work connections of any kind are termed “worms,” to 
distinguish them from programs that actively copy 
themselves only within the memory resources of a 
single computer. Some experts have sought to restrict 
the term “virus” to self-replicating code structures that 
embed themselves in larger programs and are executed 
only when a user runs the host program, and to restrict 
the term “worm” to stand-alone code that exploits 
network connections to spread (as opposed to, say, 
floppy disks or CD ROMs, which might spread a 
virus). However, virus terminology has shifted over 
the last decade, as computers that do not communicate 
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over networks have become rare. So many worm/virus 
hybrids have appeared that any distinction between 
them is rapidly disappearing. In practice, any software 
that replicates itself may be termed a “virus,” and most 
viruses are designed to spread themselves over the 
Internet and are therefore “worms.” 


A program that appears to perform a legitimate or 
harmless function, but is in fact designed to propagate 
a virus is often termed a Trojan Horse, after the hol- 
low, apparently-harmless, giant wooden horse sup- 
posedly used by the ancient Greeks to sneak in inside 
the walls of Troy and overthrow that city from within. 
Another interesting subclass of viruses consists of 
chain letters that purport to warn the recipient of a 
frightening computer virus currently attacking the 
world. The letter urges its recipient to make copies 
and send them to friends and colleagues. Such hoax 
letters do not contain executable code, but do exploit 
computerized communications and legitimate concern 
over real, executable-code viruses to achieve self- 
replication, spread fear, and waste time. Chain letters 
have also been used as carriers for executable viruses, 
which are attached to the chain letter as a supposedly 
entertaining or harmless program (e.g., one that will 
draw a Christmas card on the screen). 


The first “wild” computer viruses, that is, viruses 
not designed as computer-science experiments but 
spreading through computers in the real world, 
appeared in the early 1980s and were designed to 
afflict Apple Hl personal computers. In 1984, the sci- 
ence fiction book Necromancer, by William Gibson, 
appeared; this book romanticized the hacking of giant 
corporate computers by brilliant freelance rebels, and 
is thought by some experts to have increased interest 
among young programmers in writing real-world 
viruses. The first IBM PC computer viruses appeared 
in 1986, and by 1988 virus infestations on a global 
scale had become a regular event. An anti-virus infra- 
structure began to appear at that time, and anti-virus 
experts has carried on a sort of running battle with 
virus writers ever since. As anti-virus software 
increases in sophistication, however, so do viruses, 
which thrive on loopholes in software of ever-increas- 
ing complexity. For example, in 2003 a virus popularly 
dubbed SQL Slammer (because SQL Server 2000, tar- 
geted by the virus, is a large software package run by 
many businesses and governments) made headlines by 
suspending or drastically slowing Internet service for 
millions of users worldwide. In the United States 
alone, some 13,000 automatic teller machines were 
shut down for most of a day. 


All viruses cause some degree of harm by wasting 
resources, that is, filling a computer’s memory or, like 
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SQL Slammer, clogging networks with copies of itself. 
These effects may cause data to be lost, but some 
viruses are designed specifically to delete files or issu- 
ing physically harmful series of instructions to hard 
drives. Such viruses are termed destructive. The num- 
ber of destructive viruses has been rising for over a 
decade; in 1993 only about 10% of viruses were 
destructive, but by 2000 this number had risen to 35% 


Because even nonmalicious or nondestructive 
viruses may clog networks, shut down businesses or 
websites, and cause other computational harm (with 
possible real-world consequences, in some cases), both 
the private sector and governments are increasingly 
dedicating resources to the prevention, detection, 
and defeat of viruses. Twenty to 30 new viruses are 
identified every day, and over 50,000 viruses have been 
detected and named since the early 1980s, when com- 
puters first became integrated with the world economy 
in large numbers. Most viruses are written merely as 
egotistical pranks, but a successful virus can cause 
serious losses. The ILOVEYOU virus that afflicted 
computers globally in May, 2000 was a dramatic case 
that illustrated many of the properties of viruses and 
worms. 


The ILOVEYOU virus was so named because in its 
most common form (among some 14 variants) it spread 
by looking up address-book files on each computer it 
infected and sending an e-mail to all the addresses it 
found, including a copy of itself as an attachment named 
LOVE-LETTER-FOR-YOU.TXT.VBS. (“VBS” stands 
for Visual Basic Script, a type of file readable by World 
Wide Web browsers.) If a recipient of the e-mail opened 
the attachment, the ILOVEYOU virus code would run 
on their computer, raiding the recipient’s address book 
and sending out a fresh wave of e-mails to still other 
computers. 


ILOVEYOU first appeared in Asia on May 4, 
2000. Designed to run on PC-type desktop computers, 
it rapidly spread all over the world, infecting com- 
puters belonging to large corporations, media outlets, 
governments, banks, schools, and other groups. Many 
organizations were forced to take their networks off 
line, losing business or suspending services. The 
United States General Accounting Office later esti- 
mated that the losses inflicted by the ILOVEYOU 
virus may have totaled $10 billion worldwide. 
Monetary losses occurred because of lost productivity, 
diversion of staff to virus containment, lost business 
opportunities, loss of data, and loss of consumer con- 
fidence (with subsequent loss of business). 


National security may also be threatened by com- 
puter viruses and similar software objects. Creating or 
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Computerized axial tomography 


sending a computer virus is often a crime. Because of 
the interstate nature of the Internet, computer virus 
crimes are investigated by special units and divisions 
of the Federal Bureau of Investigation. 


An intriguing form of computer virus relies on 
human beings for propagation. These viruses—to 
stretch the technical definition beyond its usual 
reach—are chain letters that warn the recipient of a 
dangerous new computer virus that is supposedly 
infecting many computers, and urge the recipient to 
send a copy of the e-mail to everyone they know. 
Almost all alarming e-mails that ask the recipient to 
send copies to everyone they know are fraudulent; 
they themselves are the time-wasting virus they 
warn of. 


See also Computer software. 
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l Computerized axial 
tomography 


Computerized axial tomography (CAT) is a 
diagnostic procedure that employs x rays in a unique 
manner. The CAT scan machine is computer con- 
trolled to assure accuracy in placement of the x-ray 
beam. Axial refers to the fact that the x-ray tubes are 
arranged in an arc about an axis. Tomography is a 
combination of tomo, from the Greek meaning to cut, 
and graph, to draw, a reference to the fact that the 
CAT scan image reveals a cross-section of the body or 
body part. Frequent uses for CAT scans include: 
sinuses (including fractures of bones and sinusitis), 
body and extremities (various procedures involving 
the abdomen, spine, chest, and other areas), brain 
(such as detection of tumors, strokes, and aneurysms), 
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Doctors examining CAT scan x rays. (Joseph Nettis. National 
Audubon Society Collection/Photo Researchers, Inc.) 


heart and aorta, and chest (such as infections within 
the cavity). 


The tomograph was developed in England in 1972. 
After a number of years of developing the apparatus, it 
is now a critical clinical medical device. Prior to the 
development of the CAT, x rays were done on the 
familiar table by a single x-ray tube that passed the 
rays through a given part of the body and exposed a 
plate of x-ray film. That film had to be developed and, 
then, viewed by a physician. This form of x ray was 
displayed on a film plate that offered a one-dimensional 
view of the body part under the x-ray tube. Ifa different 
angle was needed, the patient had to be repositioned 
and another x-ray picture taken. The CAT offers a 
number of improvements over the old method. 


The CAT scan machine, often referred to as the 
CT machine, consists of a horizontal pad on which the 
patient lies. Sandbags are placed around the patient to 
insure a motionless patient. At one end of the pad is 
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a circular structure that contains an array of x-ray 
tubes. The patient lies on the pad that is advanced 
into the circle until the desired area of the body is 
under the x-ray tubes. The x-ray tubes are focused to 
provide a very narrow angle of exposure, approxi- 
mately 0.4 in (1 cm). The first x rays are made after 
which the array of tubes rotates and another exposure is 
made. Then, the tubes rotate again, and so on, until 
x rays have been made from all angles around the body. 


Besides the convention CT scan, the helical CT and 
electron beam CT scans are available. The helical CT 
scan, also called a spiral CT scan, uses constant high- 
speed motion in order to produce precise slices at very 
small intervals within the body. The electron beam CT 
scan is used primarily to focus on the buildup of calcium 
within the body. It is still a new procedure—one that is 
still quite expensive to use. However, when coronary 
heart disease, or other critical problem, is involved, the 
electron beam CT scan is worth the expense. 


Each x-ray tube is connected to a controlling com- 
puter. As the x rays pass through the patient’s body they 
fall upon a sensitive window. The image from each tube is 
fed into the computer, and this is repeated whenever the 
x-ray tube fires, which is from a different angle each time. 


In this way, the x-ray image is projected into the 
computer from different angles. The computer con- 
structs a cross-sectional image of the body each time 
the array of x-ray tubes has completed a revolution 
around the patient. 


Following each x ray exposure the patient is 
advanced another centimeter into the machine and 
the process repeats. X rays are made and the patient 
is advanced until exposures have been made in 0.4-in 
(1-cm) increments for the length of the organ or part of 
the body being examined. 


The images from each x-ray tube are fed through a 
computer, giving numerical values to the density of 
tissue through which the beam passed. The computer 
uses the numerical values to reconstruct an image of 
the cross-section of the body at the level the x rays 
passed through. The image is printed onto a screen for 
the physician to see and on a panel of x-ray film. 


The differences in tissue density give the CT scan its 
definition. The liver is more dense than the pancreas, bone 
is more dense than liver, and so forth. The structures 
appear in different shades of gray on the screen and the 
film. The film is printed as a series of cross sectional images 
showing, for example, the liver from top to bottom. Any 
of the images can be called up on the computer screen for 
closer evaluation if the physician needs to do so. 


A CT scan is described is a noninvasive procedure; 
that is, nothing is inserted into the body. At times, the 
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KEY TERMS 


Contrast medium—A liquid that can be injected 
into a given part of the body to give shape to an 
organ. The contrast medium resists the passage of x 
rays, so it shows on the film as a dense area shaped 
like the cavity in which it has settled. It can show 
imperfections or blockages not seen on the unaided 
X ray. 

Radiologist—A physician who specializes in imag- 
ing techniques such as x rays, CAT scans, MRI 
scans, and certain scans using radioactive isotopes. 


Roentgenogram—A technical term for the x-ray 
image, named after the discoverer of x rays. 


X ray—Electromagnetic radiation of very short 
wavelength, and very high energy. 


X-ray tube—Evacuated tube in which electrons 
moving at high velocities are made to hit a metal 
target producing x rays. 


physician may want more contrast or definition to a 
given organ and may inject a contrast medium to 
accomplish this procedure. A contrast medium is a 
substance that is visible on x rays. The medium, 
injected into the blood, will concentrate in an organ 
and will outline the organ or a cavity within it. In this 
way, the size of a kidney tumor may be determined, for 
example, as may other forms of pathology. 


Obviously, the CAT scan is a specialized form of 
diagnosis and is not practical for such cases as bone 
fractures. The procedure requires more time to com- 
plete than does the ordinary, one-dimensional x ray 
and is not cost-effective for simpler procedures. 


For diagnosis of soft-tissue tumors, which are 
difficult to print on an ordinary x ray, the CAT scan 
is superior. 


All x rays rely on differences in tissue density to 
form the x-ray image. Bone resists the passage of the 
x-ray beam more than muscle, which resists more than a 
softer tissue, such as liver. Thus, the x-ray image from 
a single x-ray beam is a plate somewhat like a film 
negative showing various tones of gray. Small differ- 
ences in tissue density, as would be seen with a tumor 
in the liver, where both tissues are nearly the same 
density, would not be seen as two separate structures. 
The liver would appear as a uniformly dense organ. 


The CAT scan, however, takes x rays from differ- 
ent angles and the machine is capable after several 
exposures to determine the slight difference in densities 
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of nearly similar tissues. The liver will appear as an organ 
of a certain shade of gray, and a tumor within it will be 
discernable as a spot of slightly lighter gray because of the 
minute variation in density. Also, by finding the panel on 
which the tumor first appears and following it through to 
the panel on which it disappears, the radiologist can 
determine the size of the tumor. 


See also Radioactive tracers. 
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Larry Blaser 


| Concentration 


Concentration is the degree to which one sub- 
stance is present in a mixture. The concentration of 
each substance in a mixture can be expressed in mass 
or volume units. The components of the mixture can 
be gases, liquids, or solids. 


Earth’s atmosphere, for example, is a mixture of 
gases, and 78% of the total volume is nitrogen gas. 
(Percentages are the number of parts of a certain sub- 
stance per hundred parts of the mixture.) In other 
words, the concentration of nitrogen in Earth’s atmos- 
phere is 78%. Different types of steel are mixtures of 
iron with other elements. For example, stainless steel 
has close to 20%, by weight, of chromium. Sometimes 
a combination of mass and volume measurements are 
used; vinegar can be said to be a 5% solution of acetic 
acid, meaning 5 g of acetic acid per 100 mL of solution. 
Because it is not usually practical to analyze the whole 
body of substance in question (Earth’s atmosphere, 
for example), only samples are taken. Getting a true 
representation of the whole is crucial, or the concen- 
tration determined will not be accurate. For example, 
the concentration of nitrogen in the atmosphere 
changes slightly with altitude; sampling only at sea 
level would not be sufficient to characterize the 
whole atmosphere. 


Many commonly used mixtures are liquid solu- 
tions. For chemical reactions, molarity is a useful unit 
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of concentration. It is the number of moles of solute 
per liter of solution. Concentrated hydrochloric acid is 
12 M, meaning that there are 12 moles of hydrogen 
chloride per liter of water solution. Other useful units 
of concentrations are molality, or the number of moles 
of solute per kilogram of solvent; mole fraction, which 
is the ratio of the numbers of moles of solute and 
solution; and normality, which is the number of chem- 
ical equivalents per liter of solution. 


When very small amounts of a substance are 
present, parts per million or parts per billion may be 
used. A sample of tap water may contain 35 parts per 
million of dissolved solids. The concentration of a 
radioactive gas such as radon in air can be reported 
in picocuries per liter, or the amount of radioactivity 
per unit volume of air. For homes that are tested for the 
presence of radon, the safe limit is about 4 picocuries 
per liter. Exposure levels of dust or vapors in air may 
be given in units of mass of substance per volume of 
air. The maximum acceptable level for human expo- 
sure to ammonia vapor, for example, is 27 mg per 
cubic meter of air for short term exposure, that is, 
during a 15-minute period. Because modern analytical 
instruments require only small samples, results are 
often reported in milligrams per milliliter or nano- 
grams per milliliter. Clinical laboratory reports of sub- 
stances in blood or urine may be reported as 
milligrams per deciliter. 


Concentration, as a verb, refers to the process of 
removing solvent from a solution to increase the pro- 
portion of solute. Concentration of a salt solution is 
achieved, for example, by allowing water to evaporate 
from the solution. 


| Concrete 


Concrete, from the Latin word concretus meaning 
having grown together, is an artificially engineered 
composite material generally consisting of various 
proportions of Portland cement, water, relatively 
unreactive fillers called fine and coarse aggregates, 
and a small amount of air. The filler is usually a con- 
glomerate of gravel, sand, and blast-furnace stony 
matter known as slag. Fine aggregate particles are 
generally considered smaller than 0.25 in (6.4 mm) 
in size, while coarse aggregates are usually over 0.25 
(6.4 mm) in size. 


Concrete is used in such construction projects as 
highways and streets, buildings, bridges, dams, aque- 
ducts, airport runways, irrigation structures, piers, 
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Concrete is poured from a mixer on the edge of the California Aqueduct to a concrete laying machine, during the construction 


phase. (© Ted Streshinsky. Corbis.) 


sidewalks, and farm buildings and structures (such as 
silos). Concrete is also used as radiation shielding. 


Concrete is considered the most widely used mate- 
rial used for construction around the world. In fact, it 
is used twice as much as all the other building materi- 
als, which includes wood, steel, plastic, and aluminum. 
According to the Cement Association of Canada, in 
2004 the annual world production of concrete was 
about 5.0 billion cubic yards (3.8 billion cubic meters). 
One year later, world concrete production rose to 
about 7.8 billion cubic yards (6.0 billion cubic meters). 
China is the largest producer and user of concrete, 
producing about one-third of it each year in the first 
half of the 2000s and consuming about 40% of it 
annually. The concrete industry in the United States 
is worth about $35 billion. It employs over two million 
workers. 


Portland cement consists of finely pulverized 
matter produced by burning mixtures of lime, silica, 
alumina, and iron oxide at about 2,642°F (1,450°C). 
Chemically, Portland cement is a mixture of calcium 
aluminum silicates, typically including tricalcium 
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silicate (3CaO SiO,), dicalcium silicate (2CaO Si03), 
and tricalcium aluminate (3CaO AI,O3). It may also 
contain tetracalcium aluminoferrate (4CaO AI,03 
Fe203). Small amounts of sulfur, potassium, sodium, 
and magnesia may also be present. The properties of 
Portland cement may be varied by changing the rela- 
tive proportions of the ingredients and by grinding the 
cement to different degrees of fineness. 


When Portland cement is mixed with water, the 
various ingredients begin to react chemically with the 
water. For a short time, the resultant mix can be 
poured or formed, but as the chemical reactions con- 
tinue, the mix begins to stiffen, or set. Even after the 
mix has finished setting, it continues to combine 
chemically with the water, acquiring rigidity and 
strength. This process is called hardening. 


Ordinarily, an excess of water is added to the 
concrete mix to decrease its viscosity so that it can be 
poured and shaped. When the chemical reactions have 
more or less finished taking place, the excess water, 
which is only held by secondary chemical bonds, either 
escapes, leaving behind voids, or remains trapped in 
tiny capillaries. 
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It is important to recognize that setting and harden- 
ing result from chemical reactions between the Portland 
cement and the water. They do not occur as the result of 
the mixture drying out. In the absence of water, the reac- 
tions stop. Likewise, hardening does not require air to 
take place and will take place even under water. 


The strength of concrete is determined by the 
extent to which the chemical reactions have taken 
place by the filler size and distribution, the void volume, 
and the amount of water used. Depending on the mate- 
rials used, concrete can support, in compression, over 
10,000 Ib/sq in (700 kg/sq cm). Concrete is usually 
much stronger in compression than in tension. 
However, by properly designing steel reinforcing, con- 
crete members can be as strong in tension as in com- 
pression. Reinforced concrete is made by placing steel 
mesh or bars into the concrete form or mold and then 
pouring concrete around it. The steel adds strength. 


Other qualities of concrete are its economy of use 
and durability. Concrete is so durable, for example, 
that structures built by the ancient Egyptians over 
3,500 years ago have been discovered still standing. 
Concrete may also be modified with plastic (polymeric) 
materials to improve its properties of strength and 
durability. 


See also Bond energy. 


fl Conditioning 


Conditioning is a term used in psychology to refer 
to two specific types of associative learning, as well as 
to the operant and classical conditioning procedures 
that produce that learning. Very generally, operant 
conditioning involves administering or withholding 
reinforcements based on the performance of a targeted 
response, and classical conditioning involves pairing a 
stimulus that naturally elicits a response with one that 
does not until the second stimulus elicits a response 
like the first. Both of these procedures enabled the 
scientific study of associative learning, or the forming 
of connections between two or more stimuli. The goal 
of conditioning research is to discover basic laws of 
learning and memory in animals and humans. 


Historical roots 


Theories of conditioning and learning have a 
number of historical roots within the philosophical 
doctrine of associationism. Associationism holds that 
simple associations between ideas are the basis of 
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human thought and knowledge, and that complex 
ideas are combinations of these simple associations. 
Associationism can be traced as far back as Aristotle 
(384-322 BC), who proposed three factors—contrast, 
similarity, and contiguity, or nearness in space or time 
of occurrence—that determine if elements, things, or 
ideas will be associated together. 


British associationist-empiricist philosophers of the 
1700s and 1800s such as John Locke (1632-1704), 
David Hume (1711-1776), and John Stuart Mill 
(1806-1873), held that the two most fundamental men- 
tal operations are association and sensation. As empiri- 
cists, they believed all knowledge is based on sensory 
experience, and complex mental processes such as lan- 
guage, or ideas such as truth, are combinations of 
directly experienced ideas. This school of thought dif- 
fers from nativist views, which generally stress inherited 
genetic influences on behavior and thought. According 
to these views, humans are born with certain abilities or 
predispositions that actively shape or limit incoming 
sensory experience. For example, Plato (c. 427-347 
BC) believed humans were born with certain pre- 
formed ideas, as did Rene Descartes (1596-1650). 
Many contemporary psychologists believe people are 
born with certain skill-based potentials and capacities 
such as those involved in language. In the 1880s, 
German psychologist Hermann Ebbinghaus (1850- 
1909) brought this philosophical doctrine within the 
realm of scientific study by creating experimental meth- 
ods for testing learning and memory that were based on 
associationistic theory. Associationist ideas are also at 
the root of behaviorism, a highly influential school of 
thought in psychology that was begun by American 
psychologist John Broadus Watson (1878-1958) in the 
1910s. In addition, conditioning experiments enabling 
the standardized investigation of associations formed 
not between ideas but between varying stimuli, and 
stimuli and responses, are also based on associationism. 


Classical and operant conditioning 


The systematic study of conditioning began with 
Russian physiologist Ivan Petrovich Pavlov (1849-— 
1936). Working in the late 1800s, Pavlov developed 
the general procedures and terminology for studying 
classical conditioning wherein he could reliably and 
objectively study the conditioning of reflexes to vari- 
ous environmental stimuli. 


Pavlov initially used a procedure wherein every 
few minutes a hungry dog was given dry meat powder 
that was consistently paired with a bell tone. The meat 
powder always elicited salivation; after a few experi- 
mental trials, the bell tone alone was able to elicit 
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salivation. In Pavlov’s terminology, the meat powder is 
an unconditional stimulus because it reliably or uncon- 
ditionally led to salivation. The salivation caused by the 
meat powder is an unconditional response because it 
did not have to be trained or conditioned. The bell tone 
is a conditional stimulus because it was unable to elicit 
salivation until it had been conditioned to do so 
through repeated pairings with the unconditional stim- 
ulus. The salivation that eventually occurred to the 
conditional stimulus alone (the bell tone) is now called 
a conditional response. Conditional responses are dis- 
tinctly different from unconditional responses even 
though they superficially cause the same behavior. 
Conditioning is said to have occurred when the condi- 
tional stimulus will reliably elicit the conditional 
response or when reflexive behaviors have come under 
the control of a novel stimulus. 


In line with his physiological orientation, Pavlov 
interpreted his findings according to his hypotheses 
about brain functioning. He believed that organism 
responses are determined by the interaction of excita- 
tory and inhibitory processes in the brain’s cerebral 
hemispheres. 


There are a number of different classical conditioning 
experimental designs. Besides varying the nature of the 
unconditional stimulus, many involve varying the timing 
of the presentation of the stimuli. Another type of experi- 
ment involves training a subject to respond to one condi- 
tional stimulus and not to any other stimuli. When this 
occurs it is called discrimination. 


American psychologist Edward Lee Thorndike 
(1874-1949) developed the general procedures for study- 
ing operant conditioning (also referred to as instrumen- 
tal conditioning) in the late 1800s. Thorndike’s 
experimental procedure typically involved placing cats 
inside specially designed boxes from which they could 
escape and obtain food located outside only by perform- 
ing a specific behavior such as pulling on a string. 
Thorndike timed how long it took individual cats to 
gain release from the box over a number of experimental 
trials and observed that the cats behaved aimlessly at 
first until they seemed to discover the correct response as 
if by accident. Over repeated trials, the cats began to 
quickly and economically execute the correct response 
within just seconds. It seemed the initially random 
behaviors leading to release had become strengthened 
or reinforced by their positive consequences. It was also 
found that responses decreased and might eventually 
cease altogether when the food reward or reinforcement 
was no longer given. This is called extinction. 


In the 1930s and 1940s, American psychologist 
Burrhus Frederic (B. F.) Skinner (1904-1990) modified 
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Thorndike’s procedures by, for instance, altering the 
box so that food could be delivered automatically. In 
this way the probability and rate of responding could be 
measured over long periods of time without needing to 
handle the animal. Initially, Skinner worked with rats, 
but he eventually altered the box for use with pigeons. 


In these procedures the response being conditioned, 
pressing the lever, is called the operant because it operates 
on the environment. The food reward or any conse- 
quence that strengthens a behavior is termed a reinforcer 
of conditioning. In operant conditioning theory, behav- 
iors cease or are maintained by their consequences for the 
organism (Thorndike’s Law of Effect). 


In most operant conditioning experiments, a small 
number of subjects are observed over a long period of 
time, and the dependent variable is the response rate in 
a given period of time. In traditional operant condi- 
tioning theory, physiological or biological factors are 
not used to explain behavior as they are in traditional 
classical conditioning theory. 


Variations in operant conditioning experimental 
designs involve the nature of the reinforcement and 
the timing or scheduling of the reinforcers with respect 
to the targeted response. Reinforcement is a term used 
to refer to the procedure of removing or presenting 
negative or positive reinforcers to maintain or increase 
the likelihood of a response. Negative reinforcers are 
stimuli whose removal, when made contingent upon a 
response, will increase the likelihood of that response. 
Negative reinforcers then are unpleasant in some way, 
and they can range from uncomfortable physical sen- 
sations or interpersonal situations to severe physical 
distress. Turning off one’s alarm clock can be seen as 
a negative reinforcer for getting out of bed, assuming 
one finds the alarm unpleasant. Positive reinforcers are 
stimuli that increase the likelihood of a response when 
its presentation is made contingent upon that response. 
Giving someone pizza for achieving good grades is 
using pizza as a positive reinforcer for the desired 
behavior of achieving good grades (assuming the indi- 
vidual likes pizza). Punishment involves using aversive 
stimuli to decrease the occurrence of a response. 


Reinforcement schedules are the timing and pat- 
terning of reinforcement presentation with respect to 
the response. Reinforcement may be scheduled in 
numerous ways, and because the schedule can affect 
the behavior as much as the reinforcement itself, much 
research has looked at how various schedules affect 
targeted behaviors. Ratio and interval schedules are 
two types of schedules that have been studied exten- 
sively. In ratio schedules, reinforcers are presented 
based on the number of responses made. In interval 
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schedules, reinforcements are presented based on the 
length of time between reinforcements. Thus the first 
response to occur after a given time interval from the 
last reinforcement will be reinforced. 


Conditioning theory thrived from approximately 
the 1940s through the 1960s, and many psychologists 
viewed the learning theories based upon conditioning 
as one of psychology’s most important contributions 
to the understanding of behavior. Psychologists cre- 
ated numerous variations on the basic experimental 
designs and adapted them for use with humans as well. 


Comparison 


Operant and classical conditioning have many sim- 
ilarities but there are important differences in the nature 
of the response and of the reinforcement. In operant 
conditioning, the reinforcer’s presentation or with- 
drawal depends on performance of the targeted 
response, whereas in classical conditioning the reinforce- 
ment (the unconditional stimulus) occurs regardless of 
the organism’s response. Moreover, whereas the rein- 
forcement in classical conditioning strengthens the asso- 
ciation between the conditional and unconditional 
stimulus, the reinforcement in operant conditioning 
strengthens the response it was made contingent upon. 
In terms of the responses studied, classical conditioning 
almost exclusively focuses on reflexive types of behavior 
that the organism does not have much control over, 
whereas operant conditioning focuses on non-reflexive 
behaviors that the organism does have control over. 


Whether the theoretical underlying conditioning 
processes are the same is still an open question that may 
ultimately be unresolvable. Some experimental evidence 
supports an important distinction in how associations are 
formed in the two types of conditioning. Two-process 
learning theories are those that see classical and operant 
conditioning processes as fundamentally different. 


Current research/future developments 


How findings from conditioning studies relate to 
learning is an important question. However, first, 
learning must be defined. Psychologists use the term 
learning in a slightly different way than it is used in 
everyday language. For most psychologists, learning 
at its most general is evidenced by changes in behavior 
due to experience. In traditional theories of condition- 
ing, learning is seen in the strengthening of a condi- 
tional reflex and the creation of a new association 
between a stimulus and a response. Yet more recent 
and complex conditioning experiments indicate that 
conditioning involves more than the strengthening of 
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stimulus-response connections or new reflexes. It 
seems conditioning may be more accurately described 
as a process through which the relationship between 
events or stimuli and the environment are learned 
about and behavior is then adjusted. 


In addition, research comparing normal and devel- 
opmentally challenged children, and older children and 
adults, suggests that people have language- or rule- 
based learning forms that are more efficient than asso- 
ciative learning, and these types of learning can easily 
override the conditioning process. In sum, conditioning 
and associative learning seem to explain only certain 
aspects of human learning and are now seen as simply 
another type of learning task. Therefore, while condi- 
tioning had a central place in American experimental 
psychology from approximately the 1940s through the 
1960s, its theoretical importance for learning has dimin- 
ished. On the other hand, practical applications of 
conditioning procedures and findings continue to grow. 


See also Reinforcement, positive and negative. 
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[ Condors 


Condors are New World vultures that are among 
the largest of flying birds. There are only two species, 
the Andean condor (Vultur gryphus) and the critically 
endangered California condor (Gymnogyps california- 
nus). They are related to the smaller vultures of the 
Americas, including the king vulture (Sarcoramphus 
papa) and turkey vulture (Cathartes aura), which also 
belong to family Cathartidae. In the same family, but 
extinct for about 10,000 years was the largest flying 
bird that ever lived. This was Teratornis incredibilis, a 
vulture found in the southwestern United States that 
had a wingspan of at least 16 ft (4.9 m). 


The combined head and body length of the living 
condors is about 50 in (127 cm), and they weigh 20-25 lb 
(9-11 kg). They have black or dark brown plumage with 
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California condor. (U.S. Fish & Wildlife Service.) 


white patches on the underside of the wings. The 
California condor has a wing span of 9 ft (2.7 m), while 
that of the Andean condor is 10 ft (3.1 m). Both species 
have a ruff of feathers around the neck, colored black on 
the California condor and white on the Andean. Both 
condors have a bald head and a short, sharply hooked 
beak. The Andean condor’s naked skin is grayish red, 
while that of the California condor is pinkish orange. The 
Andean male has an extra fleshy growth on top of its 
head, rather like a rooster’s comb. The California condor 
does not have this growth. 


The range of the Andean condor extends through- 
out the high Andes Mountains, and much of this 
habitat remains wild. It can fly over the highest 
peaks, but may land on lower-lying fields to scavenge 
dead animals. Although rare, this species still exists in 
relatively large numbers. 


The California condor, however, is one of the 
most critically endangered animals on Earth. 
Historically, its range extended over much of North 
America, when it once foraged for carcasses of large 
ice age mammals. However, the condors began to 
decline at about the same time that many of these 


large mammals became extinct, around 10,000- 
12,000 years ago. By the time of the European settle- 
ment, the range of the California condor was restricted 
to the western coast and mountains. As human pop- 
ulations in the region grew, the condor population 
declined further. By the 1950s its range was restricted 
to a small area of central California surrounding the 
southern end of the San Joaquin valley. In recent 
decades, condor habitat has been further disrupted 
by petroleum drilling, planting of citrus groves, and 
residential developments. In addition, rangeland 
where dead cattle might have been scavenged was 
extensively converted to cultivated fields of alfalfa 
and other crops. California condors have also suffered 
lead poisoning after ingesting lead shot or bullets in 
carrion. They have also been affected by DDT and 
other insecticides. 


California condors lay only a single egg. After 
hatching, it takes the young condor 18 months to 
develop its wings sufficiently for flight. During that 
time, the chick is vulnerable to cold or hunger, espe- 
cially when its parents fly far to forage for food, leav- 
ing the chick exposed for an extended time. It takes six 


Congenital 


years for a California condor to attain sexual matur- 
ity. Because of its low fecundity, its population cannot 
sustain much mortality. 


Return to the wild 


It was obvious by the 1950s that California condors 
were in danger of extinction. In 1978, there were only 
about 30 birds left in the wild, and nine years later only 
six. At that time, all wild California condors were cap- 
tured by the U.S. Fish and Wildlife Service and taken to 
the San Diego Wild Animal Park and the Los Angeles 
Zoo, where over 20 other condors were already in 
residence. The zoos began a captive breeding program 
for the California condor, and by 1996, 103 individuals 
were alive. The population recovery was sufficient to 
allow some birds to be introduced back into the wild. 


To test ideas about how best to return condors to the 
wild, several Andean condors were brought to the United 
States and released in a national forest. It quickly became 
apparent that there were too many human activities and 
influences in the area for the condors to be reintroduced 
successfully. They had to be released farther from civili- 
zation. To this end, the Sespe Condor Sanctuary was 
acquired by the U.S. Fish and Wildlife Service as a wilder- 
ness habitat for these endangered birds. First two, then 
several additional California condors were released to this 
area. When several birds were poisoned by lead shot in 
carrion they ate, it became clear that the reintroduced 
birds would have to be provided with safe food until their 
numbers increased. By January 2006, there were 127 wild 
birds at five release sites, including 44 that were over six 
years old (the age at which breeding can begin). Breeding 
in the wild resumed in 2002, and by September 2005, 17 
attempts had been recorded, from which four offspring 
were still surviving. The reintroduction program contin- 
ues and has expanded its geographic coverage to include 
two areas in California and two more in Baja California. 
The ultimate goal is to establish at least two separate 
populations of more than 150 birds each. 


The California condor has received a reprieve from 
extinction, but its survival depends on the continuation of 
intensive management efforts and the conservation of 
sufficient habitat to sustain a viable breeding population. 
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tl Congenital 


Congenital describes a condition or defect that exists 
at birth. Congenital disorders are inborn; they are present 
in the developing fetus. Sickle cell disease, Down syn- 
drome, and congenital rubella syndrome are three exam- 
ples of congenital conditions in humans. Congenital 
disorders result from abnormalities in the fetus’s genetic 
inheritance, conditions in the fetal environment, or a com- 
bination of the two. Two to three percent of babies in the 
United States are born with a major congenital defect. 
Prenatal testing can detect some congenital conditions. 


Many congenital conditions are caused by chro- 
mosomal disorders. A human fetus inherits 23 chromo- 
somes from its mother and 23 chromosomes from 
its father, making a total of 23 pairs. An extra or miss- 
ing chromosome creates havoc in fetal development. 
Down syndrome, marked by mental retardation and a 
distinctive physical appearance, is caused by an extra 
chromosome. 


Each chromosome carries many genes. Like chro- 
mosomes, genes are present in pairs. Genes are respon- 
sible for many inherited traits, including eye color and 
blood type. Genetic disorders are caused by abnormal 
genes. Sickle cell disease, a blood disorder, occurs when a 
fetus inherits an abnormal gene from each parent. 
Polydactyly, the presence of extra fingers or toes, occurs 
when an abnormal gene is inherited from one parent. 


Some congenital disorders are caused by environ- 
mental factors. Certain genetic combinations may 
make some fetuses more vulnerable to the absence or 
presence of certain nutrients or chemicals. Spina bifida, 
also known as “open spine,” occurs when embryo 
development goes awry and part of the neural tube 
fails to close. Adequate amounts of folic acid, a vita- 
min, help prevent spina bifida. Cleft palate, a hole in the 
roof of the mouth, is another congenital defect that 
seems to be caused by multiple factors. Congenital 
rubella syndrome, marked by mental retardation and 
deafness, is present in newborns whose mothers con- 
tracted rubella (German measles) during pregnancy. 
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Prenatal testing can diagnose certain congenital 
disorders. Ultrasound, which uses sound waves to pro- 
duce an image of the fetus, can discover some defects of 
the heart and other organs. Amniocentesis and cho- 
rionic villi sampling are procedures that remove fetal 
cells from the pregnant uterus for genetic testing. These 
tests can determine the presence of Down syndrome, 
sickle cell anemia, cystic fibrosis, and other genetic 
diseases. Couples may choose to terminate the preg- 
nancy if serious abnormalities are discovered. 


See also Birth defects; Embryo and embryonic 
development. 
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t Congruence (triangle) 


Two triangles are congruent if they are alike in every 
geometric respect except, perhaps, one. That one possi- 
ble exception is in the triangle’s “handedness.” There are 
only six parts of a triangle that can be seen and meas- 
ured: the three angles and the three sides. The six features 
of a triangle are all involved with congruence. If triangle 
ABC is congruent to triangle DEF, then 


ZA 2ZDAB2& DE 
ZB = ZEBC 2 EF 
LC 2/ZFCA 2 FD 


Thus triangles ABC and DEF in Figure | are (or 
appear to be) congruent. (The symbol for “is congruent 
to” is =.) 

The failure of congruence to include handedness 
usually does not matter. If triangle DEF were a 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


mirror, however, it would not fit into a frame in the 
shape of triangle ABC. 


The term congruent comes from the Latin word 
congruere, meaning “to come together.” It therefore 
carries with it the idea of superposition, the idea that 
one of two congruent figures can be picked up and 
placed on top of the other with all parts coinciding. In 
the case of congruent triangles, the parts would be the 
three sides and the three angles. 


Some authors prefer the word “equal” to “congruent.” 
Congruence is usually thought of as a relation between 
two geometric figures. In most practical applications, 
however, it is not the congruence of two triangles that 
matters, but the congruence of the triangle with itself 
at two different times. 


There is a remarkably simple proof, for instance, 
that the base angles of an isosceles triangle are equal, 
but it depends on setting up a correspondence of a 
triangle ABC with the triangle ACB, which is, of 
course, the same triangle. 


Two triangles are congruent if two sides and the 
included angle of one are congruent to two sides and the 
included angle of the other. This can be proven by 
superimposing one triangle on the other: they have to 
match. Therefore the third side and the two other angles 
have to match. Modern authors typically make no 
attempt to prove it, taking it as a postulate instead. 


Whatever its status in the logical structure, side- 
angle-side congruence (abbreviated SAS) is a very use- 
ful geometric property. The compass with which one 
draws circles works because it has legs of a fixed length 
and a tight joint between them. In each of the positions 
the compass takes, the spacing between the legs—the 
third side of the triangles—is unchanging. Common 
shelf brackets support the shelf with two stiff legs and 
a reinforced corner joining them. A builder frames a 
door with measured lengths of wood and a carpenter’s 
square to make the included angle a right angle. In all 
these instances, the third side of the triangle is missing, 


1079 


(a|3uei4}) duan48Uu0ZD 


Congruence (triangle) 


but that does not matter. The information is sufficient 
to guarantee the length of the missing side and the 
proper shape of the entire triangle. 


Two triangles are congruent if two angles and the 
included side of one are congruent respectively to two 
angles and the included side of the other. This is 
known as angle-side-angle (ASA) congruence, and is 
usually proved as a consequence of SAS congruence. 


This is also a very useful property. Range finders, 
for example, used by photographers, golfers, and artil- 
lery observers, among others are based on ASA con- 
gruence. In Figure 2, the user sights the target C along 
line AC, and simultaneously adjusts angle B so that C 
comes into view along CB (small mirrors at B and at A 
direct the ray CB along BA and thence into the observ- 
er’s eye). The angle CAB is fixed; the distance AB is 
fixed; and the angle CAB, although adjustable, is 
measurable. By ASA congruence there is enough 
information to determine the shape of the triangle. 


Although ASA congruence calls for an included side, 
the side can be an adjacent side as well. Since the sum of 
the angles of a triangle is always a straight angle, if any 
two of the angles are given, then the third angle is deter- 
mined. The correspondence has to be kept straight, how- 
ever. The equal sides cannot be an included side in one 
triangle and an adjacent side in the other or adjacent sides 
of angles which are not the equal angles. 


Two triangles are congruent if three sides of one 
are equal, respectively, to the three sides of the other. 
This is known as side-side-side (SSS) congruence. 


Probably the most widely exploited case of congru- 
ence is a folding ladder that is kept steady by a locking 
brace. Only the lengths of the three sides (see Figure 3) 
are fixed. The angles at A, B, and C are free to vary, and 
do so when the brace is unlocked and the ladder folded. 


Draftsmen can replicate triangles easily and accu- 
rately with only a T-square, compass, and scale. Figure 
4 shows the technique used. A contractor, with nothing 
more than a tape, some pegs, and some string, can lay 
out a rectangular foundation. 


One set of criteria for congruence that can be 
used with caution is side-side-angle congruence. 
Figure 5 illustrates this. Here the lengths AB and AC 
are given. So is the size of angle C, which is not an 
included angle. With AB given, the vertex B can lie 
anywhere on a circle with center at A. If the second 
side of angle C misses the circle, no triangle meeting 
the specifications is possible. If it is tangent to the 
circle, one triangle is possible; if it cuts the circle, two 
are possible. This type of congruence comes into play 
when using the law of sines 
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Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 


Group.) 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 


Group.) 


AB Given 
AC Given 
BC Given 


Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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ZC Given 
CA Given 
AB Given 


Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


sine of angle C 
side opposite C 


sine of angle B 
side opposite B 


to find an unknown angle, say angle B, by solving 
for sin B. If sin B is greater than 1, no such angle exists. 
If it equals 1, then B is a right angle. If it is less than 1, 
then sin B = sin (180 — B) gives two solutions. 
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J. Paul Moulton 


| Conic sections 


A conic section is the plane curve formed by the 
intersection of a plane and a right-circular, two- 
napped cone. Such a cone is shown in Figure 1. 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Section 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The cone is the surface formed by all the lines 
passing through a circle and a point. The point must 
lie on a line, called the axis, which is perpendicular to 
the plane of the circle at the circle’s center. This point 
is called the vertex, and each line on the cone is called a 
generatrix. The two parts of the cone lying on either 
side of the vertex are nappes. When the intersecting 
plane is perpendicular to the axis, the conic section is a 
circle (Figure 2). 
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Conic sections 


Section 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Section 


Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


When the intersecting plane is tilted and cuts com- 
pletely across one of the nappes, the section is an oval 
called an ellipse (Figure 3). 


When the intersecting plane is parallel to one of 
the generatrices, it cuts only one nappe. The section is 
an open curve called a parabola (Figure 4). 


When the intersecting plane cuts both nappes, the 
section is a hyperbola, a curve with two parts, called 
branches (Figure 5). 
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plane 


Figure 5. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


All these sections are curved. If the intersecting 
plane passes through the vertex, however, the section 
will be a single point, a single line, of a pair of crossed 
lines. Such sections are of minor importance and are 
known as “degenerate” conic sections. 


Since ancient times, mathematicians have known 
that conic sections can be defined in ways that have no 
obvious connection with conic sections. One set of 
ways is the following: 


Ellipse: The set of points P such that PF, + PF, 
equals a constant and F, and F; are fixed points called 
the foci (Figure 6). 


Parabola: The set of points P such that PD = PF, 
where F is a fixed point called the focus and D is the 
foot of the perpendicular from P to a fixed line called 
the directrix (Figure 7). 


Hyperbola: The set of points P such that PF; — 
PF, equals a constant and F, and F; are fixed points 
called the foci (Figure 8). 


If P, F, and D are shown as in Figure 7, then the 
set of points P satisfying the equation PF/PD = e 
where e is a constant, is a conic section. If0 <e < 1, 
then the section is an ellipse. If e = 1, then the section is 
a parabola. If e > 1, then the section is a hyperbola. 
The constant e is called the eccentricity of the conic 
section. 


Because the ratio PF/PD is not changed by a 
change in the scale used to measure PF and PD, all 
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Figure 6. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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Figure 7. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


conic sections having the same eccentricity are geo- 
metrically similar. 


Conic sections can also be defined analytically, 
that is, as points (x,y) that satisfy a suitable equation. 
An interesting way to accomplish this is to start with a 
suitably placed cone in coordinate space. A cone with 
its vertex at the origin and with its axis coinciding with 
the z-axis has the equation x? + y* — kz* = 0. The 
equation of a plane in space is ax + by +cz+d=0. If 
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Figure 8. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


one uses substitution to eliminate z from these equa- 
tions, and combines like terms, the result is an equa- 
tion of the form Ax? + Bxy + Cy* + Dx + Ey + F=0 
where at least one of the coefficients A, B, and C will 
be different from zero. 


For example if the cone x* + y” — z* = 0 is cut by 
the plane y + z — 2 = 0, the points common to both 
must satisfy the equation x + 4y — 4 = 0, which can be 
simplified by a translation of axes to x* + 4y = 0. 
Because, in this example, the plane is parallel to one 
of the generatrices of the cone, the section is a parab- 
ola (Figure 9). 


One can follow this procedure with other intersecting 
planes. The plane z — 5 = 0 produces the circle x* + y? — 
25 = 0. The planes y + 2z — 2= 0 and 2y+z—2=0 
produce the ellipse 12x” + 9y* — 16 = 0 and the hyper- 
bola 3x? — 9y* + 4 = 0 respectively (after a simplifying 
translation of the axes). These planes, looking down the 
x-axis, are shown in Figure 10. 


As these examples illustrate, suitably placed conic 
sections have equations which can be put into the 
following forms: 


. 2 2 
Circle: x? + y* =r 


Ellipse: A*x* + B*y* = C? 


Parabola: y = Kx? 
Hyperbola: A?x? — B*y* = + C? 


The equations above are “suitably placed.” When 
the equation is not in one of the forms above, it can 
be hard to tell exactly what kind of conic section the 
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Conic sections 


Figure 9. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 10. (/ilustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


equation represents. There is a simple test, however, 
which can do this. With the equation written Ax” + 
Bxy + Cy? + Dx + Ey + F=0, the discriminant B? — 
4AC will identify which conic section it is. If the dis- 
criminant is positive, the section is a hyperbola; if it 
is negative, the section is an ellipse; if it is zero, 
the section is a parabola. The discriminant will not 
distinguish between a proper conic section and a 
degenerate one such as x” — y~ = 0; it will not distin- 
guish between an equation that has real roots and one, 
such as x* + y? + 1 = 0, that does not. 


(—b + Vb? — 4ac) 


v= 2a 
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Figure 11. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Students who are familiar with the quadratic for- 
mula will recognize the discriminant, and with good 
reason. It has to do with finding the points where the 
conic section crosses the line at infinity. If the discrim- 
inant is negative, there will be no solution, which is 
consistent with the fact that both circles and ellipses lie 
entirely within the finite part of the plane. Parabolas 
lead to a single root and are tangent to the line at 
infinity. Hyperbolas lead to two roots and cross it in 
two places. 


Conic sections can also be described with polar 
coordinates. To do this most easily, one uses the focus- 
directrix definitions, placing the focus at the origin and 
the directrix at x = —k (in rectangular coordinates). 
Then the polar equation is r = Ke/(1 — ecos 8) where e 
is the eccentricity (Figure 11). 


The eccentricity in this equation is numerically 
equal to the eccentricity given by another ratio: 
CF/CV, where CF represents the distance from the 
geometric center of the conic section to the focus, 
and CV the distance from the center to the vertex. In 
the case of a circle, the center and the foci are the same; 
so CF and the eccentricity are both zero. In the case of 
the ellipse, the vertices are end points of the major axis, 
hence farther from the center than the foci. CV is 
therefore bigger than CF, and the eccentricity is less 
than 1. In the case of the hyperbola, the vertices lie on 
the transverse axis, between the foci, hence the eccen- 
tricity is greater than 1. In the case of the parabola, the 
“center” is infinitely far from both the focus and the 
vertex; so (for those who have a good imagination) the 
ratio CF/CV is 1. 
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KEY TERMS 


Conic section—A figure that results from the inter- 
section of a right circular cone with a plane. Conic 
sections are the circle, ellipse, parabola, and 
hyperbola. 


Directrix—A line that, together with a focus, deter- 
mines the shape of a conic section. 


Eccentricity—The center-to-focus/center-to-vertex 
ratio in a conic section; or, the ratio distance-to- 
focus/distance-to-directrix, which is the same for 
all points on a conic section. These two definitions 
are mathematically equivalent. 


Focus—A point, or one of a pair of points, whose 
position determines the shape of a conic section. 
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Conies see Lagomorphs 


| Conifer 


Conifer (common name for phylum Pinophyta) is 
a type of tree that thrives in temperate and boreal 
climates. Characterized by seed-bearing cones, coni- 
fers typically have narrow, needle-like leaves covered 
with a waxy cuticle and straight trunks with horizontal 
branches. These trees are usually evergreen, meaning 
they do not shed their leaves all at once, and can 
photosynthesize continually. There are two orders of 
conifer, Pinales and Taxales. 


There are two major seed-producing plants: gym- 
nosperms (meaning “naked seed”) and angiosperms 
(meaning “enclosed seed”). These two groups get their 
names from their female reproductive characteristics: 
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the gymnosperms have egg cells or seeds on the scales 
of the cone, while the angiosperm seeds are enclosed 
within ovaries, which, if fertilized, eventually turn into 
fruit. Conifers are one of the three groups of gymno- 
sperms, which also include the cycads (tropical plants 
with palmlike leaves) and a group consisting of four 
plants having both gymnosperm and angiosperm 
features. 


Male and female cones grow separately on the 
same tree. The female cones are larger and grow on 
the upper branches, while the male cones tend to grow 
on the lower branches. Both female and male cones 
have a central shaft with scales or leaflike projections 
called sporophylls that are specially shaped to bear 
sporangia (a reproductive unit). Each female sporo- 
phyll has an area where two ovules (each containing a 
group of fertile eggs) develop within a protective tissue 
called the nucellus. Male sporangia contain thousands 
of microspores, which divide (through meiosis) into 
more microspores, which eventually turn into grains 
of yellow pollen. Pollen dispersal depends on air cur- 
rents, and with dry, windy conditions, a grain of pollen 
can travel miles from where it was released. The pollen 
enters the female cone through an opening in the 
nucellus and sticks to the ovule. After fertilization, a 
little conifer seedling, complete with a root, develops 
within a seed coat. The seed is still attached to the scale 
of the cone, which, when caught by the wind, acts asa 
wing to carry the seed. 


Some conifers can be shrub-like, while others, like 
the giant sequoia (Sequoia sempervirens), grow very 
tall. Through fossils, it has been learned that conifers 
have existed since the Carboniferous period some 300 
million years ago. Most species no longer exist. 
Currently there are approximately 550 known species. 
In North America, firs (Abies), larches (Larix), spruces 
(Picea), pines (Pinus), hemlocks (Tsuga), and junipers 
(Juniperus) are most common in mountain ranges of 
the Pacific Northwest and the Rocky Mountains. 
Conifers also extend through the northern regions 
of the United States and Canada, as well as into 
mountain ranges closer to the tropics. Some pine 
species grow in lowland areas of the southeastern 
United States. 


Conifers are an important renewable resource; 
they provide the majority of wood for building, as 
well as pulp for paper. Resins, oleoresins, and gums 
are important materials for the chemical industry in 
products such as soaps, hard resins, varnishes, and 
turpentine. 


See also Juniper; Spruce; Yew. 
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| Connective tissue 


Connective tissue is found throughout the body 
and includes fat, cartilage, bone, and blood. The main 
functions of the different types of connective tissue 
include providing support, filling in spaces between 
organs, protecting organs and aiding in the transport 
of materials around the body. 


General structure of connective tissue 


Connective tissue is composed of living cells and 
protein fibers suspended in a gel-like material called 
matrix. Depending on the type of connective tissue, 
the fibers are either collagen fibers, reticular fibers, 
elastin fibers, or a combination of two or more types. 
The type and arrangement of the fibers gives each type 
of connective tissue its particular properties. 


Overview of connective tissue matrix 


Of the three types of protein fibers in connective 
tissue, collagen is by far the most abundant, and 
accounts for almost one third of the total body weight 
of humans. Under the microscope, collagen looks like 
a rope, with three individual protein fibers twined 
around each other. It is extremely strong but has little 
flexibility. Reticular fibers are composed of very short, 
small collagen fibers that form a netlike supporting 
structure that gives shape to various organs. Elastin 
fibers have elastic properties and can stretch and be 
compressed, importing flexibility into the connective 
tissues where they are found. 
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A scanning electron micrograph (SEM) of hyaline articular 
cartilage covering the end of a long bone. The smooth, 
slippery surface of the cartilage enables movement of the 
joint. (Prof. P. Motta/Dept. of Anatomy/University "La Sapienza", 
Rome/Science Photo Library. National Audubon Society 
Collection/Photo Researchers, Inc.) 


Types of connective tissue 


Two main types of fibrous connective tissue are 
found in the body: dense and loose. In dense connective 
tissue, almost all the space between the cells is filled by 
large numbers of protein fibers. In loose connective 
tissue, there are fewer fibers between the cells which 
imparts a more open, loose structure. 


Dense connective tissue contains large numbers 
of collagen fibers, and so it is exceptionally tough. 
Dense regular connective tissue has parallel bundles 
of collagen fibers and forms tendons that attach 
muscles to bone and ligaments that bind bone to 
bone. Dense irregular connective tissue, with less 
orderly arranged collagen fibers, forms the tough 
lower layer of the skin known as the dermis and 
encapsulates delicate organs such as the kidneys and 
the spleen. 


Loose connective tissue has fewer collagen fibers 
than dense connective tissue; it therefore is not as 
tough. Loose connective tissue (also known as areolar 
connective tissue) is widely distributed throughout the 
body and provides the loose packing material between 
glands, muscles, and nerves. 


Two other fibrous connective tissues are adipose 
and reticular tissue. Adipose tissue is composed of 
specialized fat cells and has few fibers; it functions as 
an insulator, a protector of delicate organs, and as a 
site of energy storage. Reticular connective tissue is 
composed mostly of reticular fibers that form a netlike 
web that forms the internal framework of organs like 
the liver, lymph nodes, and bone marrow. 
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Connective tissue composed of ground 
substance and protein fibers 


Connective tissue composed of ground substance 
and protein fibers differs from fibrous connective tissue 
in that it contains more ground substance. Two main 
types of this kind of connective tissue are found in the 
body: cartilage and bone. 


Cartilage is composed of cartilage cells and colla- 
gen fibers or a combination of collagen and elastin 
fibers. An interesting characteristic of cartilage is that 
when it is compressed, it immediately springs back into 
shape. 


Hyaline cartilage is rigid yet flexible, due to evenly 
spaced collagen fibers. Hyaline cartilage is found at the 
ends of the ribs, around the trachea (windpipe), and at the 
ends of long bones that form joints. Hyaline cartilage 
forms the entire skeleton of the embryo, which is gradually 
replaced by bone as the newborn grows. 


Fibrocartilage contains densely packed, regularly 
arranged collagen fibers that impart great strength to 
this connective tissue. Fibrocartilage is found between 
vertebrae as discs that act as a cushion. 


Elastic cartilage contains elastin fibers and is thus 
more flexible than either hyaline cartilage or fibrocar- 
tilage. Elastic cartilage is found in the pinnas of the 
external ear. 


Bone is composed of bone cells (osteocytes), sus- 
pended in a matrix of collagen fibers and minerals. 
The mineral portion imparts great strength and 
rigidity to bone. Osteocytes are located in depressions 
called lacunae, which are connected by canals called 
Haversian canals. 


Two types of bone form the mammalian skeleton: 
cancellous (or trabecular or spongy) bone and com- 
pact bone. Cancellous bone is more lattice-like than 
compact bone and does not contain as many collagen 
fibers in its matrix. Cancellous bone is lightweight, yet 
strong, and is found in the skull, the sternum and ribs, 
the pelvis and the growing ends of the long bones. 
Compact bone is densely packed with fibers and 
forms the outer shell of all bones and the shafts of 
the long bones of the arms and legs. Compact bone is 
heavier and provides great strength and support. 


Mostly fluid connective tissue 


Blood is a liquid connective tissue composed of a 
fluid matrix and blood cells, including white blood 
cells, which function in the immune system, and red 
blood cells, which transport oxygen and carbon diox- 
ide. The fluid part of blood, the plasma, transports 
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hormones, nutrients, and waste products, and plays a 
role in temperature regulation. 


See also Skeletal system. 
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| Conservation 


Conservation is the protection of natural resour- 
ces, either by leaving them wild or by using them in a 
conservative, rational way, so that they will continue 
to exist for a long time to come. 


The idea that the world needs to be conserved was 
not obvious to many societies until a century or so ago 
(and is still denied by many people). American con- 
servationist thought has evolved from its inception in 
the mid-1850s, when naturalists, businesspeople and 
statesmen alike foresaw environmental, economic and 
social peril in the unregulated use and abuse of North 
America’s natural resources. Since those early 
attempts to balance the needs and desires of a growing, 
industrialized American public against the productiv- 
ity and aesthetic beauty of the American wilderness, 
American environmental policy has experienced 
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pendulum swings between no-holds-barred industrial 
exploitation, economically-tempered natural resource 
management, and preservationist movements that 
advocate protection of nature for nature’s sake. 


Government agencies instituted at the beginning of 
the twentieth century to guide the lawful, scientifically 
sound use of America’s forests, water resources, agri- 
cultural lands, and wetlands, have had to address new 
environmental concerns such as air and water pollu- 
tion, waste management, wildfire prevention, and spe- 
cies extinction. As the human population increased and 
technology advanced, American conservation policies 
and environmental strategies have had to reach beyond 
the borders of the United States to confront issues like 
global warming, stratospheric ozone depletion, distri- 
bution of global energy and mineral resources, loss of 
biodiversity, and overuse of marine resources. 


An organized, widespread conservation movement, 
dedicated to preventing uncontrolled and irresponsible 
exploitation of forests, land, wildlife, and water resour- 
ces, first developed in the United States during the last 
decades of the nineteenth century. This was a time when 
accelerating settlement and resource depletion made con- 
servationist policies appealing both to a large portion 
of the public and to government leaders. European set- 
tlement had reached across the entire North American 
continent, and the census of 1890 declared the American 
frontier closed. The era of North American exploration 
and the myth of an inexhaustible, virgin continent had 
come to an end. Furthermore, loggers, miners, settlers, 
and ranchers were laying waste to the nation’s forests, 
prairies, mountains, and wetlands. Accelerating, waste- 
ful commercial exploitation of natural resources went 
almost completely unchecked as political corruption 
and the economic power of lumber, mining, and cattle 
barons made regulation impossible. 


At the same time, American wildlife was disappear- 
ing. The legendary, immense flocks of passenger pigeons 
that migrated down the North American Atlantic coast 
disappeared entirely within a generation because of unre- 
strained hunting. Millions of bison were slaughtered by 
market hunters for their skins and meat and by tourists 
shooting from passing trains. Logging, grazing, and 
hydropower development threatened America’s most 
dramatic national landmarks. Niagara Falls, for example, 
nearly lost its untamed water flow. California’s sequoia 
groves were considered for logging, and sheep grazed in 
Yosemite Valley. 


Conservationist movement founded 


Gifford Pinchot, the first head of the U.S. Forest 
Service, founded the conservation movement in the 
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United States. He was a populist who fervently believed 
that the best use of nature was to improve the life of 
common citizens. Pinchot had extensive influence during 
the administration of President Theodore Roosevelt, also 
an ardent conservationist, and helped to steer conserva- 
tion policies from the turn of the century to the 1940s. 
Guided by the writing and thought of his conservationist 
predecessors, Pinchot brought science-based methods of 
resource management and a utilitarian philosophy to the 
Forest Service. 


George Perkins Marsh, a Vermont forester and 
geographer, whose 1864 publication Man and Nature 
is a wellspring of American environmental thought, 
influenced Pinchot’s ideas for American environmen- 
tal policy. He was also inspired to action by John 
Wesley Powell, Clarence King, and other explorer- 
naturalists who assessed and cataloged the nation’s 
physical and biological resources following the Civil 
War, as well as by his own observations of environ- 
mental destruction and social inequities precipitated 
by unregulated wilderness exploitation. 


Conservation, as conceived by Pinchot, Powell, and 
Roosevelt, advocated thoughtful, rational use of natural 
resources, and not establishment of protected, unex- 
ploited wild areas. In their emphasis on wise resource 
use, the early conservationists were philosophically div- 
ided from the early preservationists. Preservationists, led 
by the eloquent writer and champion of Yosemite Valley, 
John Muir, bitterly opposed the idea that the best vision 
for the nation’s forests was their conversion into agricul- 
tural land and timber tracts, developed to produce only 
species and products useful to humans. Muir, guided by 
the writing of the transcendentalist philosophers Ralph 
Waldo Emerson and Henry Thoreau, argued vehemently 
that parts of the American wilderness should be preserved 
for their aesthetic value and for the survival of wildlife, 
and that all land should not be treated as a storehouse of 
useful commodities. Pinchot, however, insisted that: “The 
object of [conservationist] forest policy is not to preserve 
the forests because they are beautiful... or because they 
are refuges for the wild creatures of the wilderness... but 
the making of prosperous homes... Every other consid- 
eration is secondary.” The motto of the U.S. National 
Forest Service, “The Land of Many Uses” reflects 
Pinchot’s philosophy of land management. 


Because of its more moderate and politically pal- 
atable stance, conservation became the more popular 
position by the turn of the century. By 1905, conser- 
vation had become a blanket term for nearly all 
defense of the environment. More Americans had 
come to live in cities, and to work in occupations not 
directly dependent upon resource exploitation. The 
urban population was sympathetic to the idea of 
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preserving public land for recreational purposes and 
provided much of the support for the conservation 
movement from the beginning. The earlier distinction 
from preservation was lost until it re-emerged in the 
1960s as persons now called “environmentalists” once 
again raised vocal objections to conservation’s anthro- 
pocentric (human-centered) emphasis. Late twentieth 
century naturalists like Rachel Carson, Edward Abbey, 
Aldo Leopold, as well as more radical environmental 
groups, including Greenpeace and Earth First!, owe 
much of their legacy to the turn of the century preser- 
vationists. More recently, deep ecologists and biore- 
gionalists have likewise departed from mainstream 
conservation, arguing that other species have intrinsic 
rights to exist outside of the interests of humans. 


As a scientific, humanistic, and progressive phi- 
losophy, conservation has led to a great variety of 
government and popular efforts to protect America’s 
natural resources from exploitation by businesses and 
individuals. A professionally trained government for- 
est service was developed to maintain national forests 
and to limit the uncontrolled “timber mining” prac- 
ticed by logging and railroad companies of the nine- 
teenth century. Conservation-minded presidents and 
administrators set aside millions of acres of public 
land as national forests and parks for public use. 
A corps of scientifically trained fish and wildlife man- 
agers was established to regulate populations of game 
birds, sport fish, and hunted mammals for public use 
on federal lands. 


Some of the initial conservation tactics seem 
strange by modern ecological standards and have 
had unintended consequences. For example, federal 
game conservation involved extensive programs of 
predator elimination leading to near extinction of 
some of America’s most prized animals, including 
the timber wolf, the grizzly bear, the mountain lion, 
and the nation’s symbol, the bald eagle. Decades of 
no-burn policies in national forests and parks, com- 
bined with encroachment by suburban neighbor- 
hoods, have led to destructive and dangerous forest 
fires in the American West. Extreme flood control 
measures have exposed a large population along the 
Mississippi river system to catastrophic flooding. 
However, early environmental policies were advised 
by the science of their time, and were unquestionably 
fairer and less destructive than the unchecked indus- 
trial development they replaced. 


An important aspect of the growth of conserva- 
tion has been the development of professional schools 
of forestry, game management, and wildlife manage- 
ment. When Gifford Pinchot began to study forestry, 
Yale University had only meager resources, and Pinchot 
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gained the better part of his education at a school 
of forest management in Nancy, France. Several dec- 
ades later, the Yale School of Forestry, initially 
financed largely by the wealthy Pinchot family, was 
able to produce such well-trained professionals as 
Aldo Leopold, who went on to develop the first pro- 
fessional school of game management in the United 
States at the University of Wisconsin. Today, most 
American universities offer courses in resource man- 
agement and ecology, and many schools offer full- 
fledged programs in integrated ecological science and 
resource management. 


During the administration of Franklin D. Roosevelt, 
conservation programs included such immense economic 
development projects as the Tennessee Valley Authority 
(TVA), which dammed the Tennessee River for flood 
control and electricity generation. The Bureau of 
Reclamation, formed in 1902 to manage surface water 
resources in 17 western states, constructed more than 600 
dams in the 1920s and 1930s, including the Hoover Dam 
and Glen Canyon dams across the Colorado River and 
the Grand Coulee Dam on the Columbia River. The 
Civilian Conservation Corps developed roads, built struc- 
tures, and worked on erosion control projects for the 
public good. The Soil Conservation Service was estab- 
lished to advise farmers in maintaining and developing 
their farmland. 


Voluntary citizen conservation organizations 
have also done extensive work to develop and main- 
tain natural resources. The Izaak Walton League, 
Ducks Unlimited, and local gun clubs and fishing 
groups have set up game sanctuaries, preserved wet- 
lands, campaigned to control water pollution, and 
released young game birds and fish. Organizations 
with less directly utilitarian objectives have also 
worked and lobbied in defense of nature and wildlife, 
including the National Audubon Society, the Nature 
Conservancy, the Sierra Club, the Wilderness Society, 
and the World Wildlife Fund. 


Global environmental efforts 


From the beginning, American conservation 
ideas, informed by the science of ecology and the 
practice of resource management on public lands, 
spread to other countries and regions. In recent deca- 
des, however, the rhetoric of conservation has taken a 
prominent role in international development and 
affairs, and the United States Government has taken 
a back-seat role in global environmental policy. 
United Nations Environment Program (UNEP), the 
Food and Agriculture Organization of the United 
Nations (FAO), the International Union for the 
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Conservation of Nature and Natural Resources 
(IUCN), and the World Wildlife Fund (WWF) are 
some of today’s most visible international conservation 
organizations. 


The international community first convened in 1972 
at the UN Conference on Earth and Environment in 
Stockholm to discuss global environmental concerns. 
UNEP was established at the Stockholm Convention. 
In 1980, the IUCN published a document entitled 
the World Conservation Strategy, dedicated to helping 
individual countries, including developing nations, 
plan for the maintenance and protection of their soil, 
water, forests, and wildlife. A continuation and update 
of this theme appeared in 1987 with the publication 
of the UN World Commission on Environment 
and Development’s book, Our Common Future, also 
known as the Brundtland Report. The idea of sustain- 
able development, with its vision of ecologically bal- 
anced, conservation-oriented economic development, 
was introduced in this 1987 paper and has gone on to 
become a dominant ideal in international development 
programs. Also in 1987, the international community 
agreed to work together to counter stratospheric ozone 
depletion by man-made chemicals with the Montreal 
Protocol. 


In 1992, world leaders gathered at the United 
Nations Conference on Environment and Development 
to discuss some of the issues set forth in the Brundtland 
Report. The Rio “Earth Summit” painted a grim picture 
of global environmental problems like global climate 
change, resource depletion, and pollution. The Rio sum- 
mit inspired a number of ratified agreements designed to 
tackle some of these seemingly intractable issues, includ- 
ing mitigation of possible global climate change caused 
by industrial emissions with the 2002 Kyoto Protocol. 


The international community has tempered its 
philosophy of conservation since the 1992 Rio 
Summit. Sustainable development, a philosophy very 
similar to Pinchot’s original conservation ideal, was 
the catchphrase for the United Nation’s 2002 Earth 
Summit in Johannesburg, South Africa. The 1992 Rio 
summit produced a laundry list of grim environmental 
problems—global warming, the ozone hole, biodiver- 
sity and habitat loss, deforestation, marine resource 
depletion—and suggested an “either-or” decision 
between economic development and environmental 
solutions. The 2002 Earth Summit, however, focused 
on international regulations that address environmen- 
tal problems: water and air quality, accessibility 
of food and water, sanitation, agricultural product- 
ivity, and land management. These problems often 
accompany the human population’s most pressing 
social issues: poverty, famine, disease, and war. 
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Furthermore, new strategies for coping with environ- 
mental issues involve offering economic incentives to 
provide for the common good instead of punishing 
non-compliant governments and_ corporations. 
However, the grim problems listed in the early 1990s 
had not gone away. On the contrary, they had wors- 
ened: by 2006, the world had significantly less soil, less 
drinkable water, fewer species of animals and plants, 
less wilderness, fewer trees, less ozone, more pollution, 
and warmer, more chaotic weather than it had a dec- 
ade and a half earlier. In the early 2000s, with many 
types of scientific data showing that global weather 
was warming rapidly, especially in the polar regions, a 
fresh wave of concern and international activism on 
questions of conservation occurred; whether it is 
enough to make changes that will lead to a sustainable 
future is still in question. 


See also Agrochemicals; Air pollution; Alternative 
energy sources; Animal breeding; Beach nourishment; 
Bioremediation; Blue revolution (aquaculture); Chlor- 
ofluorocarbons (CFCs); Crop rotation; Ecological eco- 
nomics; Ecological integrity; Ecological monitoring; 
Ecological productivity; Ecotourism; Environmental 
impact statement; Indicator species; Old-growth 
forests; Organic farming; Ozone layer depletion; Pollu- 
tion control; Recycling; Restoration ecology; Slash- 
and-burn agriculture; Water conservation. 
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| Conservation laws 


Conservation laws refer to those laws of physics 
which describe quantities that remain constant in 
nature. If these physical quantities are carefully meas- 
ured, and if all known sources are taken into account, 
they will always remain unchanged. The validity of 
conservation laws is tested through experiments. The 
conservation laws include the conservation of linear 
momentum, the conservation of angular momentum, 
the conservation of energy and mass, and the conser- 
vation of electric charge. In addition, there are many 
conservation laws that deal with subatomic particles, 
that is, particles smaller than the atom. 


Conservation of linear momentum 


A rocket ship taking off, the recoil of a rifle, and a 
bank-shot in a pool game are examples that demon- 
strate the conservation of linear momentum. Linear 
momentum is defined as the product of an object’s 
mass and its velocity. For example, the linear momen- 
tum of a 220 Ib (100 kg) football-linebacker traveling 
at a speed of 10 mph(16 km/h) is exactly the same as 
the momentum of a 110 Ib (50 kg) sprinter traveling 
at 20 mph (32 km/h). Since the velocity is both the 
speed and direction of an object, the linear momentum 
is also specified by a certain direction. 


The linear momentum of one or more objects is 
conserved when there are no external forces acting on 
those objects. For example, consider a rocket ship in 
deep outer space, where the force of gravity is negli- 
gible. Linear momentum will be conserved, since the 
external force of gravity is absent. If the rocket ship is 
initially at rest, its momentum is zero, since its speed is 
zero (Figure la). If the rocket engines are suddenly 
fired, the rocket ship will be propelled forward (Figure 
1b). For linear momentum to be conserved, the final 
momentum must be equal to the initial momentum, 
which is zero. Linear momentum is conserved if one 
takes into account the momentum both of the rocket 
and of the gasses ejected out the back. The positive 
momentum of the rocket ship going forward is equal 
to the negative momentum of the fuel going backward. 
(Note that the direction of motion is used to define 
positive and negative.) Adding these two quantities 
yields zero. It is important to realize that the rocket’s 
propulsion is not achieved by the fuel pushing on any- 
thing. In outer space there is nothing to push on. 
Propulsion is achieved by the conservation of linear 
momentum. An easy way to demonstrate this type of 
propulsion is by propelling yourself on a frozen pond. 
Since there is little friction between your ice skates and 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


the ice, linear momentum is conserved. Throwing an 
object in one direction will cause you to travel in the 
opposite direction. 


Even in cases where the external forces are signifi- 
cant, the concept of conservation of linear momentum 
can be applied to a limited extent. An instance would be 
the momentum of objects that are affected by the exter- 
nal force of gravity. For example, a bullet is fired at a 
clay pigeon that has been launched into the air. The 
linear momentum of the bullet and clay pigeon at the 
instant just before impact is equal to the linear momen- 
tum of the bullet and hundreds of shattered clay pieces 
at the instant just after impact. Linear momentum is 
conserved just before, during, and just after the colli- 
sion (Figure 2). This is true because the external force of 
gravity does not significantly affect the momentum of 
the objects within this narrow time period. Many sec- 
onds later, however, gravity will have had a significant 
influence, and the total momentum of the objects will 
not be the same as just before the collision. 


There are many illustrations of the conservation of 
linear momentum. Begin to walk forward in a rowboat 
and you will notice that the boat begins to travel back- 
ward relative to the water: the momentum your legs 
impart to your body is equal and opposite to the 
momentum they impart to the boat. When a rifle is 
fired, the recoil one feels against one’s shoulder is due 
to the momentum of the rifle, which is equal but in the 
opposite direction to the momentum of the bullet. 
Again, since the rifle is so much heavier than the bullet, 
its velocity is correspondingly less. Conservation of 
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Figure 2. (Iilustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


linear (and angular) momentum is used to give space 
probes an extra boost when they pass planets. The 
momentum of the planet as it circles the sun in its 
orbit is given to the passing space probe, increasing its 
velocity on its way to the next planet. In all of the 
experiments ever attempted, there has been never been 
a violation of the law of conservation of linear 
momentum. 


Conservation of angular momentum 


Just as there is the conservation of motion for 
objects traveling in straight lines, there is also a con- 
servation of motion for objects traveling along curved 
paths. This conservation of rotational motion is 
known as the conservation of angular momentum. 
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An object that is traveling at a constant speed in a 
circle (compare this to a race car on a circular track) is 
shown in Figure 3. The angular momentum for this 
object is defined as the product of the object’s mass, its 
velocity, and the radius of the circle. For example, a 
2,200-Ib (1,000 kg) car traveling at 30 mph (50 km/h) 
on a 2—mi-radius (3 km) track, a 4,400-lb (2,000-kg) 
truck traveling at 30 mph on a 1-mi-radius (1.6 km) 
track, and a 2,200-lb car traveling at 60 mph (97 km/h) 
on a |—mi-radius track will all have the same value of 
angular momentum. In addition, objects that are spin- 
ning, such as a top or an ice skater, have angular 
momentum that is defined by their mass, their shape, 
and the velocity at which they spin. 


In the absence of external forces that tend to change 
an object’s rotation, the angular momentum will be 
conserved. Close to Earth, gravity is uniform and will 
not tend to alter an object’s rotation. Consequently, 
many instances of angular momentum conservation 
can be seen every day. When an ice skater goes from 
a slow spin, with her arms stretched out, into a fast 
spin, with her arms at her sides, we are witnessing the 
conservation of angular momentum. With arms 
stretched, the radius of the rotation circle is large and 
the rotation speed is small. With arms at her side, the 
radius of the rotation circle is now small and the speed 
must increase to keep the angular momentum 
constant. 


An additional consequence of the conservation of 
angular momentum is that the rotation axis of a spin- 
ning object will tend to keep a constant orientation. For 
example, a spinning Frisbee thrown horizontally will 
tend to keep its horizontal orientation even if tapped 
from below. To test this, try throwing a Frisbee without 
spin and see how unstable it is. A spinning top remains 
vertical as long as it keeps spinning fast enough. Earth 
itself maintains a constant orientation of its spin axis 
due to the conservation of angular momentum. 


As is the case for linear momentum, there has never 
been a violation of the law of conservation of angular 
momentum. This applies to all objects, large and small. 
In accordance with the Bohr model of subatomic par- 
ticles, the electrons that surround the nucleus of the 
atom are found to possess angular momentum of only 
certain discrete values. Intermediate values are not 
found. Even with these constraints, the angular momen- 
tum is always conserved. 


Conservation of energy and mass 


Energy is a state function that can be described in 
many forms. One form of energy is kinetic energy, 
which is the energy of motion. A moving object has 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


kinetic energy (as well as other forms of energy) 
because it is moving. However, many non-moving 
objects contain energy in the form of potential or 
stored energy. A boulder on the top of a cliff has 
potential energy. This implies that the boulder could 
convert this potential energy into kinetic energy if it 
were to fall off the cliff. A stretched bow and arrow 
have potential energy also. This implies that the stored 
energy in the bow could be converted into the kinetic 
energy of the arrow after it is released. Stored energy 
may be more complicated than these mechanical 
examples, however, as in the stored electrical energy 
in a car battery. We know that the battery has stored 
energy because this energy can be converted into the 
kinetic energy of a cranking engine. There is stored 
chemical energy in many substances, for example gas- 
oline. Again we know this because the energy of the 
gasoline can be converted into the kinetic energy of a 
car moving down the road. This stored chemical 
energy could alternately be converted into thermal 
energy by burning the gasoline and using the heat to 
increase the temperature of water in a bath, for 
instance. In all these instances, energy can be con- 
verted from one form to another, but the total energy 
remains constant. 


In certain instances, even mass can be converted 
into energy. For example, in a nuclear reactor, the 
nucleus of the uranium atom is split into fragments. 
The sum of the masses of the fragments is always less 
than the original uranium nucleus. What happened to 
this original mass? This mass has been converted into 
thermal energy, which heats the water to drive steam 
turbines, which ultimately produce electrical energy. 
As first discovered by Albert Einstein (1879-1955), 
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there is a precise relationship defining the amount of 
energy that is equivalent to a certain amount of mass. 
In instances in which mass is converted into energy, or 
visa versa, this relationship must be taken into 
account. 


In general, therefore, there is a universal law of 
conservation of energy and mass that applies to all of 
nature. The sum of all the forms of energy and mass in 
the universe is a certain amount, which remains con- 
stant. As is the case for angular momentum, the ener- 
gies of the electrons that surround the nucleus of the 
atom can possess only certain discrete values. And 
again, even with these constraints, the conservation 
of energy and mass is always obeyed. 


Conservation of electric charge 


Electric charge is the property of matter that 
makes you experience a spark when you touch a 
metal doorknob after shuffling your feet across a 
rug. It is also the property that produces lightning 
and is the basis of all electrical machines and all elec- 
trical phenomena in nature, including the behaviors of 
molecules. Electric charge comes in two varieties, pos- 
itive and negative. Like charges repel, that is, they tend 
to push one another apart, and unlike charges attract, 
that is, they tend to pull one another together. 
Therefore, two negative charges repel one another 
and, likewise, two positive charges repel one another. 
On the other hand, a positive charge will attract a 
negative charge. The net electric charge on an object 
is found by adding all the negative charge to all the 
positive charge residing on the object. Therefore, the 
net electric charge on an object with an equal amount 
of positive and negative charge is exactly zero. The 
more net electric charge an object has, the greater will 
be the force of attraction or repulsion for another 
object containing a net electric charge. 


Electric charge is a property of the particles that 
make up an atom. The electrons that surround the 
nucleus of the atom have a negative electric charge. 
The protons, which partly make up the nucleus, have a 
positive electric charge. The neutrons, which also 
make up the nucleus, have no electric charge. The 
negative charge of the electron is exactly equal and 
opposite to the positive charge of the proton. For 
example, two electrons separated by a certain distance 
will repel one another with the same force as two 
protons separated by the same distance and, likewise, 
a proton and electron separated by this same distance 
will attract one another with the same force. 


Electric charge is only available in discrete units. 
These discrete units are exactly equal to the amount of 
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electric charge that is found on the electron or the 
proton (which have equal and opposite charges). It is 
impossible to find a naturally occurring amount of 
electric charge that is smaller than what is found on 
the proton or the electron. All objects contain an 
amount of electric charge, which is made up of a com- 
bination of these discrete units. An analogy can be 
made to the winnings and losses in a penny ante game 
of poker. If you are ahead, you have a greater amount 
of winnings (positive charges) than losses (negative 
charges); if you are in the hole, you have a greater 
amount of losses than winnings. Note that the amount 
that you are ahead or in the hole can only be an exact 
amount of pennies or cents, as in 49 cents up or 78 cents 
down. You cannot be ahead by 32 and 1/4 cents. This is 
the analogy to electric charge. You can only be positive 
or negative by a discrete amount of charge. 


If one were to add all the positive and negative 
electric units of charge in the universe together, one 
would arrive at a number that never changes. This 
would be analogous to remaining always with the 
same amount of money in poker. If you go down by 
five cents in a given hand, you have to simultaneously 
go up by five cents in the same hand. This is the state- 
ment of the law of conservation of electric charge. Ifa 
positive charge turns up in one place, a negative charge 
must turn up in the same place so that the net electric 
charge of the universe never changes. There are many 
other subatomic particles besides protons and elec- 
trons that have discrete units of electric charge. Even 
in interactions involving these particles, the law of 
conservation of electric charge is always obeyed. 


Other conservation laws 


In addition to the conservation laws already 
described, there are conservation laws that describe 
reactions between subatomic particles. Several hundred 
subatomic particles have been discovered since the dis- 
covery of the proton, electron, and the neutron. By 
observing which processes and reactions occur between 
these particles, physicists can determine new conserva- 
tion laws governing these processes. For example, there 
exists a subatomic particle called the positron, which is 
very much like the electron except that it carries a 
positive electric charge. The law of conservation of 
charge would allow a process whereby a proton could 
change into a positron. However, the fact that this 
process does not occur leads physicists to define a new 
conservation law restricting the allowable transforma- 
tions between different types of subatomic particles. 


Occasionally, a conservation law can be used to 
predict the existence of new particles. In the 1920s, it 
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was discovered that a neutron could change into a 
proton and an electron. However, the energy and 
mass before the reaction was not equal to the energy 
and mass after the reaction. Although seemingly a 
violation of energy and mass conservation, it was 
instead proposed that the missing energy was carried 
by a new particle, unheard of at the time. In 1956, this 
new particle, named the neutrino, was discovered. As 
new subatomic particles are discovered and more 
processes are studied, the conservation laws will be 
an important asset to our understanding of the 
universe. 
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[ Constellation 


A constellation is a group of stars that form a long- 
recognized pattern in the sky. The names of many con- 
stellations are Greek in origin and are related to ancient 
mythology. (The ancient Chinese astronomers also div- 
ided stars into constellations that, today, are called Xiu, 
or mansions.) The stars that make up a constellation 
may be at very different distances from the Earth and 
from one another. The pattern is one that humans 
choose to see and has no physical significance. In fact, 
in three-dimensional space, most of the stars within a 
constellation are far distant from one another—having 
little or nothing in common with respect to their dis- 
tance from Earth or from one another. 


Novice stargazers are often taught that the pat- 
tern of stars in a constellation resembles an animal or a 
person engaged in some activity. For example, 
Sagittarius is supposed to be an archer, Ursa Major a 
large bear, and Ursa Minor a small bear. However, 
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The constellation Orion, the Great Hunter. The three closely 
placed stars just left of center in this photo are Alnilam, 
Alnitak, and Mintaka, and they mark Orion’s belt. The short 
line of less brilliant stars beneath the belt are his scabbard. In 
the upper left, at Orion’s right shoulder, is the star 
Betelgeuse. His left shoulder is the star Bellatrix. His left foot 
is the star Rigel, and the bright stars to the right of top center 
are an animal skin that he carries as a shield. (U.S. National 
Aeronautics and Space Administration NASA.) 


most people locate Sagittarius by looking for a group 
of stars that resemble an old-fashioned coffee pot. 
Ursa Major is more commonly seen as a Big Dipper 
and Ursa Minor as a Little Dipper. In fact, it is more 
likely that ancient stargazers named constellations to 
honor people, objects, or animals that were a part of 
their mythology, not because they thought the pattern 
resembled the honoree. 


Today, the International Astronomical Union 
divides the stars in the sky into 88 constellations that 
are used by astronomers to identify regions where 
stars and other objects are located in the celestial 
sphere (sky). Just as a person might tell someone that 
Pike’s Peak is near Colorado Springs, Colorado, so an 
astronomer refers to nebula (M 42) as the Orion 
Nebula or speaks of galaxy M 31 in Andromeda and 
the globular cluster M 13 in Hercules. 


The constellations seen in the Northern Hemi- 
sphere’s winter sky—Orion, Taurus, Canis Major, 
and others—gradually move westward with time, 
rising above the eastern horizon approximately four 
minutes earlier each evening. By late spring and 
early summer, the winter constellations are on the western 
horizon in the early evening and Leo, Bootes, Cygnus, 
and Sagittarius dominate the night sky. In the fall, 
Pegasus, Aquila, and Lyra brighten the heavens. A 
number of polar constellations (Cephus, Cassiopeia, 
and Ursa Minor in the north and Crux, Centaurus, 
and Pavo in the south) are visible all year as they rotate 
about points directly above the North and South 
Poles. 
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The westward movement of the constellations is 
the result of Earth’s motion along its orbit about the 
sun. With each passing day and month, humans see a 
different part of the celestial sphere at night. From this 
frame of reference, on a planet with a tilted axis, the 
sun, moon, and planets follow a path along the celes- 
tial sphere called the ecliptic, which makes an angle of 
23.5° with the celestial equator. As the sun moves 
along the ecliptic, it passes through 12 constellations, 
which ancient astronomers referred to as the Signs of 
the Zodiac—Aries, Taurus, Gemini, Cancer, Leo, 
Libra, Scorpius, Sagittarius, Capricorn, Aquarius, 
and Pisces. The planets also move along the ecliptic, 
but because they are much closer to the Earth than the 
stars, their paths change with respect to the constella- 
tions. These wanderers, which is what the ancients 
called the planets, led to astrology—the belief that 
the motion of the sun, moon, and planets along the 
zodiac has some influence on human destiny. While 
there is no evidence to support such belief, the pseu- 
doscience of astrology led to the careful observations 
of early astronomers. 


See also Celestial coordinates; Milky Way; Star. 


| Constructions 


Constructions, in mathematics, are geometric fig- 
ures that are drawn based on a set of pre-selected 
measurements. Much of Euclidean geometry is based 
on two geometric constructions: the drawing of circles 
and the drawing of straight lines. To draw a circle with 
a compass, one needs to know the location of the 
center and at least one point on the circle. To draw a 
line segment with a straightedge, one needs to know 
the location of its two end points. To extend a seg- 
ment, one must know the location of it or a piece of it. 


Three of the five postulates in Euclid’s Elements 
(from Greek mathematician Euclid of Alexandra 
[c. 325-c. 265 BC] say that these constructions are 
possible: 


To draw a line from any point to any point. 
To produce a finite straight line in a straight line. 
To describe a circle with any center and distance. 


The constructions based on these postulates are 
called straightedge and compass constructions. 


The Elements does not explain why these tools 
have been chosen, but one may guess that it was their 
utter simplicity, which geometers (people who study 
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Figure 1. Construction of an equilateral triangle. (///ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


Figure 2. Illustration of Archimedes method for trisecting an 
arbitrary angle ABC. (/ilustration by Hans & Cassidy. Courtesy of 
Gale Group.) 


geometry) found, and continue to find, appealing. 
These tools are certainly not the only ones that the 
ancient Greeks employed, and they are not the only 
ones upon which modern draftsmen depend. Triangles, 
French curves, ellipsographs, T-squares, scales, pro- 
tractors, and other drawing aids both speed the draw- 
ing and make it more precise. 


These tools are not the only ones on which con- 
temporary geometry courses are based. Such courses 
will often include a protractor postulate that allows 
one to measure angles and to draw angles of a given 
size. They may include a ruler-placement postulate 
that allows one to measure distances and to construct 
segments of any length. Such postulates turn problems 
that were once purely geometric into problems with an 
arithmetic component. Nevertheless, straightedge and 
compass constructions are still studied. 
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Euclid’s first proposition is to show that, given a 
segment AB, he can construct an equilateral triangle 
ABC. (There has to be a segment. Without a segment, 
there will not be a triangle.) Using A as a center, he 
draws a circle through B. Using B as a center, he draws 
a circle through A. He calls either of the two points 
where the circles cross C. That gives him two points, so 
it is possible to draw segment AC. He can draw BC. 
Then ABC is the required triangle (Figure 1). 


Once Euclid has shown that an equilateral triangle 
can be constructed, the ability to do so is added to his 
tool bag. He now can draw circles, lines, and equi- 
lateral triangles. He goes on to add the ability to draw 
perpendiculars, to bisect angles, to draw a line through 
a given point parallel to a given line, to draw equal 
circles, to transfer a line segment to a new location, to 
divide a line segment into a specified number of equal 
parts, and so on. 


There are three constructions which, with the given 
tools, neither Euclid nor any of his successors were able 
to do. One was to trisect an arbitrary angle. Another was 
to draw a square whose area was equal to that of a given 
circle. A third was to draw the edge of a cube whose 
volume was double that of a given cube. “Squaring the 
circle”, as the second construction is called, is equivalent 
to drawing a segment whose length is m times that of a 
given segment. “Duplicating the cube” requires drawing 
a segment whose length is the cube root of 2 times that 
of the given segment. 


In about 240 BC, Ancient Greek mathematician 
Archimedes (287-212 BC) devised a method of trisect- 
ing an arbitrary angle ABC. Figure 2 shows how he 
did it. Angle ABC is the given angle. ED is a movable 
line with ED = AB. It is placed so that E lies on BC 
extended; D lies on the circle; and the line passes 
through A. Then, ED = DB = AB, so triangles 
EDB and ABD are isosceles. Because the base angles 
of an isosceles triangle are equal and because the exte- 
rior angle of a triangle is equal to the sum of the two 
non-adjacent interior angles, the sizes, in terms of x, of 
the various angles are as marked. Angle Eis, therefore, 
one third the size of the given angle ABC; ABC has 
been trisected. 


Why is this ingenious but simple construction not 
a solution used by Euclid to solve the problem of 
trisecting an angle? Line ED has to be movable. It 
requires a straightedge with marks on it. Simple as 
marking a straightedge might be, the Euclidean postu- 
lates do not make provision for doing so. 


Archimedes’ technique for trisecting an angle is by 
no means the only one that has been devised. American 
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KEY TERMS 


Compass—A device for drawing circles having a 
given center and radius. 


Construction—A drawing of a geometrical figure 
made with the use of certain specified tools. 


Straightedge—An unmarked ruler of any length 
that can be used to draw lines through two given 
points. 


mathematician Howard Whitley Eves (1911-2004), in 
his History of Mathematics, describes several others, all 
ingenious. He also describes techniques for squaring 
the circle and duplicating the cube. All the construc- 
tions he describes, however, call for tools other than a 
compass and straightedge. 


Actually doing these constructions is not just dif- 
ficult with the tools allowed; it is impossible. This was 
proved using algebraic arguments in the nineteenth 
century. Nevertheless, because the goals of the con- 
structions are so easily stated and understood, and 
because the tools are so simple, people continue to 
work at them, not knowing, or perhaps not really 
caring, that their task is a Sisyphean one. (A 
Sisyphean task is one that is similar to the task forced 
upon Sisyphus, a king in Greek mythology, who was 
punished in the underworld by being forced to roll a 
boulder up a steep hill, only to see it at the top roll 
back down where he was again forced to roll it back up 
the hill—for eternity.) 


The straightedge and compass are certainly simple 
tools, yet mathematicians have tried to get along with 
even simpler ones. In the tenth century, Persian math- 
ematician and astronomer Abul Wafa (940-c. 998) 
based his constructions on a straightedge and a rusty 
compass—one that could not be adjusted. Nine cen- 
turies later, it was proved by French mathematician 
Jean-Victor Poncelet (1788-1867) and Swiss mathe- 
matician Jakob Steiner (1796-1863) that, except for 
drawing circles of a particular size, a straightedge and 
rusty compass could do everything a straightedge and 
ordinary compass could do. They went even further, 
replacing the rusty compass with one already-drawn 
circle and its center. 


In 1797, Italian mathematician Lorenzo Mascheroni 
(1750-1800) published a book in which he showed that a 
compass alone could be used to do anything that one 
could do with a compass and straightedge together. 
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He could not draw straight lines, of course, but he 
could locate the two points that would determine the 
undrawn line; he could find where two undrawn lines 
would intersect; he could locate the vertices of a penta- 
gon; and so on. Later, his work was found to have been 
anticipated more than 100 years earlier by Danish math- 
ematician Georg Mohr (1640-1697). Compass-only 
constructions are now known as Mohr-Mascheroni 
constructions. 
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| Contaminated soil 


The presence of toxic and radioactive chemicals in 
soil at concentrations above trace levels poses poten- 
tial risks to human health and ecological integrity. Soil 
can be contaminated by many human actions, includ- 
ing discharge of solid or liquid materials to the soil 
surface, pesticide and fertilizer application, subsurface 
release from buried tanks, pipes, or landfills, and dep- 
osition of atmospheric contaminants such as dust and 
particles containing lead. 


Contaminants can be introduced into the soil 
horizon at discrete locations called point sources, or 
across wide areas called non-point sources. Point 
source contamination typical of leaking tanks, pipes, 
and landfills is often concentrated and causes rapid, 
dramatic effects in a localized region near the original 
spill or leak. Soil contaminated by leakage from a 
point source is, however, often easier to identify and 
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remediate than the diffuse pollution caused by non- 
point sources like agriculture runoff or airfall from 
coal-burning energy plants. Governmental programs 
established to clean up contaminated soil in the United 
States (such as Superfund) have made progress in 
cleaning up the nation’s most polluted sites, but the 
technical difficulty and expense of remediation has 
made prevention the clear solution to soil contamina- 
tion issues. 


Frequently observed soil contaminants include 
hydrocarbons (compounds that contain both hydro- 
gen and carbon), such as benzene, toluene, ethylene, 
and xylene, and alkanes found in fuels. Noxious com- 
pounds used in chemical processing such as paraffin; 
chlorinated organic compounds such as polychlori- 
nated biphenyls (PCBs) that were used as coolants 
and lubricants in electrical equipment; pesticides and 
wood preservatives such as pentachlorophenol; and 
inorganic compounds of heavy metals like lead, cad- 
mium, arsenic, and mercury are all additional contam- 
inants found in soil. Soil can also become 
contaminated with radioactive waste. Often, soil is 
tainted with a mixture of contaminants. The nature 
of the soil, the chemical and physical characteristics of 
the contaminant, environmental factors such as cli- 
mate and hydrology, and proximity to human agricul- 
tural and municipal water sources interact to 
determine the accumulation, mobility, toxicity, and 
overall significance of the contamination in any spe- 
cific instance. 


Fate of soil contaminants 


Contaminants in soil may be present as solids, 
liquids, or gases. When liquids are released, they 
move downward through the soil and may fill pore 
spaces, absorb onto mineral or organic surfaces, dis- 
solve into soil water, or volatilize into the soil atmos- 
phere. Most hydrocarbons exist in more than one 
location in soil. For example, insoluble soil contami- 
nants, which do not mix with other soil constituents, 
travel downward to reach the saturated zone, or water 
table, where spaces between soil particles are filled 
with fluid. Their behavior in the water table depends 
on their density. Light compounds float on the water 
table, while denser compounds may sink deeper into 
the water. Although many hydrocarbon compounds 
are not very soluble in water, even low levels of dis- 
solved contaminants may produce unsafe or unaccept- 
able groundwater quality. Other contaminants such as 
inorganic salts, nitrate fertilizers for example, are 
highly soluble and move rapidly through the soil envi- 
ronment. Metals like lead, mercury, and arsenic dem- 
onstrate a range of behaviors; some chemically bind to 
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soil particles and are held within a small region, while 
others can dissolve in water and move far from their 
point of entry. 


Soil contaminants that enter the water table can be 
transported by the water flow. The flow can move hor- 
izontally and vertically away from the contaminant 
source. Movement up or down in the groundwater is 
possible, forming a three-dimensional zone of contami- 
nant that decreases in concentration with distance from 
the source and time since introduction of the contami- 
nant. A portion of the contaminant is left behind as 
groundwater flow passes, resulting in a longer-term con- 
tamination of the soil after the contaminant plume has 
receded. If the groundwater velocity is fast, the zone of 
contamination may spread quickly, potentially affecting 
wells, surface water, and plants that extract the conta- 
minated water in a wide area. 


Over years or decades, especially in sandy and 
other porous soils, groundwater contaminants and 
leachate may be transported over distances of miles, 
resulting in a situation that is extremely difficult and 
expensive to remedy. In such cases, immediate action 
is needed to contain and clean up the contamination. 
However, if the soil is largely comprised of fine- 
grained silts and clays, contaminants will spread 
slowly. Comprehensive understanding of site-specific 
factors is important in evaluating the extent of soil 
contamination, and in selection of an effective cleanup 
strategy. 


Superfund and other legislation 


Prior to the 1970s, inappropriate waste disposal 
practices like dumping untreated liquids in lagoons 
and landfills were common and widespread. Some of 
these practices were undertaken with willful disregard 
for their environmental consequences (and occasion- 
ally for existing regulations), but many types of soil 
contamination occurred as a result of scientific igno- 
rance. The toxicity of many contaminants, including 
PCBs and methyl mercury, was discovered long after 
the chemicals were spilled, dumped, or sprayed into 
soils. The ability of groundwater flow to transport 
contaminants was likewise unknown until decades 
after many contaminants had flowed away from 
unlined landfills, sewage outlets, and chemical dumps. 


The presence and potential impacts of soil con- 
tamination were finally brought to public attention 
after well-publicized disasters at Love Canal, New 
York, the Valley of the Drums, Kentucky, and 
Times Beach, Missouri. Congress responded by pass- 
ing the Comprehensive Environmental Response, 
Compensation, and Liability Act in 1980 (commonly 
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known as CERCLA, or Superfund) to provide funds 
with which to remediate contamination at the worst 
sites of point-source pollution. After five years of 
much litigation but little action, Congress updated 
CERCLA in 1986 with the Superfund Amendments 
and Reauthorization Act. 


In 2003, a total of 1,300 sites across the United 
States were designated as National Priorities List 
(NPL) sites that were eligible under CERCLA for 
federal cleanup assistance. By 2005, the number of 
qualifying sites had risen to over 1,600. These 
Superfund sites are considered the nation’s largest 
and most contaminated sites in terms of the possibility 
for adverse human and environmental impacts. They 
are also the most expensive sites to clean. While not as 
well recognized, numerous other sites have serious soil 
contamination problems. 


The U.S. Office of Technology Assessment and 
the Environmental Protection Agency (EPA) have 
estimated that about 20,000 abandoned waste sites 
and 600,000 other sites of land contamination exist 
in the United States. These estimates exclude soils 
contaminated with lead paint in older urban areas, 
the accumulation of fertilizers and pesticides in agri- 
cultural land, salination of irrigated soils in arid 
regions, and other classes of potentially significant 
soil contamination. Federal and state programs 
address only some of these sites. 


Currently, CERCLA is the EPA’s largest pro- 
gram, with expenditures exceeding $3 billion during 
the 1990s. However, this is only a fraction of the cost 
to government and industry that will be needed to clean 
all hazardous and toxic waste sites. Mitigation of the 
worst 9,000 waste sites is estimated to cost at least $500 
billion and to take at least 50 years to complete. The 
problem of contaminated soil is significant not only in 
the United States, but in all industrialized countries. 


U.S. laws such as CERCLA and the Resource 
Conservation and Recovery Act (RCRA) also attempt 
to prohibit practices that have led to extensive soil 
contamination in the past. These laws restrict disposal 
practices and ensure that the money for cleanup, per- 
sonal injury, and property damage costs is recovered. 
Furthermore, the laws discourage polluters from 
deliberately contaminating soil by making it possible 
that offenders could go to jail. 


Soil cleanup 


The cleanup or remediation of contaminated soil 
takes two major approaches: (1) source control and 
containment and (2) soil and residual treatment and 
management. Typical containment strategies involve 
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isolating potential contamination sources from sur- 
face and groundwater flow. Installation of a cover 
over the waste limits the entry of rain and snowmelt 
and decreases the amount of contaminant that escapes 
to the surrounding soil. Scrubbers and filters on 
energy plant smokestacks prevent contamination of 
rainwater by dissolved chemicals and particulate mat- 
ter. Vertical walls may control horizontal transport of 
pollutants in near-surface soil and groundwater. Clay, 
cement, or synthetic liners encapsulate soil contami- 
nants. Groundwater pump-and-treat systems, some- 
times coupled with injection of clean water, 
hydraulically isolate and manage contaminated water 
and leachate. Such containment systems reduce the 
mobility of the contaminants, but the barriers used 
to isolate the waste must be maintained indefinitely. 


Soil decontamination can involve removal of the 
soil and its transport to a site where the decontamina- 
tion is done. In some cases, the soil can be treated at 
the original site. Such so-called in situ options include 
the use of heat, microorganisms, and chemical or 
physical techniques. Heating the soil can break the 
chemical bonds between contaminants and soil par- 
ticles. Biological treatment includes biodegradation by 
soil fungi and bacteria to produce carbon dioxide, 
other simple minerals, and water. This process is also 
called mineralization. Biodegradation may, however, 
produce long-lived toxic intermediate products and 
even contaminated organisms. Separation technolo- 
gies attempt to isolate contaminants from fluids and 
force them to the surface. 


The number of potential remediation options is 
large and expanding due to an active research program 
driven by the need for more effective, less expensive 
solutions. The selection of an appropriate cleanup 
strategy for contaminated soil requires a thorough 
characterization of the site and an analysis of the 
cost-effectiveness of suitable containment and treat- 
ment options. A site-specific analysis is essential, 
because the geology, hydrology, waste properties, 
and source type determine the extent of the contami- 
nation and the most effective remediation strategies. 
Often, a demonstration of the effectiveness of an inno- 
vative or experimental approach may be required by 
governmental authorities prior to its full-scale imple- 
mentation. In general, large sites use a combination of 
remediation options. Pump-and-treat and vapor 
extraction are the most popular technologies. 


Cleanup costs and standards 
The cleanup of contaminated soil can be expen- 


sive and can pose a risk of further contamination. 
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In general, containment of a spill is cheaper and has 
fewer environmental consequences than actually try- 
ing to treat the soil to remove the contaminant. 
Excavation and incineration of contaminated soil 
can cost $1,500 per ton, leading to total costs of 
many millions of dollars at large sites. (Superfund 
clean-ups have averaged about $26 million.) In con- 
trast, small fuel spills at gasoline stations may be miti- 
gated using vapor extraction at costs under $50,000. 
However, in situ options may not achieve cleanup 
goals. 


Unlike air and water, which have specific federal 
laws and regulations detailing maximum allowable lev- 
els of contaminants, no levels have been set for con- 
taminants in soil. Instead, the federal Environmental 
Protection Agency and state environmental agencies 
use subjective, case-specific criteria to set acceptable 
contaminant levels. For Superfund sites, cleanup 
standards must exceed applicable or relevant and 
appropriate requirements (ARARs) under federal envi- 
ronmental and public health laws. Cleanup standards 
are often determined by measuring background levels 
of the offending contaminant in similar, nearby, unpol- 
luted soil. 


In some cases, soil contaminant levels may be 
acceptable if the soil does not produce leachate with 
concentration levels above drinking water standards. 
Such determinations are often based on a test called 
the Toxics Characteristic Leaching Procedure, which 
mildly acidifies and agitates the soil, followed by chem- 
ical analysis of the leachate. Contaminant levels in the 
leachate below the maximum contaminant levels 
(MCLs) in the federal Safe Drinking Water Act are 
considered acceptable. Finally, soil contaminant levels 
may be set in a determination of health risks based on 
typical or worst case exposures. Exposures can include 
the inhalation of soil as dust, ingestion (generally by 
small children), and direct skin contact. The flexible 
definition of acceptable toxicity levels reflects the com- 
plexity of contaminant mobility and toxicity in soil, and 
the difficulty of pinning down acceptable and safe levels. 
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| Contamination 


Contamination refers to the occurrence of some 
substance in an environment. It may be present in a 
larger than normal concentration, but contamination is 
usually said to occur when the concentration is smaller 
than that at which measurable biological or ecological 
damage can be demonstrated. Contamination is differ- 
ent from pollution, which is judged to occur when a 
chemical is present in the environment at a concentra- 
tion greater than that required to cause damage 
to organisms. Pollution results in toxicity and ecolog- 
ical change, but contamination does not cause these 
effects because it involves sub-toxic exposures. 


Chemicals that are commonly involved in toxic 
pollution include the gases sulfur dioxide and ozone, 
elements such as arsenic, copper, mercury, and nickel, 
pesticides, and some naturally occurring biochemicals. 
In addition, large concentrations of nutrients such as 
phosphates and nitrates can cause eutrophication 
(over-enrichment), another type of pollution. All 
these pollution-causing chemicals can occur in the 
environment in concentrations that are smaller than 
those required to cause toxicity or other ecological 
damage. Under these circumstances, the chemicals 
would be regarded as contaminants. 


Modern analytical chemistry has become extraor- 
dinarily sophisticated. As a result, trace contamina- 
tion by potentially toxic chemicals can often be 
measured in amounts that are much smaller than the 
thresholds of exposure, or dose, that are required to 
demonstrate physiological or ecological damage. 


Toxic chemicals 


An important notion in toxicology is that any 
chemical can poison any organism, as long as a suffi- 
ciently large dose is administered. In other words, all 
chemicals are potentially toxic, even water, carbon 
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dioxide, sucrose (table sugar), sodium chloride (table 
salt), and other substances that are routinely encoun- 
tered. However, exposures to these chemicals, or to 
much more toxic substances, do not necessarily result 
in a measurable poisonous response, if the dose is 
small enough. Toxicity is only caused if the exposure 
exceeds physiological thresholds of tolerance. 
According to this interpretation of toxicology, it is 
best to refer to “potentially toxic chemicals” in any 
context in which the actual environmental exposure to 
chemicals is unclear, or when the effects of small doses 
of particular chemicals are not known. 


However, it is important to understand that there 
is scientific controversy about this interpretation. 
Some scientists believe that even exposures to single 
molecules of certain chemicals are toxicologically sig- 
nificant, and that dose-response relationships can 
therefore be extrapolated in a linear fashion to a zero 
dosage. This might be especially relevant to some types 
of cancers, which could theoretically be induced 
by genetic damage caused by a single cell and poten- 
tially caused by a single molecule of a carcinogen. This 
is a very different view from that expressed above, 
which suggests that there are thresholds of physiolog- 
ical tolerance that must be exceeded for toxicity to 
occur. 


The notion of thresholds of tolerance is supported 
by several lines of scientific evidence. It is known, for 
example, that cells have some capability to repair 
damage to DNA (deoxyribonucleic acid), suggesting 
that minor damage caused by toxic chemicals might be 
tolerated because it could be repaired. However, 
major damage could overwhelm the physiological 
repair function, indicating a threshold of tolerance. 


In addition, organisms have physiological mecha- 
nisms for detoxifying many types of poisonous chem- 
icals. Mixed-function oxidases (MFOs), for example, 
are a class of enzymes that are especially abundant in 
the liver and, to a lesser degree, in the bloodstream of 
vertebrate animals. Within limits, these enzymes can 
detoxify certain potentially toxic chemicals, such as 
chlorinated hydrocarbons, by breaking them into sim- 
pler, less toxic substances. MFOs are inducible 
enzymes, meaning that they are synthesized in relatively 
large quantities when there is an increased demand for 
their metabolic services, as when an organism is 
exposed to a large concentration of toxic chemicals. 
However, the MFO system’s ability to deal with toxic 
chemicals can be overwhelmed if the exposure is too 
intense; this represents a toxicological threshold. 


Organisms also have some ability to deal with 
limited exposures to potentially toxic chemicals by 
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partitioning them within tissues that are not vulner- 
able to their poisonous influence. For example, chlori- 
nated hydrocarbons such as the insecticides DDT and 
dieldrin, the industrial fluids known as polychlori- 
nated biphenyls (PCBs), and the dioxin TCDD are 
all soluble in fats, and therefore are mostly found in 
the fatty tissues of animals. 


Within limits, organisms can tolerate exposures to 
these chemicals by immobilizing them in fatty tissues. 
However, toxicity may still result if the exposure is too 
great, or if the fat reserves must be mobilized to deal 
with large metabolic demands, as might occur during 
migration or breeding. Similarly, plants have some 
ability to deal with limited exposures to toxic metals 
by synthesizing certain proteins, organic acids, or 
other biochemicals that bind with the ionic forms of 
metals, rendering them much less toxic. 


Moreover, all of the chemicals required by organ- 
isms as essential nutrients are toxic at large exposures. 
For example, the metals copper, iron, molybdenum, 
and zinc are required by plants and animals as micro- 
nutrients. However, exposures that exceed the thera- 
peutic levels of these metals are poisonous to these 
same organisms. The smaller, sub-toxic exposures 
would represent a type of contamination. 


Some chemicals are ubiquitous in the 
environment 


An enormous variety of chemicals occurs natu- 
rally in the environment. For example, all natural 
elements are ubiquitous, occurring in all aqueous, 
soil, atmospheric, and biological samples in at least a 
trace concentration. If the methodology of analytical 
chemistry has sufficiently small detection limits, this 
ubiquitous presence of all of the elements will always 
be demonstrable. In other words, there is a universal 
contamination of the living and nonliving environ- 
ment with all of the natural elements. This includes 
all potentially toxic metals, most of which occur in 
trace concentrations. 


Similarly, the organic environment is ubiquitously 
contaminated by a class of synthetic, persistent chem- 
icals known as chlorinated hydrocarbons, including 
such chemicals as DDT, PCBs, and TCDD. These 
chemicals are virtually insoluble in water, but they 
are very soluble in fats. In the environment, almost 
all fats occur in the biomass of living or dead organ- 
isms, and, as a result, chlorinated hydrocarbons have a 
strong tendency to bioaccumulate in organisms, in 
strong preference to the nonorganic environment. 
Because these chemicals are persistent and bioaccu- 
mulating, they have become very widespread in the 
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Continent 


biosphere. All organisms contain their residues, even 
in remote places such as Antarctica. 


The largest residues of chlorinated hydrocarbons 
occur in predators at the top of the ecological food 
web. Some top predators, such as raptorial birds and 
some marine mammals, have suffered as a result of their 
exposures to chlorinated hydrocarbons. However, tox- 
icity has not been demonstrated for most other species, 
even though all are contaminated by various of the 
persistent chlorinated hydrocarbons. 


One last example concerns some very toxic bio- 
chemicals that are synthesized by wild organisms, and 
are therefore naturally occurring substances. Saxi- 
toxin, for example, is a biochemical produced by a 
few species of marine dinoflagellates, a group of uni- 
cellular algae. Saxitoxin is an extremely potent toxin 
of the vertebrate nervous system. When these dinofla- 
gellates are abundant, filter feeders such as mollusks 
can accumulate saxitoxin to a large concentration, and 
these can then be poisonous to birds and mammals, 
including humans, that eat the shellfish. This toxic 
syndrome is known as paralytic shellfish poisoning. 
Other species of dinoflagellates synthesize the bio- 
chemicals responsible for diarrhetic shellfish poison- 
ing, while certain diatoms produce domoic acid, which 
causes amnesic shellfish poisoning. The poisons pro- 
duced by these marine phytoplankton are commonly 
present in the marine environment as trace contami- 
nations. However, when the algae are very abundant, 
the toxins occur in large enough amounts to poison 
animals in their food web, causing a type of natural, 
toxic pollution. 


See also Biomagnification; Poisons and toxins; 
Red tide. 
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| Continent 


A continent is a large land mass and its surround- 
ing shallow continental shelf. Both are composed pri- 
marily of granite, which is lighter than the liquid 
mantle of the Earth and therefore floats upon it like 
cork on water. Continents, as by-products of plate- 
tectonic activity, cover about one third of Earth’s sur- 
face. Continents are unique to Earth, as plate tectonics 
does not occur on the other planets of our solar system 
(although some scientists believe that plate tectonic 
processes may once have been operative on Mars). 


Crusts compared 


Earth’s crust comes in two varieties, continental 
and oceanic. All crust consists primarily of silicate 
minerals. These contain silica (SiO2), which consists 
of the elements silicon and oxygen bonded together, 
and a variety of other elements. Continental crust is 
silica-rich, or felsic. Oceanic crust is mafic, relatively 
rich in magnesium (Ma) and iron (Fe)—Ma-Fe, hence 
the word “mafic”—and relatively silica-poor. The 
mantle has silicate minerals with a greater abundance 
of iron and magnesium and even less silica than oce- 
anic crust, so it is called ultramafic. 


Continental crust is less dense and thicker (specific 
gravity = 2.7, thickness = 20-25 mi; 30-40 km) than 
oceanic crust (S.G. = 2.9, thickness = 2.5—3.75 mi; 
6-7 km) and much less dense than the upper mantle 
(S.G. 3.3). Continents are therefore very unlikely to 
subduct at an oceanic trench, while oceanic crust sub- 
ducts (sinks into the mantle) rather easily. Indeed, 
oceanic crust thickens on its underside as it ages and 
eventually sinks at about 200 million years. 
Consequently, Earth’s oldest oceanic crust is only 
about 200 million years old, while the oldest continen- 
tal crust is 3.8 billion years old, and most is more than 
two billion years old. 


Continental margins 


Continents consist of large blocks of continental 
crust, evidenced by dry land, bordered by continental 
shelves—the part of the continental crust that is below 
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sea level. Every continent is also surrounded by either 
passive or active continental margins. At a passive 
margin, the continental shelf is typically a broad, 
nearly flat, sediment-covered submarine platform, 
which ends at a water depth of about 600 ft (180 m) 
and tens or hundreds of miles (tens or hundreds of km) 
offshore. Marked by an abrupt increase in slope, 
known as the shelf break, the true edge of the conti- 
nent is hidden below a thick layer of sediments on the 
adjacent continental slope. Seaward of the continental 
slope, a thick sediment wedge forms a much lower 
angle surface, called the continental rise. These sedi- 
ments generally rest on oceanic crust, not continental 
crust. However, both the felsic crust of the continental 
margin and the mafic crust of the ocean floor are part 
of the same tectonic plate. 


At active continental margins, interactions 
between two or more plates result in a very abrupt 
boundary between one plate’s continental crust and 
the crust of the neighboring plate. Typically, the con- 
tinental shelf is narrow. For example, off the coast of 
Washington State, the Juan de Fuca plate subducts 
below the North American plate and the profile of the 
coast is very steep. There is no continental slope or rise 
because sediments move from the shelf down into the 
nearby ocean trench. 


Structure of a continent 
Horizontal crustal structure 


Continent interiors consist of several structural 
segments. A rock foundation called the craton com- 
poses most of every continent. This consists of several 
large masses, called terranes, composed of ancient 
igneous and metamorphic rocks joined together into 
a rigid, stable unit. Each terrane may be quite different 
in structure, rock type, and age from adjoining ter- 
ranes. Where exposed at the Earth’s surface, cratons 
are called shields. These typically are ancient surfaces 
planed flat by erosion. In areas where younger sedi- 
mentary rocks cover the craton, it is called the stable 
platform. The craton below these sedimentary layers is 
usually called basement rock. Ancient mountain 
chains, or orogenic belts, where two smaller cratons 
became sutured together in the distant past, occur 
within the craton. Some of the world’s highest moun- 
tain ranges, such as the Himalayas, developed when 
two cratons (continents) collided, and erosion has not 
yet leveled them. 


The margins of continents host younger orogenic 
belts than their interiors. These belts usually form due 
to plate convergence along active continental margins. 
Younger orogenic belts, with their steep slopes, tend to 
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shed large volumes of sediment. In coastal regions, 
these sediments form a seaward-facing, shallowly- 
sloping land surface called a coastal plain. Within the 
continental interior, sediments erode from mountains 
to form an area of interior lowlands, such as the 
United States’ Great Plains region. 


Divergence within a continent’s interior leads to 
rifting. Initially, a steep-sided rift valley forms, accom- 
panied by small- to moderate-sized volcanic eruptions. 
Eventually this rift valley extends to the coast, and the 
valley floor drops below sea level. A small inland sea 
develops, like the Red Sea between Africa and the 
Arabian subcontinent, with an oceanic ridge at its 
center. Given sufficient time and continued sea floor 
spreading, this sea becomes an ocean, similar to the 
Atlantic, with passive margins and wide continental 
shelves along both its shores. 


An unusual continental feature develops when a 
continental rift fails. For whatever reason, rather than 
divergence producing an inland sea, rifting ends, and 
the structure that remains is called an aulocogen. 
Depending on the rift’s degree of development when 
failure occurs, the aulocogen may range from an insig- 
nificant crustal flaw to a major crustal weakness. 
Geologists attribute many powerful mid-plate earth- 
quakes, such as the three 1811-1812 New Madrid, 
Missouri earthquakes, to fault movements associated 
with failed rifts. 


Other common, large-scale continental structures 
include basins and domes. Basins are circular areas 
where the crust has subsided, usually under the load 
of accumulated sediments or due to crustal weakness 
such as an aulocogen. Domes occur when the crust is 
uplifted, perhaps due to compression of the continen- 
tal interior during plate convergence at a nearby active 
margin. 


Vertical crustal structure 


Continental crust is heterogenous; however, gen- 
eral trends in structure, composition, and rock type 
are known. Our knowledge of the subsurface charac- 
ter of the crust comes from two main sources. The 
crustal interior is observed directly in areas where 
uplift and erosion expose the cores of ancient moun- 
tain belts and other structures. In addition, seismic 
waves produced during earthquakes change speed 
and character when moving through the crust. These 
changes allow geophysicists to infer crustal structure 
and density. 


Continents reach their greatest thickness (up to 
45 mi; 70 km) below mountain ranges and are thinnest 
(10-15 mi; 16-24 km) beneath rifts, aulocogens, 
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shields, and continental margins. Density tends to 
increase downwards, in part due to an increase in 
mafic content. The upper crust has an average compo- 
sition similar to granite, while the lower crust is a 
mixture of felsic and mafic rocks. Therefore, the aver- 
age composition of the continents is slightly more 
mafic than granite. Granite contains an average of 
70-75% silica; basalt contains about 50%. The con- 
tinental crust is composed of 65% silica, the composi- 
tion of the igneous rock granodiorite. The intensity of 
metamorphism and volume of metamorphic rock both 
increase downward in the crust as well. 


Crustal origins 


Whether directly or indirectly, the source of all 
Earth’s crust is the mantle. Radioactive decay in 
Earth’s interior produces heat, which warms regions 
of the mantle. This causes mantle rock, although solid, 
to convect upward, where pressure is inevitably lower. 
Pressure and melting temperature are directly related, 
so decreasing pressure eventually causes the rock to 
begin melting, a process called pressure-relief melting. 
Every mineral, due to its composition and atomic 
structure, has its own melting temperature, so not all 
the minerals in the convecting rock melt. Instead, 
the first minerals to melt are the ones with the lowest 
melting temperatures. Generally, the higher the silica 
content of a mineral, the lower its melting 
temperature. 


The mantle is composed of the ultramafic rock 
peridotite. Partial melting of peridotite produces mol- 
ten rock, or magma, with a mafic, or basaltic, compo- 
sition. This magma, now less dense due to melting, 
continues convecting upwards until it arrives below an 
oceanic ridge, where it crystallizes to form new ocean 
crust. Over time, the crust slowly moves away from the 
oceanic ridge, allowing more new crust to form in a 
process called sea floor spreading. For its first 100 
million years or so, the older the oceanic crust is the 
cooler it becomes. This increases its density and, there- 
fore, its likelihood of subducting. By the time subduc- 
tion occurs, the crust is rarely more than 150-170 
million years old. 


Growing pains 


Continents develop and grow as a by-product of 
sea floor spreading and subduction in several ways. 
When subduction occurs where oceanic and continen- 
tal crust converge, the plate margin carrying oceanic 
crust invariably subducts below the other. As the oce- 
anic plate margin subducts into the upper mantle, 
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volatiles (primarily water) escape the subducting 
crust. These volatiles lower the melting temperature 
of the overlying mantle, producing mafic magma due 
to partial melting. The magma moves upwards 
through the base of the felsic crust overhead, causing 
more partial melting. The resulting magma tends to 
have an intermediate to felsic composition. As crystal- 
lization begins within magma, the early crystals tend 
to be more mafic due to their higher crystallization 
temperature. Therefore, this fractional crystallization 
further refines the magma toward a felsic composition. 
When the magma crystallizes, the upper crust gains 
additional felsic rock. 


Alternatively, accumulated sediments can be 
scraped off the subducted plate onto the overriding 
one, forming an accretionary wedge. A volcanic island 
arc may eventually arrive at the plate boundary as well. 
Subduction of such a large mass is not possible, how- 
ever, so part of the arc will also be welded, or accreted, 
to the continental margin. The accretionary wedge may 
be metamorphosed and welded to the crust too. Much 
of California formed in this way, one small piece— 
known as a microterrane—at a time. Finally, fragments 
of oceanic crust, called ophiolites, sometimes resist sub- 
duction and are shoved, or obducted, onto the conti- 
nental margin as well. So, continents grow by magma 
emplacement, accretion, and obduction. In time, 
through intensive metamorphic and igneous activity, 
alteration of these microterranes will produce a more- 
or-less stable, homogenous rock unit and a new terrane 
will become a part of the ancient craton. 


Primeval continents 


Over four billion years ago, before the first con- 
tinents developed, the mantle was much hotter than 
today. Accordingly, the rate of plate tectonics was 
much faster. This meant that plates were smaller, 
thinner, and much warmer when subducted. The asso- 
ciated crust was nearer to its melting point and so 
partially melted along with the mantle. Early subduc- 
tion zone volcanism therefore produced magmas with 
higher silica content, since partially melting basalt 
produces an intermediate magma composition. The 
early Earth consequently developed volcanic island 
arcs with relatively low density, which resisted sub- 
duction. These formed Earth’s earliest microconti- 
nents and built the first cratons when sutured 
together at subduction zones. Throughout the 1990s 
and early 2000s, research focused on early continent 
development and the questions of when continents 
first appeared, how they originated, and at what rate 
growth occurred. 
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KEY TERMS 


Basalt—A dense, dark-colored igneous rock, with a 
composition rich in iron and magnesium (a mafic 
composition). 

Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Felsic—A term applied to light-colored igneous 
rocks, such as rhyolite, that are rich in silica. 
Felsic rocks are rich in the minerals feldspar and 
quartz. 


Granite—A felsic igneous rock that composes the 
bulk of the upper continental crust. 


Mafic—Pertaining to igneous rocks composed of 
silicate minerals with low amounts of silicon and 
abundant iron and magnesium. 

Peridotite—An ultramafic rock that composes the 
bulk of the mantle. 

Silicate—Any mineral with a crystal structure con- 
sisting of silicon and oxygen, either with or without 
other elements. 

Specific gravity—The weight of a substance rela- 
tive to the weight of an equivalent volume of water; 
for example, basalt weighs 2.9 times as much as 
water, so basalt has a specific gravity of 2.9. 
Ultramafic—Pertaining to igneous rocks com- 
posed of silicate minerals with very low amounts 
of silicon and abundant iron and magnesium. 
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| Continental drift 


The relative movement of the continents is 
explained by modern theories of plate tectonics. 
These theories describe the processes by which litho- 
spheric plates—of which the visible continents are a 
part—move over the asthenosphere (the molten, duc- 
tile, upper portion of Earth’s mantle). In a historical 
sense, the now discarded explanations of continental 
drift were rooted in antiquated concepts regarding 
Earth’s structure. 


Explanations of continental drift that persisted 
well into the twentieth century made the improbable 
geophysical assertion that the continents moved 
through and across an underlying oceanic crust 
much as ice floats and drifts through water. 
Eventually multiple lines of evidence allowed modern 
tectonic theory to replace continental drift theory. 


In the 1920s, German geophysicist Alfred 
Wegener’s writings advanced the hypothesis of conti- 
nental drift, which depicted the movement of conti- 
nents through an underlying oceanic crust. Wegner’s 
hypothesis met with wide skepticism, but found sup- 
port and development in the work and writings of 
South African geologist Alexander Du Toit, who dis- 
covered a similarity in the fossils found on the coasts 
of Africa and South America, indicating that the fos- 
sils were seemingly derived from a common source. 
Other scientists also attempted to explain orogeny 
(mountain building) as a result of Wegner’s continen- 
tal drift. 


Technological advances necessitated by the World 
War II made possible the accumulation of significant 
evidence regarding Wegener’s hypothesis, eventually 
refining and supplanting Wegner’s theory of continen- 
tal drift with modern plate tectonic theory. Although 
Wegener’s theory accounted for much of the then 
existing geological evidence, Wegener’s hypothesis 
was specifically unable to provide a verifiable or sat- 
isfying mechanism by which continents—with all of 
their bulk and drag—could move over an underlying 
mantle that was solid enough in composition to be 
able to reflect seismic S waves. 


History of Wegener’s theory 


At one time—estimated to be 200 to 300 million 
years ago—all of the continents were united in one 
supercontinent or protocontinent named Pangaea (or 
Pangea, from the Greek pan, meaning all, and gaea, 
meaning world) that first split into two halves. The 
two halves of the protocontinent were the northern 
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Diagram illustrating formation of continental margins. (a) Materials in Earth’s mantle move up (often through volcanos) 
expanding the continental crust and causing rifting. (b) As it divides, the continental crust thins, and continues to separate. 
(c) New oceanic crust forms from the mantle materials that have surfaced. (d) The oceanic crust is further widened by sea floor 


spreading. (Argosy. The Gale Group.) 


continent Laurasia and the southern continent named 
Gondwanaland or Gondwana. These two pieces were 
separated by the Tethys Sea. Laurasia later subdivided 
into North America, Eurasia (excluding India), and 
Greenland. Gondwana is believed to have included 
Antarctica, Australia, Africa, South America, and 
India. Two scientists, Edward Suess and Alexander Du 
Toit, named Pangaea, Gondwanaland, and Laurasia. 


In Wegener’s 1915 book, The Origin of Continents 
and Oceans, he cited evidence that Pangaea had existed; 
most of the evidence came from Gondawana, the 
southern half of the supercontinent, and included the 
following: glacially gouged rocks in southern Africa, 
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South America, and India; the fit of the coastlines and 
undersea shelves of the continents, especially eastern 
South America into western Africa and eastern North 
America into northwestern Africa; fossils in South 
America that match fossils in Africa and Australia; 
mountain ranges that start in Argentina and continue 
into South Africa and Australia; and other mountain 
ranges like the Appalachians that begin in North 
America and trend into Europe. He even measured 
Greenland’s distance from Europe over many years to 
show that the two are drifting slowly apart. 


Although Wegener’s ideas are compelling today, 
scientists for decades dismissed the continental drift 
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The Pangaea supercontinent (top) and its break-up into Laurasia and Gondwanaland (bottom). Contemporary continental 
outlines are shown in gray. (Hans & Cassidy. Courtesy of Gale Group.) 


theory because Wegener could not. satisfactorily 
explain how the continents moved. His assertion that 
continents plowed through oceanic rock, riding tides in 
the Earth like an icebreaker through sea ice, brought 
derision from the world’s geophysicists (scientists who 
study the physical properties of Earth including move- 
ments of its crust). Harold Jeffreys, a leading British 
geophysicist of the 1920s, calculated that if continents 
did ride these Earth tides, mountain ranges would 
collapse and Earth would stop spinning within a year. 


Wegener’s fossil arguments were countered by a 
widely-held belief that defunct land bridges (now 
sunken below sea level) once connected current 
continents. These bridges had allowed the small fossil 
reptiles Lystrosaurus and Mesosaurus (discovered on 
opposite sides of the Atlantic) to roam freely across 
what is now an ocean too wide to swim. The cooling 
and shrinking of Earth since its formation supposedly 
caused the flooding of the bridges. Furthermore, 
critics explained that Wegener’s fossil plant evidence 
from both sides of the Atlantic resulted from wind- 
blown seeds and plant-dispersing ocean currents. 
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Measurements of Greenland’s movements proved 
too imprecise for the equipment available to Wegener 
at that time. The fit of continents could be dismissed as 
coincidence or by a counter theory claiming that Earth 
is expanding. Like shapes drawn on an expanding 
balloon, the continents move farther from each other 
as Earth grows. 


Evidence of the theory 


Technological improvements after World War II 
supported many of Wegener’s ideas about continental 
drift. New methods of dating and drilling for rock 
samples, especially from deep-sea drilling ships like 
the Glomar Challenger, have allowed more precise 
matching of Pangaea’s rocks and fossils. Data from 
magnetometers (instruments that measure the mag- 
netism of the iron in sea floor rocks) proved that the 
sea floors have spread since Pangaea’s breakup. Even 
satellites have clocked continental movement. 


Geologists assume that, for the 100 million years 
that Pangaea existed, the climatic zones were the same 
as those operating today: cold at the poles, temperate 
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Continental drift 


to desert-like at the mid-latitudes, and tropical at the 
equator. The rocks and fossils deposited in the early 
days of Pangaea show that the equator crossed a 
clockwise-tilted North America from roughly south- 
ern California through the mid-Atlantic United States 
and into Northwestern Africa. Geological and 
archaeological evidence from the Sahara desert indi- 
cate the remains of a tropical world beneath the sands. 
Rock layers in southern Utah point to a warm sea that 
gradually altered into a large sandy desert as the west 
coast of the North American section of Pangaea slid 
north into a more arid latitude. Global climates 
changed as Pangaea rotated and slowly broke up 
over those 100 million years. 


Meanwhile, dinosaurs, mammals, and other 
organisms evolved as they mingled across the con- 
nected Earth for millions of years, responding to the 
changing climates created by the shifting landmass. 
Fossil dinosaurs unearthed in Antarctica proved that 
it was connected to the rest of Pangaea, and dinosaur 
discoveries in the Sahara desert indicated that the last 
connection between Laurasia (the northern half of 
Pangaea) and Gondwana was severed as recently as 
130 million years ago. 


All these discoveries also helped to develop the 
companion theory of plate tectonics, in which moving 
plates (sections of Earth’s outer shell or crust) con- 
stantly smash into, split from, and grind past each 
other. Wegener’s theory of continental drift predated 
the theory of plate tectonics. He dealt only with drift- 
ing continents, not knowing that the ocean floor drifts 
as well. Parts of his continental drift theory proved 
wrong—such as his argument that continental move- 
ment would cause the average height of land to rise— 
and parts proved correct. The continental drift theory 
and plate tectonics, although demonstrating many 
interrelated ideas, are not synonymous. 


Formation of Pangaea 


With improved technology, geologists have taken 
the continental drift theory back in time to 1,100 
million years ago (Precambrian geologic time) when 
another supercontinent had existed long before 
Pangaea. This supercontinent, named Rodinia, split 
into the two half-continents that moved far apart to 
the north and south extremes of the planet. About 
514 million years ago (in the late Cambrian), 
Laurasia drifted from the north until 425 million 
years ago when it crashed into Gondwana. By 356 
million years ago (the Carboniferous period), 
Pangaea had formed. The C-shaped Pangaea, united 
along Mexico to Spain/Algeria, was separated in the 
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middle by the Tethys Sea, an ancient sea to the east, 
whose remnants include the Mediterranean, Black, 
Caspian, and Aral Seas. Panthalassa, a superocean 
(“All Ocean”), covered the side of the globe opposite 
the one protocontinent. 


Pangaea splits 


During the formation of Pangaea, the collision of 
North America and northwestern Africa uplifted a 
mountain range 621 mi (1,000 km) long and as tall as 
the Himalayas, the much-eroded roots of which can 
still be traced from Louisiana to Scandinavia. The 
Appalachians are remnants of these mountains, the 
tallest of which centered over today’s Atlantic 
Coastal Plain and over the North American continen- 
tal shelf. Pangaea’s crushing closure shortened the 
eastern margin of North America by at least 161 mi 
(260 km). 


The internal crunching continued after the forma- 
tion of Pangaea, but most of the colliding shifted from 
the east coast of North America to the western edge of 
the continent. Pangaea drifted northward before it 
began to break up, and it plowed into the Panthalassa 
ocean floor and created some of today’s western moun- 
tains. The rifting of Pangaea that began 200 million 
years ago (the end of the Triassic period) forced up 
most of the mountain ranges from Alaska to southern 
Chile, as North and South America ground west into 
and over more ocean floor. 


The tearing apart of Pangaea produced long val- 
leys that ran roughly parallel to the east coasts of the 
Americas and the west coasts of Europe and Africa. 
The floors of these valleys dropped down tremendously 
in elevation. One of the valleys filled with seawater and 
became the Atlantic Ocean, which still grows larger 
every year. Other valleys gradually choked with sedi- 
ment eroded off the ridges on either side. Today, many 
of these former low spots lie buried beneath thousands 
of feet of debris. The formation of the valleys did not 
occur along the same line as the collision 100 million 
years before; a chunk of Gondwana now sits below the 
eastern United States. 


Pangaea began to break up around 200 million 
years ago, with the separation of Laurasia from 
Gondwana, and the continents we know began to 
take shape in the late Jurassic—about 152 million 
years ago. New oceans began to open up 94 million 
years ago (the Cretaceous period). India also began to 
separate from Antarctica, and Australia moved away 
from the still united South America and Africa. The 
Atlantic zippered open northward for the next few 
tens of millions of years, until Greenland eventually 
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KEY TERMS 


Continental drift theory—Alfred Wegener's theory 
that all the continents once formed a giant conti- 
nent called Pangaea and later shifted to their 
present positions. 


Gondwana (Gondwanaland)—The southern half 
of Pangaea, which included today’s South 
America, Africa, India, Australia, and Antarctica. 


Laurasia—The northern half of Pangaea, which 
included today’s North America, Greenland, Europe, 
and Asia. 


Pangaea (Pangea)—The supercontinent from 
approximately 200-300 million years ago, which 
was composed of all today’s landmasses. 


Panthalassa—The ocean covering the opposite site 
of the globe from Pangaea. Panthalassa means 
“All Ocean.” 


tore from northern Europe. By about 65 million years 
ago, all the present continents and oceans had formed 
and were sliding toward their current locations, while 
India drifted north to the south side of Asia. 


Current Pangaea research no longer focuses on 
whether or not it existed, but refines the matching of 
the continental margins. Studies also center on parts 
of Earth’s crust that are most active, in order to under- 
stand both past and future movements along plate 
boundaries (including earthquakes and volcanic activ- 
ity) and continuing continental drift. For example, the 
East African Rift Valley is a plate boundary that is 
opening like a pair of scissors, and, between Africa 
and Antarctica, new ocean floor is being created, so 
the two African plates are shifting further from 
Antarctica. Eventually, possibly 250 to 300 million 
years in the future, experts theorize that Pangaea will 
unite all the continents again. In another aspect of the 
study of continental drift, scientists are also trying to 
better understand the relatively sudden continental 
shift that occurred 500 million years ago that led to 
the formation of Pangaea. The distribution of the land 
mass over the spinning globe may have caused 
continents to relocate comparatively rapidly and may 
also have stimulated extraordinary evolutionary 
changes that produced new and diverse forms of 
life in the Cambrian period, also about 500 million 
years ago. 


See also Earth’s interior; Planetary geology. 
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l Continental margin 


The continental margin is that portion of the ocean 
that separates the continents from the deep ocean floor. 
For purposes of study, the continental margin is usually 
subdivided into three major sections: the continental shelf, 
the continental slope, and the continental rise. In addition 
to these sections, one of the most important features of the 
continental margin is the presence of very large submarine 
canyons that cut their way through the continental slope 
and, less commonly, the continental shelf. 


Continental shelf 


The continental shelf is a portion of the continent 
to which it is adjacent and not actually part of the 
ocean floor. As a result of continual earth movement, 
the shelf is continuously exposed and covered by 
water. Even when covered by water, as it is today, it 
shows signs of once having been dry land. Fossil river- 
beds, for example, are characteristic of some slopes. 
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Continental margin 


Remnants of glacial action can also be found in some 
regions of the continental shelf. 


The continental shelf tends to be quite flat, with an 
average slope of less than 6.5 ft (2 m) for each 0.6 mi 
(1 km) of distance. It varies in width from a few miles 
(kilometers) to more than 932 mi (1,500 km), with a 
worldwide average of about 43 mi (70 km). Some of the 
widest continental slopes are to be found along the north- 
ern coastline of Russia and along the western edge of the 
Pacific Ocean, from Alaska to Australia. Very narrow 
continental slopes are to be found along the western 
coastline of South America and the comparable coasts 
of west Africa. The average depth at which the continen- 
tal shelf begins to fall off toward the ocean floor (the 
beginning of the continental slope) is about 440 ft (135 m). 


Materials washed off the continents by rivers and 
streams gradually work their way across the continen- 
tal shelf to the edge of the continental slope. In some 
instances, the flow of materials can be dramatically 
abrupt as, for example, following an earthquake. At 
the outer edge of the continental shelf, eroded materi- 
als are dumped, as it were, over the edge of the shelf 
onto the sea floor below. 


The continental shelf is one of the best studied 
portions of the ocean bottom. One reason for this 
fact, of course, is that it is more accessible to research- 
ers than are other parts of the sea floor. More than 
that, however, the waters above the continental shelf 
are the richest fishing grounds in the world. A number 
of nations have declared that their national sover- 
eignty extends to the end of the continental shelf 
around their territory—often a distance of 120 mi 
(200 km)—to protect their marine resources. 


Included among those resources are extensive 
mineral deposits. Many nations now have offshore 
wells with which they extract oil and natural gas 
from beneath the continental shelf. 


The continental slope 


At the seaward edge of the continental shelf, the 
ocean floor drops off abruptly along the continental 
slope. The break point between the shelf and slope is 
sometimes known as the continental shelf break. The 
continental slopes are the most dramatic cliffs on the 
face of the Earth. They may drop from a depth of 656 ft 
(200 m) to more than 9,840 ft (3,000 m) in a distance of 
about 62 mi (100 km). In the area of ocean trenches, the 
drop-off may be even more severe, from 656 ft (200 m) 
to more than 32,800 ft (10,000 m). 


The average slope of sea floor along the continen- 
tal slope is about 4°, although that value may range 
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from as little as 1° to as much as 25°. In general, the 
steepest slopes tend to be found in the Pacific Ocean, 
and the least steep slopes in the Atlantic and Indian 
Oceans. Sedimentary materials carried to the conti- 
nental slope from the continental shelf do not remain 
along the slope (because of its steep sides), but flow 
downward into the next region, the continental rise. 


Submarine canyons 


The most distinctive features of the continental 
slopes are the submarine canyons. These are V-shaped 
features, often with tributaries, similar to canyons 
found on dry land. The deepest of the submarine 
canyons easily rivals similar landforms on the conti- 
nents. The Monterrey Canyon off the coast of north- 
ern California, for example, drops from a water depth 
of 354 ft (108 m) below sea level near the coastline to 
6,672 ft (2,034 m) below sea level. That vertical drop is 
half again as great as the depth of the Grand Canyon. 


There seems little doubt that the submarine can- 
yons, like their continental cousins, have been formed 
by erosion, but for many years oceanographers were 
puzzled as to the eroding force that might be respon- 
sible for formation of the submarine canyons. Today, 
scientists agree that canyons are produced by the flow 
of underwater rivers that travel across the continental 
slopes (and sometimes the continental shelf), carrying 
with them sediments that originated on the continents. 
These rivers are known as turbidity currents. 


Evidence for the turbidity current theory of can- 
yon formation was obtained in 1929 when an earth- 
quake struck the Grand Banks region of the Atlantic 
Ocean off Newfoundland. An enormous turbidity cur- 
rent was set in motion that traveled at a speed ranging 
from 25-60 mph (40-100 km/h), breaking a sequence 
of transatlantic telegraph cables along the way. The 
pattern of cable destruction was what made it possible, 
in fact, for scientists to track so precisely the move- 
ment of the giant turbidity current. 


The continental rise 


Sediments eroded off continental land, after being 
carried across the shelf and down the continental 
slope, are finally deposited at the base of the slope in 
a region of the ocean known as the continental rise. 
By some estimates, half of all the sediments laid down 
on the face of the planet are found in the continental 
rise. 


In many regions, the continental rise looks very 
much like a river delta such as the one found at 
the mouth of the Mississippi River. In fact, these 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Continental rise—A region at the base of the con- 
tinental slope in which eroded sediments are 
deposited. 

Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Continental shelf break—The outer edge of the 
continental shelf, at which the ocean floor drops 
off quite sharply in the continental slope. 


Continental slope—A steeply-sloping stretch of the 
ocean that reaches from the outer edge of the con- 
tinental shelf to the continental rise and deep ocean 
bottom. 


Submarine canyon—A steep V-shaped feature cut 
out of the continental slope by underwater rivers 
known as turbidity currents. 


Turbidity currents—Local, rapid-moving currents 
that result from water heavy with suspended sedi- 
ment mixing with lighter, clearer water. Causes of 
turbidity currents are earthquakes or when too 
much sediment piles up on a steep underwater 
slope. They can move like avalanches. 


underwater deltas may also include a network of chan- 
nels and natural levees similar to those found in the 
area of New Orleans. One of the most thoroughly 
studied sections of the continental rise is the Amazon 
Cone, located northeast of the coast of Brazil. The 
Amazon Cone has a total width of about 30 mi 
(50 km) and a depth of about 1,000 ft (300 m). It is 
bisected by a primary channel that is 800 ft (250 m) 
deep and as much as 2 mi (3 km) wide. 


See also Ocean zones. 
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Continental rise see Continental margin 


| Continental shelf 


The continental shelf is a gently sloping and rela- 
tively flat extension of a continent that is covered by 
the oceans. Seaward, the shelf ends abruptly at the 
shelf break, the boundary that separates the shelf 
from the continental slope. 


The shelf occupies only 7% of the total ocean 
floor. The average slope of the shelf is about 10 ft/mi 
(1.9 m/km). That is, for every one kilometer of dis- 
tance, the shelf drops 1.9 m in elevation until the shelf 
break is reached. The average depth of the shelf break 
is 440 ft (135 m). The greatest depth is found off 
Antarctica [1,150 ft (350 m)], where the great weight 
of the ice on the Antarctic continent pushes the crust 
downward. The average width of the shelf is 43 mi 
(70 km) and varies from tens of meters to approxi- 
mately 800 mi (1,300 km) depending on location. The 
widest shelves are in the Arctic Ocean off the northern 
coasts of Siberia and North America. Some of the 
narrowest shelves are found off the tectonically active 
western coasts of North and South America. 


The shelf’s gentle slope and relatively flat terrain 
are the result of erosion and sediment deposition dur- 
ing the periodic fall and rise of the sea over the shelf in 
the last 1.6 million years. The changes in sea level were 
caused by the advance and retreat of glaciers on land 
over the same time period. During the last glacial 
period (approximately 18,000 years ago), sea level 
was 300-400 ft (90-120 m) lower than present and the 
shoreline was much farther offshore, exposing the 
shelf to the atmosphere. During lowered sea level, 
land plants and animals, including humans and their 
ancestors, lived on the shelf. Their remains are often 
found at the bottom of the ocean. For example, 12,000 
year old bones of mastodons, extinct relatives of the 
elephant, have been recovered off the coast of the 
northeastern United States. 


Continental shelves contain valuable resources, 
such as oil and gas and minerals, as well as fisheries. 
Oil and gas are formed from organic material that 
accumulates on the continental shelf. Over time the 
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Continuity 


material is buried and transformed into oil and gas by 
heat and pressure. The oil and gas moves upward and 
is concentrated beneath geologic traps. Oil and gas is 
found on the continental shelf off the coasts of 
California and Louisiana, for example. Minerals 
come from rocks on land and are carried to the 
ocean by rivers. The minerals were deposited in river 
channels and beaches on the exposed continental shelf 
and sorted (concentrated) by waves and river currents, 
due to their different densities. Over time, as the sea 
level rose, these minerals were again sorted by waves 
and ocean currents and finally deposited. The different 
colored bands of sand that one can see on a beach are 
an example of density sorting by waves. The concen- 
trated minerals are often in sufficient enough quanti- 
ties to be mined. Examples of important minerals on 
the shelf are diamonds, chromite (chromium ore), 
ilmenite (titanium ore), magnetite (iron ore), plati- 
num, and gold. In many places in the world, the richest 
fishing grounds are located above the continental 
shelf. For this reason, a number of nations have 
declared that their territory extends to the edge of the 
continental shelf. 


Continental slope see Continental margin 


I Continuity 


Continuity is the property of being uninterrupted. 
Intuitively, a continuous line or mathematical func- 
tion is one that can be graphed without having to lift 
the pencil from the paper; there are no missing points, 
no skipped segments, no sudden jumps or disconnects. 
This intuitive notion of continuity goes back to 
ancient Greece, where many mathematicians and phi- 
losophers believed that reality was a reflection of num- 
ber. Since numbers are infinitely divisible, space and 
time must also be infinitely divisible. In the fifth cen- 
tury BC, however, the Greek mathematician Zeno 
pointed out that a number of logical inconsistencies 
arise when assuming that space is infinitely divisible; 
he stated his findings in the form of paradoxes. For 
example, in one paradox Zeno argued that the infinite 
divisibility of space actually meant that all motion was 
impossible. His argument went approximately as fol- 
lows: before reaching any destination a traveler must 
first complete one-half of his journey, and before com- 
pleting one-half he must complete one-fourth, and 
before completing one-fourth he must complete one- 
eighth, and so on indefinitely. Any trip requires an 
infinite number of steps, so ultimately, Zeno argued, 
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Figure 1. (Graph by Hans & Cassidy. Gale Group.) 


no journey could ever begin, and all motion was 
impossible. Zeno’s paradoxes had a disturbing effect 
on Greek mathematicians, and the ultimate resolution 
of his paradoxes did not occur until the intuitive 
notion of continuity was finally dealt with logically. 
(The reason that travelers do complete their journeys 
is not that space is discontinuous, but that—as math- 
ematicians of Zeno’s time did not know—an infinite 
number of quantities can, depending on their nature, 
sum to a finite quantity. Thus, the infinite number of 
time intervals that can be imagined between the begin- 
ning and end of a journey can, and do, sum to a non- 
infinite time interval.) 


As late as the seventeenth century, mathemati- 
cians continued to believe, as the ancient Greeks had, 
that continuity was a simple result of density, meaning 
that between any two points, no matter how close 
together, there is always another. This is true, for 
example, of the rational numbers. However, the 
rational numbers do not form a true continuum, 
since irrational numbers like V2 are missing, leaving 
infinitesimal holes or discontinuities. The irrational 
numbers are required to complete the continuum. 
Together, the rational and irrational numbers do 
form a continuous set—the set of real numbers. 
Thus, the continuity of points on a line is ultimately 
linked to the continuity of the set of real numbers by 
establishing a one-to-one correspondence between the 
two. This approach to continuity was first established 
in the 1820s by Augustin-Louis Cauchy, who finally 
began to solve the problem of handling continuity 
logically. In Cauchy’s view, any line corresponding 
to the graph of a function is continuous at a point if 
the value of the function at x, denoted by f(x), gets 
arbitrarily close to f(p), when x gets close to a real 
number p. If f(x) is continuous for all real numbers x 
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contained in a finite interval, then the function is con- 
tinuous in that interval. If f(x) is continuous for every 
real number x, then the function is continuous 
everywhere. 


Cauchy’s definition of continuity is essentially the 
one we use today, though somewhat more refined 
versions were developed in the 1850s and later in the 
nineteenth century. For example, the concept of con- 
tinuity is often described in relation to limits. The 
condition for a function to be continuous is equivalent 
to the requirement that the limit of the function at the 
point p be equal to f(p), that is: 


lim f(x) = f(p). 
Xx—>p 


In this version, there are two conditions that must 
be met for a function to be continuous at a point. First, 
the limit must exist at the point in question, and, 
second, it must be numerically equal to the value of 
the function at that point. For instance, polynomial 
functions are continuous everywhere, because the 
value of the function f(x) approaches /(p) smoothly, 
as x gets close to p, for all values of p (Figure 1). 


However, a polynomial function with a single point 
redefined is not continuous at the point x = p if the 
limit of the function as x approaches p is L, and not f(p) 
(Figure 2). This is a somewhat artificial example, but it 
makes the point that when the limit of f(x) as x 
approaches p is not f(p) then the function is not con- 
tinuous at x = p. More realistic examples of discontin- 
uous functions include the square wave (Figure 3), 
which illustrates the existence of right and left hand 
limits that differ; and functions with infinite discontinu- 
ities, that is, with limits that do not exist (Figure 4). 


These examples serve to illustrate the close con- 
nection between the limiting value of a function at a 
point and continuity at a point. 


There are two important properties of continuous 
functions. First, if a function is continuous in a closed 
interval, then the function has a maximum value and a 
minimum value in that interval. Since continuity 
implies that f(x) cannot be infinite for any x in the 
interval, the function must have both a maximum and 
a minimum value, though the two values may be 
equal. Second, the fact that there can be no holes in a 
continuous curve implies that a function, continuous 
on a closed interval [a,b], takes on every value between 
f(a) and f(b) at least once. The concept of continuity is 
central to isolating points for which the derivative of a 
function does not exist. The derivative of a function is 
equal to the slope of the tangent to the graph of the 
function. For some functions it is not possible to draw 
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Figure 2. (Graph by Hans & Cassidy. Gale Group.) 


Figure 3. (Graph by Hans & Cassidy. Gale Group.) 


Figure 4. (Graph by Hans & Cassidy. Gale Group.) 
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Contour plowing 


KEY TERMS 


Function—A set of ordered pairs, defined by a rule 
or mathematical statement, describing the relation- 
ship between the first element of each pair, called 
the independent variable, and the second element 
of each pair, called the dependent variable or value 
of the function. 


Interval—An interval is a subset of the real num- 
bers corresponding to a line segment of finite length 
and including all the real numbers between its end 
points. An interval is closed if the endpoints are 
included and open if they are not. 


Limit—The limit (L) of a function f(x) is defined for 
any point p to be the value that f(x) approaches 
when x gets infinitely close to p. If the value of the 
function becomes infinite, the limit does not exist. 


a unique tangent at a particular point on the graph, 
such as any endpoint of a step function segment. When 
this is the case, it is not possible to determine the value 
of the derivative at that point. Today, the meaning of 
continuity is settled within the mathematics commun- 
ity, though it continues to present problems for phi- 
losophers and physicists. 
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i Contour plowing 


One of the earliest methods of conservation tillage 
came to be known as contour plowing, or plowing on 
the contour. Tilling the soil along the gentle slopes of a 
piece of cropland, instead of up and down the gra- 
dient, prevents fertile topsoil from being carried down- 
hill by flowing rainwater. This preventive measure is 
most important in areas that are prone to violent 
storms or heavy rains. Not only is the topsoil kept in 
place, minerals like salt or additives such as fertilizers, 
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insecticides, or weed control agents, as well as bacteria 
from animal waste, are not swept away to pollute 
bodies of potable water. 


Contour plowing was first known to have been 
used by the Phoenicians in what is now Lebanon some- 
time during the period of 1200 to 900 BC. The practice 
slowly spread to many surrounding regions. It eventu- 
ally reached Europe. When European settlers came to 
the New World, however, they usually used straight 
furrows rather than contour plowing. In U.S. president 
Thomas Jefferson’s (1743-1826) time, contour plowing 
was called more simply horizontal plowing. Jefferson 
won a coveted medal from the major agricultural soci- 
ety in France for his design of the moldboard plow, but 
he began to notice drawbacks to the heavy use of that 
instrument. One of his relatives, a politically active 
farmer named Thomas Mann Randolph, was inspired 
to develop a new plowing technique in order to salvage 
the hilly areas in Virginia. Instead of funneling water 
down, like shingles on the roof of a house, it caught the 
rain in little ridges of upturned earth. Jefferson com- 
mented on a noticeable improvement, specifying that 
the horizontal furrows retained surplus rainwater and 
allowed it to evaporate back into the soil. 


Even after this successful experiment, later versions 
of the moldboard plow caused damage to the delicate 
topsoil of the great plains and prairies of the Midwest 
United States. Some farmers may not have been fully 
aware of erosion damage and prevention. Lack of access 
to equipment, funding, or training sometimes also took 
their toll. The most dramatic evidence of soil erosion 
took the form of huge dust storms and crop failures 
during the Great Depression of the 1930s. At this time, 
the U.S. Soil Conservation Service (today named the 
Natural Resources Conservation Service) recommended 
contour plowing to reduce the occurrence of crop fail- 
ures and soil erosion caused by drought conditions. 
Since then, contour plowing and other forms of conser- 
vation tillage have been reinstituted. 


Contour plowing is normally used only when the 
slope of the land is between 2 to 10% and when excessive 
rainfall is not generally a problem. When these condi- 
tions are not met, strip cropping is used in addition to 
contour plowing to prevent problems from developing. 


Drawbacks to contour plowing, sometimes called 
contour farming, have caused it to be less widely used 
than conventional tillage methods. One of the main 
limitations of contour plowing results from its contri- 
bution of pockets of untilled land. These untended 
spots eventually develop weeds, which require extra 
herbicides. Killing off the weeds sometimes destroys 
surrounding grasses, which in turn leaves another 
opportunity for rainwater runoff to arise. To combat 
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Contour rice farming in Arkansas. (Pau/ Logsdon. Phototake NYC.) 


this possibility, contour plowing is often applied in 
combination with other soil conservation techniques, 
such as terracing. 


[ Contraception 


Contraception (birth control) is the process of 
preventing pregnancy by interfering with the normal 
process of ovulation, fertilization, or implantation. 
There are different kinds of birth control that act at 
different points in the process. According to the 
National Center for Health Statistics, the leading con- 
traceptive method, in the United States, for women 15 
to 29 years of age is the birth control pill, followed by 
female sterilization, and male sterilization. 


Every month, a woman’s body begins the cycle 
that can potentially lead to pregnancy. An egg matures, 
the mucus that is secreted by the cervix (a cylindrical- 
shaped organ at the lower end of the uterus) changes to 
be more inviting to sperm, and the lining of the uterus 
thickens in preparation for receiving a fertilized egg. 
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Efforts to prevent pregnancy have been attempted 
since ancient times and in many cultures. Contrace- 
ption methods ranged from the use of tampons treated 
with herbal spermicide by the Egyptians in 1550 BC to 
the use of animal membrane condoms in the eighteenth 
century. The introduction of the oral contraceptive pill 
in 1960 launched a new era, making contraception 
easier and more effective than earlier methods. 
However, sterilization remains the method used most 
frequently in the world. 


In the United States, about two-thirds of women 
between 15 and 44 years of age use contraception. 
Worldwide, contraceptive use increased 10-fold from 
1963 to 1993, and have continued to increase in usage 
since then, now well into the 2000s. However, contra- 
ception remains controversial, with some religious 
and political groups opposed to the distribution of 
contraceptives. 


An ancient interest 


A survey of early contraceptive methods reflects 
an odd combination of human knowledge and igno- 
rance. Some methods sound absurd, such as the 
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Variety of contraceptive methods. (Gary Parker/Photo 
Researchers, Inc.) 


suggestion by ancient Greek Dioscorides that wearing 
of cat testicles or asparagus would inhibit contracep- 
tion. Yet some early methods used techniques still 
practiced today. 


The Egyptian contraceptive tampon, described in 
the Ebers Papyrus of 1550 BC, was made of lint and 
soaked in honey and tips from the acacia shrub. The 
acacia shrub contains gum arabic, the substance from 
which lactic acid is made, a spermicidal agent used in 
modern contraceptive jellies and creams. 


Aristotle was one of many ancient Greeks to 
write about contraception. He advised women to use 
olive oil or cedar oil in the vagina, a method which 
helps inhibit contraception by slowing the movement 
of sperm. Other Greeks recommended the untrue 
contention that obesity was linked to reduced fertility. 


Roman birth control practices varied from the use 
of woolen tampons to sterilization, which was typi- 
cally performed on slaves. Another common ancient 
practice, still in use today, was the prolonged nursing 
of infants, which makes conception less likely 
although still possible. 


Ancient Asian cultures drew from a wide range of 
birth control methods. Women in China and Japan 
used bamboo tissue paper discs that had been oiled 
as barriers to the cervix. These were precursors of the 
modern diaphragm contraceptive device. The Chinese 
believed that behavior played a role in fertility, and 
that women who were passive during sex would not 
become pregnant. They suggested that women prac- 
tice a total passivity beginning as early as 1100 BC In 
addition, they suggested that men practice intercourse 
without ejaculating. 
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The Chinese were not alone in promoting contra- 
ceptive methods based on men’s ejaculation practices. 
The practice of withdrawal of the man’s penis before 
ejaculation during intercourse, also known as coitus 
interruptus, has been called the most common contra- 
ceptive method in the world. While it was believed 
that coitus interruptus prevented conception, pre- 
ejaculatory fluid can contain sufficient sperm to 
cause pregnancy. Studies over the past two decades 
have found that one-third to one-fourth of women in 
their early child-bearing years who depended on with- 
drawal became pregnant accidentally within their first 
year of using the method. 


Magical potions were also used extensively 
throughout the world as contraceptives, including a 
wide range of herbal and vegetable preparations. 
Some may have actually caused abortions. 


A controversial practice 


Respectable physicians advocated contraceptive 
methods in ancient Greek and Roman society. 
However, by the Middle Ages, contraception had 
become controversial, in large part due to opposition 
by the Church. Early Christians were not outspoken 
about contraception. The first clear statement about 
sin and contraception was made in the fifth century by 
Saint Augustine who, with others, wrote that contra- 
ception was a mortal sin, a pronouncement that con- 
tinues to resonate in modern culture. Since the fifth 
century, the Catholic Church has retained its opposi- 
tion to all forms of birth control except abstinence and 
the so-called rhythm method, a calendar-based 
method involving timely abstinence. 


As Christian influence took precedence during the 
Medieval period, contraceptive knowledge was sup- 
pressed. One measure of the primitive level of this 
knowledge was the writing of Albert the Great 
(1193-1280), a Dominican bishop, whose writing 
about sciences included contraceptive recipes. To 
avoid conception, people were advised to wear body 
parts of a dead fetus around the neck or to drink a 
man’s urine. 


Many scholars suggest that couples continued to 
practice contraception during the Middle Ages, in 
spite of the limited level of official contraceptive 
knowledge. Even when religious authorities con- 
demned contraception, women passed their knowl- 
edge of such practices to one another. 


In addition, other religious and cultural traditions 
maintained support for certain types of contraception 
during the Middle Ages. Most Jewish authorities sup- 
ported women’s use of contraceptive devices. Islamic 


GALE ENCYCLOPEDIA OF SCIENCE 4 


physicians were not limited by the Christian opposi- 
tion to birth control, and medical writings from the 
Middle Ages included a wide range of contraceptive 
information. The Koran, the holy book for Muslims, 
supported the use of prolonged nursing, and did not 
oppose other methods. While European Christians 
condemned contraception, the practice continued in 
other countries and cultures. 


Evolution of the condom 


Prior to the modern era, many of the most effec- 
tive contraceptives evolved, rather than appearing 
suddenly as the result of an invention. The develop- 
ment and evolution of the condom is an example of a 
device that was present for hundreds of years, chang- 
ing in function and manufacture to fit the times and 
needs of its users. 


Contemporary condoms are used widely for con- 
traception and to prevent the spread of sexually trans- 
mitted disease. Initially, condoms were developed for 
other reasons. Among the earliest wearers were the 
ancient Egyptians, who wore them as protection 
against Schistosoma, a type of parasite spread through 
water. Condoms were also worn as decoration or signs 
of rank in various cultures. 


Condoms emerged as weapons against sexually 
transmitted disease in Renaissance Europe of the six- 
teenth century, when epidemics of a virulent form of 
syphilis swept through Europe. Gabriele Fallopio 
(1523-1562), an Italian anatomist who performed 
early studies on the Fallopian tube, advised men 
to use a linen condom to protect against venereal 
disease. 


By the eighteenth century, condoms were made of 
animal membrane. This made them waterproof and 
more effective as birth control devices. Condoms 
acquired a host of nicknames, including the English 
riding coat, instruments of safety, and prophylactics. 
The great lover Casanova (1725-1798) described 
his use of condoms “to save the fair sex from anxiety.” 
The Industrial Revolution transformed the condom 
once again. In 1837, condom manufacturers took 
advantage of the successful vulcanization of rubber, 
a process in which sulfur and raw latex were combined 
at a high temperature. This enabled manufacturers to 
make a cheaper yet durable product. 


In the 1960s and 1970s, many women turned to 
modern medical contraceptives such as IUDs (intra- 
uterine devices) and birth control pills. However, by 
the 1980s, condoms experienced another resurgence 
due to the emergence of acquired immune deficiency 
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syndrome (AIDS), and the discovery that condoms 
were most effective in preventing its transmission. 


Modern times 


For centuries, limited knowledge of women’s 
physiology slowed the development of effective con- 
traceptives. There was no understanding of the accu- 
rate relationship between menstruation and ovulation 
until the early twentieth century. Yet contraceptive 
developers did make progress in the nineteenth 
century. 


One major area was in updating the vaginal pes- 
sary. The rubber diaphragm and the rubber cervical 
cap, developed in the nineteenth century, are still in 
use today. The diaphragm is a disc-shaped object 
inserted into the vagina designed to prevent the pas- 
sage of sperm while the cervical cap fits over the cervix. 


Spermicides, substances developed to kill sperm, 
were mass produced by the late 1880s for use alone or 
for greater effectiveness with other devices such as the 
diaphragm. Vaginal sponges were also developed for 
contraceptive use in the late 1800s. Another popular 
nineteenth century method was douching, the use of a 
substance in the vagina following intercourse to 
remove sperm. 


Contemporary use of these methods yields vary- 
ing pregnancy rates. The diaphragm was used by less 
than 2% of American women who used contraceptives 
in 2005. Women who depended on spermicides—1.3% 
of women using contraceptives—experienced about a 
20% accidental pregnancy rate in their first year of 
use. The cervical cap had an accidental pregnancy rate 
of less than 35% in 2005 among women who had 
previously given birth at least once. The sponge, 
which had a first-year accidental pregnancy rate of 
18% in 1990 among women who had never given 
birth, was take off the market in the mid-1990s but 
was later reintroduced at the end of the decade. 


While types of birth control increased in the nine- 
teenth century, the topic of contraception was still 
considered sordid and unsuitable for public discourse. 
In the United States, the Comstock Law of 1873 
declared all contraceptive devices obscene. The law 
prevented the mailing, interstate transportation, and 
importation of contraceptive devices. One effect of 
this was to eliminate contraceptive information from 
medical journals sent through the mail. 


The social movement to make birth control legal 
and available challenged the Comstock Law and other 
restrictions against contraception. By the 1930s, the 
movement led by Margaret Sanger (1883-1966) had 
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successfully challenged the Comstock Law, and the 
mailing and transportation of contraceptive devices 
was no longer illegal. Sanger was also instrumental in 
developing clinics to distribute birth control devices. 


Advances in medical knowledge generated new 
contraceptive methods. The first intrauterine device 
(IUD), designed to be placed in the uterus, was 
described in 1909. The IUD was not used widely in 
the United States until the 1960s when new models 
were introduced. The copper IUD and the IUD with 
progesterone made the IUD more effective. Studies in 
the 1990s and early 2000s found the typical accidental 
pregnancy rate in the first year of use was less than 3%. 


The IUD works by causing a local inflammatory 
reaction within the uterus causing an increase in leu- 
kocytes, white blood cells, in the area. The product 
that results when the leukocytes break down is deadly 
to spermatozoa cells, greatly reducing the risk of preg- 
nancy. The IUD devices available in the United States 
must be inserted by a health provider and typically 
must be replaced after one to four years. Possible 
dangers include bleeding, perforation of the uterus, 
and infection. 


Use of the IUD fell from 2.0% in 1988 to 0.08% in 
1995, and has dropped even further as of 2005. One 
reason for this may be fear of lawsuits due to compli- 
cations. In the United States, government officials 
pulled the Dalkon Shield IUD off the market in 
1974, following reports of pelvic infections and other 
problems in women using the device. A second explan- 
ation may stem from the decision by two major IUD 
manufacturers to pull back from the U.S. market in 
the 1980s. 


Another method that emerged in the early twen- 
tieth century was the rhythm method, which was 
approved for use by Catholics by Pope Pius XII in 
1951. For centuries, various experts on birth control 
had speculated that certain periods during a woman’s 
cycle were more fertile than others. But they often 
were wrong. For example, Soranos, a Greek who 
practiced medicine in second century Rome, believed 
a woman’s fertile period occurred during her men- 
strual period. 


As researchers learned more about female repro- 
ductive physiology in the early twentieth century, they 
learned that ovulation usually takes place about 
14 days before a woman’s next menstrual period. 
They also learned that an egg could only be fertilized 
within 24 hours of ovulation. The so-called calendar 
rhythm method calculates safe and unsafe days based 
on a woman’s average menstrual cycle, and calls for 
abstinence during her fertile period. The method is 
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limited by the difficulty of abstinence for many cou- 
ples and the irregularity of menstrual cycles. 


Several contemporary methods of natural contra- 
ception still used. Together, they are referred to as 
Periodic Abstinence and Fertility Awareness Methods, 
or natural family planning techniques. They include the 
rhythm method; the basal body temperature method, 
which requires the woman to take her temperature daily 
as temperature varies depending on time of ovulation; 
the cervical mucus method, which tracks the ovulation 
cycle based on the way a woman’s cervical mucus looks; 
the symptothermal method, which combines all three; 
and the post-ovulation method, where abstinence or a 
barrier is used from the beginning of the period until the 
morning of the fourth day after predicted ovulation— 
approximately half the menstrual cycle. Accidental preg- 
nancy rates for these methods were 20% in the first year 
of use. Less than 2.1% of Americans used these methods 
in 2005S. 


As birth control became more acceptable in the 
twentieth century, major controversies grew about its 
social use. A series of mixed court decisions considered 
whether it is right to force an individual who is men- 
tally deficient to be sterilized. In the 1970s, national 
controversy erupted over evidence that low-income 
women and girls had been sterilized under the federal 
Medicaid program. Federal regulations were added to 
prohibit the forced sterilization of women under the 
Medicaid program. Legal debates still continue on the 
issue of whether certain individuals, such as convicted 
child abusers, should be required to use contraceptives. 


The pill and its offspring 


The development of oral contraceptives has been 
credited with helping to launch the sexual revolution 
of the 1960s. Whether oral contraceptives, also known 
as the pill, should take credit for broadening sexual 
activity or not, their development changed the contra- 
ceptive world dramatically. In 1988, oral contracep- 
tives were the most popular reversible contraceptive in 
the United States, with 30.7% of all women who used 
birth control using them, second only to sterilization. 
That rate dropped to 26.9% by 1995, and has further 
decreased to 19% in 2005. The accidental pregnancy 
rate among women using oral contraceptives is less 
than 3%. 


The development of oral contraceptives incorpo- 
rated great advances in basic scientific knowledge. 
These included the finding in 1919 that transplanted 
hormones made female animals infertile, and the iso- 
lation in 1923 of estrogen, the female sex hormones. 
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For years, the knowledge that hormones could 
make animals infertile could not be applied to humans 
because of the expense of obtaining naturally-occurring 
estrogen. Until chemist Russell Marker developed a 
technique for making estrogen from plant steroids in 
1936, estrogen had to be obtained from animal ovaries. 
Scientists needed ovaries taken from 80,000 sows to 
manufacture a “fraction of a gram” of estrogen. 


Once synthetic hormones were available, the crea- 
tion of oral contraceptives was limited by a lack of 
interest in the development of new birth control devices 
among drug companies and other conventional fund- 
ing sources. Gregory Pincus (1903-1967), who devel- 
oped the oral contraceptive, obtained only limited 
funding from a drug company for his research. The 
bulk of his funding was from Katherine McCormick, a 
philanthropist, suffragist, and Massachusetts Institute 
of Technology graduate who was committed to broad- 
ening birth control options. 


The birth control pill, approved for use in the 
United States in 1960, uses steroids to alter the basic 
reproductive cycle in women. Pincus knew that ste- 
roids could interrupt the cyclic release of a woman’s 
eggs during ovulation. Most pills use a combination of 
synthetic estrogen and progestin, although some only 
contain progestin. The steady levels of estrogen and 
progestin, obtained through daily oral contraceptive 
doses, prevent the release from the hypothalamus of 
gonadotrophin, a hormone which triggers ovulation. 
The pill also changes the cervical mucus so it is thicker 
and more difficult for sperm to penetrate. 


Oral contraceptives can cause weight gain, nausea 
and headaches. In addition, women who smoke and 
are over 35 are advised not to take oral contraceptives 
due to risk of stroke. Oral contraceptives slightly 
increase the risk of cervical cancer, but they decrease 
the risk of endometrial and ovarian cancers. 


Other contraceptives have drawn from oral con- 
traceptive technology, including several which work 
for a long period of time and do not require daily doses 
of hormones. Norplant, approved for use in the 
United States in 1991, is a hormone-based contracep- 
tive which is surgically implanted in the arm and which 
lasts approximately five years. It distributes a steady 
dose of the hormone progestin, which inhibits ovula- 
tion and alters cervical mucus to reduce movement of 
the sperm. The implant is highly effective. Of the 1.3% 
users in 1995, the accidental pregnancy rate was less 
than 0.95%. However, the side affects include excess 
bleeding and discomfort, which sometimes force 
removal of the device, and difficulty in removing the 
implants. In 2002, the distribution of Norplant in the 
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United States was stopped. It continued to be used 
until 2004, when supplies were exhausted. 


Several long-term contraceptives are injectable 
and also use progestin to inhibit ovulation. The most 
widely used is Depo-Medroxyprogesterone Acetate, 
also known as Depo-Provera or DMPA. The method 
is used in more than 90 countries but not widely in the 
United States. The drug, which is given every three 
months, is popular internationally, with as many as 
3.5 million users worldwide. Fewer than 0.3% of 
women taking DMPA get pregnant accidentally. 
Most women who take DMPA for long periods of 
time stop having a regular menstrual cycle. The drug 
also causes temporary infertility after use. 


Morning after pills are used in emergency contra- 
ception after a woman has had unprotected sex (such 
as after a rape). It cannot be used to terminate an 
already-established pregnancy. Doctors sometimes 
prescribe higher doses of combined oral contracep- 
tives for use as morning after pills to be taken within 
72 hours of unprotected intercourse to prevent the 
possibly fertilized egg from reaching the uterus. 
While there is no guarantee, the morning-after pill 
probably decreases the chance of getting pregnant by 
89 to 95%, where effectiveness declines with the delay 
between sex and the morning after pill. The morning 
after pill was officially recognized as safe and effective 
by the U.S. Food and Drug Administration (FDA) in 
February 1997. 


Scientists are not sure exactly how it works, but they 
suspect that the large doses of hormones either prevent 
the lining of the uterus from getting thick enough to 
allow an egg to implant or that the hormones interfere 
with ovulation in some way, slowing the way the egg 
travels through the fallopian tube. Unfortunately, the 
larger doses of hormones may cause side effects similar 
to (but stronger than) the side effects associated with a 
regular dose of birth control pills. The next menstrual 
period may be late because of the pills, but if there is no 
period within three weeks of treatment, pregnancy needs 
to be ruled out. 


The sponge is a donut-shaped polyurethane device 
containing the spermicide nonoxynol-9 that is inserted 
into the vagina to cover the cervix, much like a dia- 
phragm. A woven polyester loop is attached for easy 
removal. The sponge is a low cost, nonprescription 
product that protects for multiple acts of sex for 24 
hours. It should remain in place for at least six hours 
after sex for contraceptive protection, but no more 
than 30 hours after insertion because of the slight risk 
of toxic shock syndrome. The sponge (Today®) had 
been taken off the market in 1995 for financial reasons. 
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The sole manufacturer, Whitehall Laboratories of 
Madison, New Jersey, decided it would cost too much 
to correct manufacturing problems the FDA had dis- 
covered. (The FDA stressed that there never was any 
problem with the safety of Today®, just with the man- 
ufacturing process at the factory.) About 116,000 
American women had been using the sponge when its 
manufacturer stopped production, making it the most 
popular choice among methods that did not require a 
doctor’s visit. The only other nonprescription choices 
were spermicide and male and female condoms; unlike 
those options, the sponge could be inserted up to 24 
hours before sex and did not require new applications 
for repeated intercourse. 


Although competing sponges were sold in France, 
Canada, and a few other countries, once Today® 
was off the U.S. market, no contraceptive sponge 
was sold in this country until 1999, when Allendale 
Pharmaceuticals of New Jersey reintroduced the 
sponge to the U.S. market. Because the FDA never 
revoked the approval of Today®, getting it back on the 
market was not difficult. 


Permanent contraception 


Sterilization, the surgical alteration of a male or 
female to prevent them from bearing children, is a 
popular option. While sterilization can be reversed in 
some cases, it is not always possible, and should be 
considered permanent. In 1995, 38.6% of all contra- 
ceptive users aged 15 to 44 years used sterilization, a 
slight decrease from the 1988 rate of 39%, which was 
an increase from 34% in 1982. As of 2004, about 6% 
of men (aged 15 to 44 years) use male sterilization and 
around 17% of females (of the same age range) use 
female sterilization. Internationally, sterilization is 
also extremely common, with over one-third of all 
women having been sterilized in Brazil, China, and 
India. 


Sterilization of women is more popular than ster- 
ilization of men, even though the male operation, 
called vasectomy, is simpler and takes less time than 
the female operation, called tubal ligation. Tubal liga- 
tion, which takes about an hour, calls for sealing the 
tubes that carry eggs to the uterus. The incision to 
reach the oviducts can either be made conventionally 
or by using laparoscopy, a technique which uses fiber 
optic light sources to enable surgeons to operate with- 
out making a large incision. Women continue to pro- 
duce eggs following a tubal ligation, but the ovum is 
blocked from passage through the fallopian tube and 
sperm can not reach the ovum to fertilize it. The ovum 
eventually degenerates. 
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A vasectomy is a type of male sterilization in 
which the doctor seals, ties or cuts the vas deferens 
(the tube which carries the sperm from the testicle to 
the penis). Vasectomy is a quick operation (usually 
under 30 minutes) with only minor post surgical com- 
plications such as bleeding or infection. A man can 
resume sexual relations a few days after surgery, but 
there may still be some mature sperm in the reproduc- 
tive tract, so the possibility of pregnancy still exists 
during this time. Typically, a man should ejaculate 
15 times after a vasectomy before he is infertile. It is 
best to use some other form of birth control method 
until a doctor can verify the sperm count is zero. 
Vasectomy and tubal ligation are considered to be 
safe procedures with few complications. 


Very few birth control devices are 100% foolproof; 
often times, people do not use the methods correctly or 
consistently. In the event of an unplanned pregnancy, a 
couple has the choice of ending the pregnancy or carry- 
ing the baby to term. If termination is chosen, the 
woman should seek help from a licensed abortion pro- 
vider, since the earlier a pregnancy is ended, the less 
dangerous to the mother. Although abortion is cur- 
rently legal in the United States, some states do have 
mandatory waiting periods, some require parental 
involvement for minors, and some require that a doc- 
tor present graphic material designed to discourage 
abortion. 


A medical abortion is an abortion triggered by the 
use of drugs. Approved by the FDA in 2000, mifepri- 
stone (Mifeprex®, formerly known as the French 
abortion pill, or RU 486) has been used as a means 
of pregnancy termination. Unlike surgical abortion, 
which is often not done before the seventh or eighth 
week of gestation, medical abortion can be used 
earlier—as soon as pregnancy is determined. The 
drugs use antiprogestins that block the action of nat- 
ural progesterone; without progesterone’s effects, the 
uterine lining softens and breaks down, leading to 
menstruation. This is most effective when used in 
the first weeks after fertilization and implantation, 
when progesterone is being produced mostly by the 
ovaries. As pregnancy proceeds, the placenta takes 
over progesterone’s role, and the antiprogestins are 
less effective. 


A surgical abortion is the only type of FDA- 
approved abortion currently available in the United 
States; in some states, it is very difficult to obtain. 
Abortion services are offered in hospitals and clinics, 
and usually are done before 12 weeks of gestation. 
After 11 to 12 weeks, complication rates escalate. 
The most common technique is to use suction to 
remove the uterine contents; if the pregnancy is 
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beyond 15 weeks, the process is more complicated 
because of the size of the fetus. After a surgical abor- 
tion, women will experience light to medium bleeding 
over five to seven days, and cramps. Most doctors 
recommend not having sex until the cervix has closed 
(usually when the bleeding stops). 


There is no perfect form of birth control. Every 
method has a certain failure rate and side effects. Some 
methods carry additional risks. However, every 
method of birth control has fewer risks than 
pregnancy. 


Challenges of contraception 


Birth control policies and practices are controver- 
sial in the developed and the developing worlds. In 
developed countries, such as the United States, contra- 
ceptive methods fail frequently. Many of the types of 
contraceptives used commonly by Americans have 
well-documented rates of failure. One measure of the 
number of unwanted pregnancies is the rate of abor- 
tion, the surgical termination of pregnancy. Abortion 
and the controversial antigestation drug, RU 486 
(Roussel-Uclaf), are not considered routine birth con- 
trol methods in the United States. Although all indi- 
viduals who receive abortions do not practice birth 
control, it is clear that many women do become preg- 
nant when contraceptive methods fail. 


Abortion rates typically are highest in countries 
where contraceptives are difficult to obtain. For exam- 
ple, in the Soviet Union in the early 1980s, when con- 
traceptives were scarce, 181 abortions were performed 
annually for every 1,000 women aged 15 to 44 years; 
in 1990, 109 for every 1,000 women; and 1992, 
98 per 1,000. In comparison, in the 1980s in selected 
western European countries where contraceptives 
are more easily obtained, the rate did not exceed 20 
per 1,000. 


In the 2000s, the abortion rate in the United States 
is typically higher than in many other developed coun- 
tries. According to Advocates for Youth, the United 
States has a teen abortion rate, as of 2005, that is eight 
times higher than the rate in Germany, seven times 
higher than the Netherlands, and almost three times 
higher than in France. Several studies in the 1990s and 
2000s, have found that western democracies with 
lower abortion rates, especially with regards to teen- 
agers, tended to have contraceptive care that was more 
accessible through primary care physicians. 


Some experts believe that more access to contra- 
ceptive services would result in lower rates of 
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accidental pregnancy and abortion. However, vigo- 
rous debate concerning programs to deliver contra- 
ceptives through school-based clinics and in other 
public settings has polarized the United States. For 
example, religious groups such as the Roman Catholic 
Church have opposed funding for greater accessibility 
of contraceptive services because they believe the use 
of any contraceptives is wrong. 


Internationally, use of contraceptives has increased 
dramatically from the years 1960 to 1965, when 9% of 
married couples used contraceptives in the developing 
countries of Latin America, Asia, and Africa. By 1990, 
over 50% of couples in these countries used contra- 
ceptives, and that percentage has continued to climb 
into the 2000s. 


China has taken an aggressive policy to limit pop- 
ulation growth, which some experts have deemed coer- 
cive. Couples—who agree to have one child and no 
more—receive benefits ranging from increased income 
and better housing to better future employment and 
educational opportunities for the child. In addition, 
the Chinese must pay a fine to the government for each 
extra child. 


Numerous problems exist that prevent the great 
demand for contraceptive services in developing coun- 
tries from being met, due in part to the general diffi- 
culty of providing medical care to poor people. In 
addition, some services, such as sterilization, remain 
too expensive to offer to all those who could use them. 
Experts call for more money and creativity to be 
applied to the problem in order to avoid a massive 
population increase. 


Future contraceptive methods 


The high cost in time and money of developing 
new contraceptive methods in the United States cre- 
ates a barrier to the creation of new methods. In the 
early 1990s, a new contraceptive device could take as 
long as 17 years and up to $70 million to develop. Yet 
new methods of contraception are being explored. One 
device in clinical trials is a biodegradable progestin 
implant that would last from 12 to 18 months. The 
device is similar to Norplant but dissolves on its own. 
A device being explored by a Dutch pharmaceutical 
company is a ring that rests against the uterus releas- 
ing low dosages of estrogen and progesterone. The 
ring would remain in place for an extended period. 
In May, 1998, a new oral contraceptive for women— 
the first to use a shortened “hormone-free interval” 
and lower daily doses of estrogen—was approved 
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Contraception 


KEY TERMS 


Estrogen—A hormone present in both males and 
females. It is present in much larger quantities in 
females, however, and is responsible for many of 
those physical characteristics that appear during 
female sexual maturation. It is used in birth control 
pills, to reduce menopausal discomfort, and in 
osteoporosis. 


Hormone—Chemical regulator of physiology, 
growth, or development that is typically synthesized 
in one region of the body and active in another and 
is typically active in low concentrations. 


Ovary—Female sex gland in which ova, eggs used 
in reproduction, are generated. 


Progestin—Synthetic form of progesterone, the hor- 
mone that prepares the uterus for development of 
the fertilized egg. 


Sperm—Substance secreted by the testes during 
sexual intercourse. Sperm includes spermatozoon, 
the mature male cell which is propelled by a tail 
and has the ability to fertilize the female egg. 
Steroids—A group of organic compounds that 
belong to the lipid family and that include many 
important biochemical compounds including the 
sex hormones, certain vitamins, and cholesterol. 
Uterus—Organ in female mammals in which 
embryo and fetus grow to maturity. 


by the U.S. Food and Drug Administration (FDA). In 
2006, the FDA approved a new implant called 
Implanon. It uses one rod as a contraceptive subder- 
mal implant, which is inserted under the skin of the 
upper arm. 


Other research focuses on male contraceptive 
methods. In 1996, the World Health Organization 
hailed a contraceptive injection of testosterone that 
drastically reduces the sperm count and which is 
99% effective. At that time, this contraceptive was 
reported to be available within five to ten years 
(which failed to materialize). In 2003, Australian 
researchers performed a trial of the male contraceptive 
and showed it to be 100% effective and free of 
side effects. Over the next two years, another study 
performed by U.S. and Italian researchers performed 
another study on it. As of November 2006, researchers 
are predicting that the public release of this male con- 
traceptive is still a few years away. Two other studies 
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in male birth control are ongoing—one focuses on 
preventing sperm from breaking the egg’s gel-like pro- 
tective coating; the other on blocking protein recep- 
tors on the sperm so it cannot dock with the egg. 


Western controversy over contraception contin- 
ues. There is still disagreement concerning how widely 
contraception should be made available and how 
much public money should be spent on birth control. 
The conclusion of a report from the Institute of 
Medicine released in May 1996 (but which is still 
valid in 2006) entitled Contraceptive Research and 
Development: Looking to the Future, reads, “despite 
the undeniable richness of the science that could be 
marshalled to give the women and men of the world a 
broader, safer, more effective array of options for 
implementing decisions about contraception, child- 
bearing, and prevention of sexually transmitted dis- 
ease, dilemmas remain. These dilemmas have to do 
with laws and regulations, politics and ideology, eco- 
nomics and individual behavior, all interacting in a 
very complex synergy that could lead to the conclusion 
that nothing can be done to resolve the dilemmas 
because everything needs to be done.” 


See also Fertilization; Sexual reproduction. 
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I Convection 


Convection is the vertical transfer of mass, heat, 
or other properties in a fluid or substance that under- 
goes fluid-like dynamics. It occurs within a single body 
and, also, between two or more bodies when brought 
together. The process of convection may be natural or 
forced. An example of natural convection is the rising 
of a hotter and lighter fluid in a gravitational field and 
the sinking of a colder and heavier fluid. This example 
is commonly seen as hot air rises to a ceiling while cold 
air remains near the floor when a furnace heats a 
house. A fluid under a pressurized condition, which 
forces it to move beyond its natural state, can describe 
an example of forced convection. 


Convection takes place in the oceans, in Earth’s 
molten sub-crustal asthenosphere, and in the atmos- 
phere. Convective currents of air in the atmosphere are 
referred to as updrafts and downdrafts. For example, 
a thermal column, or thermal, is a column of rising air 
in the lower atmospheric altitudes formed by the 
uneven heating of Earth’s surface from the sun’s 
heat. The warmth from the surface of Earth is trans- 
ferred to the air just above the surface. This air wants 
to rise, trying to replace the cooler air above it, which 
results in an updraft. 


In certain circumstances, convection can be a type 
of heat transfer (along with conduction and radia- 
tion). In addition to heat transfer, convention can 
also be driven by other properties (e.g., salinity, den- 
sity, etc). 


Thermal convection is one of the major forces in 
atmospheric dynamics and greatly contributes to, and 
directly influences, the development of clouds and 
storm systems. Convective air currents of rising 
warm and moist air allow a transfer of sensible and 
latent heat energy from the surface to the upper 
atmosphere. 


One meteorological hypothesis, the convection 
theory of cyclones, asserts that convection resulting 
from very high levels of surface heating can be so 
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strong that the current of air can attain cyclonic veloc- 
ities and rotations. 


The temperature differences in water cause ocean 
currents to vertically mix masses of water at different 
temperatures. In the atmosphere, convection drives 
the vertical transport of air both upward and down- 
ward. In both cases, convection acts toward equili- 
brium and the lowest energy state by allowing the 
properties of the differential air or water masses to 
mix. 


Convection within Earth’s mantle results from 
differential temperatures in mantle materials. In part, 
these differences can manifest as hot spots or convec- 
tive currents where less dense and warmer mantle 
materials form slow moving vertical currents in the 
plastic (viscous or thick fluid-like) mantle. Phase 
change differences in materials also change their den- 
sity and buoyancy. Convective currents in the mantle 
move slowly (at a maximum, inches per year), but may 
last millions of years. 


Convection in Earth’s mantle drives motion of the 
lithospheric plates. This convection is, in part, caused 
by temperature differences produced by the radioac- 
tive decay of the naturally radioactive elements ura- 
nium and thorium. 


See also Atmosphere, composition and structure; 
Atmospheric circulation; Earth’s interior; Ocean zones; 
Solar illumination: Seasonal and diurnal patterns; 
Weather. 


Coordinate covalent bond see Chemical 
bond 


Coordinate geometry see Analytic geometry 


I Coordination compound 


A coordination compound is formed when groups 
of atoms, ions, or molecules chemically bond with 
each other by donating and accepting pairs of elec- 
trons. Groups donating electron pairs are called 
ligands. They are usually Lewis bases. Groups accept- 
ing electron pairs are often transition metal cations. 
These are usually Lewis acids. Chemical bonds formed 
in this way are called coordinate-covalent, or dative 
bonds. As in any covalent bond, two electrons are 
shared between transition metal and ligand. But in a 
coordination compound, both electrons come from a 
pair found on the ligand (Figure 1). 
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Coordination compound 


Typical transition metal cations, Mr"* 


Copper(Il) Cu?* 
Iron(II!) Fees 
Cobalt(IIl) Co 


Iron (Il) Ree 
Cobalt(Il) | Co?* 
Nickel(II) Ni?* 


In this context Iron(Il) is read or spoken as 1, iron two. Cobalt(III) is 
referred to as “cobalt three,” and so on. 


Table 1. Typical Transition Metal Cations, Mt‘*. (Thomson 
Gale.) 


Typical Ligands, L 


Name as Ligand Ordinary name 


Electrically ammonia 


neutral 


:-NH, ammine 
‘OH, aqua water 


‘C=0 carbonyl carbon monoxide 


Negatively :Cl:—chloro chloride 


charged 


:CN-cyano cyanide 


‘NCS:-thiocyanato thiocyanate 


Table 2. (Thomson Gale.) 


Examples of highly colored coordination compounds 


[Co(NH,),]°° 
Yellow-Orange 


[Fe'(CN),]°>~ 
Deep Blue 


[Cu(NH,),}°* 
Deep Blue 
Used to 
identify 
copper as 
Cu’* ions 


[Fe(H,0),(SCN)]°* 
Blood-Red 

Used to 

identify 

iron as 

Fe** ions 


Coordination 
unit found in 
blue print ink 


Table 3. (Thomson Gale.) 


The metal cation simply acts as the electron pair 
acceptor, itself donating no electrons to the bond. 
Because of the complicated nature of these arrange- 
ments, coordination compounds are often called coor- 
dination complexes or simply complexes. 


It is most common to find six ligands coordinated 
to a single metal cation. The coordination number is 
then six. Think of ligands as bees swarming about and 
stinging a victim. The ligand-bee’s stinger is its lone 
pair or nonbonding pair of electrons. These special 
ligand-bees attack their victim in groups of six, 
although ligand groups of four and other numbers 
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Shared 
eletron pair 


Li + Mm = et 


Transition 
metal cation 
(acceptor) 


Ligand 


(donor) Coordinate-covalent 


bond 


Figure 1. Formation and representations of a coordinate- 
covalent bond. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Describing a coordination compound 
Actual name: Hexaamminecobailt (III) chloride 


3 Chloride ions 
not attached to 
Col as ligands 
in outer sphere 


6 Neutral 
ammine ligands 


Cobalt ion in 
3* oxidation state 


[Col"(NHg)¢]Cls 


Coordination 
portion of compound 
in brackets called 
inner sphere 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


do occur. Six coordination produces the shape of an 
eight-sided figure or octahedron. Four coordination 
produces one of two shapes, a flat square planar or a 
four-sided tetrahedron. 


While nearly all cations can form coordination 
compounds with ligands, those listed in Table 1 are 
especially common. 


Ligands come in all shapes and sizes, though they 
are usually nonmetals from the right side of the peri- 
odic table. Those listed in Table 2 are typical. 


The Swiss chemist Alfred Werner (1866-1919) is 
called the father of coordination chemistry for his 
work in clarifying how coordination compounds are 
assembled. Figure 2 names and explains most of the 
parts. 


Several theories help explain the nature of coordi- 
nation compounds. 


Effective atomic number theory matches the total 
number of electrons of the transition metal cation plus 
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Atom/ion Valence Electrons 


Electron Box Orbital Designation 
(arrows represent electrons) 


3d 


HIN] t 


(boxes represent orbitals) 
4p 


ttl tlt Tt 


Figure 3. Electron boxes representing orbitals. (/llustrations by Hans & Cassidy. Courtesy of Gale Group.) 


d?sp® Hybridization in [Co(NHs)¢]°* 


4s 


oo r 
Co Ay 


(Hybridized in 
coordination 
compound) 


Figure 4. Six empty orbitals for six ligands. (///ustration by Hans 
& Cassidy. Courtesy of Gale Group.) 


donated pairs of electrons from the ligands with the 
stable electron count of a noble gas atom. In [Co'! 
(NH 3) 6} above the central ion Co** contains 24 
electrons. (A neutral cobalt atom has 27 electrons.) 
Each ammine ligand donates 2 electrons for a total of 
12 electrons coming from the six ligands. 


Co** 6NH,; = [Co(NH,],°* = Krypton 
24 + 6X2 = 36 = 36 
electrons electrons electrons electrons 


If the total number of electrons associated with a 
coordination compound is the same as a noble gas, the 
compound will frequently have increased stability. 


Valence bond theory locates and creates empty 
orbitals on the transition metal cation. The empty 
orbitals will accept electron pairs from the ligands. A 
neutral cobalt atom contains 27 electrons: 1s* 2s* 2p° 
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38° 3p® 4s? 3d’. The 4s, 3d, and empty 4p orbitals are 
the valence orbitals containing the metal’s valence 
electrons (Figure 3). 


When forming cations, the 4s electrons are lost 
first, ahead of the 3d electrons. 


When Co** forms a coordination compound with 
six electron pair donating ammine ligands, it must have 
six empty receiving orbitals. But Co** only shows four 
empty orbitals, the one 4s and the three 4p. However, if 
two electrons in the 3d orbitals of Co** move over and 
pair up, two additional empty 3d orbitals are created. 
Co**+ now has the required six empty orbitals, two 3ds, 
one 4s, and three 4ps (Figure 4) . 


This process is called hybridization, specifically 
d’s'p? or simply d’sp* here. 


An important magnetic phenomenon is associated 
with the valence bond theory. Whenever at least one 
unpaired electron is present, that substance will be 
very weakly drawn towards a powerful magnetic. 
This is known as paramagnetism. Co** by itself has 
four unpaired electrons and is paramagnetic. But 
Co?* in [Co(NH 3) «]** has no unpaired electrons. 
Most substances in nature do not have unpaired elec- 
trons and are said to be diamagnetic. These substances 
are very weakly repelled by a powerful magnetic force. 
It is possible to measure paramagnetic and diamag- 
netic effects in a chemical laboratory. Theories such 
as the valence bond theory can thus be tested 
experimentally. 


Crystal field theory is yet another approach to 
coordination compounds. It treats ligands as nega- 
tively charged anions, attracted to the positively 
charged transition metal cation. 
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Coordination compound 


Formation of a Chelated Ring Using Ethylenediamine 


?NH> 


?NH, 


Five-membered 
chelate ring 


Transition 
metal ion 


Ethylenediamine 


Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Ethylenediamine Tetraacetic Acid, EDTA, 
A Hexadentate Ligand 


Figure 6. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


This is what happens when a chloride anion, Cl’, 
is attracted to the sodium ion, Na‘, in forming the 
ionic, crystalline compound, table salt, NaTCl”. A 
crystal “field” is thus the electronic “field,” produced 
in any ionic compound. Positive charges are attracted 
to negative charges and vice versa. 


According to crystal field theory, when six nega- 
tive ligands surround a transition metal cation, the 
energies of the metal’s 3d electron orbitals are split 
up. Some 3d orbitals are stabilized and some are ener- 
gized. The amount of stabilization energy predicted by 
the theory correlates well with that observed in labo- 
ratory experiments. 


Many coordination compounds have vivid colors. 


Crystal field theory predicts that these colors are 
due to metal 3d electrons jumping from stabilized to 
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Metallo-Porphyrin Units in Biochemical Systems 


When M is... 


Fe Blood Hemoglobin 
Co Vitamin By 
Mg Chlorophyll 


The Metallo-Porphyrin Unit is Found in... 


Figure 7. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


energized orbitals when visible light or daylight shines 
on them. The bright colors of coordination compounds 
make them good candidates for dyes, paint pigments, 
and coloring agents of all sorts. 


A very special application of coordination com- 
pounds occurs in what is called the chelate effect. 
Chelation takes place when ligands “bite” or “bee 
sting” the metal in more than one place at a time. 
Using dental “biting” terminology, if a ligand has 
two “teeth” to bite a transition metal, it is called a 
bidentate (two-teeth) ligand. One example of this is 
called ethylenediamine, NH , CH , CH 2 NH 3. Figure 
5 shows simultaneous donation of two electrons each 
from the two nitrogen atoms of ethylenediamine. A 
five-membered ring is produced involving the metal, 
two nitrogen atoms, and two carbon atoms. 


A hexadentate ligand such as ethylenediamine 
tetraacetic acid, EDTA, bites a metal cation in six 
places simultaneously by wrapping itself around the 
cation (Figure 6). This produces an extremely strong 
chelated compound. Using EDTA, such ions as cal- 
cium, Ca", can be extracted from and tested in drink- 
ing water. 

Chelated transition metal ions are also found in a 
wide variety of biochemical situations. A basic struc- 
tural unit called metalloporphyrin is shown in Figure 7. 
It can be thought of as several ethylenediamine-like 
units fused and blended together into a single tetraden- 
tate (four-teeth) chelating ligand. Changing the central 
metal, M, changes the biochemical activity of the che- 
lated coordination compound. 
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Research in this area is opening up a new field of 
chemistry called bio-inorganic chemistry. 


See also Chemical bond. 


j Copepods 


Copepods are pale or translucent crustaceans, 
measuring between 0.04 mm to several millimeters 
long. They have adapted to many different habitats; 
while they usually live in saltwater, copepods can live 
in lakes and ponds as well. Furthermore, they have 
different modes of locomotion: some can swim pur- 
posefully but others are planktonic, floating with the 
current. Scientists generally distinguish between two 
basic forms of copepods, free-living and parasitic. 


The phylum Arthropoda is the largest phylum in 
the animal kingdom, containing more than one mil- 
lion identified species. The true number of arthropods 
may actually be in the tens of millions. Within this 
phylum, the subphylum Crustacea contains at least 
45,000 species. Although the classification of the 
group has been somewhat fluid, six classes are gener- 
ally recognized. Copepods belong to the class 
Maxillopoda and the subclass Copepoda, containing 
ten orders and more than 14,000 identified species. 
Three of these orders—Calanoida, Cyclopoida, and 
Harpacticoida—are primarily free-living and are 
present in huge numbers. 


Characteristics of free-living copepods 


Given the incredible number of species, the phys- 
ical structure of copepods varies greatly. However, the 
free-living forms of copepods have certain physical 
traits in common. For instance, the body is usually 
short and cylindrical, composed of a head, thorax, and 
abdomen. The lower part of the copepod’s head is 
generally fused with its thorax; the front of its head 
often juts forward, like a tiny beak. Its thorax is div- 
ided into about six segments; each segment is con- 
nected to two appendages. 


Generally, a free-living copepod has two pair of 
antennae and a single eye. The first pair of antennae is 
larger and has bristles. The male copepod can be 
distinguished from female because its antennae are 
slightly different from those of the female, modified 
for holding her during copulation. The free-living 
copepods’ limbs are used for movement, sometimes 
with the help of the antennae. Its thin abdomen lacks 
limbs, except for the caudal furca—an appendage 
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A copepod (Diaptomus sp.). (© M. |. Walker/Science Photo 
Library, National Audubon Society Collection/Photo Researchers, 
Inc.) 


akin to a tail. Its tail has bristles similar to those 
found on its primary antennae. Some tropical forms 
of copepods actually use their bristles to facilitate 
flotation. 


The parasites 


There are over 1,700 species of parasitic copepods. 
As larva—or nauplia—most look and act like typical 
copepods. It is only later, when the parasites reach 
various stages in their development, that they begin 
to attach themselves to a host creature and radically 
change in appearance. In fact, many of the adult para- 
sitic copepods are incredibly deviant in physical struc- 
ture from their free-living relatives. Indeed, it is nearly 
impossible to find a single trait that is common to all 
copepods, both free-living and parasitic. One of the 
only characteristics that they tend to share is that the 
females have egg sacs which secrete a sticky liquid 
when the eggs are laid, gluing them together. 


Furthermore, parasitic copepods are vastly differ- 
ent in appearance from other crustaceans. In general, 
adult parasitic copepods are shapeless, having neither 
limbs nor antennae and sometimes no body segments. 
Because these creatures start their lives as free-living 
animals, scientists infer that their ancestors were free- 
living and that they only evolved parasitic behavior 
after their environments dictated it. 


Parasitic copepods can inflict severe damage on 
their hosts. This damage is often worsened by the 
presence and infestation of accompanying fungi. 


Place in the food chain 
Free-living copepods form a crucial link in the 


food chain and are often assigned the role of “primary 
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Copepods 


consumers.” Although some large forms of copepods 
are predators, free-living copepods are generally her- 
bivores, feeding only on plant plankton which they 
filter from the water. Specifically, they eat small 
plant plankton and are, in turn, eaten by larger ani- 
mals, like herring or mackerel. More fish and other 
aquatic animals feed on copepods than any other kind 
of animal in existence. One of the dominant forms of 
animal plankton, some scientists estimate that there 
are more copepods on the planet than all other multi- 
cellular animals combined. 


Order Calanoida 


Calanoids are of major importance to the com- 
mercial fishing industry. Like other copepods, this 
species filters minute algae from the water and eats it 
in large clumps. In turn, these copepods are eaten in 
large numbers by fish, such as herring and salmon. 
Calanoids thrive close to the surface of large expanses 
of water, both seas and lakes. Anatomically, they are 
easy to recognize. The fused head and thorax of an 
individual calanoid is oval and clearly separated from 
its abdomen. The multi-segmented first antennae are 
long, about the same length as its body. The abdomen 
is much slimmer than its thorax. 


Like other animal plankton, calanoids allow 
themselves to float with the current, although they 
can use their first antennae to swim upward in the 
water. Unlike most other genera of copepods, cala- 
noids move from the surface to the depths of the water 
each day. At dawn, they sink to several hundred feet in 
the water; at dusk they rise to the surface again. There 
are several theories explaining this activity. The most 
likely reason is that they are escaping the dangerous 
ultraviolet rays of the sun. Another theory is that they 
are avoiding predators. In any case, this activity facil- 
itates their fairly even distribution in the sea, since 
currents at various depths often run in different 
directions. 


Order Cyclopoida 


All of the free-living cyclopoida are almost iden- 
tical to each other in physical appearance. Their 
antennae are shorter than those of the calanoids, 
growing about half of the length of their bodies. 
Their bodies, relatively pear-shaped, have two clearly 
divided regions: the head and thorax in the front; and 
the last segment of the thorax fused with the abdomen 
in the rear. Their front portions narrow slowly into 
their abdomens. This order contains many marine 
forms and numerous freshwater representatives. 
They are rarely planktonic, rather they tend to swim 
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KEY TERMS 


Caudal furca—An appendage on the free-living 
copepod, resembling a tail, that is attached to its 
abdomen. 


Free-living copepod—The copepods that does not 
attach itself to a living host but, instead, feeds on 
algae or small forms of animal life. 


Nauplia—Larva of either free-living or parasitic 
copepods; both kinds of larvae are similar in 
appearance. 


Planktonic—Free-floating; not using limbs for 
locomotion. 


Thorax—tThe area just below the head and neck; 
the chest. 


near the bottom of the water, never migrating 
upwards. They thrive in small pools of water with 
large amounts of aquatic vegetation. Some of the 
larger species are carnivores, eating insects and other 
crustaceans. 


There are also twelve or more families living in 
relation to other animals: either as hosts to parasites or 
as parasites themselves. Some freshwater species are 
important as temporary hosts to certain forms of 
worms that are parasitic to man. Other species are 
parasites on mollusks, sea anemones, or sea squirts. 
One specific group of parasitic cyclopoids live in the 
mouths or on the gills of certain fish, like frog-mouths. 
While the female can grow to 0.8 in (2 cm) long, the 
male never surpasses about 0.04 in (0.10 cm). The jaws 
of the female are shaped like sickles, enabling her to 
cling to her host and eat it. 


Order Harpacticoida 


Harpacticoid bodies, which rarely exceed 0.07 in 
(2 mm) in length, are not clearly divided into three 
distinct regions, and they vary dramatically in shape. 
Some harpacticoids are long and snake-like, while 
others are flat. Their antennae are very short and 
forked. 


Harpacticoids are planktonic, generally living in 
the muddy or sandy areas. Instead of swimming, these 
copepods hop, using the appendages on their thoraxes 
in combination with a rocking motion of their bodies. 
While most harpacticoids feed on organic waste 
or algae, some species are predators, swarming 
over small fish and immobilizing them by eating their 
fins. 
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Order Monstrilloida 


Some of the most advanced species of parasitic 
copepods are found in this order. These copepods are 
worm parasites. Their nauplii appear quite typical, but 
have no stomach. When they find a suitable host, they 
shed their outer skeleton and all of their appendages 
and become a mass of cells. In this simple structure, 
they are able to reach the worms’ body cavity. Once 
inside their host, these creatures form a thin outer 
skeleton; the copepods spend most of their lives with- 
out a mouth, intestines, or an anus. When they 
mature, they look like free-living copepods. 


See also Zooplankton. 


Resources 


BOOKS 

Boxshall, Geoffrey A., and Sheila A. Halsey. An Introduction 
to Copepod Diversity. London: The Ray Society, 2004. 

Schmitt, Waldo L. Crustaceans. Ann Arbor: The University 
of Michigan Press, 1965. 

Street, Philip. The Crab and Its Relatives. London: Faber 
and Faber Limited, 1966. 

Trefil, James. Encyclopedia of Science and Technology. The 
Reference Works, Inc., 2001. 


Kathryn Snavely 


] Copper 


Copper is the metallic chemical element of atomic 
number 29, symbol Cu, atomic weight 63.55, specific 
gravity 8.96, melting point 1,985°F (1,085°C), and boil- 
ing point 4,645.4°F (2,563°C). It consists of two stable 
isotopes, of mass numbers 63 (69.1%) and 65 (30.9%). 


Copper is one of only two metals that are colored 
something different than shades of silver or gray. 
Copper is reddish brown, while the metal gold is said 
to be a color of gold—which is a unique color that is 
sometimes loosely described as yellow but can be black 
or ruby in color when finely crushed. All other metals 
are silvery, with various degrees of brightness or gray- 
ness. Almost everybody handles copper just about 
every day in the form of pennies. However, because a 
piece of copper the size of a penny has become more 
valuable than one cent, today’s pennies are made of 
zinc, with just a thin coating of copper. 


Copper is in group 11 of the periodic table, along 
with silver and gold. This trio of metals is sometimes 
referred to as the coinage metals, because they are 
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relatively valuable, corrosion-free and pretty, which 
makes them excellent for making coins. Strangely 
enough, the penny is the only American coin that is not 
made from a copper alloy. Nickels, dimes, quarters, and 
half dollars are all made from alloys of copper with other 
metals. In the case of nickels, the main metal is, of course, 
nickel. 


Copper is one of the elements that are essential to 
life in tiny amounts, although larger amounts can be 
toxic. About 0.0004% of the weight of the human 
body is copper. It can be found in such foods as liver, 
shellfish, nuts, raisins, and dried beans. Instead of the red 
hemoglobin in human blood, which has an iron atom 
in its molecule, lobsters and other large crustaceans 
have blue blood containing hemocyanin, which is similar 
to hemoglobin but contains a copper atom instead of 
iron. 


History of copper 


Copper gets its chemical symbol Cu from its 
Latin word, cuprum. It got that name from the island 
of Cyprus, the source of much of the ancient 
Mediterranean world’s supply of copper. 


However, copper was used long before the Roman 
Empire. It is one of the earliest metals known to 
humans. One reason for this is that copper occurs 
not only as ores (compounds that must be converted 
to metal), but occasionally as native copper—actual 
metal found that way in the ground. In prehistoric 
times, an early human could simply find a chunk 
of copper and hammer it into a tool with a rock. 
(Copper is very malleable, meaning that it can be 
hammered easily into various shapes, even without 
heating.) 


Native copper was mined and used in the Tigris- 
Euphrates valley (modern Iraq) as long as 7,000 years 
ago. Copper ores have been mined for at least 5,000 
years because it is easy to get the copper out of them. 
For example, if a copper oxide ore (CuO) is heated in a 
wood fire, the carbon in the charcoal can reduce the 
oxide to metal: 


2CuO- + C > 2Cu + CO, 


copper charcoal copper carbon 
ore metal dioxide 
Making pure copper 


Extremely pure copper (greater than 99.95%), 
called electrolytic copper, can be made by electrolysis. 
The high purity is needed because most copper is used 
to make electrical equipment, and small amounts of 
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impurity metals in copper can seriously reduce its abil- 
ity to conduct electricity. Even 0.05% of arsenic impur- 
ity in copper, for example, will reduce its conductivity 
by 15%. Electric wires must, therefore, be made of very 
pure copper, especially if the electricity is to be carried 
for many miles through high-voltage transmission lines. 


To purify copper electrolytically, the impure cop- 
per metal is made the anode (the positive electrode) in 
an electrolytic cell. A thin sheet of previously purified 
copper is used as the cathode (the negative electrode). 
The electrolyte (the current-carrying liquid in between 
the electrodes) is a solution of copper sulfate and 
sulfuric acid. When current is passed through the 
cell, positively charged copper ions (Cu’*) are pulled 
out of the anode into the liquid, and are attracted to 
the negative cathode, where they lose their positive 
charges and stick tightly as neutral atoms of pure 
copper metal. As the electrolysis goes on, the impure 
copper anode dissolves away and pure copper builds 
up as a thicker and thicker coating on the cathode. 
Positive ions of impurity metals such as iron, nickel, 
arsenic, and zinc also leave the anode and go into the 
solution, but they remain in the liquid because the 
voltage is purposely kept too low to neutralize them 
at the cathode. Other impurities, such as platinum, 
silver, and gold, are also released from the anode, 
but they are not soluble in the solution and simply 
fall to the bottom, where they are collected as a very 
valuable sludge. In fact, the silver and gold sludge is 
usually valuable enough to pay for the large amount of 
electricity that the electrolytic process uses. 


Uses of copper 


By far the most important use of copper is in 
electrical wiring; it is an excellent conductor of elec- 
tricity (second only to silver), it can be made extremely 
pure, it corrodes very slowly, and it can be formed 
easily into thin wires—it is very ductile. 


Copper is also an important ingredient of many 
useful alloys—combinations of metals, melted together. 
Brass is copper plus zinc. If it contains mostly copper, it 
is a golden yellow color; if it is mostly zinc, it is pale 
yellow or silvery. Brass is one of the most useful of all 
alloys. It can be cast or machined into everything from 
candlesticks to cheap, gold-imitating jewelry that turns 
skin green. (When copper reacts with salt and acids in 
the skin, it produces green copper chloride and other 
compounds.) Several other copper alloys are common: 
bronze is mainly copper plus tin; German silver and 
sterling silver are silver plus copper; silver tooth fillings 
contain about 12% copper. 
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Probably the first alloy ever to be made and used 
by humans was bronze. Archaeologists broadly divide 
human history into three periods; the Bronze Age is 
the second one, after the Stone Age (prehistoric 
period) and before the Iron Age. During the Bronze 
Age, both bronze and pure copper were used for mak- 
ing tools and weapons. 


Because it resists corrosion and conducts heat 
well, copper is widely used in plumbing and heating 
applications. Copper pipes and tubing are used to 
distribute hot and cold water through houses and 
other buildings. 


Because copper is an extremely good conductor of 
heat, as well as of electricity (the two usually go 
together), it is used to make cooking utensils such as 
sauté and fry pans. An even temperature across the 
pan bottom is important for cooking, so the food does 
not burn or stick to hot spots. The insides of the pans 
must be coated with tin, however, because too much 
copper in our food is toxic. 


Copper corrodes only slowly in moist air—much 
more slowly than iron rusts. First, it darkens in color 
because of a thin layer of black copper oxide, CuO. 
Then, as the years goes by it forms a bluish green 
patina of basic copper carbonate, with a composition 
usually given as Cuz(OH)2CO3. (The carbon comes 
from carbon dioxide in the air.) This is the cause of 
the green color of the Statue of Liberty, which is made 
of 300 thick copper plates bolted together. Without 
traveling to New York City, a person can see this color 
on the copper roofs of old buildings such as churches 
and city halls. 


Compounds of copper 


In its compounds, copper can have a valence of 
either +1 (cuprous compounds) or +2 ( cupric com- 
pounds). Cuprous compounds are not stable in water, 
and when dissolved they turn into a mixture of cupric 
ions and metallic copper. 


Copper compounds and minerals are often green 
or blue. The most common minerals include mala- 
chite, a bright green carbonate, and azurite, a blue- 
green basic carbonate. Among the major copper ores 
are cuprite (CuO), chalcopyrite (CuFeS;), and bornite 
(CusFeS,). 


Copper is mined in more than 50 nations, from 
Albania and Argentina to Zambia and Zimbabwe. 
The world’s leading producers are Chile and the 
United States. In fact, one of the largest and most 
important U.S. copper mines is located in the Lake 
Superior region in northern Michigan. The top three 
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copper-producing states are the western states of 
Arizona, Utah, and New Mexico. 


Cupric sulfate, CuSO, * 5H,O, is also called blue 
vitriol. These poisonous blue crystals are used to kill 
algae in the purification of water, and as an agricul- 
tural dust or spray for getting rid of insects and fungi. 


See also Electric conductor. 
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| Coral and coral reef 


Coral reefs are highly diverse ecosystems, support- 
ing greater numbers of fish species and other organisms 
than any other marine ecosystem. Coral reefs are 
located in warm, shallow, tropical marine waters with 
enough light to stimulate the growth of the reef organ- 
isms. The primary reef-building organisms are inverte- 
brate animals known as corals; corals secrete the bulk 
of the calcium carbonate (limestone) that makes up the 
inorganic reef structure, along with material deposited 
by coralline algae, mollusks, and sponges. 


Corals are small (0.06-0.5 in; 1.5—12 mm), colonial, 
marine invertebrates. They belong to the class Anthozoa, 
phylum Cnidaria (or Coelenterata). Corals are subdivided 
into stony corals, which have six tentacles; and soft corals, 
sea fans, and sea whips, which have eight tentacles. 


The limestone substrate of stony coral colonies 
develops because each individual animal, or polyp, 
secretes a hard, cuplike skeleton of calcium carbonate 
(limestone) around itself as a protection against pred- 
ators and storm waves. These limestone skeletons, or 
corallites, make up the majority of the reef framework. 
Certain coral species produce distinctively shaped col- 
onies, while others exhibit various shapes. Some spe- 
cies, such as staghorn coral, are intricately branched, 
and are sometimes called coral stands. Brain corals are 
almost spherical in outline and are often called coral 
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heads; they often display surface convolutions remi- 
niscent of those on a human brain. 


Calcareous red, or coralline, algae also contribute 
to the framework of reefs by secreting their own outer 
skeleton that acts as cement, stabilizing loose sediment 
on the reef. Coralline algae often produce as much of a 
reef’s limestone as do the stony corals. Other calcare- 
ous organisms that contribute reef sediments include 
sponges, bryozoans (another colonial animal), tube 
worms, clams, and snails. 


Adult corals are bottom-dwelling, attached ani- 
mals usually found in single-species colonies. These 
colonies may house hundreds or thousands of polyps. 
The polyps are joined to one another by a thin tissue 
layer called the coenosarc (pronounced SEE-na-sark). 
The coenosarc connects the entire coral colony and 
covers the underlying coral skeleton. Reproduction 
through an asexual budding process results in develop- 
ment of duplicate daughter polyps and allows for 
growth of the colony. A single polyp can develop into 
a massive coral head through multiple budding epi- 
sodes. Corals also reproduce sexually, producing multi- 
tudes of planktonic larvae that ocean currents disperse 
widely. This allows colonization of suitable habitats, 
resulting in development of new colonies and new reefs. 


Single-celled dinoflagellate algae known as zoox- 
anthellae live symbiotically within coral polyps. 
Chemical exchanges occur between the coral polyps 
and zooxanthellae, and both thrive in a mutually ben- 
eficial relationship (mutualism). The zooxanthellae, 
which are essentially tiny green plants that can pro- 
duce food from sunlight, water, and dissolved miner- 
als, supply some coral species with more than 90% of 
their nutrition on sunny days. In exchange for 
nutrients, the coral polyps supply a habitat and essen- 
tial minerals to the algae. Another result of this rela- 
tionship is more rapid development of coral reefs. 
During photosynthesis, the zooxanthellae remove car- 
bon dioxide from the water, which promotes calcium 
carbonate production, in turn allowing the coral to 
more easily secrete its home. 


In addition to the food provided by their zooxan- 
thellae, corals prey on tiny planktonic organisms. 
Some corals paralyze their prey using stinging cells, 
or nematocysts, located on their tentacles. Other cor- 
als feed by creating weak water currents with cilia to 
draw food into their mouth, or by producing sticky 
mucus with which to trap tiny planktonic animals. 
Most species feed at night; during the day, they retract 
into their corallites for protection. The members of the 
colony share nutrients by passing them to their neigh- 
bors through the coenosarc. 
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Kayangel atoll, Belau. (Douglas Faulkner. National Audubon Society Collection/Photo Researchers, Inc.) 


While estimates of the total ocean floor area cov- 
ered by coral reefs vary considerably because of diffi- 
culties in estimation due to their submarine location, a 
conservative estimate would be 235,000 sq mi (597,000 
sq km)—only 0.1% of Earth’s surface—for reef areas 
at depths less than 100 ft (30 m). Coral reefs occur 
in shallow, warm-water locations, primarily below 
30° latitude in the western Atlantic and Indo-Pacific 
regions. Their distribution is strongly influenced by the 
environmental preferences of the coral animals. Corals, 
or rather their symbiotic zooxanthellae, depend on 
light for growth. The algae need access to light to 
accomplish their photosynthesis. Too much sediment 
in the water also causes problems, by limiting light 
penetration or suffocating organisms, and thereby 
slowing reef growth. Consequently, the amount of 
light and the clarity and depth of the water are impor- 
tant influences on the development of coral reefs. 


Corals thrive in oligotrophic water; that is, water 
with low concentrations of nutrients such as phosphate, 
ammonium, and nitrate. Currents and wave activity 
help supply the continuous but low concentrations of 
nutrients that corals and algae require for survival, while 
also removing waste materials. 


Water temperature is also an important environ- 
mental influence on the growth of stony corals. 
Typically, a water temperature of 74-78°F (23-26°C) 
is ideal for coral growth, and temperatures must gen- 
erally remain above 67°F (19°C) throughout the year. 


Stony corals also prefer marine waters with stable 
salinity. The salt concentration of the water must 
range between 35 and 38 parts per thousand, and the 
concentration of oxygen must remain high. Another 
important factor is the need for continuous submer- 
sion under water, although some corals can survive 
temporary exposure during low tide. 


Reefs tend to develop a definite depth profile and 
associated coral zonation under the influence of con- 
stant wave activity. This results from the decrease in 
wave energy with water depth. The reef crest is the 
shallowest reef area and subject to the highest wave 
energy; here coral and algae encrust the substrate to 
avoid being broken and swept away. The reef crest is 
located at the top of the seaward reef slope and may be 
exposed at low tide. Waves and tides cut channels 
across the reef crest. As tides rise and fall, water 
moves back and forth through these channels between 
the open sea and the lagoon. 
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The anatomy of a hard coral (left) and the skeletal corallite that remains after the coral dies (right). (Hans & Cassidy. Courtesy of 


Gale Group.) 


Wave and storm energy are important controls on 
the character of the reef crest. Coralline algae tend to 
dominate reef crests if hurricanes are frequent and 
average daily wave conditions are rough. Grazing 
fish, which would normally consume the algae, are 
deterred by the consistent high wave energy. In areas 
with infrequent storms and calmer daily wave condi- 
tions, encrusting corals or robust branching corals 
tend to inhabit reef crests. 
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Moving down the seaward reef slope, the reef 
front lies just below the reef crest. Corals here are 
diverse and show the greatest range of forms. At the 
top of the slope, wave energy is high and coral forms 
are usually encrusting to massive, such as brain corals. 
Further down the slope, in deeper water, massive cor- 
als dominate, then give way to delicate branching 
corals as wave energy decreases with depth. Finally, 
at the base of the reef front, plate-like corals take 
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Coral and coral reef 


advantage of the low wave energy. By orienting their 
flat, upper surface toward the sun, they attain maxi- 
mum exposure to the diminished light of the deep reef. 
Further downslope, the fore reef consists of limestone 
boulders, coral branches and smaller sediments, all 
transported from above, as well as sponges, soft corals 
and algae thriving in place. 

Shoreward of the reef crest lies the shallow reef 
flat. Reef rubble occurs here in high-energy reefs. In 
lower energy settings, carbonate sand may be present. 
These sediments are supplied by storm waves breaking 
on the reef crest. Even closer to shore is the back reef 
area, where fine-grained sediment inhibits reef growth; 
however, scattered stubby, branching or low, knobby 
corals usually develop in water depths of 3-4 ft 
(1-1.3 m). 


Beyond the back reef, the water begins to deepen 
again—to as much as 100 ft (30 m) or more—within 
the lagoon (i.e., water between the reef and the shore, 
or completely surrounded by the reef). Here the sea 
floor is generally protected by the reef from significant 
wave agitation, so fine-grained sediments compose the 
lagoon floor. Hardy corals occur in scattered clusters, 
known as patch reefs. 


There are three major kinds of coral reefs: fringing 
reefs, barrier reefs, and atolls. Fringing reefs are 
located in shallow water close to shore, either with or 
without a shallow lagoon. Barrier reefs are also 
located in shallow water, but with a deep lagoon sep- 
arating the reef from the shoreline and a steep reef 
front. Both fringing and barrier reefs form on shallow 
continental shelves and along island shorelines. Atolls 
are ring-shaped coral reefs centered around a deep 
lagoon. They are typically found in the vicinity of 
volcanic seamounts and islands located in the deep 
ocean. 


Major controls: crustal subsidence 
and sea level change 


In addition to the environmental requirements for 
coral growth described above, other factors play a role 
in coral reef character over long time intervals, that is, 
during geologic time spans. The two most important 
controls are both related to water depth—sea level 
change and crustal movement. 


World-wide fluctuations in sea level can be caused 
by volume changes of fresh water in global reservoirs 
(lakes, groundwater, or glaciers) and by changes in the 
volume of ocean basins. If sea level rises while environ- 
mental conditions remain favorable for reef growth, 
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coral reefs may grow upward rapidly enough to keep 
pace with rising sea level. If conditions are unfavora- 
ble, upward growth will be slow and light levels on the 
reef will slowly decrease as water depth increases, 
causing the reef to “drown.” If sea level drops, the 
crest of the reef may be exposed and eroded, while 
deeper zones will “back-step” down the reef slope as 
the water depth decreases. 


Coral reefs occur in two distinct settings: oceanic 
settings and continental shelves. Deep water sur- 
rounds oceanic coral reefs, which generally lie hun- 
dreds of miles from continental shelves. These may be 
fringing reefs, barrier reefs or atolls. Charles Darwin, 
who started his scientific career as a geologist, devel- 
oped a theory in the mid-nineteenth century about the 
origins of and relationships between fringing reefs, 
barrier reefs, and atolls in oceanic settings. Darwin 
visited Pacific atolls and also observed barrier and 
fringing reefs in the south Atlantic. He hypothesized 
that the first stage of development of an atoll is the 
creation of a fringing reef around a volcanic island. 
The volcano subsides under its own weight over mil- 
lions of years, but the reef’s upward growth keeps 
pace with subsidence and so it remains in shallow 
water, developing into a barrier reef. If a volcanic 
island becomes completely submerged, the coral reef 
itself may be the only thing at sea level, forming an 
atoll. 


Darwin was essentially correct, since the primary 
factor determining what types of reefs are present in 
oceanic settings is usually an island’s rate of subsi- 
dence. However this model is less applicable to shelf 
reefs, which usually experience less significant rates of 
subsidence. Continental shelves are typically fairly 
stable, so sea level changes tend to exert more control 
than subsidence on reef morphology (form). Shelf 
reefs occur on the margins of continents. A carbonate 
shelf is a broad, flat, shallow margin where conditions 
favor reef development. Most shelf reefs develop 
either on benches or banks or at the continental shelf’s 
seaward margin. 


Bench reefs form on the outer edge of a submarine 
erosional terrace, or bench, produced by near-shore 
erosion during times of lower sea level. This bench 
provides a substrate for reef development. Generally, 
bench reefs form at water depths of 35 ft (10 m) or less. 
Bank-barrier reefs form on a shallow (less than 60 ft, 
18 m) area of the shelf where, in the past, scattered 
corals trapped various coarse-grained skeletal mate- 
rial, forming a pile, or bank. Later, when water depths 
are suitable, corals use the bank as a substrate for reef 
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development. Shelf-margin reefs are located at the 
outer edge of the shelf, beyond which water depths 
increase very rapidly. 


When sea level rises or falls along a shelf, vast areas 
of land are flooded or exposed, respectively. If sea level 
drops on a shelf, bench or bank reefs cannot necessarily 
back-step—there may be no where to go, if the entire 
shelf becomes exposed. Shelf-margin reefs may back- 
step, however, sediments from erosion of the newly 
exposed shelf often overcome the reefs. Likewise, dur- 
ing rising sea level, water quality may be unfavorable to 
reefs due to coastal erosion of newly flooded land areas. 


Coral reefs around the world have similar plants 
and animals. This means that the same families and 
genera tend to be present, although the actual species 
may be different. They have the highest biodiversity 
and greatest ecological complexity of any marine eco- 
system. Many coral-reef organisms have established 
balanced, mutualistic relationships that help sustain a 
great richness of species and a tremendous complexity 
of ecological interactions. Coral reefs develop under 
environmental conditions characterized by a restricted 
supply of nutrients, yet maintain a high rate of pro- 
ductivity because of their efficient use of nutrients. 


Some ecologists believe that coral reefs maintain 
high biodiversity as a response to a stable but periodi- 
cally disturbed environment that allows for the accu- 
mulation of species over time. The most competitive 
species are prevented from dominating the ecosystem, 
while small-scale disturbances maintain a shifting 
mosaic of relatively young habitats for colonization 
by less competitive species. Natural disturbances to 
which coral reefs must typically adapt include intense 
windstorms such as hurricanes, events of sediment 
deposition or volcanism, unusually low tides, short- 
term temperature extremes, and the population 
dynamics of reef species. 


As an underwater environment, coral reefs offer 
a wide variety of habitats for plants and animals. 
Phytoplankton, benthic algae, and bacteria are at the 
base of the food web. They serve as food for the large 
variety of animals in the coral-reef ecosystem. For 
example, as many as 500 species of fish may inhabit a 
given coral reef. If you ever visit a coral reef, you may 
find that greenery seems relatively scarce; however, six 
inconspicuous types of plants make coral reefs the 
marine community with the highest primary produc- 
tivity. These are the calcareous and noncalcareous 
green algae, red algae, and brown algae; the hidden 
(“cryptic”) zooxanthallae living in coral tissue and 
green filamentous algae living in the porous limestone 
substrate; and the microscopic phytoplankton. 
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Many of these fish species defend a territory, while 
others occur in large schools. Many benthic species 
occur in and on the reef as well. These include the 
corals themselves, barnacles, oysters, clams, lamp 
shells, and polychaete worms. All told, as many as 
150,000 species may live in some coral reefs. 


Coral reefs are sometimes disturbed by natural 
forces, such as extreme rain events that dilute sea- 
water, waves associated with hurricane-force winds, 
volcanism, earthquakes, and thermal stress from 
unusually warm water (such as El Nifio events). 
These natural conditions rarely destroy entire reefs, 
and the ecosystem can recover over time. 


The crown-of-thorns starfish (Acanthaster planci) 
has caused severe damage to coral reefs in the Pacific 
Ocean and elsewhere. These large, bottom-dwelling 
invertebrates feed on the corals, destroying them in 
the process. This damage has been well documented 
on the Great Barrier Reef of Australia, almost one- 
quarter of which was destroyed by a crown-of-thorns 
infestation in the 1980s. When corals are destroyed by 
starfish, algae and bacteria grow over the surface and 
inhibit the establishment of new coral. 


Another threat to coral reefs, observed in early 1980’s 
in the Caribbean and the Florida Keys, was a blight that 
decimated the population of spiny sea urchins. These 
invertebrates are important because they feed on benthic 
algae, preventing them from overgrowing the corals. 


A phenomenon known as coral bleaching is 
caused when coral polyps expel their zooxanthellae 
so that the coral becomes pale or white. Without 
their algae corals become weak, and after several 
weeks may die. For some years marine scientists have 
been observing major bleaching events in many parts 
of the world; the bleaching event of 1998 was the worst 
ever observed, affecting most of the world’s coral reefs 
simultaneously. In some cases, severe damage has 
been caused to the coral-reef ecosystem (e.g., 80% 
coral die off). Scientists believe that unusually warm 
water temperatures are responsible for these cata- 
strophic bleaching episodes. The cause (or causes) of 
these unusually warm temperatures is not certainly 
known, but a majority of scientists believe that global 
warming caused by human alteration of the atmos- 
phere (especially increases of atmospheric carbon 
dioxide [CO ]) is responsible. Atmospheric CO:— 
expected to increase to twice its natural level (i.e., its 
level just prior to the Industrial Revolution) by 2065— 
is also expected to harm coral reefs by changing 
the chemistry of seawater in such a way as to make 
calcium carbonate less available to reef-building 
organisms. 
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Coral and coral reef 


Marine biologists also suspect that other devastating 
infectious coral diseases are also becoming more common. 
These diseases have names such as “black band,” “white 
plague,” and “white pox.” They are capable of wiping out 
much of the coral in an afflicted reef. 


Events such as crown-of-thorns population explo- 
sions, spiny sea urchin population collapses, and coral 
diseases can all be considered natural events. However, 
in many cases, marine scientists suspect that human 
influences, such as pollution, ozone depletion, or global 
warming may ultimately be to blame. 


Corals reefs provide extremely valuable environ- 
mental services for people, including the protection of 
shorelines from the full onslaught of storm-driven waves. 
Some of these services are of direct economic benefit to 
people, and they could be used on a sustained-yield 
basis, for example, through ecotourism or a controlled 
fishery. 


Regrettably, many human uses of coral reefs dam- 
age their physical and ecological structure. The most 
devastating direct damage is caused by mining of reefs 
to provide calcium-based material for the construction 
of buildings, including the manufacturing of cement. 


Although fishing is a potentially sustainable activ- 
ity, it is not often practiced as one. The most destruc- 
tive fishing technique used in coral reef ecosystems 
involves the use of dynamite to stun or kill fish, 
which then float to the surface and are gathered. 
Dynamiting is extremely wasteful both of fish, many 
of which are not collected after they are killed, and of 
the coral reef ecosystem, which suffers serious physical 
damage from the explosions. Net fishing also physi- 
cally damages reefs and depletes non-food species. 
Sometimes, poisons are used by divers to intoxicate 
fish so they can be collected by hand. This method is 
used both to catch fish as food for local people and for 
the international aquarium trade. 


Coral reefs are also highly vulnerable to pollution of 
various kinds. Pollution by nutrients, or eutrophication, is 
most commonly associated with the discharge of sewage 
into the marine ecosystem as runoff from cities or coastal 
villages. Nutrients such as nitrate and phosphate that runs 
off from coastal agricultural land can cause phytoplank- 
ton to become highly productive and abundant, and their 
biomass can prevent sunlight from reaching the corals in 
sufficient intensity to sustain their zooxanthellae. 
Nutrients can also cause free-living algae on the reef sur- 
face to become highly productive, and in some cases these 
algae smother the corals, causing further decline of the 
coral-reef ecosystem. 


Many species of corals and their zooxanthellae 
are highly sensitive to toxic contaminants, such as 
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pesticides, metals, and various petrochemicals. Coral 
reefs can easily be degraded by these chemical pollu- 
tants, for example, through agricultural runoff into 
the near-shore environment. Sometimes, coral reefs 
are severely damaged by oil spills from wrecked tank- 
ers, or from smaller but more frequent discharges from 
coastal refineries or urban runoff. Corals and their 
associated species can suffer damage from exposure 
to toxic hydrocarbons, and from the physical effects of 
smothering by dense, viscous residues of oil spills. 


Sedimentation is a type of pollution that occurs 
when large quantities of fine soil particles erode from 
nearby land areas and settle out of water in near-shore 
marine waters, smothering coral reefs. Corals are tol- 
erant of a certain amount of sedimentation. However, 
they may die if the rate of material deposition is 
greater than the corals can cope with through their 
natural cleansing mechanisms: ciliary action and out- 
ward growth of the colony. Sedimentation may also 
cause damage if its associated turbidity significantly 
reduces the amount of light available for the symbiotic 
zooxanthellae. 


Estimates are that approximately 60% of the 
world’s reef area may be directly threatened by 
human activities such as coastal development and pol- 
lution. This figure does not include the possible effects 
of global warming and atmospheric COz increases, 
which threaten all of the world’s reefs. 


Although coral reefs may be suffering a variety of 
ills, there is still hope. In the 1980s and 1990s, many 
countries began to realize the importance of coral reefs 
and to act accordingly. In response to requests from 
marine scientists for increased monitoring of reef con- 
dition, along with calls from environmental activists 
for enhanced reef conservation, several countries 
developed management plans for their reef areas. 


In some cases, governments applied lessons 
learned elsewhere. For example, a small island north 
of Venezuela—Bonaire, in the Netherlands Antilles— 
established a marine park 1979. The park boundaries 
completely surround the island and ordinances pro- 
vide some level of protection for all marine resources 
from the high water mark down to 190 ft (60 m). 
Bonaire’s reefs are now some of the healthiest in the 
Caribbean, even though they too have been affected at 
times by reduced water quality, coral disease out- 
breaks, declining spiny sea urchin populations, and 
storm damage. 


Recent establishment of similar management 
zones with enforced limitations and controls on 
marine resource exploitation has resulted in significant 
improvement in the health of some reef systems. However, 
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KEY TERMS 


Benthic—Dweelling in or on the ocean bottom. 


Calcareous—Composed of calcite (calcium carbo- 
nate) (CaCO3), a common mineral. 


Mutualism—A mutually beneficial interaction (sym- 
biosis) between two different species. 

Polyp—An individual animal in a coral colony. 
Sessile—Unable to move about. 


Zooxanthellae—The single-celled, dinoflagellate 
algae that live in a mutualistic symbiosis with corals. 


it remains to be seen if more restrictive measures may be 
necessary. In particular, it may be imperative to improve 
effluent water quality in areas of high population density, 
such as the Florida Keys. 


See also Greenhouse effect; Oceanography. 
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Coral snakes see Elapid snakes 


Coriander see Carrot family (Apiaceae) 


| Coriolis effect 


The Coriolis effect occurs when, on a rotating 
solid body, an inertial (apparent) force acts on a 
body at right angles to its direction of motion when 
it moves towards or away from the axis of rotation. 
The Coriolis effect (also called the Coriolis force) is 
based on the laws of motion introduced world by Issac 
Newton (1642-1727). 
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Behavior of objects under the 
Coriolis effect 


Within its rotating coordinate system, the object 
acted on by the Coriolis effect appears to experience a 
force that would deflect it from its path of motion. This 
force is not real, like the “centrifugal force” that also 
seems to act on objects that are stationary or following 
arbitrary paths in rotating coordinate systems. A force 
is exerted on an object moving towards or away from 
the axis of rotation in a rotating system, but only if that 
object is to maintain a fixed position or move in an 
arbitrary path relative to the rotating coordinate 
system. 


One way to understand the Coriolis effect is to imag- 
ine an ant crawling from the outer rim of a horizontal 
rotating disc toward the center of the disk. At the rim, 
where it begins its journey, the ant is making a certain 
number of revolutions per second. Given its mass and its 
distance from the center of rotation, it has a certain angu- 
lar momentum. As it moves toward the center, to retain 
that angular momentum it must increase its angular veloc- 
ity—imake more revolutions per second. One can see this 
effect when a spinning skater pulls their arms in closer to 
their body and spins more rapidly. But if the ant is to walk 
a straight line toward the axis, then it will continue to 
make the same number of revolutions per second (because 
every point on a straight line drawn on the disc from axis 
to edge makes the same number of revolutions per sec- 
ond). The ant’s feet must, therefore, exert a force on the 
surface of the record that is counter to the direction of 
rotation as it moves toward the axis. This force transfers 
angular momentum from the ant to the disc (which is, 
presumably, far more massive than the ant); since momen- 
tum is always conserved, the angular momentum lost by 
the ant is equal and opposite to that gained by the disc (or 
whatever the disc mechanism is attached to, such as 
Earth). In this case a force is indeed exerted on the ant, 
but it is exerted by the muscles of the ant’s own legs, acting 
through friction on the surface of the disc; it is not some 
mysterious “Coriolis force” coming out of nowhere. This 
is why the Coriolis force is said to be “not real.” 


Now imagine that a toy cannon on the edge of the 
disc is fired toward the center. The cannon ball moves 
freely with respect to the rotating reference frame of the 
disc (unlike the ant, which pushes sideways with its feet 
to achieve straight-line motion in the rotating reference 
frame). The path traced by the toy cannon ball over the 
rotating disc will lag the path that it would have taken 
had the disc not been rotating. From a nonrotating 
point of view, say that of a person standing in the 
room, the surface of the disc will rotate out from 
under the path of the cannon ball as the cannon ball 
flies over the disc. From the point of view of the 
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rotating surface, however, the cannon ball is acceler- 
ated by a mysterious force that acts against the direc- 
tion of rotation. The cannon ball is not in fact being 
acted on by any force, but is simply following a path 
that is curved sideways from the point of view of the 
rotating frame of the disc. Again, the “Coriolis force” is 
seen to be “not real.” 


The effects described above would act in reverse 
for an ant or cannon ball traveling away from the axis 
of rotation. They also work on the scale of a planet, an 
accretion disk of material falling into a black hole, ora 
galaxy. 


History 


The Coriolis effect was first described by Gustave- 
Gaspard Coriolis, for whom the effect is named. 
Coriolis (1792-1843) was a French mathematician 
and engineer who graduated in highway engineering. 
He was a professor of mechanics at the Ecole Centrale 
des Arts et Manufactures and later at the Ecole des 
Ponts et Chaussées. Coriolis studied the motions of 
moving parts in machines relative to the fixed parts. 
His special gift was for interpreting and adapting the- 
ories to applied mathematics and mechanics. Coriolis 
was an assistant professor of mechanics and analysis 
and later director of studies at the Ecole Polytechnique 
in Paris from 1816 to 1838 where he gave the terms 
“work” and “kinetic energy” their scientific and prac- 
tical meanings, which are still used today. 


Coriolis authored several books. His first, Du calcul 
de l’effet des machines (On the Calculation of Mechanical 
Action) was published in 1829 and discussed applied 
mechanics. He also wrote Théorie mathématique des 
effects du jeu de billiard (Mathematical Theory of the 
Game of Billiards) in 1835, and his understanding of 
the motions of billiard balls was directly related to his 
study of other solid bodies like the planets and especially 
planet Earth. In 1835, he published a paper called “Sur 
les équations du mouvement relatif des systemes des 
corps” (“On the Equations of Relative Motion of 
Systems of Bodies”), which described the force later 
named the Coriolis effect. Publication of this paper 
changed the studies of meteorology (weather), ballistics, 
oceanography, and astronomy as well as mechanics. 
The Coriolis effect and other mechanical principles 
were also described in a book published in 1844 after 
Coriolis’ death and titled Traité de la méchanique des 
corps solides (Treatise on the Mechanics of Solid Bodies). 


Significance of the Coriolis effect 


The Coriolis effect is important to virtually all 
sciences that relate to Earth and planetary motions. 
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It is critical to the dynamics of the atmosphere includ- 
ing the motions of winds and storms. In oceanogra- 
phy, it explains the motions of oceanic currents. 
Ballistics encompasses not only weapons but the 
motions of aircraft including launching and orbiting 
spacecraft. In the mechanics of machinery, rotating 
motors and other electrical devices generate instanta- 
neous voltages (called Christoffel voltages) that must 
be calculated relative to the rotation. In astronomy, 
astrophysics, and studies of the dynamics of the stars, 
the Coriolis effect explains the rotation of sunspots 
and the true directions of light seen on Earth from the 
stars. 


The Coriolis effect does not have any relationship 
to two other effects. For many years, geologists have 
used the Coriolis effect to suggest that right banks of 
rivers will tend to erode more rapidly than left banks in 
the Northern Hemisphere; this has been proven not to 
be true. Also, many people claim that the spiraling 
water in a sinks or toilet bowl drains in counterclock- 
wise or clockwise motion depending on whether the 
drain is located in the Northern or Southern 
Hemisphere. This is not the case. The Coriolis effect 
related to Earth’s rotation is too weak to control fluid 
spiraling on such a small scale. Rather, the direction of 
drainage spiraling is determined by the shape of each 
individual container. In either hemisphere, North or 
South, one can observe drainage spirals that go either 
to the right or the left. 
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| Cork 


Cork is the outer, regenerative bark of the cork 
oak tree, Quercus suber, family Fagaceae. Unlike other 
oak species, the cork oak is an evergreen tree and dates 
from the Oligocene epoch of the Tertiary period. 
The oldest cork fossil, dating 10 million years old, 
was found in Portugal and is identical to modern 
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cork. Today cork oak trees grow exclusively around 
the edge of the Mediterranean, primarily in Portugal, 
Spain, and Algeria, and to a lesser extent in Morocco, 
Tunisia, Italy, Sicily, and France. 


A cross section of the tree trunk or large branch of 
Q. suber reveals three distinct layers: (1) the inner and 
largest area, the xylem (woody tissue), (2) a thin layer 
covering the xylem called the inner bark, and (3) the 
outer cork layer, also known as phellogen or cork- 
cambium. When the tree is about ten years old, it is 
stripped of its outer bark (the cork) for the first time. 
Cork from the first stripping is called virgin cork. 
Strippers make vertical and horizontal cuts into the 
bark and lift the planks off. Care is taken not to 
damage the living inner bark, which cannot replenish 
the cork if it is damaged. Stripping takes place during 
spring or summer when new cork cells are developing 
near the inner bark, making the cork easier to strip off. 
Within three months after stripping, growth of the 
cork layer resumes. The cork layer stops growing 
when cold weather begins. 


A cork oak is stripped about every 10 years. The 
second and subsequent strippings are called reproduc- 
tion cork and are of better quality than virgin cork. 
A healthy tree can live for 150 years. An old tree with a 
large girth and branches can yield more than 1,000 Ib 
(455 kg) of cork in a single harvest. Cork oaks aged 
between 35 and 45 years typically yield about 200 Ib 
(91 kg) per year, and trees aged 50 or 60 years can yield 
330 Ib (150 kg) of cork. 


The cork planks are seasoned for about six months 
in the open air. Exposure to rain, wind, and sun during 
seasoning cause chemical transformations in the cork, 
improving its quality. After the planks are seasoned, 
they are boiled to remove tannic acid and resins, to 
soften the cork, and to make the rough outermost sur- 
face easier to remove. The cork planks are sorted 
according to quality. The highest-quality cork is used 
for bottle stoppers. The rest is either cut into sections or 
granulated to make agglomerated cork, which consists 
of small pieces (granules) of cork that are agglutinated 
(glued or adhered together) with either the cork oak’s 
own resin, or with products such as rubber, asphalt, or 
synthetic resins, and then heat treated under pressure 
to solidify the composite material. 


The cork consists of suberose tissue formed by the 
phellogen, a tissue between the inner bark and cork, 
from which cork develops. Suberin is a waxy, water- 
proof substance in the cell wall (suberose tissue), made 
of fatty acids and organic alcohols, and making cork 
impermeable to liquids and gases. Although cork is the 
bark of a living tree, it is actually a conglomeration of 
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dead cells. Each cell is a multisided polyhedron, only 
30-40 microns in diameter, and is filled with a gas 
almost identical to the normal atmosphere. One 
cubic centimeter of cork contains about 40 million 
cells. Cork is made up of more gas (90%) than solid 
material, making its density very low. Cork floats and 
does not rot. It is also fire resistant, compressible, and 
does not conduct heat or sound very well. These char- 
acteristics make cork a useful material for diverse 
purposes. Cork is used, for example, in the fishing 
industry, the electrical and building industries, auto- 
mobile and aeronautical industries, the manufacture 
of sporting goods and home furnishings, shoes, and 
musical instruments. Some examples of cork products 
are floor and wall tiles, expansion or compression 
joints in concrete structures, insulation, safety hel- 
mets, several types of sporting good balls, heat shields, 
gaskets, shoe soles, and fishing tackle. 


Today, Portugal is the leading producer of cork. 
In Portugal, the cork oak tree is protected by stringent 
laws regarding the growing, pruning, and stripping of 
the tree. Cork cultivators are given technical and 
financial assistance, and cork products are highly 
regulated to maintain high standards of quality. 


Christine Miner Minderovic 


| Corm 


A corm is a modified, upright, swollen, under- 
ground stem base of an herbaceous plant. Corms 
serve as a perennating organ (allowing the plant to 
live from season to season), storing energy and pro- 
ducing new shoots and flowering stems from one or 
more buds located in the axils of the scale—like leaves 
of the previous year. Corms differ from superficially 
similar bulbs in that their leaves are thin rather than 
fleshy, and they are entirely composed of stem tissues. 


Herbaceous plants are perennials, meaning that 
they have a lifespan of several to many years. 
However, after each growing season the aboveground 
parts of herbaceous plants die back to the ground, and 
new growth must issue from below ground to begin the 
following season. In the case of cultivated species such 
as gladiolus (Gladiolus communis), crocus (Crocus sat- 
ivus), and water chestnut (Eleocharis tuberosa), the 
new herbaceous growth develops from underground 
corms. In fact, the corm of the water chestnut is eaten. 
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Cormorants 


Horticulturalists usually propagate these species 
using corms, which develop small “cormels” from lat- 
eral buds on the sides of the parent corm. A relatively 
vigorous production of cormels can be stimulated by 
wounding the parent corm, for example, by making 
some sharp, but shallow, cuts on its base. To cultivate 
these plants, the cormels are split off and individually 
planted, rightside up, and a new plant will develop. The 
use of corms to propagate new plants in these ways does 
not involve any exchange of genetic information, and is 
referred to as vegetative propagation because the 
parent and progeny are genetically identical. 


| Cormorants 


Cormorants or shags are long-necked, generally 
black or dark gray, aquatic birds in the family 
Phalacrocoracidae. These birds occur in most temper- 
ate and tropical marine coasts, and on many large 
lakes. There are 36 species of cormorants with fewer 
species occurring at higher latitudes. 


The plumage of cormorants is not completely 
waterproof, since these birds lack an oil gland for 
preening, so their feathers get waterlogged when they 
swim under water. As a result, after swimming, cor- 
morants spend time drying their feathers by standing 
with their wings spread to the sun and breeze. 


The diet of cormorants is mostly small- to 
medium-sized species of fish. Cormorants dive for 
their prey, which they catch underwater in their bills. 
Cormorants power their swimming using their webbed 
feet, employing their wings and tails to assist with 
steering. 


Cormorants are colonial breeders. They usually 
build their rather bulky nests of twigs and other debris 
in trees, and sometimes on artificial platforms such as 
old pilings. The young birds are initially without feath- 
ers and are fed by their parents by regurgitation. 
Cormorant colonies are loud, raucous places. These 
birds commonly kill the stand of trees that they nest in, 
mostly through the caustic influence of their copious 
defecations. 


The most widespread species is the common or 
great cormorant (Phalacrocorax carbo), which occurs 
in North America, Eurasia, and Australia. This spe- 
cies and the double-crested cormorant (P. auritus) are 
the only cormorants on the coast of eastern North 
America. The double-crested cormorant also breeds 
abundantly on large, inland lakes. 
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Cormorants, like this double-crested cormorant (Phalacrocorax 
auritus), are sometimes mistaken for geese in flight, but unlike 
geese, which flap steadily and honk as they fly, cormorants flap 
for a while and then glide, and they are silent in flight. (Robert 
J. Huffman. Field Mark Publications.) 


The west coast of North America also has 
Brandt’s cormorant (P. penicillatus) and the pelagic 
cormorant (P. pelagicus). The olivaceous cormorant 
(P. olivaceous) occurs on the southern coast of the 
Gulf of Mexico and off western Mexico, while the 
red-faced cormorant (P. urile) is a Eurasian species 
that occurs in the Aleutian islands of western Alaska. 


The Peruvian cormorant (P. bougainville) breeds 
in enormous colonies on offshore islands of Chile and 
Peru, where its guano has long been mined as a source 
of phosphorus-rich fertilizer. This species is subject to 
occasional mass die-offs, caused by starvation result- 
ing from periodic collapses of the stocks of its most 
important prey, the Peruvian anchovy. One unusual 
species, the Galapagos cormorant (Nannopterum har- 
risi), which lives on the remote and predator-free 
Galapagos Islands is flightless. 
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Captive cormorants in Japan and coastal China 
have been trained for fishing. When used for this 
purpose, the birds are tethered by tying a line to one 
of their feet, and their neck is constricted by a ring, so 
the cormorant can catch fish but not swallow them. 


Cormorants are considered to be a pest in many 
places, because they may eat species of fish that are 
also sought by human fishers. In some cases, cormor- 
ants are killed in large numbers for this reason. 
Sometimes, they are also considered to be pests 
because they kill vegetation in their nesting colonies. 


Double-crested cormorants breeding on some of 
the Great Lakes of North America (e.g., Lake 
Michigan) have rather large concentrations of poly- 
chlorinated biphenyls (PCBs) and other chlorinated 
hydrocarbons in their body fat and eggs. This effect of 
pollution has been blamed for apparent increases in the 
incidence of developmental deformities in some colo- 
nies of cormorants, especially the crossed-bill syn- 
drome. However, in spite of this toxic stress, colonies 
of double-crested cormorants have been increasing rap- 
idly on the Great Lakes during the past decade or so. 


One species of cormorant, P. perspicillatus, bred 
on Bering Island in the Bering Sea, but was rendered 
extinct by humans. Ten species of cormorants are 
considered by the IUCN to be threatened. Of these, 
the Chatham Island shag (P. ons/owi) is the only spe- 
cies considered critically endangered. Only about 270 
pairs of this bird were located during a 2003 survey of 
its island home south of New Zealand in the Pacific 
Ocean. 
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Corn see Grasses 
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| Corn (maize) 


According to Native American legends of the 
American Southwest, the Indian people have occupied 
four (or five) worlds since the creation of man, but that 
maize, or corn as Europeans came to call it, was 
already present in the first world, when the first 
humans were created. These first people are said to 
have relied on maize for nourishment, and to have 
thought of the corn plant as a second mother (the 
first mother being the Earth Mother). Whenever a 
child was born, custom required that the Corn 
Mother—a perfect ear of corn with a tip ending in 
four full kernels—be placed beside the child, where it 
would remain for 20 days. The Corn Mother was also 
present at the naming of the child, and remained the 
child’s spiritual mother for the rest of her or his life. 


These myths attest to the profound importance of 
corn for many of the native peoples of the Americas, 
where corn originated—an importance comparable to 
that of rice for the peoples of Southeast Asia or of 
potatoes for the ancient peoples of the Andes 
Mountains in South America. Today corn is an impor- 
tant crop worldwide, but some rural Native American 
and Latin American farmers—especially in the high- 
lands of Mexico and Guatemala—still have a special 
relationship to corn. Hundreds of genetically distinct 
varieties of corn are cultivated by small farmers in 
that region. The industrialized world relies on a few, 
genetically similar varieties of corn planted in very 
large, uniform fields, which renders its corn crop more 
vulnerable to weather changes and to blights (such as 
the virus that destroyed 15% of the U.S. corn crop 
in 1970); the genetic diversity preserved by the small, 
rural farmers of Central America is thus a unique 
asset, the “world’s insurance policy,” according to the 
International Maize and Wheat Improvement Center. 


Science debates the origin of corn, species name 
Zea mays. Although some paleobotanists believe that 
corn developed from a grass known as teosinte in the 
vicinity of the Tehuacan Valley of Mexico more than 
5,000 years ago, most believe that teosinte was itself an 
offshoot of a wild corn and another species of grass. 
Other discoveries suggest that corn did not develop in 
Mexico at all, arguing instead for a South American 
origin. The prevalent botanical theory today is that 
corn was domesticated from a wild, now-extinct, corn- 
like plant. Analyses of what appears to be wild-corn 
pollen found about 200 ft (60 m) below modern 
Mexico City have led some paleobotanists to conclude 
that the pollen came from an extinct wild corn that 
existed 25,000—80,000 years ago. 
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Corn (maize) 


Corn piled high outside of grain elevators, Magnolia, MN. 
(AP/Wide World Photos.) 


The corn plant is uniquely adapted for high produc- 
tivity for two reasons: it has a very large leaf area, and it 
has a modified photosynthetic pathway that allows it to 
survive extended periods of drought. Known as the C4 
syndrome, the modified pathway for photosynthesis pro- 
vides a highly efficient way for the plant to exchange 
water vapor for atmospheric carbon dioxide. 


Ata biochemical level, carbon dioxide is converted 
into a molecule containing four carbon atoms in C4 
photosynthesis, whereas in conventional photosynthe- 
sis carbon dioxide is converted into a molecule contain- 
ing three carbon atoms (C3 photosynthesis). Thus C4 
photosynthesis permits the corn plant to make more 
efficient use of carbon dioxide to build the carbon 
compounds needed to sustain plant growth than 
can be made by conventional plants. As a result, the 
corn plant can produce more dry matter (i.e., various 
combinations of carbohydrates, proteins, oils, and 
mineral nutrients) per unit of water transpired (released 
to the atmosphere) than can plants endowed with 
the conventional C3 photosynthetic pathway. The 
amount of grain produced by the plant depends 
upon the rate and length of time of this dry matter 
accumulation. 


Successful cultivation of corn requires proper fer- 
tilization during the early stages of corn plant growth. 
The final size of the leaves, ear, and other plant parts 
depends largely upon maintaining an adequate supply 
of nutrients to the plant, especially during this time. 
Regionally adapted hybrids can be selected to accom- 
modate local growing seasons and particular needs, 
and to make efficient use of specific types of land. 
Planting time should be carefully gauged. The highest 
yields are obtained only where environmental condi- 
tions are most favorable to growth. Weeds, diseases, 
and insects all reduce crop yield. 
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In recent years, genetically engineered (GE) vari- 
eties of corn have swiftly become a major fraction of 
the U.S. corn crop. In 2002, 34% of the corn grown in 
the United States (most of which was grown for the 
manufacture of corn syrup for human consumption) 
was genetically engineered. The most common variety 
of GE corn is Bt corn, a product of the Monsanto 
Corporation. Bt corn resists the corn borer, acommon 
insect pest, by producing insecticide in its own tissues. 
Critics are concerned that Bt-corn-produced insecti- 
cide may linger in soil and sediments, threatening non- 
target insect populations, and that genes from GE 
corn may contaminate non-GE varieties with unpre- 
dictable consequences. The European Union and 
Zambia have both refused to accept the importation 
of GE corn from the United States because of con- 
cerns that the genetic changes made to the corn may 
produce unforeseen health effects. Many scientists 
argue that such concerns are unfounded, and that the 
benefits of genetic engineering outweigh the risks; 
others argue that the risks are too high, and that yields 
for genetically modified crops have not actually been 
greater than for traditional varieties. 


Many historians believe that the course of American 
history was shaped more by corn than by any other 
plant. Their argument derives largely from the observa- 
tion that for more than 250 years after the settlement of 
Jamestown, Virginia in 1607, corn remained the staple 
crop of about 90% of all European-American farmers. 
Not until 1979 did soybeans surpass corn as the United 
States’ most important crop, and then only temporarily. 
Currently, more bushels of corn are produced in the 
United States each year than of any other grain crop. 
(One bushel = 35.24 L.) 


Corn is grown on every continent except 
Antarctica. This is possible because scientists have 
developed diverse hybrid varieties of corn that suit 
growing conditions and locations worldwide. In 
2005, the United States led the world in corn produc- 
tion, with a crop of 280 million metric tons. In second 
place was China with a crop value of 131 metric tons, 
followed by several South American countries with 
crops in the tens of millions of tons range. 


Although U.S. citizens today eat much less corn 
than they did historically, large amounts of corn are 
consumed indirectly in the form of products derived 
from livestock fed a diet rich in corn, including beef, 
pork, poultry, eggs, milk, and many other food prod- 
ucts. Eighty percent of the U.S. corn crop is fed to 
livestock. As a point of reference, one bushel of corn— 
56 Ib (25 kg)—produces approximately 5.6 Ib (2.5 kg) 
of beef. 
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Corn is still used for many traditional purposes 
(e.g., meal, corn on the cob, corn-cob pipes). However, 
new markets have developed for corn byproducts, 
including the manufacture of fiberboard panels, 
nylon products, furfural (used in plastics and sol- 
vents), and ethanol as a renewable vehicular fuel. In 
fact, more than 3,500 different uses have been found 
for corn products. Some of the more innovative uses 
include a basis for vitamins and amino acids; a sub- 
stitute for phosphate for cleaning; a packing-peanut 
material; an ink base to replace petroleum ink bases; 
and an absorbent material for diapers and for auto- 
mobile fuel filters. 


Resources 
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Randall Frost 
Larry Gilman 


| Coronal ejections and 


magnetic storms 


Coronal mass ejections (CMEs) are explosive and 
violent eruptions of charged, magnetic field-inducing 
particles and gas (plasma) from the sun’s outer coro- 
nal layer. The amount of mass ejected from the sun’s 
corona in these events can be massive (e.g., estimates 
of CME mass often range in the billions of tons). 
Ejections propel particles in specific directions, some 
directly crossing Earth’s orbital position, at velocities 
up to 1,200 miles per second (1,931 km per second) in 
an ionized plasma. 


Although a constant flow of ionized plasma, the 
solar wind, moves outward from the sun in all direc- 
tions, CMEs cause large-scale increases in wind den- 
sity and velocity that, if they intercept the Earth’s 
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orbit, are capable of generating geomagnetic storms. 
A geomagnetic storm is a disruption of the Earth’s 
magnetic field and its ionosphere that affects radio 
communications and sometimes power transmission 
lines, but is not related to the occurrence of meteoro- 
logical storms (hurricanes, thunderstorms, etc.) on the 
surface. Intense storms may interfere with communi- 
cations and preclude data transfer from Earth orbiting 
satellites. 


Solar coronal ejections and magnetic storms pro- 
vide the charged particles that result in the northern 
and southern lights—aurora borealis and aurora aus- 
tralialis—electromagnetic phenomena that usually 
occur near Earth’s polar regions. The auroras result 
from the interaction of Earth’s magnetic field with 
ionic gas particles, protons, and electrons streaming 
outward in the solar wind. 


The rate of solar coronal ejections is correlated to 
solar sunspot activity that cycles between maximum 
levels of activity (i.e., the solar maximum) approxi- 
mately every 11 years. During solar maximums, it is 
not uncommon to observe multiple coronal ejections 
per day. At solar minimum, one solar coronal ejection 
per day is normal. The last peak of activity occurred 
in 2001. 


Earth’s iron core provides it with a relatively 
strong global magnetic field (oriented about 10-12 
degrees off the axis of global rotation). Earth’s 
magnetosphere protects the Earth from bombardment 
by deflecting and modifying the solar wind. At 
the interface of Earth’s magnetosphere and the 
solar wind, there is a “bow wave” or magnetic shock 
wave that forms a magnetosheath protecting the 
underlying magnetosphere that extends into Earth’s 
ionosphere. 


Coronal mass ejections not only interact with 
Earth’s magnetic field, they also interact with each 
other. Stronger or faster ejections may subsume prior 
weaker ejections directed at the same region of 
space in a process known as CME cannibalization. 
Accordingly, the strength of magnetic storms on 
Earth may not directly correlate to observed coronal 
ejections. In addition, CME cannibalization can alter 
predicted arrival time of geomagnetic storms because 
the interacting CMEs can change the eruption 
velocity. 


See also Atmospheric optical phenomena; Atomic 
theory; Bohr model; Element, chemical; Solar activity 
cycle; Solar flare; Solar prominence; Stellar evolution; 
Stellar magnetic fields; Stellar wind. 
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Correlation (geology) 


Correlation (geology) 


In geology, the term correlation refers to the 
methods by which the age relationship between vari- 
ous strata of Earth’s crust is established. Such rela- 
tionships can be established, in general, in one of two 
ways: by comparing the physical characteristics of 
strata with each other (physical correlation); and by 
comparing the type of fossils found in various strata 
(fossil correlation). 


Correlation is an important geological technique 
because it provides information with regard to 
changes that have taken place at various times in 
Earth history. It also provides information about the 
times at which such changes have occurred. One result 
of correlation studies has been the development of a 
geologic time scale that separates Earth history into a 
number of discrete time blocks known as eras, periods, 
and epochs. 


The nature of sedimentary strata 


Sedimentary rocks provide information about 
Earth history that is generally not available from igne- 
ous or metamorphic rocks. To understand why this is 
so, imagine a region in which sediments have been 
deposited for millions of years. For example, suppose 
that for many millions of years a river has emptied into 
an ocean, laying down, or depositing, sediments 
eroded from the land. During that period of time, 
layers of sediments would have collected one on top 
of the other at the mouth of the river. 


These layers of sediments are likely to be very 
different from each other, depending on a number of 
factors, such as the course followed by the river, the 
climate of the area, the rock types exposed along 
the river course, and many other geological factors in 
the region. One of the most obvious differences in 
layers is thickness. Layers of sedimentary rock may 
range in thickness from less than an inch to many feet. 


Sedimentary layers that are identifiably different 
from each other are called beds or strata. In many places 
on Earth, many of strata are stacked one on top of each 
other and commonly separated from each other by rel- 
atively well-defined surfaces known as bedding planes. 


In 1669, the Danish physician and theologian 
Nicolaus Steno made a seemingly obvious assertion 
about the nature of sedimentary strata. Steno stated 
that in any sequence of sedimentary rocks, any one 
layer (stratum) is older than the layer below it and 
younger than the layer above it. Steno’s discovery is 
now known as the Law of Superposition. 
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The Law of Superposition applies only to sedimen- 
tary rocks that have not been overturned by geologic 
forces, for example during episodes of mountain build- 
ing. Igneous rocks, by comparison, may form in any 
horizontal sequence whatsoever. A flow of magma may 
force itself, for example, underneath, in the middle or, on 
top of an existing rock stratum. It is difficult to look back 
millions of years and determine the age of the igneous 
rock compared to rock layers around it. 


Physical correlation 


Using sedimentary rock strata it is possible, at 
least in theory, to write the geological history of the 
continents for the last billion or so years. Some impor- 
tant practical problems, however, prevent the full real- 
ization of this goal. For example, in many areas, 
erosion has removed much or most of the sedimentary 
rock that once existed there. In other places, strata are 
not clearly exposed to view but, instead, are buried 
hundreds or thousands of feet beneath the thin layer of 
soil that covers most of Earth’s surface. 


A few exceptions exist. A familiar example is the 
Grand Canyon, where the Colorado River has cut 
through dozens of strata, exposing them to view and 
making them available for study by geologists. Within 
the Grand Canyon, a geologist can follow a particular 
stratum for many miles, noting changes within the 
stratum and changes between that stratum and its 
neighbors above and below. 


One of the characteristics observable in such a 
case is that a stratum often changes in thickness from 
one edge to another. At the edge where the thickness 
approaches zero, the stratum may merge into another 
stratum. The principle of lateral continuity states that 
strata are three-dimensional features that extend out- 
ward in all directions and merge with adjacent deposits 
at their edges. 


Human activity also exposes strata to view. When 
a highway is constructed through a mountainous area, 
for example, parts of a mountainside may be exca- 
vated, revealing sedimentary rock strata. These strata 
can then be studied to discover the correlation among 
them and with strata in other areas. 


Another problem is that strata are sometimes dis- 
rupted by earth movements. For example, an earth- 
quake may lift one block of Earth’s crust over an 
adjacent block or may shift it horizontally in compar- 
ison to the second block. The correlation between 
adjacent strata may then be difficult to determine. 


Physical correlation is accomplished by using a 
number of criteria. For example, the color, texture, 
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and type of minerals contained within a stratum make 
it possible for geologists to classify a particular stra- 
tum quite specifically. This allows them to match up 
portions of that stratum in regions that are physically 
separated from each other. In the American West, for 
example, some strata have been found to cover large 
parts of two or more states although they are physi- 
cally exposed in only a few specific regions. 


Interpreting Earth history within a stratum 


Rocks with a particular set of characteristics are 
called facies. Facies changes, which are changes in the 
characteristics of a stratum or series of strata, are 
important clues to Earth history. Suppose that a geol- 
ogist finds that the facies in a particular stratum 
change from a limestone to a shale to a sandstone 
over a distance of a few miles. The geologist knows 
that limestone is laid down on a sea bottom, shale is 
formed from compacted mud, and sandstone is 
formed when sand is compressed. The limestone to 
shale to sandstone facies pattern may allow an astute 
geologist to reconstruct what Earth’s surface looked 
like when this particular stratum was formed. For 
example, knowing these rocks were laid down in adja- 
cent environments, the geologist might consider that 
the limestone was deposited on a coral reef, the shale 
in a quiet lagoon or coastal swamp, and the sandstone 
in a nearby beach. So facies changes indicate differ- 
ences in the environments in which adjacent facies 
were deposited. 


Fossil correlation 


One of the most important discoveries in the sci- 
ence of correlation was made by the English engineer 
William Smith in the 1810s. One of Smith’s jobs 
involved the excavation of land for canals being con- 
structed outside of London. As sedimentary rocks 
were exposed during this work, Smith found that any 
given stratum always contained the same set of fossils. 
Even if the stratum were physically separated by a 
relatively great distance, the same fossils could always 
be found in all parts of the stratum. 


In 1815, Smith published a map of England and 
Wales showing the geologic history of the region based 
on his discovery. The map was based on what Smith 
called his law of faunal succession. That law says 
simply that it is possible to identify the sequence in 
which strata are laid down by examining the fossils 
they contain. The simplest fossils are the oldest and, 
therefore, strata that contain simple fossils are older 
than strata that contain more complex fossils. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Bedding plane—The top of a layer of rock. 


Deposition—The accumulation of sediments after 


transport by wind, water, ice, or gravity. 
Facies—A body of rock with distinctive 


characteristics. 


Fossil correlation—The matching of sedimentary 
strata based on fossils present in the strata. 


Lateral continuity—The principle that sedimentary 
strata are three-dimensional features that extend 
horizontally in all directions and that eventually 
terminate against the margin of other strata. 


Physical correlation—The matching of sedimen- 
tary strata based on the physical characteristics of 
rocks that make up the strata. 


Radiometric dating—A process by which the age 
of a rock can be determined by studying the relative 
concentrations of a radioactive isotope and the 
products formed by its decay. 

Superposition—The principle that a layer of rocks 
is older than any other layer that lies above it and 
younger than any other layer that lies below it. 


The remarkable feature of Smith’s discovery is 
that it appears to be valid over very great distances. 
That is, suppose that a geologist discovers a stratum of 
rock in southwestern California that contains fossils 
A, B, and C. If another stratum of rock in eastern 
Texas is also discovered that contains the same fossils, 
the geologist can conclude that it is probably the same 
stratum—or at least of the same age—as the south- 
western California stratum. 


Absolute vs. relative ages of strata 


The correlation studies described so far allow sci- 
entists to estimate the relative ages of strata. If stratum 
B lies above stratum A, B is the younger of the two. 
However determining the actual, or absolute, age of 
strata (for example, 3.5 million years old) is often 
difficult since the age of a fossil cannot be determined 
directly. The most useful tool in dating strata is radio- 
metric dating of materials. A radioactive isotope such 
as uranium-238 decays at a very regular and well- 
known rate. That rate is known as its half-life, the 
time it takes for one-half of a sample of the isotope 
to decay. The half-life of uranium-238, for example, is 
4.5 billion years. By measuring the concentration of 
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Correlation (mathematics) 


uranium-238 in comparison with the products of its 
decay (especially lead-206), a scientist can estimate the 
age of the rock in which the uranium was found. This 
kind of radioactive dating has made it possible to place 
specific dates on the ages of strata that have been 
studied and correlated by other means. 


See also Dating techniques; Deposit; Fossil and 
fossilization; Sediment and sedimentation. 


David E. Newton 


| Correlation (mathematics) 


Correlation refers to the degree of correspondence 
or relationship between two variables. Correlated var- 
iables tend to change together. If one variable gets 
larger, the other one tends (though not necessarily all 
the time) to become either larger or smaller. For exam- 
ple, we would expect to find such a relationship 
between scores on an arithmetic test taken three 
months apart. We could expect high scores on the 
first test to go with (predict) high scores on the second 
test, and low scores on the first test to predict low 
scores on the second test. Yet for some students, this 
relationship might not hold. Correlation is therefore a 
statistical property. 


In the above example the scores on the first test 
are known as the independent or predictor variable 
(designated X) while the scores on the second test are 
known as the dependent or response variable (desig- 
nated Y). The relationship between the two variables 
X and Y is a positive relationship or positive correla- 
tion when high measures of X correspond with high 
measures of Y and low measures of X with low meas- 
ures of Y. It is also possible for the relationship 
between variables X and Y to be an inverse relation- 
ship or negative correlation. This occurs when high 
measures of variable X are associated with low meas- 
ures of variable Y and low measures on variable X are 
associated with high measures of variable Y. For 
example, if variable X is school attendance and varia- 
ble Y is the score on an achievement test we could 
expect a negative correlation between X and Y. High 
measures of X (absence) would be associated with low 
measures of Y (achievement) and low measures of X 
with high measures of Y. 


The correlation coefficient tells us that a relation- 
ship exists. The + or - sign indicates the direction of 
the relationship while the number indicates the 
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KEY TERMS 


Correlation coefficient—The numerical index of a 
relationship between two variables. 


Negative correlation—The changes in one varia- 
ble are reflected by inverse changes in the second 
variable. 


Positive correlation—The changes in one variable 
are reflected by similar changes in the second 
variable. 


magnitude of the relationship. This relationship 
should not be interpreted as a causal relationship. 
Variable X is related to variable Y, and may indeed 
be a good predictor of variable Y, but variable X does 
not cause variable Y although this is sometimes 
assumed. For example, there may be a positive corre- 
lation between head size and IQ or shoe size and IQ. 
Yet no one would say that the size of one’s head or 
shoe size causes variations in intelligence. However, 
when two more likely variables show a positive or 
negative correlation, many interpret the change in 
the second variable to have been caused by the first. 


Resources 


BOOKS 

Barbaoianu, Catalin. Understanding and Calculating the 
Odds: Probability Theory Basics and Calculus Guide for 
Beginners, with Applications in Games of Chance and 
Everyday Life. Upper Saddle River, NJ: Infarom, 2006. 

Kumar, K. Vijaya, et al. Correlation Pattern Recognition. 
Cambridge, UK: Cambridge University Press, 2006. 

Ross, Sheldon. A First Course in Probability. 7th ed. Upper 
Saddle River, NJ: Prentice Hall, 2005. 

Ross, Sheldon. Introduction to Probability and Statistics for 
Engineers and Scientists. 3rd ed. San Diego, 
CA: Academic Press, 2004. 


Selma Hughes 


t Corrosion 


Corrosion is the deterioration of metals and other 
materials by chemical reaction. Corrosion of metals is 
the most common type of corrosion and is a process 
involving an exchange of electrons between two sub- 
stances, one of them being the metal. In this process, 
the metal usually loses electrons, becoming oxidized, 
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while the other substance gains electrons, becoming 
reduced. For this reason, corrosion is classified as an 
oxidation-reduction (redox) reaction. 


While many redox reactions are extremely impor- 
tant and beneficial to society (for example, those that 
are used to make batteries), the redox reactions 
involved in corrosion are destructive. In fact, close to 
$200 billion dollars is spent in the United States each 
year to prevent or repair the damage done by corro- 
sion to structures such as pipelines and_ bridges. 
Economically, one of the most important metals to 
corrode is iron and one of its alloys, steel. Almost 20% 
of the iron and steel produced in the United States 
each year is used to replace objects that have corroded. 


Most metals react with oxygen, but not all metals 
become subject to corrosion. Many metals react, but 
their rate of reaction is so slow that no significant 
corrosion appears visible. In other cases, the metal 
reacts with oxygen to form a metal oxide, which then 
coats the metal and prevents further reaction with 
oxygen. A few metals, such as gold and platinum, are 
very unreactive and they are used in applications 
where their tendency not to corrode is important. 


In general, both oxygen and water are necessary for 
corrosion to occur. For this reason, corrosion occurs 
much more slowly in desert climates that are drier. The 
process of corrosion is accelerated in the presence of 
salts or acids. In the northern United States and in 
Canada, winter is especially harsh on cars because 
there is plenty of water in the form of snow and roads 
are salted to prevent the formation of ice. Warm tem- 
peratures also speed the process of corrosion. 


Corrosion can be minimized and even prevented. 
One simple way is to paint the metal surface and 
prevent oxygen and water from having access to the 
metal surface. If the paint chips, however, the exposed 
surface can cause rust to spread beneath the surface of 
the metal. Another way to protect the metal surface is 
to coat it with a layer of zinc metal. Zinc is more likely 
to oxidize but it then forms a coating that adheres 
firmly to the zinc and prevents further reaction, pro- 
tecting both the zinc and the metal beneath the zinc. 
Metals protected by zinc are said to be galvanized. 
Other metals that form protective coatings can also 
be used to protect metals that corrode. For example, in 
stainless steel, chromium or nickel is added to the iron. 
It is also possible to deposit a thin film of one metal on 
the surface of another metal. This process is called 
electroplating. Iron cans are electroplated with tin to 
form tin cans. The tin is less easily oxidized than the 
iron. If the shape of the metal object is such that it is 
difficult to galvanize or to electroplate, a piece of 
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magnesium or zinc can be attached to the object. 
This piece of attached metal is called a sacrificial 
anode. It will preferentially corrode, keeping the 
metal (such as underground tanks or buried pipeline) 
intact and free from breakage. It becomes necessary to 
replace the sacrificial anode from time to time, but that 
is less expensive than replacing the whole pipeline. 


Rashmi Venkateswaran 


Cosmetic surgery see Plastic surgery 


l Cosmic background radiation 


Cosmic background radiation (usually abbrevi- 
ated CMB, but also CBR, and sometimes called relic 
radiation) is a long wavelength type of electromag- 
netic radiation that is believed by cosmologists to 
show evidence of left over energy from the big bang, 
a theory for the possible explosion that began the 
universe. CMB impinges onto the Earth, and other 
celestial bodies, uniformly in all directions. 


In 1965, German-born American physicist Arno 
Allan Penzias (1933—) and American physicist Robert 
Woodrow Wilson (1936—) announced the discovery of 
microwave radiation that uniformly filled the sky and 
had a blackbody temperature of a little less than three 
degrees Kelvin (3K). The pair had been testing a new 
radioamplifier that was supposed to be exceptionally 
quiet. What better way to do such a test than to tune 
the radio so that it should hear nothing at all? After many 
attempts to account for all extraneous sources of radio 
noise, they came to the conclusion that there was a gen- 
eral background of radiation at the radio frequency they 
were using. After discussions with a group led by 
American physicist and inventor Robert Henry Dicke 
(1916-1997) at nearby Princeton University (New Jersey) 
it became clear that they had, in fact, detected remnant 
radiation from the origin of the universe. 


Although neither Dicke’s group or Penzias and 
Wilson realized it at the time they had confirmed a 
prediction made 17 years earlier by American physicist 
Ralph Asher Alpher (1921—), German-born American 
physicist Hans Bethe (1906-2005), and Ukrainian- 
born American physicist and cosmologist George 
Gamow. Although the temperature that characterized 
the detected radiation was somewhat different than 
predicted, the difference could be accounted for by 
changes to the accepted structure of the universe dis- 
covered between 1948 and 1965. The detection of this 


1147 


uoneipes punossyoeq d1WWs0D 


Cosmic background radiation 


radiation and its subsequent verification at other fre- 
quencies was taken as confirmation of a central pre- 
diction of a cosmology known as the big bang. 


The interpretation of the red-shifts of spectral 
lines in distant galaxies by American astronomer 
Edwin Hubble (1889-1953) 40 years earlier suggested 
a universe that was expanding. One interpretation of 
that expansion was that the universe had a specific 
origin in space and time. Such a universe would have 
a very different early structure from the present one. 


It was Gamow and colleagues who suggested that 
the early phases of the universe would have been hot 
and dense enough to sustain nuclear reactions. 
Following these initial phases, the expanding universe 
would eventually cool to the point at which the dom- 
inant material, hydrogen, would become relatively 
transparent to light and radio waves. Scientists know 
that for hydrogen, this occurs when the gas reaches a 
temperature of between 5,000K to 10,000K. From 
that point on in the evolution of the universe, the 
light and matter would go their separate ways. 


As every point in the universe expands away from 
every other point, any observer in the universe sees all 
objects receding away. The faster moving objects will 
appear at greater distances by virtue of their greater 
speed. Indeed, their speed will be directly proportional 
to their distance, which is what one expects for material 
ejected from a particular point in space and time. 
However, this expansion results from the expansion 
of space itself and should not be viewed simply as 
galaxies rushing headlong away from one another 
through some absolute space. The space itself expands. 


As it does, light traveling through it is stretched, 
becoming redder and appearing cooler. If one samples 
that radiation later it will be characteristic of radiation 
from a much cooler source. From the rate of expan- 
sion of the universe it is possible to predict what that 
temperature ought to be. Current values of the expan- 
sion rate are completely consistent with the current 
measured temperature of about 2.725K. The very exis- 
tence of this radiation is strong evidence supporting 
the expanding model of the universe championed by 
Gamow and colleagues and disparagingly named the 
“big bang” cosmology by Hoyle. 


Fossil radiation 


Since its discovery in 1965, the radiation has been 
carefully studied and found to be a perfect blackbody 
as expected from theory. Since this radiation repre- 
sents fossil radiation from the initial big bang, any 
additional motion of Earth around the sun, the sun 
around the galactic center, and the galaxy through 
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KEY TERMS 


Blackbody—A blackbody (not to be confused with a 
black hole) is any object that absorbs all radiant 
energy that falls upon it and subsequently re-radiates 
that energy. The radiated energy can be characterized 
by a single dependent variable, the temperature. That 
temperature is known as the blackbody temperature. 


Doppler shift—The change in frequency or wave- 
length resulting from the relative motion of the 
source of radiation and the observer. A motion of 
approach between the two will result in a compres- 
sion of the waves as they pass the observer and a 
rise in pitch in the frequency of the wave and a 
shortening of the relative wavelength called a blue 
shift. A relative motion of recession leads to a low- 
ering of the pitch and a shift to longer redder 
wavelengths. 


Microwave radiation—Electromagnetic radiation 
that occurs in the wavelength region of about 0.4 
in to 3.3 ft (1 cm to 1 m). 


space should be reflected in a slight asymmetry in the 
background radiation. The net motion of Earth in 
some specific direction should be reflected by a slight 
Doppler shift of the background radiation coming 
from that direction toward shorter wavelengths. 


Doppler shift is the same effect that the police use 
to ascertain the velocity of approaching vehicles. 
There will be a similar shift toward longer wavelengths 
for light coming from the direction that the Earth is 
receding. This effect has been observed indicating a 
combined peculiar motion of the Earth, sun, and gal- 
axy on the order of 600 km/sec. 


Finally, small fluctuations in the background radi- 
ation are predicted, which eventually led to the for- 
mation of galaxies and clusters of galaxies. Such 
fluctuations have been found by the COBE (COsmic 
Background Explorer) satellite, launched by NASA in 
1989. COBE detected these fluctuations at about 1 part 
in 105 that was near the detection limit of the satellite. 
The details of these fluctuations are crucial to deciding 
between more refined models of the expanding uni- 
verse. COBE was decommissioned in 1993, but scien- 
tists are still unraveling the information contained in 
its data. 


It is perhaps not too much of an exaggeration to 
suggest that cosmic background radiation has elevated 
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cosmology from enlightened speculative metaphysics 
to an actual science. Cosmologists may expect devel- 
opments of this emerging science to lead to a definitive 
description of the evolutionary history of the universe 
in the near future. 


George W. Collins, II 


l Cosmic ray 


The term cosmic ray refers to tiny particles of 
matter that travel through space. Cosmic rays gener- 
ally possess an electromagnetic charge and are highly 
energetic. Physicists divide cosmic rays into two cate- 
gories: primary and secondary. Primary cosmic rays 
originate far outside Earth’s atmosphere. Secondary 
cosmic rays are particles produced within Earth’s 
atmosphere as a result of collisions between primary 
cosmic rays and molecules in the atmosphere. Cosmic 
rays that originate from sources outside the solar sys- 
tem are called galactic cosmic rays (GCRs). 


Discovery of cosmic rays 


The existence of cosmic radiation was first discov- 
ered in 1912, in experiments performed by Austrian-born 
American physicist Victor Franz Hess (1883-1964). His 
experiments were sparked by a desire to better under- 
stand phenomena of electric charge. A common instru- 
ment of the day for demonstrating such phenomena was 
the electroscope. An electroscope contains thin metal 
leaves or wires that separate from one another when 
they become charged, due to the fact that like charges 
repel. Eventually the leaves (or wires) lose their charge 
and collapse back together. It was known that this loss of 
charge had to be due to the attraction by the leaves of 
charged particles (called ions) in the surrounding air. The 
leaves would attract those ions having a charge opposite 
to that of the leaves, due to the fact that opposite charges 
attract; eventually the accumulation of ions in this way 
would neutralize the charge that had been acquired by 
the leaves, and they would cease to repel each other. 
Scientists wanted to know where these ions came from. 
It was thought that they must be the result of radiation 
emanating from Earth’s crust, since it was known that 
radiation could produce ions in the air. This belief led 
scientists to predict that there would be fewer ions 
present the further one traveled away from Earth’s sur- 
face. Hess’s experiments, in which he took electroscopes 
high above Earth’s surface in a balloon, showed that this 
was not the case. At high altitudes, the electroscopes lost 
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their charge even faster than they had on the ground, 
showing that there were more ions in the air and, thus, 
that the radiation responsible for the presence of the ions 
was stronger at higher altitudes. Hess concluded that 
there was a radiation coming into the atmosphere from 
outer space. 


As physicists became interested in cosmic radia- 
tion, they developed new ways of studying it. The 
Geiger-Muller counter consists of a wire attached to 
an electric circuit and suspended in a gaseous cham- 
ber. The passage of a cosmic ray through the chamber 
produces ions in the gas, causing the counter to dis- 
charge an electric pulse. Another instrument, the 
cloud chamber, contains a gas that condenses into 
vapor droplets around ions when produced by the 
passage of a cosmic ray. In the decades following 
Hess’ discovery, physicists used instruments such as 
these to learn more about the nature of cosmic 
radiation. 


The nature and origin of cosmic rays 


An atom of a particular element consists of a 
nucleus surrounded by a cloud of electrons, which 
are negatively charged particles. The nucleus consists 
of protons, which have a positive charge, and neu- 
trons, which have no charge. These particles can be 
further broken down into smaller constituents; all of 
these particles are known as subatomic particles. 
Cosmic rays consist of nuclei and of various subato- 
mic particles. Almost all of the primary cosmic rays 
are nuclei of various atoms. The great majority of 
these are single protons, which are nuclei of hydrogen 
atoms. The next most common primary cosmic ray is 
the nucleus of the helium atom, made up of a proton 
and a neutron. Hydrogen and helium nuclei make 
up about 99% of the primary cosmic radiation. The 
rest consists of nuclei of other elements and of 
electrons. 


When primary cosmic rays enter the Earth’s atmos- 
phere, they collide with molecules of gases present there. 
These collisions result in the production of more high- 
energy subatomic particles of different types; these are 
the secondary cosmic rays. These include photons, neu- 
trinos, electrons, positrons, and other particles. In turn, 
these particles may collide with other particles, produc- 
ing still more secondary radiation. If the energy of the 
primary particle that initiates this process is very high, 
this cascade of collisions and particle production can 
become quite extensive. This is known as a shower, air 
shower, or cascade shower. 


The energy of cosmic rays is measured in units 
called electron volts (abbreviated eV). Primary cosmic 
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rays typically have energies on the order of billions of 
electron volts. Some are vastly more energetic than this; 
a few particles have been measured at energies in excess 
of 1019 eV. This is in the neighborhood of the amount 
of energy required to lift a weight of 2.2 lb (1 kg) toa 
height of 3.3 ft (1 m). Energy is lost in collisions with 
other particles, so secondary cosmic rays are typically 
less energetic than primary ones. The showers of par- 
ticles described above diminish as the energies of the 
particles produced decrease. The energy of cosmic rays 
was first determined by measuring their ability to pen- 
etrate substances such as gold or lead. 


Since cosmic rays are mostly charged particles 
(some secondary rays such as photons have no charge), 
they are affected by magnetic fields. The paths of 
incoming primary cosmic rays are deflected by the 
Earth’s magnetic field, somewhat in the way that iron 
filings will arrange themselves along the lines of force 
emitted by a magnet. More energetic particles are 
deflected less than those having less energy. In the 
1930s it was discovered that more particles come to 
the Earth from one particular direction. Because of 
the nature of Earth’s magnetic field, this led scientists 
to the conclusion that most of the incoming cosmic 
radiation consists of positively charged particles. This 
was an important step towards the discovery that the 
primary cosmic rays are mostly bare atomic nuclei, 
since atomic nuclei carry a positive charge. 


The ultimate origin of cosmic radiation is still not 
completely understood. Some of the radiation is 
believed to have been produced in the Big Bang at 
the origin of the universe. Other cosmic rays are pro- 
duced by the sun, particularly during solar disturban- 
ces such as solar flares. Exploding stars, called 
supernovas, are also a source of cosmic rays. 


The fact that cosmic ray collisions produce smaller 
subatomic particles has provided a great deal of insight 
into the fundamental structure of matter. The construc- 
tion of experimental equipment such as particle accel- 
erators has been inspired by a desire to reproduce the 
conditions under which high-energy radiation is pro- 
duced, in order to gain better experimental control of 
collisions and the production of particles. 


See also Particle detectors. 
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KEY TERMS 


Electron—A negatively charged particle, ordinarily 
occurring as part of an atom. The atom’s electrons 
form a sort of cloud about the nucleus. 


Electron volt (eV)—The unit used to measure the 
energy of cosmic rays. 


Electroscope—A device for demonstrating the 
presence of an electric charge, which may be pos- 
itive or negative. 


lon—An atom or molecule that has acquired elec- 
trical charge by either losing electrons (positively 
charged ion) or gaining electrons (negatively 
charged ion). 


Neutron—Particle found in the nucleus of an atom, 
possessing no charge. 


Nucleus—The central mass of an atom. The 
nucleus is composed of neutrons and protons. 
Primary cosmic ray—Cosmic ray originating out- 
side the Earth’s atmosphere. 

Proton—Positively charged particle composing 
part of the nucleus of an atom. Primary cosmic 
rays are mostly made up of single protons. 


Secondary cosmic ray—Cosmic ray originating 
within the Earth’s atmosphere as a result of a colli- 
sion between another cosmic ray and some other 
particle or molecule. 

Shower (also air shower or cascade shower)—A 
chain reaction of collisions between cosmic rays 
and other particles, producing more cosmic rays. 


PERIODICALS 

“Cosmic Rays: Are Air Crews At Risk?” Occupational and 
Environmental Medicine 59, no. 7 (2002): 428-432. 

“Radiation Risk During Long-Term Spaceflight.” Advances 
in Space Research 30, no. 4 (2002): 989-994. 


John Bishop 


[ Cosmology 


Cosmology is the study of the origin, structure 
and evolution of the universe. 


The origins of cosmology predate the human writ- 
ten record. The earliest civilizations constructed elab- 
orate myths and folk tales to explain the wanderings of 
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the sun, moon, and stars through the heavens. 
Ancient Egyptians tied their religious beliefs to celes- 
tial objects and Ancient Greek and Roman philoso- 
phers debated the composition and shape of the Earth 
and the Cosmos. For more than 13 centuries, until the 
Scientific Revolution of the sixteenth and seventeenth 
centuries, the Greek astronomer Ptolemy’s model of 
an Earth-centered Cosmos composed of concentric 
crystalline spheres dominated the Western intellectual 
tradition. 


Polish astronomer Nicolaus Copernicus’s 
(1473-1543) reassertion of the once discarded helio- 
centric (sun-centered) theory sparked a revival of cos- 
mological thought and work among the astronomers 
of the time. The advances in empiricism during the 
early part of the Scientific Revolution, embraced and 
embodied in the careful observations of Danish 
astronomer Tycho Brahe (1546-1601), found full 
expression in the mathematical genius of the German 
astronomer Johannes Kepler (1571-1630) whose laws 
of planetary motion swept away the need for the errant 
but practically useful Ptolemaic models. Finally, the 
patient observations of the Italian astronomer and 
physicist Galileo, in particular his observations of 
moons circling Jupiter and of the phases of Venus, 
empirically laid to rest cosmologies that placed Earth 
at the center of the Cosmos. 


English physicist and mathematician Isaac Newton’s 
(1642-1727), important Philosophiae Naturalis Principia 
Mathematica (Mathematical Principles of Natural 
Philosophy) quantified the laws of motion and gravity 
and thereby enabled cosmologists to envision a clock- 
work-like universe governed by knowable and testable 
natural laws. Within a century of Newton’s Principia, the 
rise of concept of a mechanistic universe led to the quan- 
tification of celestial dynamics, that, in turn, led to a 
dramatic increase in the observation, cataloging and 
quantification of celestial phenomena. In accord with 
the development of natural theology, scientists and phi- 
losophers argued conflicting cosmologies that argued the 
existence and need for a supernatural God who acted as 
“prime mover” and guiding force behind a clockwork 
universe. In particular, French mathematician, Pierre 
Simon de Laplace (1749-1827) argued for a completely 
deterministic universe, without any scientific need for the 
intervention of God. Most importantly to the develop- 
ment of modern cosmology, Laplace asserted explana- 
tions for celestial phenomena as the inevitable result of 
time and statistical probability. 


By the dawn of the twentieth century, advances in 
mathematics allowed the development of increasingly 
sophisticated cosmological models. Many advances in 
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mathematics pointed toward a universe not necessa- 
rily limited to three dimensions and not necessarily 
absolute in time. These intriguing ideas found expres- 
sion in the intricacies of relativity and theory that, for 
the first time, allowed cosmologists a theoretical 
framework upon which they could attempt to explain 
the innermost workings and structure of the universe 
both on the scale of the subatomic world and on the 
grandest of galactic scales. 


As direct consequence of German-American phys- 
icist Albert Einstein’s (1879-1955) relativity theory, 
cosmologists advanced the concept that space-time 
was something that arose from the universe itself— 
that matter and energy not only exist in space 
but defines space. This insight set the stage for the 
development of modern cosmological theory and pro- 
vided insight into the evolutionary stages of stars (e.g., 
neutron stars, pulsars, black holes, etc.) that carried 
with it an understanding of nucleosynthesis (the for- 
mation of elements) that forever linked the physical 
composition of matter on Earth to the lives of the stars. 


Twentieth-century progress in cosmology has 
been marked by corresponding and mutually benefi- 
cial advances in technology and theory. American 
astronomer Edwin Hubble’s (1889-1953) discovery 
that the universe was expanding, Arno A. Penzias 
and Robert W. Wilson’s observation of cosmic back- 
ground radiation, and the detection of the elementary 
particles that populated the very early universe all 
proved important confirmations of the big bang 
theory. The big bang theory asserts that all matter 
and energy in the Universe, and the four dimensions 
of time and space were created from the primordial 
explosion of a singularity of enormous density, tem- 
perature, and pressure. 


During the 1940s Russian-born American cosmol- 
ogist and nuclear physicist George Gamow (1904-1968) 
developed the modern version of the big bang model 
based upon earlier concepts advanced by Russian phys- 
icist Alexander (Aleksandr Aleksandrovich) Friedmann 
(also spelled as Fridman, 1888-1925) and Belgian astro- 
physicist and cosmologist Abbé Georges Lemaitre 
(1894-1966). Big bang based models replaced static 
models of the universe that described a homogeneous 
universe that was the same in all directions (when aver- 
aged over a large span of space) and at all times. Big 
bang and static cosmological models competed with 
each other for scientific and philosophical favor. 
Although many astrophysicists rejected the steady 
state model because it would violate the law of mass- 
energy conservation, the model had many eloquent and 
capable defenders. Moreover, the steady model was 
interpreted by many to be more compatible with many 
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philosophical, social and religious concepts centered on 
the concept of an unchanging universe. The discovery of 
quasars and of a permeating cosmic background radia- 
tion eventually tilted the cosmological argument in favor 
of big bang-based models. 


Technology continues to expand the frontiers of 
cosmology. The Hubble Space Telescope has revealed 
gas clouds in the cosmic voids and beautiful images of 
fledgling galaxies formed when the universe was less 
than a billion years old. Analysis of these pictures and 
advances in the understanding of the fundamental 
constituents of nature continue to keep cosmology a 
dynamic discipline of physics and the ultimate fusion 
of human scientific knowledge and philosophy. 


Evolution of cosmological thought 


Using such instruments as the Hubble Space 
Telescope, modern cosmology is an attempt to 
describe the large scale structure and order of the 
universe. To that end, one does not expect cosmology 
to deal with the detailed structure such as planets, 
stars, or even galaxies. Rather it attempts to describe 
the structure of the universe on the largest of scales 
and to determine its past and future. 


One of the earliest constraints on any description 
of the universe is generally attributed to Heinreich 
Olbers in 1826. However, more careful study traces 
the idea back to Thomas Digges in 1576 and it was 
thoroughly discussed by Edmond Halley at the time of 
Isaac Newton. The notion, still called Olbers’ para- 
dox, is concerned with why the night sky is dark. 
At the time of Newton it was understood that if the 
universe was finite then Newton’s Law of Gravity 
would require that all the matter in the universe should 
pull itself together to that point equidistant from the 
boundary of the universe. Thus, the prevailing wisdom 
was that the universe was infinite in extent and there- 
fore had no center. However, if this were true, then the 
extension of any line of sight should sooner or later 
encounter the surface of a star. The night sky should 
then appear to have the brightness of the average star. 
The sun is an average star, thus one would expect the 
sky to be everywhere as bright as the sun. It is not, so 
there must be a problem with the initial assumptions. 


An alternative explanation, pointed out in 1964 by 
Ed Harrison, is that the universe had a finite beginning 
and the light from distant stars had not yet had time to 
arrive and that is why the night sky is dark. 


At the turn of the twentieth century cosmology 
placed the sun and its solar system of planets near the 
center of the Milky Way galaxy, which comprised 
the full extent of the known Universe. However, early 
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in the century information began to be compiled that 
would change the popular view that the universe was 
static and primarily made of stars. On April 26, 1920, 
there was an historic debate between H.D. Curtis and 
Harlow Shapley concerning the nature of some fuzzy 
clouds of light, which were called nebulae. Shapley 
thought they were objects within the galaxy while 
Curtis believed them to be “island universes” lying out- 
side the Milky Way. 


Although at the time most agreed that Shapley had 
won the debate, science eventually proved that Curtis 
was right. Within a few years Edwin Hubble detected a 
type of star, whose distance could be independently 
determined, residing within several of these fuzzy clouds. 
These stars clearly placed the “clouds” beyond the limits 
of the Milky Way. While Hubble continued to use the 
term “island universe,” more and more extragalactic 
nebulae were discovered, and they are now simply 
known as galaxies. In the span of a quarter of a century 
the scale for the universe had grown dramatically. 


The expanding Universe 


During the time of Hubble’s work, V.M. Slipher 
at the Lowell Observatory had been acquiring spectra 
of these fuzzy clouds. By breaking the light of astro- 
nomical objects into the various “colors” or wave- 
lengths that make up that light, astronomers can 
determine much about the composition, temperature, 
and pressure of the material that emitted that light. 
The familiar spectrum of hydrogen so common to so 
many astronomical objects did not fall at the expected 
wavelengths, but appeared shifted to longer wave- 
lengths. We now refer to such a change in wavelength 
as a redshift. Slipher noted that the fainter galaxies 
seemed to have larger redshifts and he sent his collec- 
tion of galactic spectra off to Hubble. 


Hubble interpreted the redshift as being caused by 
the Doppler effect, and thus representing motion away 
from us. The increasing faintness was related to distance 
so that in 1929 Hubble turned Slipher’s redshift— 
brightness relation into a velocity—distance relation 
and the concept of the expanding universe was born. 
Hubble found that the velocity of distant galaxies 
increased in direct proportion to their distance. The 
constant of proportionality is denoted by the symbol 
Ho and is known as Hubble’s constant. 


Although the historical units of Hubble’s constant 
are (km/s/mpc), both kilometers and megaparsecs 
are lengths so that the actual units are inverse time 
(i.e., 1/sec). The reciprocal of the constant basically 
gives a value for the time it took distant galaxies to 
arrive at their present day positions. It is the same time 
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for all galaxies. Thus, the inverse of Hubble’s constant 
provides an estimate for the age of the expanding 
universe called the Hubble age. 


Due to its importance, the determination of the 
correct value of the Hubble constant has been a central 
preoccupation of many astronomers from the time 
of Hubble to the present. Since the gravitational pull 
of the matter in the Universe on itself should tend to 
slow the expansion, values of Hubble’s constant deter- 
mined by hypothetical astronomers billions of years 
ago would have yielded a somewhat larger number 
and hence a somewhat younger age. Therefore the 
Hubble age is an upper limit to the true age of the 
universe which depends on how much matter is in the 
Universe. 


The notion of a Heavens (i.e., Universe) that was 
dynamic and changing was revolutionary for the age. 
Einstein immediately modified the equations of the 
general theory of relativity, which he applied to the 
Universe as a whole to deal with a dynamic universe. 
Willem de Sitter and quite independently Alexandre 
Friedmann expanded on Einstein’s application of gen- 
eral relativity to a dynamically expanding Universe. 


The concept of a universe that is changing in time 
suggests the idea of predicting the state of the universe 
at earlier times by simply reversing the present dynam- 
ics. This is much like simply running a motion picture 
backwards to find out how the movie began. A Belgian 
priest by the name of Georges Lemaitre carried this to 
its logical conclusion by suggesting that at one time the 
universe must have been a very congested place with 
matter so squeezed together that it would have 
behaved as some sort of primeval atom. 


The big bang 


The analysis of Einstein, de Sitter, Friedmann, 
Lemaitre, and others showed that the dynamic future 
of the expanding universe depended on the local den- 
sity. Simply put, if the density of the universe were 
sufficiently high, then the gravitational pull of the 
matter in any given volume on itself would be suffi- 
cient to eventually stop the expansion. Within the 
description given by the General Theory of 
Relativity, the matter would be said to warp space to 
such an extent that the space would be called closed. 
The structure of such a universe would allow the 
expansion to continue until it filled the interior of a 
black hole appropriate for the mass of the entire uni- 
verse at which point it would begin to collapse. 
A universe with less density would exhibit less space 
warping and be said to be open and would be able to 
expand forever. 
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There exists a value for the density between these 
extremes where the matter of the universe can just stop 
the expansion after an infinite time. Such a universe is 
said to be flat. One of the central questions for obser- 
vational cosmology continues to be which of these 
three cases applies to our universe. 


George Gamow concerned himself with the early 
phases of an expanding universe and showed that 
Lemaitre’s primeval atom would have been so hot 
that it would explode. After World War I, a compet- 
ing cosmology developed by Hermann Bondi, Thomas 
Gold, and Fred Hoyle was put forth in order to avoid 
the ultimate problem with the expanding universe, 
namely, it must have had an origin. The Steady State 
Cosmology of Bondi, Gold, and Hoyle suggested that 
the universe has existed indefinitely and that matter is 
continuously created so as to replace that carried away 
by the observed expansion. 


This rather sophisticated cosmology replaced the 
origin problem of the expanding universe by spreading 
the creation problem out over the entire history of the 
universe and making it a part of its continuing exis- 
tence. It is somewhat ironic that the current name for 
the expanding universe cosmology as expressed by 
Gamow is derived from the somewhat disparaging 
name, big bang, given to it by Fred Hoyle during a 
BBC interview. 


Gamow and colleagues noted that a very hot pri- 
meval atom should radiate like a blackbody (ie., a 
perfect thermal radiator), but that radiation should 
be extremely red-shifted by the expansion of the uni- 
verse so that it would appear today like a very cold 
blackbody. That prediction, made in 1948, would have 
to wait until 1965 for its confirmation. In that year 
Arno Penzias and Robert Wilson announced the dis- 
covery of microwave radiation which uniformly filled 
the sky and had a blackbody temperature of about 
2.7K (—454.5°F [—270.3°C]). 


While Gamow’s original prediction had been for- 
gotten, the idea had been re-discovered by Robert 
Dicke and his colleagues at Princeton University. 
Subsequent observation of this background radiation 
showed it to fit all the characteristics required by 
radiation from the early stages of the big bang. Its 
discovery spelled the end to the elegant Steady State 
Cosmology, which could not easily accommodate the 
existence of such radiation. 


Implications of the big bang 


After the World War II, the science of nuclear 
physics developed to a point at which it was clear 
that nuclear reactions would have taken place during 
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the early phases of the big bang. Again scientists ran 
the motion picture backwards through an era of 
nuclear physics, attempting to predict what elements 
should have been produced during the early history of 
the universe. Their predictions were then compared to 
the elemental abundances of the oldest stars and the 
agreement was amazingly good. 


The detailed calculations depended critically on 
whether the calculated model was for an open or 
closed universe. If the universe were open, then the 
era of nuclear reactions would not last long enough to 
produce elements heavier than hydrogen and helium. 
In such models some deuterium is formed, but the 
amount is extremely sensitive to the initial density of 
matter. Since deuterium tends to be destroyed in stars, 
the current measured value places a lower limit on the 
initial amount made in the big bang. The best present 
estimates of primordial deuterium suggest that there is 
not enough matter in the universe to stop its expansion 
at any time in the future. 


In the event of an open universe, scientists are 
pretty clear what the future holds. In 1997, researchers 
from the University of Michigan released a detailed 
projection of the four phases of the universe, including 
the ultimate end in the Dark Era, some 10!°° years 
hence. Currently, the universe is in the Stelliferous 
Era, dominated by high-energy stars and filled with 
galaxies. Some 1,000 trillion years from now, the uni- 
verse will enter the Degenerate Era. Stars will have 
burned down into degenerate husks that can no longer 
support hydrogen burning reactions, and will exist as 
white dwarfs, red dwarfs, brown dwarfs, or neutron 
stars; some massive stars will have collapsed into black 
holes, which will consume the other star relics. 


Next, the universe will progress into the Black 
Hole Era, about 100 trillion trillion trillion years 
from the present. At that time, black holes will have 
swallowed up the remaining bodies in the universe and 
will gradually leak radiation themselves, essentially 
evaporating away over trillions of years. Finally, the 
universe will reach the Dark Era, in which no matter 
will exist, only a soup of elementary particles like 
electrons, positrons, neutrinos, and other exotic 
particles. 


Since the late 1990s, a large body of astronomical 
evidence has shown the universe’s expansion is not 
slowing at all, but accelerating, which would seem to 
imply an open universe with an infinite lifespan. 


Cosmologists still battle over the exact nature of 
the universe. Most scientists agree that the age of the 
universe ranges between 13 and 15 billion years. The 
exact age is a matter of great controversy between rival 
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research teams at Carnegie Observatories and the 
Space Telescope Science Institute. When researchers 
recently used an analysis of polarized light to show 
that the universe is not isotropic, 1.e., not the same in 
all directions, their findings were disputed almost as 
soon as they were published. 


Trouble in paradise 


In the last quarter of the twentieth century some 
problems with the standard picture of the big bang 
emerged. The extreme uniformity of the cosmic back- 
ground radiation, which seemed initially reasonable, 
leads to a subtle problem. Consider the age of elements 
of the cosmic background radiation originating from 
two widely separated places in the sky. The distance 
between them is so great that light could not travel 
between them in an amount of time less than their age. 
Thus the two regions could never have been in contact 
during their existence. Why then, should they show the 
same temperature? How was their current status coor- 
dinated? This is known as the horizon problem. 


The second problem has to do with the remark- 
able balance between the energy of expansion of the 
universe and the energy associated with the gravita- 
tional forces of the matter opposing that expansion. 
By simply counting the amount of matter we see in 
the universe, we can account for about 1% of the 
matter required to stop the expansion and close 
the universe. Because the expansion causes both the 
expansion energy and the energy opposing the expan- 
sion to tend to zero, the ratio of their difference to 
either one tends to get larger with time. So one can 
ask how good the agreement between the two was, 
say, when the cosmic background radiation was 
formed. 


The answer is that the agreement must have been 
good to about one part in a million. If one extends the 
logic back to the nuclear era where our physical under- 
standing is still quite secure, then the agreement must 
be good to about thirty digits. The slight departure 
between these two fundamental properties of the uni- 
verse necessary to produce what we currently observe 
is called the “Flatness Problem.” There is a strong 
belief among many cosmologists that agreement to 
thirty digits suggests perfect agreement and there 
must be more matter in the universe than we can see. 


This matter is usually lumped under the name 
dark matter since it escapes direct visible detection. It 
has become increasingly clear that there is indeed more 
matter in the universe than is presently visible. Its 
gravitational effect on the rotation of galaxies and 
their motion within clusters of galaxies suggests that 
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Grand Unified Theory—Any theory which brings 
the description of the forces of electromagnetism, 
weak and strong nuclear interactions under a single 
representation. 


Hubble constant—The constant of proportionality in 
Hubble’s Law which relates the recessional velocity 
and distance of remote objects in the universe whose 
motion is determined by the general expansion of the 
universe. 


Inflation cosmology—A modification to the 
early moments of the big bang cosmology which 
solves both the flatness problem and the horizon 
problem. 


Megaparsec—A unit of distance used in describing 
the distances to remote objects in the universe. One 
megaparsec (i.e., a million parsecs) is approximately 


we see perhaps only a tenth of the matter that is really 
there. However, while this amount is still compatible 
with the abundance of deuterium, it is not enough to 
close the universe and solve the flatness problem. 


Any attempt to run the motion picture further 
backwards before the nuclear era requires physics 
which, while less secure, is plausible. This led to a 
modification of the big bang by Alan Guth called 
inflation. Inflation describes an era of very rapid 
expansion where the space containing the matter- 
energy that would eventually become galaxies spread 
apart faster than the speed of light for a short period 
of time. 


Inflation solves the horizon problem in that it 
allowed all matter in the universe to be in contact 
with all other matter at the beginning of the inflation 
era. It also requires the exact balance between expan- 
sion energy and energy opposed to the expansion, 
thereby solving the flatness problem. This exact bal- 
ance requires that there be an additional component to 
the dark matter that did not take part in the nuclear 
reactions that determined the initial composition of 
the universe. The search for such matter is currently 
the source of considerable effort. 


Finally, one wonders how far back one can rea- 
sonably expect to run the movie. In the earliest micro- 
seconds of the universe’s existence the conditions 
would have been so extreme that the very forces of 
nature would have merged together. Physical theories 
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equal to 3.26 million light years or approximately ten 
trillion trillion centimeters. 


Olbers’ paradox—A statement that the dark night 
sky suggests that the universe is finite in either 
space or time. 


Planck time—An extremely short interval of time 
(i.e., 10*?sec) when the conventional laws of physics 
no longer apply. 


Primeval atom—The description of the very early 
expanding universe devised by Abbe Lemaitre. 


Spectra—tThe representation of the light emitted by 
an object broken into its constituent colors or 
wavelengths. 


Steady state cosmology—A popular cosmology of 
the mid twentieth century which supposed that the 
universe was unchanging in space and time. 


that attempt to describe the merger of the strong 
nuclear force with the electro-weak force are called 
Grand Unified Theories, or GUTs for short. There is 
currently much effort being devoted to testing those 
theories. At sufficiently early times even the force 
of gravity should become tied to the other forces of 
nature. The conditions which lead to the merging 
of the forces of nature are far beyond anything 
achievable on Earth so that the physicist must rely 
on predictions from the early universe to test these 
theories. 


Ultimately quantum mechanics suggests that 
there comes a time in the early history of the universe 
where all theoretical descriptions of the universe must 
fail. Before a time known as the Planck Time, the very 
notions of time and space become poorly defined and 
one should not press the movie further. Beyond this 
time science becomes ineffective in determining the 
structure of the universe and one must search else- 
where for its origin. 


See also Relativity, general; Relativity, special; 
String theory; Symmetry. 
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l Cotingas 


Cotingas are a highly diverse group of birds that 
make up the family Cotingidae. Species of cotingas 
occur widely in tropical forests of South and Central 
America. Cotingas are fly-catching birds, and are sim- 
ilar in many respects to species of tyrant flycatchers 
(family Tyrannidae), although these families are not 
closely related. 


Species of cotingas are extremely variable in size, 
shape, color, behavior, and natural history, and the fam- 
ily is therefore difficult to characterize. As a result, esti- 
mates of the number of species vary, depending on the 
taxonomic treatment that is consulted. Many of these 
cotingas have a highly local (or endemic) distribution in 
tropical rainforests, and many species are endangered. 


The largest cotinga is the crow-sized, umbrella-bird 
(Cephalopterus ornatus). This is a slate-gray, 16 in (40 
cm) long bird with a large crest over the top of the head, 
and an inflatable orange throat-sac, which is used to 
give resonance to its low-pitched, bellowing calls. The 
smallest species is the kinglet calyptura (Calyptura cris- 
tata), only 3 in (7.5 cm) long. Some cotingas are rather 
drab in color, while others are extraordinarily beautiful, 
with hues of deep red, orange, purple, and yellow occur- 
ring in some species. 


The feeding habits of cotingas are also highly varied. 
Some cotingas are exclusively fruit-eaters, while others 
are insectivorous, but most have a mixed diet of both of 
these types of foods. The insect-hunting species tend to 
glean their prey from the surfaces of foliage or branches. 
Alternatively, they may “fly-catch,” that is sit motionless 
while scanning for large, flying insects, which, when seen, 
are captured in the beak during a brief aerial sally. 
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Perhaps the most famous species in the cotinga 
family are the cocks-of-the-rock (Rupicola spp.). For 
example, males of the Guianan cock-of-the-rock 
(Rupicola rupicola) are colored a beautiful golden 
orange, with an extraordinary semi-circular, flattened 
crest over the entire top of the head, long plumes over 
the wings, and delicate black-and-white markings. 
Male cocks-of-the-rock have a spectacular courtship 
display in which several cocks gather at a traditional 
strutting ground. Each bird clears a small area, known 
as a “court,” in which to perform his display. When a 
female appears, the cocks fly down to their individual 
court, where they assume a still pose, designed to max- 
imize the visual impact of their charismatic, orange 
crest on the female. Although all of the cocks seem 
spectacularly attractive to any human observer, the 
female is able to discern one that is even more-so, 
and she chooses him as her mate. 


Other cotingas are noted for their extremely loud 
calls, which can resonate through even the densest 
tropical rainforest. Male bell-birds (Procnias spp.) 
advertise themselves to females with their bell-like 
calls, while male pihas (Lipaugus spp.) make extremely 
loud, piercing sounds to proclaim their virility. 


l Cotton 


Cotton is a fiber obtained from various species of 
plants, genus Gossypium, family Malvaceae (Mallow), 
and is the most important and widely used natural 
fiber in the world. Cotton is primarily an agricultural 
crop, but it can also be found growing wild. Originally 
cotton species were perennial plants, but in some areas 
cotton has been selectively bred to develop as an 
annual plant. There are more than 30 species of 
Gossypium, but only four species are used to supply 
the world market for cotton. Gossypium hirsutum, also 
called New World or upland cotton, and G. barba- 
dense, the source of Egyptian cotton and Sea Island 
cotton, supply most of the world’s cotton fiber. 


G. barbadense was brought from Egypt to the 
United States around 1900. A hybrid of these two 
cotton species known as Pima cotton is also an impor- 
tant source of commercial cotton. These species have 
relatively longer fibers and greater resistance to the 
boll weevil, the most notable insect pest of cotton 
plants. Asian cotton plants, G. arboreum and G. her- 
baceum grow as small shrubs and produce relatively 
short fibers. Today, the United States produces one- 
sixth of the world’s cotton. Other leading cotton 
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Cotton plants in cultivation in North Carolina. (JLM Visuals.) 


producing countries are China (the world’s biggest 
producer), India, Pakistan, Brazil, and Turkey. The 
world production of cotton in the early 1990s was 
about 18.9 million metric tons per year. The world’s 
largest consumers of cotton are the United States and 
Europe. 


Cotton was one of the first cultivated plants. 
There is evidence that the cotton plant was cultivated 
in India as long as 5,000 years ago. Specimens of 
cotton cloth as old as 5,000 years have been found in 
Peru, and scientists have found ancient specimens of 
the cotton plant dating 7,000 years old in caves near 
Mexico City. Cotton was one of the resources sought 
by Columbus, and while he did not manage to find a 
shorter route to India, he did find species of cotton 
growing wild in the West Indies. 


The cotton plant grows to a height of 3-6 feet 
(0.9-1.8 m), depending on the species and the region 
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where it is grown. The leaves are heart shaped, lobed, 
and coarse veined, somewhat resembling a maple 
leaf. The plant has many branches with one main 
central stem. Overall, the plant is cone or pyramid 
shaped. 


After a cotton seed has sprouted (about four to 
five weeks after planting), two “seed” leaves provide 
food for the plant until additional “true” leaves 
appear. Flower buds protected by a fringed, leafy 
covering develop a few weeks after the plant starts to 
grow, and then bloom a few weeks later. The flower 
usually blooms in the morning and then withers and 
turns color within two to three days. The bloom falls 
off the plant, leaving a ripening seed pod. 


Pollination must occur before the flower falls off. 
Pollen from the stamens (male part) is transferred to 
the stigma (female part) by insects and wind, and 
travels down the stigma to the ovary. The ovary con- 
tains ovules, which become seeds if fertilized. The 
ovary swells around the seeds and develops into a 
boll. The cotton boll is classified as a fruit because it 
contains seeds. As the bolls develop, the leaves on the 
plant turn red. 
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Cotton 


About four months are needed for the boll to 
ripen and split open. A cotton boll contains 27-45 
seeds and each seed grows between 10,000 and 
20,000 hairs or fibers. Each fiber is a single cell, 3,000 
times longer than it is wide. The fibers develop in 
two stages. First, the fibers grow to their full length 
(in about three weeks). For the following three to four 
weeks, layers of cellulose are deposited in a crisscross 
fashion, building up the wall of the fiber. After the 
boll matures and bursts open, the fibers dry out and 
become tiny hollow tubes that twist up, making 
the fiber very strong. The seed hairs or fibers grow 
in different lengths. The outer and longer fibers 
grow to 2.5 inches (6.4 cm) and are primarily used 
for cloth. These fibers are very strong, durable, flexi- 
ble, and retain dyes well. The biological function 
of the long seed hairs is to help scatter the seeds 
around in the wind. The inner, short fibers are called 
linter. 


Growing, harvesting, processing 


Cotton requires a long growing season (from 
180-200 days), sunny and warm weather, plenty of 
water during the growth season, and dry weather for 
harvest. Cotton grows near the equator in tropical 
and semitropical climates. The Cotton Belt in the 
United States reaches from North Carolina down to 
northern Florida and west to California. A crop 
started in March or April will be ready to harvest in 
September. Usually, cotton seeds are planted in rows. 
When the plants emerge, they need to be thinned. 
Herbicides, rotary hoes, or flame cultivators are used 
to manage weeds. Pesticides are also used to control 
bacterial and fungal diseases, and insect pests. 


Harvesting 


For centuries, harvesting was done by hand. 
Cotton had to be picked several times in the season 
because bolls of cotton do not all ripen at the same 
time. Today, most cotton is mechanically harvested. 
Farmers wait until all the bolls are ripe and then 
defoliate the plants with chemicals, although some- 
times defoliation occurs naturally from frost. 


Processing 


Harvested cotton needs to be cleaned before going to 
the gin. Often, the cotton is dried before it is put through 
the cleaning equipment, which removes leaves, dirt, 
twigs, and other unwanted material. After cleaning, the 
long fibers are separated from the seeds with a cotton gin 
and then packed tightly into bales of 500 pounds 
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KEY TERMS 


Boll—tThe fruit of the cotton plant that holds the 
fiber and seeds. 


Cellulose—The main ingredient of plant tissue and 
fiber. 


Cotton gin—Machine (invented by Eli Whitney) 
that separates the cotton fiber from the seeds. 


Linter—tThe short, fuzzy fiber left on the seed after 
ginning. 
Ovary—The lower part of the pistil where seeds 
develop. 


Ovules—Small structures within the ovary that 
develop into seeds if fertilized. 


Pollen—Fine powder made in the anthers of a 
flower that carries the male cells. 


Stamen—Male reproductive organ of a flower that 
produces pollen. 


Stigma—the part of the female organs of a plant 
flower (the pistil) upon which pollen lands in the 
first stage of fertilization. 


(227 kg). Cotton is classified according to its staple 
(length of fiber), grade (color), and character (smooth- 
ness). At a textile mill, cotton fibers are spun into yarn 
and then woven or knitted into cloth. The seeds, still 
covered with linter, are sent to be pressed in an oil mill. 


Cotton by-products 


Cotton seeds are valuable by-products. The seeds 
are delinted by a similar process to ginning. Some 
linter is used to make candlewicks, string, cotton 
balls, cotton batting, paper, and cellulose products 
such as rayon, plastics, photographic film, and cello- 
phane. The delinted seeds are crushed and the kernel is 
separated from the hull and squeezed. The cottonseed 
oil obtained from the kernels is used for cooking oil, 
shortening, soaps, and cosmetics. A semisolid residue 
from the refining process is called soap stock or foots, 
and provides fatty acids for various industrial uses 
such as insulation materials, soaps, linoleum, oilcloth, 
waterproofing materials, and as a paint base. The hulls 
are used for fertilizer, plastics, and paper. A liquid 
made from the hulls called furfural is used in the 
chemical industry. The remaining mash is used for 
livestock feed. 


See also Natural fibers. 
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I Coulomb 


A coulomb (abbreviation: C) is the standard unit 
of charge in the metric system. It was named after the 
French physicist Charles A. de Coulomb (1736-1806), 
who formulated the law of electrical force that now 
carries his name. 


History 


By the early 1700s, Isaac Newton’s law of gravita- 
tional force had been widely accepted by the scientific 
community, which realized the vast array of problems 
to which it could be applied. During the period 1760— 
1780, scientists began to search for a comparable law 
that would describe the force between two electrically 
charged bodies. Many assumed that such a law would 
follow the general lines of the gravitational law, namely 
that the force would vary directly with the magnitude of 
the charges and inversely as the distance between them. 


The first experiments in this field were conducted 
by the Swiss mathematician Daniel Bernoulli around 
1760. Bernoulli’s experiments were apparently among 
the earliest quantitative studies in the field of electric- 
ity, and they aroused little interest among other scien- 
tists. A decade later, however, two early English 
chemists, Joseph Priestley and Henry Cavendish, car- 
ried out experiments similar to those of Bernoulli and 
obtained qualitative support for a gravitation-like 
relationship for electrical charges. 
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Conclusive work on this subject was completed by 
Coulomb in 1785. The French physicist designed an 
ingenious apparatus for measuring the relatively mod- 
est force that exists between two charged bodies. The 
apparatus is known as a torsion balance. The torsion 
balance consists of a non-conducting horizontal bar 
suspended by a thin fiber of metal or silk. Two small 
spheres are attached to opposite ends of the bar and 
given an electrical charge. A third ball is then placed 
adjacent to the ball at one end of the horizontal rod 
and given a charge identical to those on the rod. 


In this arrangement, a force of repulsion develops 
between the two adjacent balls. As they push away 
from each other, they cause the metal or silk fiber to 
twist. The amount of twist that develops in the fiber 
can be measured and can be used to calculate the force 
that produced the distortion. 


Coulomb’s law 


From this experiment, Coulomb was able to write a 
mathematical expression for the electrostatic force 
between two charged bodies carrying charges of q: 
and qp> placed at a distance of r from each other. That 
mathematical expression was, indeed, comparable to 
the gravitation law. That is, the force between the two 
bodies is proportional to the product of their charges 
(qi X q2) and inversely proportional to the square of the 
distance between them (1/r). Introducing a propor- 
tionality constant of k, Coulomb’s law can be written 
as: q; X q2 F = kr*, What this law says is that the force 
between two charged bodies drops off rapidly as they 
are separated from each other. When the distance 
between them is doubled, the force is reduced to one- 
fourth of its original value. When the distance is tripled, 
the force is reduced to one-ninth. 


Coulomb’s law applies whether the two bodies in 
question have similar or opposite charges. The only 
difference is one of sign. If a positive value of F 
is taken as a force of attraction, then a negative 
< value of F represents a force of repulsion. 


Given the close relationship between magnetism 
and electricity, it is hardly surprising that Coulomb 
discovered a similar law for magnetic force a few years 
later. The law of magnetic force is also an inverse square 
law. Specifically, py x p> F = kr’, where p; and p> are 
the strengths of the magnetic poles, r is the distance 
between them, and k is a proportionality constant. 


Applications 


Coulomb’s law is fundamental to any study of 
electrical phenomena. It is also important in 
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Countable 


KEY TERMS 


Electrolytic cell—An_ electrochemical cell in 
which an electrical current is used to bring about 
a chemical change. 


Inverse square law—A scientific law that describes 
any situation in which a force decreases as the 
square of the distance between any two objects. 


Magnetic pole—Either of the two regions within a 
magnetic object where the magnetic force appears 
to be concentrated. 


Proportionality constant—A number that is intro- 
duced into a proportionality expression in order to 
make it into an equality. 


Qualitative—Any measurement in which numeri- 
cal values are not considered. 


Quantitative—Any type of measurement that 
involves a mathematical measurement. 


Torsion—A twisting force. 


understanding many chemical phenomena. For exam- 
ple, an atom is, in one respect, nothing other than a 
collection of electrical charges, namely positively 
charged protons and negatively charged electrons. 
Coulombic forces exist among these particles. For 
example, a fundamental problem involved in a study 
of the atomic nucleus is explaining how the enormous 
electrostatic force of repulsion among protons is over- 
come in such a way as to produce a stable body. 


Coulombic forces must be invoked also in 
explaining molecular and crystalline architecture. 
The four bonds formed by a carbon atom, for exam- 
ple, have a particular geometric arrangement because 
of the mutual force of repulsion among the four elec- 
tron pairs that make up those bonds. In crystalline 
structures, one arrangement of ions is preferred over 
another because of the forces of repulsion and attrac- 
tion among like-charged and oppositely-charged par- 
ticles respectively. 


Electrolytic cells 


The coulomb (as a unit) can be thought of in 
another way, as given by the following equation: 1 
coulomb = | ampere x | second. The ampere (amp) 
is the metric unit used for the measurement of electri- 
cal current. Most people know that electrical applian- 
ces in their home operate on a certain number of 
“amps.” The ampere is defined as the flow of electrical 
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charge per second of time. Thus, if one multiplies the 
number of amps times the number of seconds, the total 
electrical charge (number of coulombs) can be 
calculated. 


This information is of significance in the field of 
electrochemistry because of a discovery made by the 
British scientist Michael Faraday in about 1833. 
Faraday discovered that a given quantity of electrical 
charge passing through an electrolytic cell will cause a 
given amount of chemical change in that cell. For 
example, if one mole of electrons flows through a cell 
containing copper ions, one mole of copper will be 
deposited on the cathode of that cell. The Faraday 
relationship is fundamental to the practical operation 
of many kinds of electrolytic cells. 


See also Electric charge. 
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Countable 


Every set that can be counted—that is, every finite 
set—is countable, but this is no surprise. The interest- 
ing case comes when we abandon finite sets and con- 
sider infinite ones. 


An infinite set of numbers, points, or other ele- 
ments is said to be countable (also called denumerable) 
if its elements can be paired one-to-one with the natu- 
ral numbers, 1, 2, 3, etc. The term countable is some- 
what misleading because, of course, it is humanly 
impossible actually to count infinitely many things. 


The set of even numbers is an example of a count- 
able set, as the pairing in Table 1 shows. 


Of course, it is not enough to show the way the 
first eight numbers are to be paired. One must show 
that no matter how far one goes along the list of even 
natural numbers there is a natural number paired with 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Even numbers as countable numbers 


Even 
numbers 


Natural 
numbers 


Table 1. (Thomson Gale.) 


Pairing of natural numbers and positive and negative 
numbers 


Integers 0 


Natural 
numbers 1 


Table 2. (Thomson Gale.) 


Pairing of natural numbers with positive integers 


Integers 


Natural 
numbers 


Table 3. (Thomson Gale.) 


it. In this case this is an easy thing to do. One simply 
pairs any even number 2n with the natural number n. 


What about the set of integers? One might guess 
that it is uncountable because the set of natural numbers 
is a proper subset of it. Consider the pairing in Table 2. 


Remarkably it works. 


The secret in finding this pairing was to avoid a 
trap. Had the pairing been that which appears in Table 
3, one would never reach the negative integers. In 
working with infinite sets, one considers a pairing 
complete if there is a scheme that enables one to 
reach any number or element in the set after a finite 
number of steps. (Not everyone agrees that that is the 
same thing as reaching them al//.) The former pairing 
does this. 


Are the rational numbers countable? If one plots 
the rational numbers on a number line, they seem to 
fill it up. Intuitively one would guess that they form an 
uncountable set. But consider the pairing in Table 4, in 
which the rational numbers are represented in their 
ratio form. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


The listing scheme is a two-step procedure. First, 
in each ratio, the denominator and numerator are 
added. All those ratios with the same total are put in 
a group, and these groups are listed in the order of 
increasing totals. Within each group, the ratios are 
listed in order of increasing size. Thus the ratio 9/2 
will show up in the group whose denominators and 
numerators total 11, and within that group it will fall 
between 8/3 and 10/1. The list will eventually include 
any positive rational number one can name. 


Unfortunately, there are two flaws. The list leaves 
out the negative numbers and it pairs the same rational 
number with more than one natural number. Because 
1/1, 2/2, and 3/3 have different numerators and 
denominators, they show up at different places in the 
list and are paired with different natural numbers. 
They are the same rational number, however. The 
first flaw can be corrected by interleaving the negative 
numbers with the positive numbers, as was done with 
the integers. The second flaw can be corrected by 
throwing out any ratio which is not in lowest terms 
since it will already have been listed. 


Correcting the flaws greatly complicates any for- 
mula one might devise for pairing a particular ratio a/ 
b with a particular natural number, but the pairing is 
nevertheless one-to-one. Each ratio a/b will be 
assigned to a group a + b, and once in the group 
will be assigned a specific place. It will be paired with 
exactly one natural number. The set of rational num- 
bers is, again remarkably, countable. 


Another countable set is the set of algebraic num- 
bers. Algebraic numbers are numbers that satisfy pol- 
ynomial equations with integral coefficients. For 
instance, V2, L, and (-1 + /5)/2 are algebraic, satisfy- 
ing x - 2 =0,x7 + 1=0,andx? +x-1=0, 
respectively. 


Are all infinite sets countable? 


The answer to this question was given around 
1870 by the German mathematician George Cantor. 
He showed that the set of numbers between 0 and 1 
represented by infinite decimals was uncountable. (To 
include the finite decimals, he converted them to infin- 
ite decimals using the fact that a number such as 0.3 
can be represented by the infinite decimal. 0.29— 
where the 9s repeat forever.) He used a reductio ad 
absurdum proof, showing that the assumption that the 
set is countable leads to a contradiction. The assump- 
tion therefore has to be abandoned. 


He began by assuming that the set was countable, 
meaning that there was a way of listing its elements so 
that, reading down the list, one could reach any 
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Coursers and pratincoles 


Pairing of natural numbers with rational numbers in ratio form 


Rational numbers 0/1 
Natural numbers 1 


Table 4. (Thomson Gale) 


Infinite pairings 


31754007... 
1187742... 


00037559... 
.039999999... 
14141414... 
44116798... 


Table 5. (Thomson Gale.) 


number in it. This can be illustrated with the example 
in Table 5. 


From this list he constructs a new decimal. For its 
first digit, he uses a 1, which is different from the first 
digit in the first number in the list. For its second digit, 
he uses a 3, which is different from the second digit in 
the second number. For its third digit, he uses a 3 
again, since it is different from the third digit in the 
third number. 


He continues in this fashion, making the n-th digit in 
his new number different from the n-th digit in the n-th 
number in the list. In this example, he uses 1s and 3s, but 
he could use any other digits as well, as long as they differ 
from the n-th digit in the n-th number in the list. (He 
avoids using 9s because the finite decimal 0.42 is the same 
number as the infinite decimal 0.4199999. with 9s repeat- 
ing.) The number he has constructed in this way is 
0.131131. Because it differs from each of the numbers in 
at least one decimal place, it differs every number in the 
assumed complete list. If one chooses a number and 
looks for it in a listing of a countable set of numbers, 
after a finite number of steps he will find it (assuming that 
list has been arranged to demonstrate the countability of 
the set). In this supposed listing he will not. If he checks 
four million numbers, his constructed number will differ 
from them all in at least one of the first four million 
decimal places. 


Thus the assumption that the set of infinite deci- 
mals between 0 and | is countable is a false assump- 
tion. The set has to be uncountable. The infinitude of 
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KEY TERMS 


Denumerable—A synonym for “countable.” 


Uncountable—A term describing the number of 
elements in an infinite set whose elements cannot 
be put into one-to-one correspondence with the 
natural numbers. 


such a set is different from the infinitude of the natural 
numbers. 
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Counting numbers see Natural numbers 


i Coursers and pratincoles 


Coursers and the closely related pratincoles are 16 
species of birds that comprise the family Glareolidae, in 
the order Charadriiformes, which also contains the plov- 
ers, sandpipers, and other families of waders and shore- 
birds. The pratincoles occur in southern Europe and 
Asia, Africa, Southeast Asia, and Australasia, but cours- 
ers only occur in Africa, the Middle East, and India. 


Coursers and pratincoles breed in sandy or stony 
deserts, in grassy plains, or in savannas, but always 
near water. Both types of birds fly gracefully, using 
their long, pointed wings. 
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Coursers have relatively long legs, three toes on 
their feet, a square tail, and a relatively long, thin, 
somewhat down-curved beak. Coursers are nomadic 
during their non-breeding season, undertaking wan- 
derings in unpredictable directions, as is the case of 
many other bird species that breed in deserts. 


Pratincoles have shorter legs, four toes, a deeply 
forked tail, and a short bill with a wide gape. 
Pratincoles undertake long-distance migrations dur- 
ing the non-breeding season, usually in flocks. The 
sexes are similar in both of these types of birds. 


Pratincoles largely prey on flying insects, much in 
the manner of swallows (an alternate common name 
for these birds is swallow-plover). They also feed on 
the ground, running after their prey with rapid, short 
bursts of speed. Coursers are also insectivorous, but 
they feed exclusively on terrestrial insects, which are 
caught on the run. Coursers will also eat seeds when 
they are available. 


Pratincoles occur in groups and nest in large, 
loosely structured colonies. Coursers are less social 
than this and do not nest in colonies. The nests of 
coursers and pratincoles are simple scrapes made in 
the open. In most species there are two eggs in a clutch, 
which are incubated by both the female and the male 
parents. These birds mostly nest in hot habitats, so the 
purpose of incubation is often to keep the eggs cool, 
rather than warm as in most birds. Some species mois- 
ten their eggs to keep them cooler. 


Young coursers and pratincoles are precocious, 
hatching with their eyes open and are able to walk 
one day after birth. However, they are led to a shelter- 
ing bush or other hiding place as soon as they are 
mobile, and they shelter there while the parents bring 
them food. The young birds are well camouflaged to 
blend in with their surroundings. 


If a predator is near the nest or babies, adult 
pratincoles will perform injury-feigning distraction 
displays meant to lure the animal away. Both coursers 
and pratincoles also have startle displays that they 
deploy under these conditions, in which the wings 
and tail are raised suddenly to reveal bold patterns of 
coloration in an attempt to unnerve the predator. 


Species of coursers 


The double-banded courser (Rhinoptilus africa- 
nus) of Africa lays only one egg, and the nest is com- 
monly located near antelope dung as an aid to 
camouflage. The nest of the three-banded courser (R. 
cinctus) of Africa is a relatively deep scrape in which 
the clutch of two eggs is two-thirds buried in sand 
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during incubation. The Egyptian plover (Pluvialis 
aegyptius) is a courser that breeds along large rivers 
in central and northeastern Africa. This species also 
buries its eggs and even its babies, and it also regur- 
gitates water to cool these down on especially hot 
afternoons. 


Species of pratincoles 


The collared pratincole, red-winged pratincole, or 
swallow plover (Glareola pratincola) is highly unusual 
in having migratory populations in both the southern 
and northern hemispheres. Northern birds breed in 
open steppes, savannas, and dry mudflats in southern 
Europe and southwestern Asia, and winter in Africa. 
Birds that breed in southern Africa, migrate to north- 
ern Africa to spend their non-breeding season. The 
black-winged pratincole (G. nordmanni) is a wide- 
spread species that breeds from southeastern Europe 
through central Asia, and winters on tropical shores in 
south and Southeast Asia. The oriental pratincole 
(G. maldivarum) breeds in central and southern Asia, 
and migrates as far south as Australia. 


The Australian pratincole (Sti/tia isabella) breeds 
widely across much of that island continent, including 
the semi-arid interior. This species migrates north to 
spend its non-breeding season in the coastal tropics, 
from northern Australia to Indonesia. This is the only 
species in its genus, and it is rather intermediate in 
form to the coursers and pratincoles. Like the cours- 
ers, the Australian pratincole has a relatively long 
beak and long legs, a short tail, and no hind toe. In 
addition, this species does not have comb-like struc- 
tures called pectinations on the claw of the middle toe, 
a characteristic that all other pratincoles and the 
coursers exhibit. 


Resources 


BOOKS 

Bird Families of the World. Oxford: Oxford University Press, 
1998. 

Brooke, M., and T. Birkhead. The Cambridge Encyclopedia 
of Ornithology. Cambridge, U.K.: Cambridge 
University Press, 1991. 

Maclean, G.L. “Family Glareolidae (Coursers and 
Pratincoles).” In Handbook of the Birds of the World, 
edited by J. del Hoyo, A. Elliott, and J. Sargatal. 
Barcelona: Lynx Edicions, 1996. 

Prater, T., P. Hayman, and J. Marchant. Shorebirds: An 
Identification Guide to the Waders of the World. New 
York: Houghton Mifflin, 1991. 


Bill Freedman 


1163 


sajoourjeid pue siosino>) 


Courtship 


I Courtship 


Courtship is a complex set of behaviors in ani- 
mals that leads to mating. Courtship behavior com- 
municates to each of the potential mates that the 
other is not a threat. It also reveals information to 
each animal that the species, gender, and physical 
condition of the other are suitable for mating. 
Premating activities are for the most part ritualistic. 
They consist of a series of fixed action patterns that 
are species-specific. Each fixed action triggers an 
appropriate fixed reaction by the partner, with one 
action stimulating the next. Courtship allows one or 
both sexes to select a mate from several candidates. 
Usually the females do the choosing. In some species 
of birds, males display in a lek, a small communal 
area, where females select a mate from the displaying 
males. Males generally compete with each other for 
mates, and females pick the best quality male avail- 
able. The danger of courtship is that it can attract 
predators instead of mates. 


Several basic factors influence a female’s choice of 
mate. First, if a female provides parental care, she 
chooses as competent a male as possible. For example, 
in birds such as the common tern, the female selects a 
good fish catcher. As part of courtship, the male birds 
display fish to the female, and may even feed them to 
her. This demonstrates his ability to feed the young. In 
addition, females tend to select males with resources 
such as food or shelter, which help a mating pair to 
produce more offspring that survive. In the long- 
jawed longhorned beetle that lives in the Arizona des- 
ert, males battle each other for saguaro cactus fruit. 
The females mate in exchange for access to the fruit. 
A male endowed with large mandibles can defeat other 
males, take over the fruit, and thus attract females. 
Genetic fitness is another important factor in mate 
selection. In species that lack parental care, offspring 
rely for survival on qualities that they inherit from 
their parents. During courtship, energetic displays 
and striking appearance indicate good health. 
Vigorous, attractive parents generally pass immunities 
to their offspring. Attractiveness may depend on the 
intensity of secondary sex characteristics, which in 
birds, for example, include colorful plumage and 
long tails. Another advantage is that inherited attrac- 
tive features make offspring desirable to mates. 


Courtship in insects 


Insect courtship is ritualistic and has evolved over 
time. Male balloon flies of the family Empididae spin 
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oval balloons of silk. Then they fly in a swarm, carry- 
ing their courtship objects aloft. Females approach the 
swarm and select their mates. As a female pairs off 
with a male, she accepts his balloon. In some species of 
balloon flies, the male brings the female a dead insect 
to eat during copulation. This may prevent her from 
eating him. In other species, the male carries a dead 
insect inside a silk balloon. Apparently, in the course 
of evolution, the suitor’s gift-giving began with 
“candy,” then a “box of candy,” and finally just the 
empty “box.” 


Other courtship strategies in insects include 
female moths that release a scent signal (or phero- 
mone) that males of the same species recognize. 
When a male detects the signal, he flies upstream to 
the female. In queen butterflies, courtship is complex 
and requires steps that must occur in the proper order. 
First, the female flaps her wings to draw the male’s 
attention and make him pursue her. As he hovers 
nearby his hairpencils (brushlike organs) release a 
pheromone. Then the receptive female lands on a 
nearby plant. Next, the male brushes his hairpencils 
on her antennae. She responds by closing her wings. 
This signals the male to land on her and begin mating. 
In other courtship behavior, male crickets rub their 
forewings together and produce a pulsed courtship 
song. In fireflies, the male’s flashing light and the 
female’s flashing answer is another type of courtship 
behavior. In fireflies, both sexes respond to a specific 
set of intervals between flashes. 


Courtship in fish 


In 1973 Niko Tinbergen won a Nobel Prize for his 
work on animal behavior. One of the topics he studied 
was courting in the stickleback, a small freshwater 
fish. At breeding time, the male stickleback changes 
color from dull brown to black and blue above and red 
underneath. At this time, he builds a tunnel-shaped 
nest of sand. Females swollen with unfertilized eggs 
cruise in schools through the male territory. The male 
performs his zigzag courtship dance toward and away 
from the female fish. Attracted to the red color on the 
male’s belly, a female ready to lay eggs displays her 
swollen abdomen. The male leads her to the nest. He 
pokes the base of her tail with his snout, and the female 
lays her eggs and then swims away. The male enters the 
nest and fertilizes the eggs. In this manner, he may lead 
three or four females to his nest to lay eggs. Tinbergen 
showed in his studies that seeing the color red caused 
increased aggressiveness in males and attraction in 
females. 
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Pair of chinstrap penguins in courtship at their nest made of pebbles in the Antarctic. (George Holton. Photo Researchers, Inc.) 


Courtship in birds 


Adult birds generally return to their nesting 
grounds each mating season. A male claims a territory 
by singing a distinctive song. He then sings a song that 
attracts a female. Birds have different courtship rit- 
uals. Some use song, while others display colorful 
plumage. Woodcocks fly upward in a spiral, and 
birds of paradise do somersaults. Male frigatebirds— 
large birds with wings that spread wider than 6.6 ft 
(2 m)—breed in late winter on the coast of tropical 
islands in the western Atlantic and Pacific Oceans. The 
male perches in a low tree or brush and his red throat 
pouch inflates like a balloon. Its red color attracts 
females hovering overhead. Then the male spreads 
his wings, shakes them, and makes a whinnying 
sound. Finally, the pair come together, mate, and 
build a nest. 


Courtship in mammals 


Mammals use various strategies in courtship. 
Pheromones act as sexual lures that bring members 
of the opposite sex together. These attractants are so 
powerful that a male dog can smell a female in estrus 
more than half a mile (1 km) away. The fact that at 
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puberty humans begin to produce odorous sweat sug- 
gests the role of pheromones in primate courtship. Sex 
selection also exists in primates. Females usually 
choose their male partners, but sometimes the reverse 
occurs. Recent research reveals that male lion-tailed 
macaques remain aloof during the day. At night, how- 
ever, they seek out sleeping estrous females for mating. 
Until this study, biologists thought that it was the 
females who initiated mating. In humans, various cul- 
tures determine the customs of courtship. For exam- 
ple, in some societies, marriages are arranged by 
relatives. In these cases, a woman is matched to a 
man with the appropriate resources. Just as other 
female animals select mates with resources, humans 
tend to select mates with wealth and status. Further, 
even if a woman has no say in the selection of her 
husband, she may help arrange the marriage of her 
offspring. 


See also Sexual reproduction. 


Resources 


BOOKS 


Batten, Mary. Sexual Strategies. New York: G.P. Putnam’s 
Sons, 1992. 


1165 


diys}ano> 


Coypu 


KEY TERMS 


Display—Showy exhibition by an animal that 
reveals information to others. 

Lek—Communal area used by birds and insects for 
courtship and mate selection. 
Pheromone—Chemical odorant that 
communication between animals. 


provides 
Ritual—Species-specific behavior pattern or cere- 
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Covalent bond see Chemical bond 


Coyote see Canines 
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l Coypu 


The coypu or nutria (Myocastor coypu) is a species 
of semi-aquatic, dog-sized rodent in the family 
Capromyidae. These animals are native to central 
and southern South America, but they have become 
widely established elsewhere, mostly as a result of 
animals that have escaped from fur farms or that 
have been deliberately released. 


Coypus have a stout, 17-25 in (43-64 cm) long 
body, with a roughly triangular-shaped head, and a 
round, scaly, sparsely-haired tail, which is 10-17 in 
(25-43 cm) long. Adult animals weight 15-20 Ib 
(7-9 kg), with males being somewhat larger than 
females. The eyes and ears of coypus are small, and 
the legs are short. The forelegs are much larger than 
the hind and have four webbed toes as well as a single 
free toe used for grooming the fur. The toes have 
prominent claws. The fur is soft, dense, and lustrous, 
consisting of long guard hairs over a velvety underfur. 
The color of the guard hairs ranges from yellow- 
brown to red-brown, while the underfur is blackish. 


Coypus are semi-aquatic animals, and are excel- 
lent swimmers. They typically live in the vicinity of 
slow-moving rivers and streams, or near the edges of 
shallow lakes, marshes, and other wetlands. Coypus 
mostly live in freshwater habitats, but in some places 
they occur in brackish and saltwater wetlands as well. 
Coypus den in burrows dug into banks, or in mounds 
of reedy vegetation that are constructed when ground 
suitable for digging is not available. Coypus live in 
pairs or small family groups and sometimes in larger 
colonies. 


Coypus typically forage during twilight hours 
over a distance of up to several hundred yards, travel- 
ling along well-worn pathways through the usually 
grassy habitat. Coypus are shy and wary when forag- 
ing, and flee quickly to their burrow when any hint of 
danger is perceived. Coypus are mainly vegetarian in 
their feeding, although they will also eat molluscs. 


The fur of coypus is a valued product, and this 
species has been introduced as a fur-bearing species 
into various parts of the United States and Europe. 
Coypus are also cultivated on fur farms, where they 
will breed continuously, and can be quite productive. 
Cultivated coypus can have a white or yellowish fur, in 
addition to the darker colors of the wild animals. 


Coypus are considered to be pests in many of the 
places where they have become naturalized because 
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they damage irrigation ditches and earthen dams with 
their burrows, compete with native fur-bearers, and, 
when abundant, can significantly deplete the abun- 
dance of forage. 


See also Beavers. 


| Crab 


Crabs are crustaceans of the infraorder Brachyura 
in the order Decapodia, meaning ten legs. As the name 
suggests, these animals are characterized by having 
10 legs attached to their body. Unlike lobsters 
(also decapods), which have a long and cylindrical 
body with an extended abdomen, crabs have a 
broad, flattened body and a short, symmetrical abdo- 
men—adaptations that enable them to squeeze 
beneath rocks and into crevices for feeding purposes 
as well as concealment. Crabs include well-known 
crustaceans such as the blue crab, the Dungeness 
crab, Sally lightfoot and the spider crabs. They are 
among the most successful of all arthropods, about 
4,500 species have been described, with members 
adapted to living on land and in water; some species 
even succeed in living in both habitats. The majority 
live in the marine environment. 


The bulk of the crab body is taken up by the 
abdomen. Attached to this is a small head which 
bears long eye stalks that fit into special sockets on 
the carapace (hard outer covering). There are also 
several pairs of antennae of unequal length and feed- 
ing mouthparts known as maxillipeds. The first pair of 
walking legs are large in comparison with the remain- 
der of the body and end in pinching claws. These are 
usually referred to as chelipeds. In most species, the 
tips of the remaining four pairs of legs terminate in 
pointed tips. When feeding, food is picked up by the 
chelipeds, torn apart, and passed to the maxillipeds in 
small portions, from where it is pushed towards the 
pharynx. While some species are active predators of 
small fish, others feed on detritus or vegetation and 
scoop large volumes of mud towards the mouth region 
using the chelipeds as spades. These species then filter 
out any food particles and reject the remainder of the 
materials. Some species of burrowing crabs, which 
remain concealed in the soft sea bed, create a water 
current down into their burrows and filter out 
food particles in a similar manner. Their chelipeds 
are also fringed with tiny hair-like structures known 
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as setae, which help extract the largest unwanted mate- 
rials from the water current before other parts are 
ingested. 


When moving on land or on the sea bed, crabs 
usually move in a sideways manner: the leading legs 
pull the body forward and those on the opposite side 
assist by pushing. Some species may use just two or 
three pairs of legs when moving quickly, stopping 
occasionally to turn around and reverse the order in 
which the legs move. Few crabs actually swim. One 
group of specialized swimming crabs (the family 
Portunidae) have an oval shaped body and the last 
pair of walking legs are flattened and act as paddles 
that propel the animal. Examples of these swimming 
crabs include the common blue crab (Callinectes sap- 
idus), the green crab (Carcinides maenas) and the lady, 
or calico crab (Ovalipes ocellatus). 


Brachyurans vary considerably in size and behav- 
ior. Some of the largest are the spider crabs (family 
Majidae). These are all marine and live in the littoral 
zone, frequently skulking around on the sea bed in 
harbors and estuaries. This group contains the largest 
known arthropod, the giant Japanese spider crab 
(Macrocheira kaempferi), which can measure up to 
13 ft (4 m) in diameter when fully extended. Most 
members of this family are scavenging animals. 
Many carry small sponges and other marine organ- 
isms on their outer carapace for concealment. 


The aptly named fiddler crabs (family Ocyopidae), 
are easily recognized by the massively enlarged front 
claw of the male. The claw is usually carried horizon- 
tally in front of the body and has been likened to a 
fiddle; the smaller opposing claw is known as the bow. 
When males are trying to attract females, they wave 
these large claws two and fro; crabs with larger 
claws seem to attract more suitors than those with 
tiny claws. These crabs are usually a light brown 
color with mottled purple and darker brown patches 
on the carapace—a pattern that helps to conceal 
them on the dark sandbars and mud flats on which 
they live. 


Crabs have a complicated life history. Mating is 
usually preceded by a short period of courtship. The 
eggs are laid shortly after copulation and are retained 
on the female’s body until the larvae emerge. The tiny 
“zoea” larvae, as they are known, are free-living and 
grow through a series of body molts to reach a stage 
known as the “megalops” larvae, at which stage 
the first resemblance to the parent crabs is visible. 
Further development leads to the immature and 
mature adult form. 
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Ghost crab walking among a sandy shoreline, Sapelo Island, Georgia. (NOAA Photo Library.) 


Unlike true crabs of the infraorder Barchyura, 
hermit crabs, coconut crabs and king crabs belong to 
the infraorder Anomura, meaning abnormal tail. 
These animals, which are often called crabs diverge 
from the true crabs because the fifth pair of legs are 
usually tucked away beneath the carapace. 


Hermit crabs have a soft body which is inserted in 
the shell of a marine snail for protection. Hermit crabs 
only use vacant shells and never kill the original occu- 
pant of the shell. They frequently change “homes” as 
they grow, slipping out of one shell and into another. 
Hermit crabs spend considerable time inspecting new 
shells, checking for size and weight. The shell is held on 
through a combination of modified hind limbs, which 
grasp some of the internal rings of the shell, and the 
pressure of the body against the shell wall. When rest- 
ing, the crab can withdraw entirely inside the shell, 
blocking the opening with its claws. Hermit crab shells 
are commonly adorned with sea anemones and hydro- 
ids, the reason seeming to be that these provide some 
protection against small predators due to the battery 
of specialized stinging cells that these organisms pos- 
sess. In return for this service, the anemones and 
hydroids may benefit from the clean water in which 


1168 


hermit crabs locate themselves and the possibility of 
obtaining food scraps from the crab when it is feeding. 
The importance of this relationship for the crab is 
evidenced by the hermit crab’s behavior when it 
changes its shell, as it usually delicately removes the 
anemones and hydroids from their former home and 
places them on the new shell. 


One of the most distinctive Anomurans are the 
robber, or coconut, crabs which live in deep burrows 
above the high water mark. These crabs rarely venture 
into the sea, apart from when they lay their eggs. They 
have overcome the problem of obtaining oxygen by 
converting their gill chambers to modified chambers 
lined with moisture, enabling them to breathe atmos- 
pheric oxygen. Closely related to the hermit crab, 
robber crabs have developed a toughened upper sur- 
face on their abdomen that means that adults have no 
need of a shell for protection. Coconut crabs—so 
called because of their habit of digging in the soft 
soils of coconut plantations—occasionally climb 
trees and sever the stems attaching young coconuts, 
on which they feed. 


Cranberry see Heath family (Ericaceae) 
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| Crane 


The crane is an invention of ancient origin that is 
used to move heavy weights in both the vertical and 
horizontal directions, to load and unload heavy 
objects, and to construct tall buildings. Cranes can 
move objects weighing up to several hundred tons, 
depending on their design capacity, and they can be 
powered by human or animal power, water power, 
steam, internal combustion engines (gasoline or die- 
sel), or electric power. 


One common forerunner of the crane was the 
shaduf, prevalent in Egypt and India around 1500 BC 
Employed by a single person for lifting water, the 
shaduf consisted of a vertical support, a long, pivoting 
beam, and a counterweight. 


The first true cranes, founded on the principles of 
levers and counterweights, used a pulley system fixed 
to a single mast or boom. Lifting power was provided 
by humans or draft animals operating a treadmill or 
large wheel. Eventually, a second mast and guy wires 
were added to increase the strength and stability of this 
early form of crane. 


One of the most significant developments in crane 
design, which probably occurred during medieval 
times with the advent of Gothic architecture, was the 
jib crane, which features a pivoting horizontal arm 
(a jib) that projects outward from the top of the 
boom. The addition of hinged movement to the out- 
ermost section of the jib allows for even further versa- 
tility and movement. 


Jib cranes are also known as derrick cranes. 
Derrick is the term originally applied to gallows struc- 
tures when Englishman Godfrey Derrick was a well- 
known hangman. Today, the derrick is a large hoisting 
machine similar in most respects to the crane, except 
for its typically stationary foundation. Oil derricks, for 
example, are specialized steel towers used for raising 
and lowering equipment for drilling oil wells. One of 
the most powerful cranes, a barge derrick, is a double- 
boomed structure capable of lifting and moving ships 
weighing up to 3,000 tons (2,700 metric tons). 


Other cranes with specialized uses include the 
cantilever crane featuring a suspended horizontal 
boom and used in shipyards; the overhead traveling 
crane, also called a bridge crane, that is guided by rails 
and a trolley-suspended pulley system and used for 
indoor work; the gantry crane is a specialized bridge 
crane that is suspended between legs and moves later- 
ally on ground rails; and the tractor-mounted crawler 
crane, which is a hydraulic-powered crane with a 
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telescoping boom. A simple example of a small-scale 
crane is the fork-lift truck. Like its much larger rela- 
tives, the fork-lift is limited not so much by the size of 
its hoisting apparatus as by the force of its rear 
counterweight. 


| Cranes 


Cranes are tall, wading birds known for their 
beauty, elaborate courtship dances, and voices that 
boom across their wetland habitat. Their family, 
Gruidae, is among the oldest on Earth. Today 15 
crane species are found throughout the world, except 
in South America and Antarctica. Two species, the 
whooping crane (Grus americana) and the sandhill 
crane (G. canadensis) are found in North America. 
Cranes belong to order Gruiformes, which also 
includes rails, coots, trumpeters, and the limpkin. 


Cranes have long legs, a long neck, and a narrow, 
tapered bill. Most of them have a featherless spot on 
the top of the head that exposes colored skin. Some 
have wattles, or flaps of flesh, growing from the chin. 
The wattled crane (Bugeranus carunculatus) of eastern 
and southern Africa has very large wattles. This bird 
looks more like a chunky stork than a typical crane. 
Although cranes do look rather like storks and herons, 
those birds have a toe that points backward, enabling 
them to grasp a tree branch while perching. Cranes 
have a backward toe, but in all except the crowned 
crane (Balearica spp.) it is raised up off the ground and 
of no use in grasping branches. Crowned cranes are 
able to perch in trees like storks. 


Most cranes migrate fairly long distances to their 
nesting sites. Their large, strong wings allow them, 
once airborne, to glide on air currents, taking some 
of the strain out of the long trip. When flying, cranes 
stretch their neck and legs straight out, making a long 
straight body-line. They can cruise at speeds of about 
45 mph (72 kph). 


Cranes are highly vocal birds. They make many 
different sounds, from a low, almost purring sound, 
apparently of contentment, to a loud, high-pitched call 
that announces to other birds one is about to take 
flight. Mating pairs of cranes will often point their 
beaks to the sky and make long, dramatic calls that 
have been called unison calls or bonding calls. Cranes 
have a long windpipe that gives volume to their calls. 


Cranes eat grains, especially liking waste corn and 
wheat found in harvested fields. They also eat 
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Whooping cranes. (© U.S. Fish & Wildlife Service.) 


invertebrates they catch in the water. Both in water 
and on land, cranes often stand on one foot, tucking 
the other under a wing. 


Dancing and mating 


Cranes are noted for their amazing dances that 
bond individual males and females together. These 
dances are elaborate and ballet-like, and are among 
the most intricate and beautiful in the animal king- 
dom. The cranes bow, leap high into the air, and twirl 
with their wings held out like a skirt. However, this 
wonderful dance is not only a courtship dance because 
once a pair has bonded, they are mated for life. Cranes 
dance at other times, too, possibly as a way of relieving 
frustration, which might otherwise erupt into aggres- 
sion. They also appear to dance for pleasure. Very 
young cranes start dancing with excitement. 


A pair of cranes construct a raised nest of dried 
grasses by water. Either parent might start incubating 
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as soon as the first egg is laid, although they usually lay 
two eggs. Crowned cranes often lay three eggs. The 
eggs hatch after about 28-31 days of incubation. Both 
parents feed the chicks and take care of them long past 
the time that they grow their adult feathers. The young 
are yellowish tan or grayish and very fuzzy. Once they 
reach adult size, their parents drive them away to 
establish lives of their own. The life spans of cranes 
vary considerably. Sandhill cranes rarely live more 
than 20 years. One Siberian crane (Grus leucogeranus) 
was known to live 82 years, but 30-40 years is more 
usual. 


While at their nesting site, most cranes go through 
a period of molting, or losing their feathers. Some of 
them have a period of up to a month during which so 
many feathers have been shed they are flightless. 


Species of cranes 


The largest crane, and the rarest Asian crane, is 
the red-crowned, or Japanese, crane (Grus japonicus). 
This bird can weigh up to 25 Ib (11.4 kg). It has vivid 
red feathers on the top of its head, but its body is 
snowy white. It appears to have a black tail, but 
actually, these feathers are the tips of its wings. 
Although formerly widespread, the red-crowned 
crane is now reduced to very small populations in 
eastern Asia (this species breeds in Russia, and winters 
in China, Japan, North Korea, and South Korea). In 
1952, this crane became Japan’s national bird. There 
are fewer than about 2,400 of these birds left in the 
wild. 


The smallest crane is the demoiselle crane 
(Anthropoides virgo) of Europe and North Africa. It 
has white ear tufts that stretch backward from its eyes 
and hang off the back of the head. Demoiselle cranes 
live on drier ground than other cranes. The blue crane 
(A. paradisea) of Africa has wingtip feathers that reach 
backward and to the ground, like a bustle. These two 
cranes do not nest by water, but in grasslands or even 
semiarid land. The blue crane is the national bird of 
South Africa. It has the surprising ability when 
excited, of puffing out its cheeks until its head looks 
frightening. 


The tallest crane is the sarus crane (G. antigone) of 
India, Cambodia, Nepal, Vietnam, and northern 
Australia. Standing 6 ft (2 m) tall, it is a gray bird 
with a head and throat of vivid red. The red color ends 
abruptly in a straight line around the white neck. This 
species is among the least social of cranes, and it 
becomes aggressive when nesting. 


A frequent resident of zoos is the crowned crane 
(Balearica pavonina) of Africa, which has a beautiful 
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puff of golden feathers coming from the back of the 
head. It has a red wattle beneath its black and white 
head, a light gray neck, dark gray back and tail, and 
white, sometimes yellowish, wings. The West African 
subspecies has a black neck instead of gray and lacks 
the red wattle. 


The rare black-necked, or Tibetan crane (Grus 
nigricollis), of the Himalayas breeds on the high pla- 
teau of Tibet. It migrates to the valleys of southwest 
China and Bhutan to spend the winter. The black- 
necked crane is a medium-sized crane with a stocky 
appearance; it has a larger body and shorter neck and 
legs than related species, perhaps as an adaptation to 
the cold climate of the Tibetan plateau. This crane has 
a black neck and head, plus a striking black trailing 
edge to its wings. A golden circle around the eye makes 
the eye look enormous against the black feathers. It is 
estimated that about 8,000 black-necked cranes sur- 
vive in the wild. 


The seriously endangered Siberian crane is as 
beautiful as it is rare, with long reddish pink legs, a 
red-orange face, and a snowy white body with black 
areas on its wings. This crane breeds only at two 
locations in Siberia and winters in China, India, and 
Iran. Only about 3,200 of these birds are left. 


Whooping crane 


The whooping crane (Grus americana) is the rarest 
crane and the tallest American bird. This crane stands 
5 ft (1.5 m) tall and has a wingspan of 7 ft (2.1 m). 
Adolescent birds have a golden-yellow neck, back, and 
beak, with golden edges to the black-tipped wings. By 
adulthood, only the wing tips are black; the rest of the 
bird is white except for the crown of the head and 
cheeks, and part of the long, pointed beak, all of 
which are red. 


The population of the whooping crane had 
declined to only 14 in 1938. The population decline 
of this species was mostly caused by hunting and 
habitat loss. In 1937, the wintering area of the whoop- 
ing crane on the Gulf coast of Texas was protected as 
Aransas National Wildlife Refuge. In the meantime, 
some of the few remaining whooping cranes had been 
taken into captivity. Each egg that was laid was care- 
fully incubated, but few of the young survived. Then, a 
nesting area was discovered in Wood Buffalo National 
Park in northwestern Canada. Whoopers generally lay 
two olive-colored eggs, but only one of them hatches. 
Canadian wildlife biologists began removing one egg 
from wild nests. Most of the eggs were hatched in an 
incubator, while others were placed into the nests of 
wild sandhill cranes, which served as foster parents. 
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KEY TERMS 


Wattle—Loose flesh, often colored red, that hangs 
from the chin of certain cranes. 


Captive-reared birds have been returned to the wild. 
This, coupled with careful protection of the wild birds, 
has allowed the numbers of whooping cranes to grad- 
ually increase. By 2004, about 200 whooping cranes 
existed in the wild with about 150 additional birds in 
captive flocks. However, the species remains peril- 
ously endangered. 


Sandhill crane 


Sandhill cranes are smaller than whooping cranes. 
They are generally light-gray in color, with a red 
crown, black legs, and white cheeks. There are large 
breeding populations in Siberia, Alaska, and northern 
Canada east of James Bay, as well as in the western 
and central United States. There are six subspecies of 
sandhill crane. Three of them—the greater, lesser, and 
Canadian sandhill cranes—are migratory birds. The 
other three—Florida, Mississippi, and Cuban—do 
not migrate. The lesser sandhill, which is the smallest 
subspecies (less than 4 ft (1.2 m) tall and weighing no 
more than 8 lb [3.6 kg]), migrates the greatest distance. 
Many birds that winter in Texas and northern Mexico 
nest in Siberia. 


The populations of sandhill cranes were greatly 
reduced by hunting and habitat loss in the 1930s and 
1940s. However, wherever protected, they have been 
making a good comeback. One population in Indiana 
increased from 35 to 14,000 over a 40-year period. In 
one of the most amazing sights in nature, perhaps 
half a million sandhill cranes land on the sandbars 
of the Platte River in Nebraska while they are 
migrating. 
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| Crayfish 


Crayfish are freshwater crustaceans of the order 
Decapoda, which includes crabs, shrimps, lobsters, 
and hermit crabs. Crayfish are nocturnally active, 
live in shallow freshwater habitats, and feed on 
aquatic plants and animals, as well as dead organic 
matter. Their natural predators include fish, otters, 
turtles, and wading birds. Crayfish are particularly 
vulnerable to predation during their periodic molts, 
when their hard exoskeleton is shed to permit body 
growth. Aggressive behavior among crayfish often 
occurs over access to resources such as habitat, food, 
or mates. Crayfish are used by humans as live fish bait, 
and are also a popular culinary delicacy. 


History and habitat 


Crayfish evolved from marine ancestors dating 
back some 280 million years. There are 604 species of 
crayfish worldwide, which are classified into three 
families: the Astacidae, the Cambridae (found only 
in the Northern Hemisphere), and the Parastacidae 
(indigenous to the Southern Hemisphere). A few spe- 
cies have adapted to tropical habitats, but most live in 
temperate regions. None occur in Africa or the Indian 
subcontinent, although one species is found in 
Madagascar. Crayfish live in freshwaters that do not 
freeze to the bottom, hiding beneath rocks, logs, sand, 
mud, and vegetation. Some species dig burrows, con- 
structing little chimneys from moist soil excavated 
from their tunnel and carried to the surface. Some 
terrestrial species spend their whole life below ground 
in burrows, emerging only to find a mate. Other spe- 
cies live both in their tunnels as well as venturing into 
open water. Many species live mostly in open water, 
retreating to their burrows during pregnancy and for 
protection from predators and cold weather. 
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A crayfish at the Fish Point State Wildlife Area, Michigan. 
(Robert J. Huffman. Field Mark Publications.) 


Appearance 


Crayfish are usually colored in earth tones of 
muted greens and browns. The body has three primary 
sections: the cephalothorax (the fused head and 
thorax), which is entirely encased by a single shell; a 
six-segmented abdomen; and a five-sectioned, fan- 
shaped tail, the telson. Five pairs of strong, jointed, 
armored legs (pereiopods) on the cephalothorax are 
used for walking and digging. The first pair of legs, 
known as the chelipeds, end in large pincers (chelae), 
which are used for defense and food gathering. Two 
pairs of small antennae (the antennae and antennules) 
are specialized chemical detectors used in foraging and 
finding a mate. The antennae project on either side of 
the tip of the rostrum, which is a beaklike projection at 
the front of the head. A third and longer pair of anten- 
nae are tactile, or touch receptors. Two compound eyes 
provide excellent vision, except in some cave dwellers 
that live in perpetual dark and are virtually blind. 
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KEY TERMS 


Antennule—Small antenna on the front section of 
the head. 


Carapace—Shell covering the cephalothorax. 


Cephalothorax—tThe head and thorax (upper part 
of the body) combined. 


Chela—Pinchers on first pair of legs used for 
defense and food gathering. 


Chelipeds—First pair of pereiopods ending with 
large pinchers. 


Mandibles—Jaws. 

Maxillipeds—Small leg-like appendages beneath 
the cephalothorax which aid in feeding. 
Pereiopods—Ten _ jointed, 
attached to the cephalothorax. 


armor-plated _ legs 


Pleopods—Small, specialized appendages below 
the abdomen which aid in swimming. 
Rostrum—Beak-like projection at the front of the 
head. 
Telson—Fan-shaped _ tail 
segments. 


composed of five 


Below the rostrum are two pairs of mandibles (the jaws) 
and three pairs of maxillipeds, which are small appen- 
dages that direct food to the mouth. The second pair of 
maxillipeds facilitates gill ventilation by swishing water 
through the banks of gills located at the base of each 
pereiopod on the sides of the carapace in the gill cham- 
bers. The strong, long, muscular abdomen has ten tiny 
appendages (the pleopods), which aid in swimming 
movements. When threatened, the crayfish propels 
itself backward quickly with strong flips of the telson, 
located at the tip of the abdomen. 


Breeding habits 


Crayfish usually mate in the fall. Females excrete 
pheromones that are detected by the antennules of 
males. The openings of the sex organs are located on 
the front end of the abdomen just below the thorax. In 
the male, the first two pairs of abdominal pleopods are 
used as organs of sperm transfer. Using his first set of 
pleopods, the male deposits sperm into a sac on the 
female’s abdomen. The female stays well hidden as 
ovulation draws near, lavishly grooming her abdomi- 
nal pleopods, which will eventually secure her eggs and 
hatchlings to her abdomen. Strenuous abdominal con- 
tractions signal the onset of egg extrusion. Cupping 
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her abdomen, the female crayfish collects her eggs as 
they are laid (they can number 400 or more), securing 
them with her pleopods, fastidiously cleaning them 
with thoracic appendages, and discarding any diseased 
eggs. 

Young crayfish hatchlings emerge from the eggs 
in the spring, and closely resemble adult crayfish in 
form (although much smaller). The hatchlings cling 
tightly to their mother’s pleopods, eventually taking 
short foraging forays and scurrying back for protec- 
tion at the slightest disturbance. During this time, the 
mother remains relatively inactive and is extremely 
aggressive in protecting her young from other, non- 
maternal crayfish, which would cannibalize the young. 
The mother and young communicate chemically via 
pheromones; however, the young cannot differentiate 
between their own mother and another maternal 
female. 


See also Crustacea; Lobsters. 
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Cream of tartar see Potassium hydrogen 
tartrate 


| Crestfish 


Crestfish, also called unicornfish, are a small fam- 
ily (Lophotidae) of deepwater, marine bony fish in the 
order Lampridiformes. These rare fish have unusual 
boxlike heads with protruding foreheads and ribbon- 
shaped silvery bodies with crimson fins. The promi- 
nent dorsal fin extends from the tip of the head to 
beyond the tail; the first rays of this fin form a crest 
above the head, giving these fish their common name. 
Crestfish also have a short anal fin, but the pelvic fin is 
absent. Crestfish have an ink sac that opens into the 
cloaca that can release a cloud of black smoke used for 
defense, similar to that used by squid. At least one 
species of crestfish (Lophotus capellei) has no scales, 
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Creutzfeldt-Jakob disease 


and another species (L. lacepede) has tiny, cycloid 
scales that are easily rubbed off. 


Some crestfish can be quite large. Specimens as 
large as 6 ft (1.8 m) long have been found off the coast 
of southern California, although smaller fish (about 
3.5 ft/1 m) are more typical. Crestfish are related to 
ribbonfish (family Trachipteridae) and oarfish (family 
Regalecidae), but are distinguished from these related 
families by having high foreheads and anal fins. 


See also Opah. 


Cretaceous-Tertiary event see K-T event 
(Cretaceous-Tertiary event) 


| Creutzfeldt-Jakob disease 


Creutzfeldt-Jakob disease is a rare encephalop- 
athy, or brain disease, that causes a swift, progressive 
dementia and neuromuscular changes. It was first 
described by German psychiatrist Alfons Maria 
Jakob (1884-1931) in 1921. He gave credit to Hans 
Gerhard Creutzfeldt (1885-1964), also a German psy- 
chiatrist, for describing the syndrome first without 
realizing he had stumbled onto a repeating set of 
symptoms that constitute a syndrome. Although it is 
now known that what Creutzfeldt described was not 
the same syndrome that Jakob had discovered, the 
disease retains its compound name. 


Creutzfeldt-Jakob disease (CJD) is the more com- 
mon of two known human spongiform encephalopa- 
thies, the other being kuru. Both encephalopathies are 
thought to be caused by prions, infectious agents made 
up of gene-lacking proteins. 


The early stages of Creutzfeldt-Jakob disease 
include symptoms similar to those of Alzheimer’s dis- 
ease. Disturbances in vision and other senses, confu- 
sion, and inappropriate behavior patterns are the 
usual early signs. During the following months, the 
person with CJD will invariably progress first to 
dementia and then into a coma. Jerking movements 
of the arms and legs are common, and convulsions are 
less common. Muscle spasms and rigidity occur in the 
late stages of the disease. Usually, the person will die in 
less than a year after diagnosis, although some will live 
for as long as two years. 


Creutzfeldt-Jakob disease occurs throughout the 
world, usually equally among men and women at 
about age 60. Rarely do young people get the disease. 
Three forms of the disease have been identified, 
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classified by virtue of transmission. About 10% of 
Creutzfeldt-Jakob patients in the United States have 
a positive family history of Creutzfeldt-Jakob disease 
(hereditary form). About 85% have no identifiable 
risk factors for the disease, and yet have developed 
Creutzfeldt-Jakob disease (sporadic form). Only 1% 
are thought to have contracted the disease through 
exposure to infective materials (acquired form). 


There are no laboratory tests to help diagnose 
Creutzfeldt-Jakob disease. Many tests performed 
when a patient is suspected of having Creutzfeldt- 
Jakob disease are done to rule out some other, poten- 
tially treatable disease. A brain scan using magnetic 
resonance imaging (MRI) will usually show the degen- 
eration of the cerebrum and enlargement of the brain 
ventricles (fluid-filled openings in the center of the 
brain) that characterize encephalopathy. A definitive 
diagnosis can be made only when a specimen (biopsy) 
of the brain tissue is stained and studied under a micro- 
scope. Biopsying the brain, however, is a highly inva- 
sive procedure and is rarely done to diagnose 
Creutzfeldt-Jakob disease, as information gained from 
the biopsy does not lead to any change in treatment. 


Other neurological measurements are less directly 
correlated to diagnosing the disease. The electroence- 
phalogram (which monitors the pattern of electric 
brain waves) may show certain repeated signs, but 
not always. The cerebrospinal fluid (which fills spaces 
in the brain and surrounds the spinal cord) may have 
an elevated level of protein when tested; this measure- 
ment is currently being investigated to determine 
whether the presence or elevation of specific proteins 
is diagnostic of this disease. The changes seen in brain 
tissue are not found in any organ outside the central 
nervous system. The etiologic agent that causes the 
disease can be found in other organs, but evidently it 
has no effect on their structure or function. 


The causative agent of Creutzfeldt-Jakob disease 
has unique characteristics. The agent can withstand 
heat, ionizing radiation, and ultraviolet light— 
immunities that documented viruses do not possess. 
Most scientists consider the agent to be a unique, non- 
viral pathogen that does not contain any DNA or 
RNA, the nucleic acids containing the reproductive 
code for any organism. Thus, a new theory emerged 
and gained widespread acceptance and the infectious 
agent is now though to be an unconventional proteina- 
ceous particle called a “prion,” (proteinaceous infec- 
tious agent). Prion proteins are thought to be proteins 
that are able to exist in two forms: a normal form, 
performing some unknown but presumably necessary 
physiological function in the host, and an abnormal, 
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infectious form, which can cause the disease. When a 
substantial amount of the normal host protein is con- 
verted to the abnormal form (by processes which are 
not understood fully to date) prion disease can ensue. 


The primary means of transmitting this disease is 
unproven. A case has been documented in which a 
patient who received a transplanted cornea from the 
eye of a person with Creutzfeldt-Jakob disease also 
developed the disease. Another person contracted the 
disease when electrodes previously used on an infected 
patient were used in an electroencephalogram. Other 
cases have been linked to the use of contaminated 
human growth hormone. Even the occurrence of the 
disease within families is the result of a mysterious 
mechanism. It is not always seen and may be the result 
of more than one family member having a genetic 
predisposition to the disease. 


There is no cure for Creutzfeldt-Jakob disease. 
Symptoms are treated to make the patients more com- 
fortable, but nothing has been found that will interfere 
with the progress of the disease or kill the causal agent. 


Researchers are interested in more clearly under- 
standing the prion infective agent, and defining its 
characteristics and the methods of transmission. 
Contaminated feed has been held responsible for a 
related disease in cattle called bovine spongiform ence- 
phalopathy, leading researchers to question whether 
Creutzfeldt-Jakob disease could also be spread 
through contaminated food products. Special precau- 
tions are required when coming in contact with highly 
infective tissues in persons with CJD, including the 
eye, spinal, and brain tissue. Disposable medical 
equipment is used whenever possible and stringent 
sterilization methods for surgical instruments are 
followed. 


Beginning in the early 1990s in the United 
Kingdom, several unusual cases of CJD in younger 
people were reported by physicians. These cases sur- 
faced in 1994 and 1995, with a disease that differed 
significantly from classical sporadic CJD and has been 
termed variant CJD (vCJD). The patients were all 
under the age of 42, with an average age of 28, as 
opposed to the typical age of 63 for classical CJD. 
The average course of the duration of vCJD was 13 
months, in contrast to the average 4-6 month duration 
for classical CJD. The electroencephalographic (EEG) 
electrical activity in the brain for vCJD was different 
from classical CJD. While the brain pathology of the 
vCJD cases was identifiable as CJD, the pattern dif- 
fered because of the presence of large aggregates of 
prion protein plaques. Scientists ascertained a likely 
connection between this new form of CJD and bovine 
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KEY TERMS 


Cerebrum—The upper, main part of the human 
brain, it is made up of the two hemispheres, and is 
the most recent brain structure to have evolved. It is 
involved in higher cognitive functions such as rea- 
soning, language, and planning. 
Encephalopathy—Any abnormality in the structure 
or function of the brain. 


Etiologic agent—The cause of a disease. An etio- 
logic agent could be a bacterium, a virus, a para- 
site, or some other factor. 


spongiform encephalopathy (BSE), a prion disease in 
cattle, which reached epidemic proportions in the 
1980s in the United Kingdom. There have now been 
over 150 cases of vCJD, most of which have occurred 
in the United Kingdom, and the numbers are still 
rising. A few cases of vCJD in humans have been 
found in France, Canada, Ireland, Italy, Hong 
Kong, and one case was observed in the United 
States in a girl who grew up in England. Because the 
incubation period between exposure to the agent and 
the onset of symptoms may be as long as 40 years, it is 
uncertain whether these vCJD cases may signal the 
beginning of a large epidemic or whether the incidence 
of vCJD will remain relatively low. Also, three instan- 
ces of vCJD have been found in recipients of blood 
transfusions (not including plasma products) where 
the donor was unknowingly infected with the CJD 
agent. With this evidence that the disease can be 
passed from human to human via blood transfusion, 
in 2003, health authorities in the United Kingdom 
required all people who have previously received 
blood transfusions to refrain from donating blood in 
the future. 


Creutzfeldt-Jakob disease remains a medical mys- 
tery, since scientists are not yet certain about its means 
of transmission, its cure, or its prevention. Much work 
is being done to collect brain and other tissues, along 
with body fluid samples from persons who die of 
vCJD, in order to advance research into the disease. 


See also Neuroscience. 
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| Crickets 


Crickets (order Orthoptera, family Grillidae) are 
found throughout the world except for the polar 
regions. More than 900 species have been described. 
Often heard, but more seldom seen, at first glance 
crickets are quite similar to grasshoppers and bush 
crickets—also known as long-horned grasshoppers 
or katydids—but may be distinguished from these 
insects by their much longer, threadlike antennae. 
Crickets can also be easily identified by long hindlegs 
used for jumping. Most species are black or brown in 
appearance, which helps to conceal them and there- 
fore reduce the risk of detection from predatory small 
mammals and birds. 


A cricket’s body is divided into three sections: the 
head, which bears the large eyes, antennae, and 
mouthparts; the thorax, which is separated into three 
segments (each of which bears one pair of segmented 
legs and efficient claws) and supports the wings; and 
the abdomen. There are typically two pairs of wings, 
of which the front pair are thicker. At rest, the wings 
are held flat over the insect’s back with the edges bent 
down along the sides of the body. Some species, how- 
ever, may just have one pair of wings, while others still 
have lost all power of flight. Among the latter are some 
of the smallest members of the Orthoptera, the ant- 
loving crickets that measure less than an inch (3-5 mm) 
and live in underground ant nests. Despite the pres- 
ence of wings on some species, no crickets are excep- 
tionally good fliers; most rely on a combination of 
short flights and jumps to move to new feeding 
patches. 


Crickets are active during the day and night, 
depending on the species; some prefer the warmth 
of full sunlight, others prefer the twilight hours of 
dusk, while quite a few species are only active at 
nighttime. Most species live in open grassland or 
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woodlands, but others such as the mole crickets (fam- 
ily Gryllotalpidae) spend much time underground, 
only emerging occasionally to fly from one site to 
another. Mole crickets are easily distinguished from 
all other insects by their broad, spadelike front legs, 
which have evolved as powerful digging tools. 
Armed with these and strong bladelike teeth, the 
mole cricket is well equipped to dig shallow tunnels 
in moist soils. 


Crickets are versatile insects and are capable of 
feeding off a wide range of organisms. Largely vege- 
tarian, they eat a great variety of young leaves, shoots, 
and stems but may also eat other insects (adults and 
larvae), as well as a range of dead or decaying matter, 
including household wastes. Like other orthopterans 
such as grasshoppers and locusts, their mouthparts are 
designed for biting and chewing. 


Sound is important to all orthopterans, and crick- 
ets have specialized hearing organs (called tympanum) 
on their front legs, by which they are able to detect 
vibrations. Living in dense forests or rugged, tall 
grasslands can pose certain problems for small insects 
when it comes to finding a suitable mate. Crickets have 
solved this problem through an elaborate system of 
singing, which advertises their presence. Only male 
crickets are able to “sing” by a process known as 
stridulation. When he is ready to perform, the male 
chooses his auditorium carefully and, with both wings 
held above the body, begins to slowly rub one against 
the other. The right forewing bears a special adapta- 
tion that has been described as a toothed rib, or file; 
when this is rubbed against the hind margin of the left 
forewing, it produces a musical sound. In order to 
avoid confusion between different species, each cricket 
has its own distinct song, which varies not only in 
duration, but also in pitch. Among the songs com- 
monly used are those used to attract females from a 
wide area around the male, while others serve as a 
courtship song once the amorous male has succeeded 
in gaining the interest of a female. 


As the courtship ritual proceeds—either within a 
short burrow or among vegetation—the male deposits 
a number of small capsules (spermatophores) contain- 
ing sperm cells. These are then collected by the female 
and used to fertilize her eggs. Female crickets lay their 
eggs singly in the ground and in plant tissues, some- 
times using their long, needlelike ovipositors, special- 
ized egg-laying organs, to make an incision in the plant 
stem. When the eggs hatch, a small nymphlike replica 
of the adult cricket emerges and immediately begins to 
feed. As the nymphs grow, they molt, casting off their 
outer skeleton perhaps as many as 10 times before they 
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finally reach adult size. Depending on when the eggs 
were laid, the young nymphs or eggs themselves may 
have to spend the winter in a dormant state under- 
ground, emerging the following spring and summer to 
develop and breed. 


Among the exceptions to this general pattern of 
reproduction is the parental nature of the mole crick- 
ets. Females may lay up to 300 eggs in an underground 
nest where, unlike most other insects, she guards them 
from potential predators and remains with the young 
nymphs for several weeks after they hatch, sometimes 
until just before they begin to disperse. As with other 
crickets, these nymphs then pass through many stages 
of growth and do not reach full adult size until the year 
after hatching. 


Although widely conceived as major crop pests, 
most crickets are thought to cause relatively little 
harm. Some species, such as the house cricket (Acheta 
domestica), which has unwittingly been transported all 
around the world by humans, are considered a pest and 
health hazard because of their liking for garbage heaps. 
In contrast, mole crickets are now being increasingly 
viewed as beneficial to many horticulturalists as they 
feed on a wide range of soil-dwelling larvae that cause 
considerable damage to crops. They, and other grass- 
land species, have, however, suffered heavily through 
changing agricultural practices, as well as the increased 
and often excessive use of pesticides and inorganic 
fertilizer which reduces the natural diversity of other 
insects (many of which are eaten by crickets) and plants 
in agricultural areas. 


David Stone 


l Crime scene investigation 


Scene processing is the term applied to the series 
of steps taken to investigate a crime scene. Although 
the methods and techniques may differ between the 
experts involved, their goals are the same: to recon- 
struct the exact circumstances of the crime through the 
identification of the sequence of events and to gather 
physical evidence that can lead to the identification of 
the perpetrators. 


Crime investigation usually begins at the place 
where the crime was committed. The area must be 
isolated and secured to prevent the destruction of 
crucial physical evidence that can lead police to link 
the perpetrators to the victim. The size of the area to be 
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isolated and secured varies with each case, and a series 
of protocols designed to secure and protect evidence 
are followed. 


The first police officer on the scene is responsible 
for preventing other non-essential police personnel 
and civilians from entering the scene and often estab- 
lishes a perimeter around the crime scene with ropes or 
tapes. If witnesses are present, they are identified and 
remain outside the perimeters of the crime scene while 
waiting for questioning by the investigation team. Ifa 
death has occurred, a coroner, a crime scene techni- 
cian, and investigators are requested to the scene to 
assist the police. 


The crime scene technician is an expert in finding 
and identifying physical evidence such as hairs, fibers, 
empty bullet capsules, bloodstained objects, and body 
fluids which may be found in carpets, on furniture, on 
walls, etc. The scene and each piece of evidence is 
carefully photographed and then properly collected 
and conditioned to avoid contamination, to be later 
analyzed at the crime laboratory. This expert also 
writes a thorough report of the scene and describes 
the evidence found. 


The investigator interviews witnesses, gathers 
information from the police on the scene, the crime 
scene technician, the coroner, pathologist, and other 
specialists that are present (such as a forensic anthro- 
pologist). The investigator is also responsible for the 
management of information given to the press, decid- 
ing what should or should not be initially disclosed to 
the public in order to not endanger the success of the 
investigation. The investigator will discuss with the 
prosecutor’s office the available evidence and other 
information to determine the legal direction of the 
investigation, since both are responsible for the entire 
investigative process and for building a case when 
prosecuting persons charged with the crime. 


The coroner or medical examiner on the scene 
instructs the pathologist as to what physical evidence 
should be collected from the corpse and determines 
how the victim was killed and what caused the death. 
The coroner or medical examiner is also the liaison 
person between the crime scene technician, the pathol- 
ogist, and the investigators, providing useful informa- 
tion that can either identify the murderer or yield 
important leads. The pathologist collects physical evi- 
dence from the body, such as chemical or metallic 
residues, body fluids, hairs, or skin residues under 
the nails. DNA content from such organic samples 
may be compared against CODIS (the Combined 
DNA Index System) to verify whether it belongs to a 
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Crime scene investigation 


Indonesian terror suspects brought back to a police reconstruction at a cafe in Palopo, South Sulawesi, the scene of a deadly 
terrorist bombing, of which the suspects were allegedly key operators. (Maman Guyana/AFP/Getty Images.) 


known criminal, or it can be compared to other sam- 
ples collected from specific suspects. 


For investigative purposes, the area of a crime scene 
is always larger than the actual site or room where the 
crime occurred. Therefore, the first officer on the scene 
must be trained to identify and isolate the primary and 
secondary areas of the scene. If a body was found 
indoors, for example, the crime scene primary area is 
the room where it was found. The secondary crime scene 
perimeter is the remainder of the house or building, 
along with all the doors, windows, and corridors that 
give access to the primary area, including front and back 
yards. The secondary areas may contain important evi- 
dence of a fight, footwear prints, fingerprints, broken 
windows or doors, tire prints, or bloodstains. 


In cases when a highly probable suspect is known, 
the suspect’s house or car may also be treated as a 
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secondary crime scene area, even when it is not located 
in the proximity of where the crime was committed. 
All physical evidence identified in both areas may help 
in the reconstruction of the chain of events of the 
criminal act. 


The services of a forensic anthropologist are 
requested when highly decomposed or charred 
human remains are found, when difficulty in gathering 
physical evidence is experienced, or when the identifi- 
cation of the victim or the cause of death is not appa- 
rent. A series of physical changes and interactions with 
soil bacteria, insects, and animals takes place when 
humans are buried, especially in mass graves. In 
these cases, the anthropological analysis of hair, 
bones and soft tissues (if available) may reveal race, 
gender, stature, approximate age at the time of death 
and, often, the cause of death. The conduction of 
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Crime scene tape marks an area in which police crime scene investigators look for clues and evidence of the burial site of a 


murder victim. (© Ashley Cooper/Corbis.) 


evidence gathering in these cases is a different proce- 
dure, usually not familiar to most crime scene tech- 
nicians, and involves archeological techniques, soil 
analysis, identification of buried debris, recognition 
of buried marks of hands or footwear, and animal 
evidence. 


Forensic anthropologists are often consulted for 
“cold case” investigations when human remains are 
unexpectedly found. These scenes should also begin 
with securing of the scene by the police, in case a 
determination is later made that a crime was commit- 
ted. At least 10 yards around the spot where the 
remains are (or are believed to be buried) should be 
isolated. The anthropological gathering of evidence 
will take at least a full day, and when the remains are 
buried, two days. Only after this phase is completed 
can the remains be removed from the site. Forensic 
anthropology techniques may supply not only relevant 
physical evidence but also contextual information 
about the circumstances of the death, through the 
three-dimensional mapping and analysis of the scene, 
the location and interrelationship of physical evidence 
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scattered around the remains, depth of the grave or 
pit, and geological characteristics of the soil. 


See also Crime scene reconstruction; Forensic 
science. 


Sandra Galeotti 


| Crime scene reconstruction 


The process of working out the sequence of events 
before, during, and after a crime is known as crime 
scene reconstruction. It is perhaps one of the aspects of 
forensic science that fascinates the public most, featur- 
ing in most police dramas. Reconstruction requires 
not just a scientific approach but also logic, experi- 
ence, and open-mindedness on the part of the inves- 
tigating team who must be prepared to set aside any 
hypothesis that does not fit with the actual evidence 
presented to them. 
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Crime scene reconstruction 


Reconstruction starts when the investigator takes 
a first walk through the scene where the crime took 
place. Even at this stage, it may be possible to con- 
struct a rough hypothesis of what may have happened 
and how. A hypothesis is a set of ideas or a general 
picture of what may have happened. It does not 
become a theory until it fits all the available evidence 
and supporting information. 


While the investigator is forming a first impres- 
sion, others are recording the scene and gathering 
evidence. Crime scenes vary enormously, from a 
petty theft or break-in to violent crime that may 
involve fire or explosions. The principles of investiga- 
tion remain the same, although the investment of time 
and energy into it will vary with the seriousness of the 
crime. The investigator will want to establish who was 
involved—that is, what are the identities of the victim, 
perpetrator, and witnesses. They also need to know 
where, when, how, and why the crime took place. 


The crime scene is first documented through note- 
taking, video, photography, and sketching. The inves- 
tigating team will then search for, record, collect, and 
take away various kinds of evidence such as tool 
marks, hair, bloodstains, fibers, and footprints. 
According to Locard’s Exchange Principle, every con- 
tact leaves a trace. That is, those involved in the crime 
always leave something behind or take something with 
them. Think of putting your hand on a patch of wet 
paint. The handprint may be clearly visible. You will 
also have paint stains on your hand. Evidence of this 
kind in a crime situation is known as trace evidence and 
consists of tiny amounts of substances like fibers, paint, 
mud, soil, or blood. Often is it only visible through a 
microscope and needs specialist laboratory investiga- 
tion to assess its significance to the investigation. 


To render trace and other types of evidence valid 
and admissible to the court, it is essential to have strict 
control of how the site is investigated to avoid undue 
interference or contamination. That is why access to 
the crime scene has to be limited and those involved 
will always proceed from the police cordon to the site 
of the crime itself down a common approach path, 
which will be set so as to allow minimal interference 
with any evidence. 


Everyone who handles a piece of evidence is 
recorded and hands it on the next in line so that a 
tight chain of custody—from the scene to the labora- 
tory and, eventually, the court room—is created. There 
are special ways of transporting evidence to protect it. 
Dry trace evidence, such as hairs and fibers, might be 
placed in druggists’ folds, which are small, folded 
papers. Wet evidence, including bloody clothing, has 
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to be allowed to air dry because moisture can attract 
molds that might decay the specimen, rendering it use- 
less. After being placed inside an appropriate primary 
container, pieces of evidence are then placed inside a 
larger container, completely sealed with tamper-proof 
tape and carefully labeled. Each item is packed sepa- 
rately to prevent cross-contamination, which could 
otherwise destroy the credibility of the evidence. In 
the case of tool marks on points of entry, it may even 
be necessary to remove a whole door or window rather 
than attempt to excise the mark, which may damage it. 
Once in the forensic laboratory all the pieces of evi- 
dence are then analyzed and interpreted. 


Bloodstain patterns are a vital aid to the recon- 
struction of a violent crime. When blood drips from 
wounds, weapons, or other objects, a splash or spatter 
pattern is created. The shape of the splash can show 
whether the source of the blood was moving and, if so, 
in which direction. Should the victim or perpetrator 
attempt to run away, the trail of blood will tell the 
investigator more details about the escape attempt 
because the shape of the blood drops will help reveal 
it. When someone is shot or hit with a blunt object, 
blood is projected from the wound and hits surround- 
ing surfaces and objects. The resulting pattern can be 
analyzed to show how the weapon impacted the victim. 
There may be a break in the pattern; no blood where it 
would be expected on, for instance, a wall. This may 
suggest where the attacker was standing and whether 
the victim was struck or shot from the front or behind. 


Blood is messy. During an attack it is also trans- 
ferred to clothes, shoes, and hands and may leave 
behind bloody prints. Blood-soaked fabric makes 
marks with a characteristic weave pattern upon 
objects it comes into contact with, like a getaway car. 


Some forensic tools are particularly important in 
crime scene reconstruction. Fluorescent light sources 
will glow when they are exposed to ultraviolet light. An 
important example is luminol, a chemical that reacts 
with hemoglobin, the red pigment in blood. Luminol 
detects blood at a concentration as low as one part in 
five to ten million or even lower. It is extremely val- 
uable in revealing blood that the perpetrator believes 
he or she has cleaned away, such as bloodstains in a car 
used to remove the victim’s body. However, luminol 
cannot detect bloodstains that have been wiped away 
with bleach. In such cases, fluorescein can be used as an 
alternative. In other words, fluorescent chemicals and 
light can be used to detect invisible trace evidence, 
giving a truer picture of the crime scene. 


Footprints are a particularly rich source of evi- 
dence in a reconstruction because they can link a 
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suspect to the crime scene. Even if a suspect says they 
were not there, their footprints, if matched, can tell a 
different story. Footprints have proved to be espe- 
cially important in cases of homicide, assault, robbery, 
or rape. When someone is at the scene of the crime, 
their soles come into contact with surfaces and leave 
an imprint, visible or not, which can be detected, 
examined, and assessed. Some prints, such as those 
made in the blood of a victim, are particularly 
obvious. If the print is in contact with a soft surface 
such as sand, soil, or snow, it will leave a three dimen- 
sional print. Should the contact be with a hard surface, 
the print is two-dimensional. Either the surface itself is 
removed and taken to the laboratory, or specialized 
photographs are made. The footprint can be linked to 
a particular kind of shoe by comparison with a foot- 
wear database. Individuals also wear down their shoes 
in a certain way, depending upon their gait. Other 
features such as scuff marks can also be identified 
within the prints. Unless a suspect has had the fore- 
sight to destroy their footwear, examination of their 
shoes and comparison with footprints found at the 
scene can link them with the crime. 


The investigators often carry out their own experi- 
ments to test the hypothesis. For instance, in establish- 
ing the relative location of victim and perpetrator in a 
shooting incident, it is important to know the distance 
between the gun and the point of impact. Was the 
victim shot from in front or behind? Was the suspect 
shooting at point blank range or from a distance? 
Simulation experiments to solve this question would 
involve shooting an identical weapon from different 
distances at a laboratory target. The resulting damage 
from the bullet could then be compared to that found 
at the actual scene of the crime. 


The investigators must then relate all the evidence 
they have collected and analyzed with other informa- 
tion, such as autopsy reports and witness statements, 
continually refining or even rejecting their original 
hypothesis. The autopsy may show, for example, the 
time of death and whether the body has been moved. A 
witness statement may not be consistent with the 
evidence, which may provide a basis for further inter- 
rogation with questions directed by the interpretation 
of the evidence. This process will generate new infor- 
mation to be fitted into the hypothesis. 


New information may continue to come in and 
must be examined to see if it is consistent with the 
hypothesis. A murder weapon or even a body may be 
found during the investigation. Maybe a witness will 
change or add to their statement. The final reconstruc- 
tion is the investigator’s presentation of the sequence 


GALE ENCYCLOPEDIA OF SCIENCE 4 


of events before, during, and after the crime. It gives 
the location and position of everyone involved. More 
important, it tells how and why the crime occurred. 
The investigators can expect to be challenged in court, 
of course. While investigators can never be sure of 
what actually happened at the scene of the crime, if 
they have used scientific principles and their experi- 
ence in the reconstruction they can play a valuable role 
in explaining the crime and seeing that justice is done. 


See also Crime scene investigation; Forensic 
science. 


Susan Aldridge 


| Critical habitat 


All species have particular requirements for their 
ecological habitat. These specific needs are known as 
critical habitat, and they must be satisfied if the species 
is to survive. Critical habitat can involve specific types 
of food, a habitat required for breeding (as is the case 
of species that nest in tree cavities), or some other 
crucial environmental requirement. 


Some critical habitat features are obvious, and they 
affect many species. For example, although some spe- 
cies that live in desert regions are remarkably tolerant 
of drought, most have a need for regular access to 
water. As a result, the few moist habitats that occur in 
desert landscapes sustain a relatively great richness of 
species, all of which are dependent on this critical hab- 
itat feature. Such moist habitats in the desert are called 
oases, and in contrast to more typical, drier landscapes, 
they are renowned for the numbers of species that can 
be supported at relatively large population densities. 


Salt licks are another critical habitat feature for 
many large species of mammalian herbivores. 
Herbivores consume large quantities of plant biomass, 
but this food source is generally lacking in sodium, 
resulting in a significant nutritional deficiency and 
intense craving for salt. Salt licks are mineral-rich 
places to which large herbivores may gravitate 
from a very wide area, sometimes undertaking long- 
distance movements of hundreds of miles to satisfy 
their need for sodium. Because of their importance in 
alleviating the scarcity of minerals, salt licks represent 
a critical habitat feature for these animals. 


Many species of shorebirds, such as sandpipers 
and plovers, migrate over very long distances between 
their wintering and breeding habitats. Many species 
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Critical habitat 


native to the Americas, for example, breed in the arctic 
tundra of North America but winter in South 
America, some as far south as Patagonia. For some 
of these species, there are a few places along their 
lengthy migration routes that provide critical staging 
habitats where the animals stop for a short time to feed 
voraciously. These critical habitats allow the animals 
to refuel after an arduous, energetically demanding 
part of their migration and to prepare for the next, 
similarly formidable stage. 


For example, parts of Chesapeake Bay and the 
Bay of Fundy are famous critical habitats for migrat- 
ing shorebirds on the east coast of North America. 
Chesapeake Bay is most important for birds migrating 
north to their breeding grounds, because at that time 
horseshoe crabs (Limulus polyphemus) spawn in the 
bay, and there is an enormous, predictable abundance 
of their nutritious eggs available for the shorebirds to 
eat. The Bay of Fundy is most important during the 
postbreeding southern migration, because at that time 
its tidal mudflats support a great abundance of small 
crustaceans that can be eaten by these birds, which can 
occur there in flocks of hundreds of thousands of 
individuals. There are additional places on the east 
coast of North America that provide important stag- 
ing habitat for these birds during their migrations, but 
none support such large populations as Chesapeake 
Bay and the Bay of Fundy. Therefore, these represent 
critical habitats that must be preserved if the shore- 
birds are to be sustained in large populations. 


Another critical habitat feature for many species 
that live in forests is large-dimension dead wood, either 
lying on the ground as logs or as standing snags. Many 
species of birds, mammals, and plants rely on dead wood 
as a critical habitat feature that may provide cavities for 
nesting or resting, a feeding substrate, places from which 
to sing or survey the surroundings for food and enemies, 
or in the case of some plants, suitable places for seedlings 
to establish. Woodpeckers, for example, have an abso- 
lute need for snags or living trees with heart-rotted inte- 
riors in which they excavate cavities that they use for 
breeding or roosting. Many other animals are secondary 
users of woodpecker cavities. 


Sometimes, different species develop highly 
specific relationships to the degree that they cannot 
survive without their obligate partners, which 
therefore represent critical, biological components 
of their habitat. For example, the dodo (Raphus cuculla- 
tus) was a flightless, turkey-sized bird that used to live on 
the island of Mauritius in the Indian Ocean. The dodo 
became extinct by overhunting and introduced predators 
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soon after its island was discovered by Europeans. 
However, this bird lived in an intimate relationship with 
a species of tree, the tambalacoque (Calvaria major) that, 
like the dodo, only occurs on Mauritius. The large, tough 
fruits of this tree were apparently an important food 
source for dodos. The dodos found these fruits on the 
forest floor, ingested them whole, ground up the outer, 
fleshy coat in their muscular gizzards, and digested and 
absorbed the nutrients in their alimentary tract. However, 
the hard, inner seeds were not digested and were defecated 
by the dodos, prepared for germination in a process that 
botanists call scarification. Dodos were the only animals 
on Mauritius that could perform this function. Since 
the dodo became extinct in the early 1600s, no seeds of 
tambalacoque were able to germinate since then, 
although some mature trees managed to persist. In the 
1980s, the need of tambalacoque for this sort of scarifica- 
tion was discovered, and seeds can now be germinated 
after they have been eaten and scarified by passage 
through a domestic turkey. Seedlings of this species are 
now being planted in order to preserve this unique species 
of tree. 


Because so many species and natural ecosystems 
are now endangered by human influences, it is very 
important that critical habitat needs be identified and 
understood. This knowledge will be essential to 
the successful preservation of those many endangered 
species that now must depend on the goodwill of 
humans for their survival. An important aspect of 
the strategy to preserve those species will be the 
active management and preservation of their critical 
habitat. 


See also Symbiosis. 
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Critical mass see Nuclear fission 
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| Crocodiles 


The crocodile order (Crocodylia) consists of several 
families of large, unmistakable, amphibious reptiles: the 
crocodiles (Crocodylidae), gavials (Gavialidae), and the 
alligators and caimans (Alligatoridae). Although these 
animals look superficially like lizards, they are different 
in many important respects, and are believed by biolo- 
gists to be the most highly evolved of the living reptiles. 


Crocodilians are amphibious animals, spending 
most of their time in water but emerging onto land to 
bask in the sun and lay their eggs. Their usual habitat 
is in warm tropical or subtropical waters. Most species 
occur in freshwater, with only the saltwater crocodile 
being partial to marine habitats. Fish are the typical 
food of most adult crocodilians, but the biggest species 
will also eat large mammals, including humans. 
Younger crocodilians eat invertebrates and small fish. 


Crocodilians are economically important for their 
thick, attractive hide, which can be used to make fine 
leather for expensive consumer goods, such as shoes, 
handbags, and other luxury items. Wild crocodilians are 
hunted for their hide wherever they occur, and in some 
areas they are also raised on ranches for this purpose. 
Crocodilian meat is also eaten, often as a gourmet food. 


Most populations of wild crocodilians have been 
greatly reduced in size because of overhunting and 
habitat loss, and many species are endangered. 


Biology of crocodilians 


Among the more distinctive characteristics of the 
crocodilians are their almost completely four-chambered 
heart, teeth that are set into sockets in the jaw, a palate 
that separates the mouth from the nasal chambers, and 
spongy lungs. These animals also have a protective cover- 
ing of partially calcified, horny plates on their back. The 
plates are not connected with each other, and are set into 
the thick, scaly skin, allowing great freedom of move- 
ment. Crocodilians have a heavy body with squat legs 
and a large, strong, scale-ridged tail. 


Sinusoidal motions of the powerful tail are used to 
propel the animal while swimming. The tail is also a 
formidable weapon, used to subdue prey and also for 
defense. Although they appear to be ungainly and 
often spend most of their time lying about, crocodi- 
lians can actually move quite quickly. Some crocodi- 
lians can even lift their body fully above the ground, 
and run quickly using all four legs; a human cannot 
outrun a crocodile over a short distance on open land. 


Crocodilians have numerous adaptations for liv- 
ing in water. They have webbed feet for swimming 
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An American crocodile (Crocodylus acutus). (Tom & Pat 
Leeson. The National Audubon Society Collection/Photo 
Researchers, Inc.) 


slowly and their nostrils, eyes, and ears are set high 
on the head so they can be exposed even while most of 
the body and head are below the surface. When a 
crocodilian is totally submerged, its eye is covered by 
a semi-transparent nictitating membrane, and flaps of 
skin seal its nostrils and ears against water inflow. 
Crocodilians often float motionless in the water, com- 
monly with the body fully submerged and only the 
nostrils and eyes exposed. To accomplish this behav- 
ior, crocodilians regulate their body density by varying 
the amount of air held in the lungs. Also, the stomach 
of most adult crocodiles contains stones, to as much as 
1% of the animal’s total body weight. The stones are 
thought to be used as buoyancy-regulating ballast. 


Crocodilians are poikilothermic, meaning they do 
not regulate their body temperature by producing and 
conserving metabolic heat. However, these animals 
are effective at warming themselves by basking in the 
sun, and they spend a great deal of time engaged in this 
activity. Crocodilians commonly bask through much 
of the day, often with their mouths held open to pro- 
vide some cooling by the evaporation of water. Only 
when the day is hottest will these animals re-enter the 
water to cool down. Most species of crocodilians are 
nocturnal predators, although they will also hunt dur- 
ing the day if prey is available. 


Stories exist of birds entering the open mouths of 
crocodiles to glean leeches and other parasites. This 
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The endangered false gavial (Tomistoma schlegelii.). (The 
National Audubon Society Collection/Photo Researchers, Inc.) 


phenomenon has not been observed by scientists, 
although it is well known that crocodiles will tolerate 
certain species of birds picking external parasites from 
their skin, but not necessarily inside of their mouth. 


Male crocodilians are territorial during the breed- 
ing season, and chase other males away from places 
that have good nesting, basking, and feeding habitat. 
The male animals proclaim their territory by roar- 
ing loudly, and sometimes by snapping their jaws 
together. Intruders are aggressively chased away, but 
evenly matched animals may engage in vicious fights. 
Territory-holding males do not actively assemble 
females into a harem. Rather, they focus on chasing 
other males away from a territory. Females will enter 
the defended territory if they consider it to be of high 
quality. 


All crocodilians are predators, and they have 
large, strong jaws with numerous sharp teeth for grip- 
ping their prey. Crocodiles do not have cutting teeth. 
If they capture prey that is larger than they can eat ina 
single gulp, it is dismembered by gripping strongly 
with the teeth and rolling their body to tear the 
carcass. Some crocodiles will opportunistically coop- 
erate to subdue a large mammal, and then to tear it 
into bits small enough to be swallowed. However, 
extremely large animals with tough skin, such as a 
dead hippopotamus, will be left to rot for some time 
until the carcass softens and can be torn apart by the 
crocodiles. 
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Allcrocodilians are oviparous, laying hard, white- 
shelled eggs. The nest may be a pit dug into a beach 
above high water, or it may be made of heaps of 
aquatic vegetation, which help to incubate the eggs 
through heat produced during decomposition. Often, 
a number of females will nest close to each other, but 
each builds a separate nest. The nesting grounds are 
used by the same females, year after year. In many 
species the female carefully guards and tends her nest. 
Fairly open, sandy beaches are generally preferred as 
sites upon which to build the nest or nest mound. 


Typically, 20-40 eggs are laid at a time, but this 
varies with species and the size of the female. 
Incubation time varies with species and temperature, 
but ranges, in the case of the Nile crocodile, from 11 to 
14 weeks. Predators as diverse as monitor lizards, 
mongooses, dogs, raccoons, and even ants seek out 
crocodile nests to eat the eggs and newly hatched 
young. 


An infant crocodilian has a small, so-called “egg 
tooth” at the end of its snout, which helps it to break 
out of the shell when ready to hatch. All of the baby 
crocodilians hatch within a short time of each other, 
synchronized in part by the faint peeping noises they 
make during the later stages of incubation. In some 
crocodilians, the mother assists her babies in hatching, 
by gently taking eggs into her mouth and cracking 
them with her teeth. The mother also may guard her 
offspring for some time after hatching, often allowing 
them to climb onto her body and head. Female croc- 
odiles are very aggressive against intruders while their 
eggs are hatching and newborn babies are nearby, 
and under these circumstances they will even emerge 
from the water to chase potential predators away. 
Nevertheless, young crocodilians are vulnerable to 
being eaten by many predators, and this is a high- 
risk stage of the life cycle. 


Potentially, crocodilians are quite long-lived ani- 
mals. Individuals in zoos have lived for more than 
50 years, and the potential longevity of some species 
may be as great as a century. 


Species of crocodilians 


The gavial or gharial (family Gavialidae) is a sin- 
gle species, Gavialus gangeticus, which lives in a num- 
ber of sluggish, tropical rivers in India, Nepal, 
Bangladesh, and Indochina. Gavials have a long, slen- 
der snout, and are almost exclusively fish eaters, catch- 
ing their prey with sideways sweeps of the open- 
mouthed head. Gavials can attain a length of about 
20 ft (6 m). They are considered holy in the Hindu 
religion, and this has afforded these animals a measure 
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of protection in India. Unfortunately, this is not suffi- 
ciently the case anymore, and gavials have become 
endangered as a result of overhunting for their hide. 


The true crocodiles (family Crocodylidae) include 
about 14 species that live in tropical waters. Crocodiles 
are large, stout animals, with a much heavier snout 
than that of the gavial. The main food of crocodiles is 
fish, but some species can catch and subdue large 
mammals that venture close to their aquatic habitat, 
or attempt to cross rivers in which the crocodiles are 
living. Perhaps the most famous species is the Nile 
crocodile (Crocodylus niloticus) of Africa, which can 
grow to a length of 23 ft (7 m). This crocodile can be a 
predator of unwary humans, although its reputation 
in this respect far exceeds the actual risks, except in 
certain places. This species used to be very abundant 
and widespread in Africa, but unregulated hunting, 
and to a lesser degree habitat loss, have greatly 
reduced its population. 


The most dangerous crocodilian to humans and 
the largest crocodilian is the estuarine or saltwater 
crocodile (Crocodylus porosus), which lives in salt 
and brackish waters from northern Australia and 
New Guinea, through most of Southeast Asia, to 
southern India. This species can achieve a length of 
more than 23 ft (7 m). Individuals of this crocodile 
species sometimes occur well out to sea. 


Other species are the mugger crocodile (Crocodylus 
palustris) of India, Bangladesh, and Ceylon; the 
Australian crocodile (C. johnsoni) of northern Australia; 
and the New Guinea crocodile (C. novaeguineae) of New 
Guinea and parts of the Philippines. 


The American crocodile (Crocodylus acutus) is a 
rare and endangered species of brackish estuaries in 
southern Florida, occurring more widely in central 
and northwestern South America and the Caribbean. 
This species can achieve a length of 20 ft (6 m). The 
Orinoco crocodile (C. intermedius) occurs in the 
Orinoco and Amazon Rivers of South America. 


The false gavial (Tomistoma schlegelii) is a slender- 
snouted species of Southeast Asia. 


The alligators and caimans (family Alligatoridae) 
are eight species that occur in freshwater, with a 
broader head and more rounded snout than croco- 
diles. The American alligator (Alligator mississipien- 
sis) can achieve a length of 13 ft (4m), and occurs in 
the southeastern United States as far north as South 
Carolina and Alabama. This species was endangered 
by unregulated hunting for its hide. However, strict 
conservation measures have allowed for a substantial 
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recovery of the species, and it is now the subject of a 
regulated hunt. 


The Chinese alligator (Alligator sinensis) occurs in 
the lower reaches of the Yangtze and Kiang rivers in 
southern China, and it is the only member of its family 
to occur outside of the Americas. The Chinese alliga- 
tor can grow as long as 6.5 ft (2 m). 


Caimans are animals of freshwater habitat in 
South and Central America. The black caiman 
(Melanosuchus niger) can achieve a length of 16 ft 
(5 m). The spectacled or common caiman (Caiman 
crocodilus) and the broad-nosed caiman (C. /atisrost- 
ris) of eastern Brazil can both grow somewhat longer 
than 6.5 ft (2 m). The dwarf caiman (Paleosuchus 
palpebrosus) and the smooth-fronted caiman (P. trig- 
onatus) live in more swiftly flowing streams and rivers 
and are relatively small species that do not exceed 
about 5 ft (1.5 m) in length. The Yacaré (Caiman 
yacare) has the southernmost distribution of any cai- 
man and is found in Brazil, Argentina, Bolivia, and 
Paraguay. This species reaches lengths of (2.5—3 m) 
and eats a variety of aquatic animals, especially snails 
and fish. 


Crocodilians and people 


The larger species of crocodilians are fierce pred- 
ators. In particular, crocodiles have posed a long- 
standing risk to domestic livestock that try to drink 
from their aquatic habitat as well as to unwary 
humans. For this reason, crocodiles are commonly 
regarded as dangerous pests, and they are sometimes 
killed to reduce the risks associated with their 
presence. 


Because some species of crocodilians are danger- 
ous, they are greatly feared in many places. This fear is 
justified in some cases, at least in places where large 
human-eaters are abundant. In some cultures, the 
deep fear and revulsion that people have for danger- 
ous crocodilians has transformed into an attitude of 
reverence. For example, a pool near Karachi, 
Pakistan, contains a number of large mugger croco- 
diles, which are venerated as priest-like entities and 
worshipped by pilgrims. In other places, human sacri- 
fices have been made to crocodiles to pacify animist 
spirits. 


The skins of crocodilians can be used to make a 
very tough and beautiful leather. This valuable prod- 
uct is widely sought for use in making expensive shoes, 
handbags, wallets, belts, suitcases, and other items. 
Crocodilians are readily hunted at night, when they 
can be found using searchlights that reflect brightly off 
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KEY TERMS 


Endangered—Refers to species or populations of 
organisms that are so small that there is a likelihood 
of imminent local extirpation, or even global 
extinction over its entire range. 


Extirpated—The condition in which a species is 
eliminated from a specific geographic area of its 
habitat. 


Nictitating membrane—An inner eyelid. 


Overhunting—Hunting of an animal at a rate that 
exceeds its productivity, so that the population size 
decreases, often to the point of endangerment. 


Oviparous—This refers to an animal that lays eggs, 
from which the young hatch after a period of 
incubation. 


Poikilotherm—Refers to animals that have no phys- 
iological mechanism for the regulation of their 
internal body temperature. These animals are also 
known, less accurately, as “cold-blooded.” In 
many cases, these animals bask in the sun or 
engage in other behaviors to regulate their body 
temperature. 


their eyes. In almost all parts of the range of crocodi- 
lians, they have been hunted to endangerment or extir- 
pation. Most species in the crocodile family are 
endangered to some degree. 


In a few places, however, strict conservation regu- 
lations have allowed the populations of crocodilians to 
increase from historically depleted lows. This has been 
particularly true of the American alligator, which was 
considered to be an endangered species only a 
few decades ago, but has now recovered sufficiently to 
allow for a carefully regulated sport and market hunt. 


Some species of crocodilians are also ranched, 
usually by capturing young animals in the wild and 
feeding them in confinement until they reach a large 
enough size to slaughter for their hide. The meat of 
crocodilians is also a saleable product, but it is secon- 
dary in importance to the hide. 


Crocodilians are sometimes used to entertain peo- 
ple, and some species are kept as pets. The Romans, for 
example, sometimes displayed Nile crocodiles in their 
circuses. To amuse the masses of assembled people, the 
crocodiles would be killed by humans, or alternatively, 
humans would be killed by the crocodiles. 


In more modern times, alligator wrestling has 
been popular in some places, for example, in parts of 
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Florida. The key to successful alligator wrestling is to 
hold the jaws of the animal shut, which can be accom- 
plished using only the hands (but watch out for the 
lashing tail!). Crocodilians have very powerful muscles 
for closing their jaws, but the muscles to open their 
mouth are quite weak. 
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f Crop rotation 


Crop rotation is a method of maintaining soil 
fertility and structure by planting a particular parcel 
of agricultural land with alternating plant species. 
Most crop rotation schedules require that a field con- 
tain a different crop each year, and some schemes 
incorporate times when the field remains uncultivated, 
or lies fallow. Farmers rotate crops to control erosion, 
promote soil fertility, contain plant diseases, prevent 
insect infestations, and discourage weeds. Crop rota- 
tion has been an important agricultural tool for thou- 
sands of years. Modern organic farmers depend on 
crop rotation to maintain soil fertility and to fight 
pests and weeds, functions that conventional farmers 
carry out with chemical fertilizers and pesticides. Crop 
rotation can also prevent or correct some of the prob- 
lems associated with monocultures (single crop farms), 
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Adjacent fields of rice and wheat, Sacramento Valley, California. (JLM Visuals.) 


including persistent weeds, insect infestations, and 
decreased resistance to plant diseases. 


For over 2,000 years, since the Romans spread 
their farming practices throughout the Roman 
Empire, European farmers followed a Roman crop- 
ping system called “food, feed, and fallow.” Farmers 
divided their land into three sections, and each year 
planted a food grain such as wheat on one section, 
barley or oats as feed for livestock on another, and let 
the third plot lie fallow. On this schedule, each section 
lay fallow and recovered some of its nutrients and 
organic matter every third year before it was again 
sown with wheat. Farmers following the “food, feed, 
and fallow” system typically only harvested six to ten 
times as much seed as they had sown, and saved a sixth 
to a tenth of their harvest to sow the following year. 
Low yields left little grain for storage; crops failed and 
people often starved during years of flood, drought, or 
pest infestation. 


The size of agricultural allotments in Europe 
gradually increased beginning in the fifteenth century, 
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allowing farmers more space to experiment with dif- 
ferent crop rotation schedules. By 1800, many 
European farmers had adopted a four-year rotation 
cycle developed in Holland and introduced in Great 
Britain by Viscount Charles (Turnip) Townshend in 
the mid-1700s. The four-field system rotated wheat, 
barley, a root crop like turnips, and a nitrogen-fixing 
crop like clover. Livestock grazed directly on the clo- 
ver, and consumed the root crop in the field. In the 
new system, fields were always planted with either 
food or feed, increasing both grain yields and livestock 
productivity. Furthermore, adding a nitrogen-fixing 
crop and allowing manure to accumulate directly on 
the fields improved soil fertility; eliminating a fallow 
period insured that the land was protected from soil 
erosion by stabilizing vegetation throughout the cycle. 
In the United States, crop rotation was developed in 
large part because of the research and educational 
efforts of American botanist George Washington 
Carver (1864-1943). 


Subsistence farmers in tropical South America 
and Africa followed a less orderly crop rotation sys- 
tem called ‘slash and burn’ agriculture. Slash and burn 
rotation involves cutting and burning nutrient-rich 
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tropical vegetation in place to enhance a plot of 
nutrient-poor tropical soil, then planting crops on 
the plot for several years, and moving on to a new 
plot. Slash and burn agriculture is a successful strategy 
as long as the agricultural plots remain small in rela- 
tion to the surrounding rainforest, and the plot has 
many years to recover before being cultivated again. 
Large-scale slash and burn agriculture results in per- 
manent destruction of rainforest ecosystems, and in 
complete loss of agricultural productivity on the 
deforested land. 


Crop rotation fell out of favor in developed 
nations in the 1950s, when farmers found they could 
maintain high-yield monoculture crops by applying 
newly developed chemical fertilizers, pesticides, and 
weed killers to their fields. Large-scale commercial 
agriculture that requires prescribed chemical treat- 
ments has become the norm in most developed 
nations, including the United States. However, sub- 
stantial concerns about the effect of agricultural chem- 
icals on human health, and damage to soil structure 
and fertility by monoculture crops, have led many 
farmers to return to more natural practices like crop 
rotation in recent decades. So-called conventional 
farmers use crop rotation in concert with chemical 
treatments. Organic farmers, who cannot by definition 
use chemical treatments, rely entirely upon methods 
like crop rotation to maintain soil health and profit- 
able crop yields. 


Current crop rotation practices 


Because climate, soil type, extent of erosion, and 
suitable cash crops vary around the globe, rotation 
schemes vary as well. The principles of crop rotation, 
however, are universal: to maintain soil health, combat 
pests and weeds, and slow erosion farmers should alter- 
nate crops with different characteristics—sod-base crops 
with row crops, weed-suppressing crops with those that 
do not suppress weeds, crops susceptible to specific 
insects with those that are not, and soil-enhancing 
crops with those that do not enhance soils. 


Farmers use cover crops to stabilize soils during the 
off-season when a cash crop has been harvested. Cover 
crops are typically grown during dry or cold seasons 
when erosion and nutrient depletion threaten exposed 
soil. Slow-starting legume crops like sweet clover, red 
clover, crimson clover, and vetch can be planted during 
the cash crop’s growing season. These nitrogen-fixing 
legumes also restore nitrogen to depleted soils during the 
off-season, which will benefit the next cash crop. 
Farmers typically plant fast-growing crops like rye, 
oats, ryegrass, and Austrian winter peas after harvesting 
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KEY TERMS 


Fallow—Cultivated land that is allowed to lie idle 
during the growing season so that it can recover 
some of its nutrients and organic matter. 


Nutrients—The portion of the soil necessary to 
plants for growth, including nitrogen, potassium, 
and other minerals. 


Organic matter—The carbonaceous portion of the 
soil that derives from once living matter, including, 
for the most part, plants. 


the cash crop. Cover crops are plowed into the soil as 
green manure at the end of the season, a practice that 
increases soil organic content, improves structure, and 
increases permeability. 


Increasing the number of years of grass, or forage, 
crops in a rotation schedule usually improves soil 
stability and permeability to air and water. Sloping 
land may experience excessive soil loss if row crops like 
corn, or small-grain crops like wheat, are grown on it 
for too many years in a row. Rotation with sod-based 
forage crops keeps soil loss within tolerable limits. 
Furthermore, forage crops can reverse the depletion 
of organic nutrients and soil compaction that occur 
under corn and wheat. 


Crop rotation also works to control infestations 
of crop-damaging insects and weeds. Crop alternation 
interrupts the reproductive cycles of insects preying on 
a specific plant. For example, a farmer can help con- 
trol cyst nematodes, parasites that damage soybeans, 
by planting soybeans every other year. Crop rotation 
discourages weeds by supporting healthier crop plants 
that out compete wild species for nutrients and water, 
and by disrupting the weed-friendly ecosystems that 
form in long-term monocultures. Rotation schedules 
that involve small fields, a large variety of rotated 
crops, and a long repeat interval contain insect infes- 
tations and weeds most successfully. Complex rota- 
tions keep weeds and insects guessing, and farmers can 
exert further control by planting certain crops next to 
each other. For example, a chinch bug infestation in a 
wheat field can be contained by planting soybeans in 
the next field instead of a chinch bug host like forage 
sorghum. 


Farmers undertaking crop rotations must plan 
their planting more carefully than those who plant 
the same crop year after year. Using a simple principle, 
that there are the same number of fields or groups of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


fields as there are years in the rotation, farmers can 
assure that they produce consistent amounts of each 
crop each year even though the crops shift to different 
fields. 
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l Crops 


Crops are any organisms that humans utilize as a 
source of food, materials, or energy. Crops may be 
utilized for subsistence purposes, to barter for other 
goods, or to sell for a cash profit. They may be har- 
vested from wild ecosystems, or they may be hus- 
banded and managed, as occurs with domesticated 
species in agriculture. As of the 2000s, farming of 
crops is performed by over 40% of the world’s people. 
However, less than 5% of the gross world product 
comes from the production of agricultural products. 
Due to advanced technology and scientific methods, 
one farmer in a developed country such as the United 
States, in the twenty-first century, produces enough 
food to feed over 130 people. One hundred years ear- 
lier, that same farmer produced only enough food to 
feed fewer than three people. 


In general, the purpose of management is to 
increase the amount of crop productivity that is avail- 
able for use by humans. There is, however, a 
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continuum in the intensity of crop-management sys- 
tems. Species cultivated in agriculture are subjected to 
relatively intensive management systems. However, 
essentially wild, free-ranging species may also be man- 
aged to some degree. This occurs, for example, in 
forestry and in the management of ocean fisheries 
and certain species of hunted animals. Most crops 
are plant species, but animals and microorganisms 
(e.g., yeast) can also be crops. 


In general, unmanaged, free-ranging crops are 
little modified genetically or morphologically (in 
form) from their non-crop ancestors. However, mod- 
ern, domesticated crops that are intensively managed 
are remarkably different from their wild ancestors. In 
some cases a non-domesticated variety of the species 
no longer exists. 


Hunting and gathering; crops obtained 
from unmanaged ecosystems 


Human beings can only be sustained by utilizing 
other species as sources of food, material, and energy. 
Humans have thus always had an absolute require- 
ment for the goods and services provided by other 
species, and this will always be the case. Although 
direct genetic modification has in the last few years 
been added (controversially) to artificial selection as a 
technique for adjusting plant and animal species to 
human needs, there is no prospect of a time when 
technology will make it possible to meet human 
needs by applying energy directly to raw materials. 
Humans have always needed and always will need to 
harvest other living things. 


Prior to the discovery of the first agricultural 
techniques about 9,000 to 11,000 years ago, almost 
all human societies were sustained by gathering edible 
or otherwise useful products of wild plants, and by 
hunting wild animals. The plant foods that were gath- 
ered as crops by these early peoples included starchy 
tubers, fruits, and seeds. Other plants were harvested 
as sources of fuel or to provide materials such as wood 
and bark for the construction of shelters, canoes, and 
other tools or weapons. Animals, meanwhile, were 
hunted for their meat, hide, and bones. Prior to the 
development of agriculture—the breeding and delib- 
erate nurturing of useful plants and animals—these 
activities were undertaken in essentially natural 
ecosystems—ecosystems not intensively modified by 
the hunting and gathering activities of people. 


Humans have been rather eclectic in their choice 
of crops, selecting a wide range of useful species of 
plants, animals, and microorganisms from among the 
vast diversity of species available in most places or 
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regions. Humans are considered omnivorous, because 
they feed at all levels of ecological food webs: on 
plants, animals, and other types of organisms, both 
living and dead. 


Human societies that subsist only by the hunting 
and gathering of wild crops are now virtually extinct. 
However, modern human societies continue to obtain 
important plant and animal crops from essentially 
unmanaged ecosystems. 


Plants 


Among plant crops that humans continue to 
obtain from natural ecosystems, trees are among the 
most notable. In the parlance of forestry, the terms 
virgin and primary are used to refer to older, natural 
forests from which wild, unmanaged trees have not yet 
been harvested by humans. Secondary forests have 
sustained at least one intensive harvest of their 
resource of trees in the past, and have since grown 
back. In general, the ecological characteristics of sec- 
ondary forests are quite different from those of the 
more natural, primary forests that may have once 
occurred on the same site. 


Trees have always been an important crop for 
humans, being useful as sources of fuel, food (edible 
fruits and nuts), and wood for tools, structures, furni- 
ture, paper, and vehicles (boats, wagons, etc.). Even 
today, trees harvested from natural forests are impor- 
tant crops in most countries. Tree biomass is an essen- 
tial source of energy for cooking and space heating for 
more than one-half of the world’s people, almost all of 
whom live in relatively poor, tropical countries. Trees 
are also an important crop for people living in richer 
countries, mostly as a source of lumber for the con- 
struction of buildings and furniture and as a source of 
pulpwood for paper manufacture. 


In many places, the primary natural forest has 
been depleted by the cutting of trees, which has often 
been followed by conversion of the land to agriculture 
and urban land-uses. This pattern of forest loss has 
been common in North America, Europe, and else- 
where. To compensate to some degree for the loss of 
natural forests in those regions, efforts have been 
made to establish managed forests, so that tree crops 
will continue to be available. 


Trees are not the only plant crops gathered from 
wild, unmanaged ecosystems. In particular, people 
who live a subsistence lifestyle in tropical forests con- 
tinue to obtain much of their food, medicine, and 
materials from wild plants, usually in combination 
with hunting and subsistence agriculture. Even in 
North America, small crops of a few wild food plants 
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continue to be gathered. Some examples include har- 
vests of wild rice (Zizania aquatica), strawberry 
(Fragaria virginiana), low-bush blueberry (Vaccinium 
angustifolium), and fiddleheads (from the ostrich fern, 
Matteucia struthiopteris). Other minor wild crops 
include various species of edible mushrooms and 
marine algae. 


Terrestrial animals 


Wild animals have always been an important 
source of food and useful materials for humans. 
Most people who live in rural areas in poorer countries 
supplement their diet with meat obtained by hunting 
wild animals. Hunting is also popular as a sport 
among many rural people in wealthier countries. For 
example, each year in North America millions of deer 
are killed by hunters as food and a source of hide, 
especially white-tailed deer (Odocoileus virginianus), 
mule deer (O. hemionus), and elk (Cervus canadensis). 
There are also large hunts of upland game birds, such 
as ruffled grouse (Bonasa umbellus) and of wild ducks 
and geese, especially the mallard (Anas platyrhynchos), 
Canada goose or honker (Branta canadensis), and 
snow goose (Chen hyperboreus). 


Aquatic animals 


Aquatic animals have also provided important 
wild-meat crops for people living in places where 
there is access to the natural bounties of streams, 
rivers, lakes, and marine shores. Important food 
crops harvested from freshwater ecosystems of North 
America include species of salmon, trout, and other 
fish, as well as crayfish, freshwater mussels, and other 
invertebrates. Most of the modern marine fisheries 
also rely on harvesting the productivity of unmanaged 
populations of fish, invertebrates (e.g., shellfish), seals, 
and whales as wild crops. 


Agriculture; crops from managed 
ecosystems 


As considered here, agricultural crops are man- 
aged relatively intensively for the sustained productiv- 
ity of food and materials useful to humans. In this 
sense, agricultural systems can involve the cultivation 
of plants and livestock on farms, as well as the culti- 
vation of fish and invertebrates in aquaculture and the 
growing of trees in agroforestry plantations. 


Agricultural systems can vary tremendously in the 
intensity of their management practices. For example, 
species of terrestrial crop plants may be grown in 
mixed populations, a system known as polyculture. 
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These systems are often not weeded or fertilized inten- 
sively. Mixed-cropping systems are common in non- 
industrial agriculture, for example, in subsistence agri- 
culture in many tropical countries. 


In contrast, some monocultural systems in agri- 
culture attempt to grow crops in single-species popu- 
lations. Such intensively managed systems usually rely 
heavily on the use of fertilizers, irrigation, and pesti- 
cides such as insecticides, herbicides, and fungicides. 
Of course, heavy, sophisticated, energy-requiring 
machinery is also required in intensive agricultural 
systems to plow the land, apply agrochemicals, and 
harvest the crops. The intensive-management techni- 
ques are used in order to substantially increase the 
productivity of the species of crop plants. However, 
these gains are expensive in of both terms money and 
environmental damage. The U.S. Environmental 
Protection Agency (EPA) estimates that pollution 
from agricultural runoff—sediment, animal wastes, 
pesticides, salts, and nutrients—account for (on aver- 
age) 70% of the river miles in the United States that 
are impaired by pollution; 49% of the impaired fresh- 
water lake acreage; and 27% of the impaired square 
miles of marine estuary (inlets where rivers mingle 
with the ocean). According to the U.S. Department 
of Agriculture, an average of 11,600 Ib (5,270 kg) of 
soil is being eroded from every acre of cultivated U.S. 
cropland; even this is a notable improvement over soil- 
loss rates of 25 years ago. Soil-loss rates are even 
higher in poorer parts of the world. 


Agricultural plants 


Hundreds of species of plants are cultivated by 
humans under managed agricultural conditions. 
However, most of these species are tropical crops of 
relatively minor importance—minor in terms of their 
contribution to the global production of all agricul- 
tural plants. In fact, a small number of plant species 
contribute disproportionately to the global harvest of 
plant crops in agricultural systems. Ranked in order of 
their annual production, according to the United 
Nation’s Food and Agricultural Organization, the 
world’s ten most-produced food crops are: sugar 
cane, maize or corn, wheat, rice, potatoes, sugar 
beets, soybeans, palm fruit oil, barley, and tomatoes. 
Sugar cane leads all crops with about 1.459 billion 
short tons [where one short ton equals 2,000 pounds] 
(1.324 billion metric tons) produced in 2004, and 
maize and corn coming in at second place with about 
0.795 billion short tons (0.721 billion metric tons). 


Some care should be taken in interpreting these 
data in terms of the yield of actual foodstuffs. The 
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production data for sugar cane, for example, reflect 
the entire harvested plant, and not just the refined 
sugar that is the major economic product of this 
crop. In contrast, the data for wheat and other grain 
crops reflect the actual harvest of seeds, which are 
much more useful nutritionally, pound for pound, 
than whole sugar cane (or even refined sugar). 


Most agricultural crops are managed as annual 
plants, meaning that they are cultivated over a cycle of 
one year or less, with a single rotation involving sow- 
ing, growth, and harvesting. This is true of all the 
grains and legumes and most vegetables. Other agri- 
cultural species are managed as perennial crops, which 
are capable of yielding crops on a sustained basis once 
established. This is typically the manner in which 
tree-fruit crops such as oranges are managed and 
harvested, as are certain tropical species such as oil- 
palm (Elaeis guineensis) and para rubber (Hevea 
brasiliensis). 


Some extremely valuable crops are not utilized for 
food, raw material, or energy. Instead, these crops are 
used for the production of important medicines, as is 
the case of the rosy periwinkle (Catharantus roseus), 
which produces several chemicals that are extremely 
useful in treatment of certain types of cancers. Other 
crops are used to produce very profitable but illegal 
drugs. Examples of these sorts of crops include mar- 
iyuana (Cannabis sativa), cocaine (from Erythroxylon 
coca), and the opium poppy (Papaver somniferum). 


Agricultural animals 


Enormous numbers of domesticated animals are 
cultivated by people as food crops. In many cases, the 
animals are used to continuously produce some edible 
product that can be harvested without killing them. 
For example, milk can be collected daily from various 
species of mammals, including cows, goats, sheep, 
horses, and camels. Similarly, chickens can produce 
eggs regularly. All of the above animals, plus many 
other domesticated species, are also routinely slaugh- 
tered for their meat. 


The populations of some of these domesticated 
animals are very large. In addition to approximately 
6.5 billion people (as of November 2006), the world 
today supports over 1.7 billion sheep and goats (Ovis 
aries and Capra hircus), 1.3 billion cows (Bos taurus 
and B. indica), 0.9 billion pigs (Sus scrofa), and 
0.3 billion horses, camels, and water buffalo (Equus 
caballus, Camelus dromedarius, and Bubalus bubalis). 
In addition, there are about 10 to 11 billion domestic 
fowl, most of which are chickens (Gallus gallus). 
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These populations of domesticated animals are 
much larger than those maintained by any wild large 
animals. For example, no wild mammals of a compa- 
rable size to those listed above have populations greater 
than about 50 million, which is equivalent to less than 
1% of a typical domestic-livestock population. 


Aquaculture 


Aquaculture is an aquatic analogue of terrestrial 
agriculture. In aquaculture, animals or seaweeds are 
cultivated under controlled, sometimes intensively 
managed conditions, to be eventually harvested as 
food for humans. Increasingly, aquaculture is being 
viewed as an alternative to the exploitation of wild 
stocks of aquatic animals and seaweeds. 


The best opportunities to develop aquaculture 
occur in inland regions where there are many ponds 
and small lakes, and in protected coastal locations on 
the oceans. Freshwater aquaculture is especially 
important in Asia, where various species of fish are 
cultivated in artificial ponds, especially carp (Cyprinus 
carpio) and tilapia (Aureochromis niloticus). In North 
America, various species of fish are grown in inland 
aquaculture in small ponds, most commonly rainbow 
trout (Salmo gairdneri) and catfish (Ictalurus spp.). 


Aquaculture is also becoming increasingly impor- 
tant along sheltered marine coastlines in many parts of 
the world. In the tropics, extensive areas of mangrove 
forest are being converted into shallow ponds for the 
cultivation of prawns (Penaeus monodon) and giant 
prawns (Macrobrachium rosenbergii). Negative impacts 
of this practice include the destruction of the mangrove 
forests themselves (and of other coastal environ- 
ments)—already endangered by other types of coastal 
development—and the nonselective mass harvesting of 
fish and other sea life supply feed for the shrimp. In 
North America and Western Europe, the cultivation of 
Atlantic salmon (Sa/mo salar) has become an important 
industry in recent decades, using pens floating in shal- 
low, coastal embayments, and sometimes in the open 
ocean. Research is being undertaken into the potential 
domestication of other marine crops, including species 
of fish and seaweeds that are now harvested from 
unmanaged ecosystems. 


Agroforestry 


Agroforestry is a forest-related analogue of agri- 
culture. In agroforestry, trees are usually cultivated 
under intensively managed conditions, to eventually 
be harvested as a source of lumber, pulpwood, or fuel 
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Agroforestry—The cultivation of crops of trees 
under intensively managed conditions, usually in 
single-species plantations. 

Domestic—This refers to crop species that live in 
an intimate association with humans, often with a 
significant co-dependence between the species. 


Monoculture—The cultivation of an exclusive 
population of a particular species of crop. 


Polyculture—tThe agricultural cultivation of mixed 
populations of different crop species. 


wood. In many regions, this sort of intensive forestry is 
being developed as a high-yield alternative to the har- 
vesting of natural forests. 


The most important trees grown in plantations in 
the temperate zones as agroforestry crops are species of 
pines (Pinus spp.), spruces (Picea spp.), larch (Larix 
spp.), and poplar (Populus spp.). Depending on the 
species, site conditions, and economic product that is 
desired, intensively managed plantations of these trees 
can be harvested after a growth period of only 10 to 40— 
60 years, compared with 60 to more than 100 years for 
natural, unmanaged forest in the same regions. 
Increasingly, these temperate species of trees are being 
selectively bred and hybridized to develop high-yield 
varieties, in parallel with the ways in which food crops 
have been culturally selected from their wild progeni- 
tors during the process of domestication. 


Unfortunately, there is a downside to such prac- 
tices. Large monocultures of genetically uniform 
crops, whether of trees, corn, or any other plant, are 
by their very nature more vulnerable to climate varia- 
tion, pests, and disease than are more diverse plant 
communities. The large-scale replacement of managed 
natural forests with uniform high-yield varieties has 
led to the appearance of pseudoforests in places such 
as Sweden and parts of the United States: large tracts 
of land covered by uniform specimens of one species of 
tree, supporting little wildlife. Habitat loss from 
monocultural tree cropping has placed over one thou- 
sand forest-dwelling species on the endangered list in 
Sweden alone. 


Fast-growing, high-yield species of trees are also 
being grown under agroforestry systems in the tropics, 
for use locally as a source of fuel wood, and also for 
animal fodder, lumber, and pulpwood. Various tree 
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species are being grown in this way, including spe- 
cies of pine, eucalyptus (Eucalyptus spp.), she-oak 
(Casuarina spp.), and tree-legumes (such as Albizia 
procera and Leucaena leucocephala). Plantations of 
slower-growing tropical hardwoods are also being 
established for the production of high-value lumber, 
for example, of mahogany (Swietenia mahogani) and 
teak (Tectona grandis). 


See also Livestock. 
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l Cross multiply 


If two fractions are equal, say 


then it is always true that the products of the numbers 
given by 


eat 
bed 


are also equal, or ad = be. This is the most common 
form of cross multiplication. That 
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implies ad = be can be shown by multiplying both 
sides of 


by the common denominator bd and canceling. 


Cross multiplying is a common first step in solving 
proportions: 


3_7 
x 21 


is equivalent to 
3 x 21 =x x 7or 7x = 63. 
Therefore, x = 9. 


Adding fractions can also be done with cross 
multiplication. 


anal ad + bc 

N= has thesum “——— 

pes bd 

The cross product of two vectors does not involve 
cross multiplying; the resemblance between the two 
terms is accidental. 


| Cross-section 


In solid geometry, the cross-section of a three- 
dimensional object is a two-dimensional figure 
obtained by slicing the object perpendicular to its 
axis and viewing it end on. Thus, a sausage has a 
circular cross-section, a 4 x 4 fence post has a square 
cross-section, and a football has a circular cross-section 
when sliced one way and an elliptical cross-section 
when sliced another. More formally, a cross-section is 
the locus of points obtained when a plane intersects an 
object at right angles to one of its axes, which are taken 
to be the axes of the associated rectangular coordinate 
system. Since we are free to associate a coordinate 
system relative to an object in any way we please, 
and because every cross-section is one dimension less 
than the object from which it is obtained, a careful 
choice of axes provides a cross-section containing 
nearly as much information about the object from 
which it is obtained, a careful choice of axes provides 
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a cross-section containing nearly as much information 
about the object as a full-dimensional view. 


Often choosing an axis of symmetry provides the 
most useful cross-section. An axis of symmetry is a line 
segment about which the object is symmetric, defined 
as a line segment passing through the object in such a 
way that every line segment drawn perpendicular to 
the axis having endpoints on the surface of the object is 
bisected by the axis. Examples of three-dimensional 
solids with an axis of symmetry include right paralle- 
lepipeds (most ordinary cardboard boxes), which have 
rectangular cross-sections; spheres (basketballs, base- 
balls, etc.), which have circular cross-sections; and 
pyramids with square bases (such as those found in 
Egypt), which have square cross-sections. 


Other times, the most useful cross-section is 
obtained by choosing an axis parallel to the axis of 
symmetry. In this case, the plane that intersects the 
object will contain the axis of symmetry. This is useful 
for picturing such things as fancy parfait glasses in two 
dimensions. 


Finally, there are innumerable objects of interest 
that have no axis of symmetry. In this case, take care 
to choose the cross-section that provides the most 
detail. 


The great usefulness of a properly chosen cross- 
section comes in the representation of three-dimensional 
objects using two-dimensional media, such as paper 
and pencil or flat computer screens. The same 
idea helps in the study of objects with four or more 
dimensions. A three-dimensional object represents the 
cross-section of one or more four-dimensional objects. 
For instance, a cube is the cross-section of a four- 
dimensional hypercube. In general, one way to define 
the cross-section of any N-dimensional object as the 
locus of points obtained when any (N — 1) dimensional 
“surface” intersects an N-dimensional “solid” perpen- 
dicular to one of the solid’s axes. Again, the axes of an 
N-dimensional object are the N axes of the associated 
rectangular coordinate system. While this concept is 
impossible to represent geometrically, it is easily dealt 
with algebraically, using vectors and matrices. 


l Crows and jays 


The members of the crow family (Corvidae) are 
among the world’s most intelligent birds. Some taxo- 
nomic uncertainty surrounds this family. Evidence 
recently gathered through genetic testing has led some 
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A Steller’s jay (Cyanocitta stelleri) in California. (Robert J. 
Huffman. Field Mark Publications.) 


scientists to include such diverse species as birds-of- 
paradise, orioles, and drongos in the Corvidae, while 
other scientists place only the ravens, crows, jays, mag- 
pies, rooks, nutcrackers, and jackdaws in the Corvidae. 
This article follows the latter, more restricted, definition 
of the family. The corvids comprise 123 species in 26 
genera. They are passerine or perching birds and count 
among their numbers the largest of the passerines. 
Corvids vary considerably in size, ranging from the 
tiny Hume’s ground jay, which is 7.5 in (19 cm) long 
and weighs 1.5 oz (45 g), to the thick-billed raven, which 
is 25 in (64 cm) long and weighs 3.3 Ib (1.5 kg). 


Corvids originated in the northern and tropical 
areas of the Old World. From there they spread to 
their current geographic range; they are found around 
the world and are found everywhere except in the high 
Arctic, Antarctic, the southern part of South America, 
and New Zealand. Corvids vary widely in size and 
appearance, particularly those species found in the 
forests of Central and South America and Southeast 
Asia. There are 27 oriental genera, which experts con- 
sider strong evidence that the corvids first evolved in 
Asia and then spread north and east, across the Bering 
land-bridge, into North America and, eventually, to 
Central and South America. 


General characteristics 


Crows are large to very large, robustly built birds, 
with tails that are short or medium length. The tail and 
primary feathers are stiff. The bill varies in shape from 
species to species, but is relatively long, although it can 
be stout or slender. The feet and legs are very strong, 
with scales on the front of the toes and smooth skin on 
the back. Among the crows the plumage is black, black 
and white, black and gray or sooty brown, while jays 
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can also be green, blue, gray, and chestnut. The males 
and females appear similar; that is, there is not the 
sexual dimorphism found in other birds such as pheas- 
ants and ducks, where the male is brilliantly colored 
and the female has dull plumage. Some species of 
jays and magpies have crests. Common to all the cor- 
vids is a tuft of bristles at the base of the beak, just 
above the nostrils and there are more bristles fringing 
the mouth. 


The personality of crows and jays can be described 
as aggressive, intelligent, quarrelsome, and sometimes 
playful. The voice of a corvid, once heard, is not easily 
forgotten. They produce an astounding range of harsh 
or more musical calls, which are part of languages, 
researchers also discovered. The repertoire of the blue 
jay (Cyanocitta cristata), for example, includes high- 
pitched shrieks (usually aimed at intruders such as 
cats, owls, or humans); a cry of jeer-jeer; a ringing, 
bell-like tu//-ull; a call that sounds like the word “tea- 
cup”; a rapid clicking call; a soft, lisping song; a sound 
like a rusty gate; and imitations of the red-tailed hawk, 
the black-capped chickadee, the northern oriole, the 
gray catbird, the American goldfinch, and eastern 
wood pewee. Some species can even imitate human 
speech. 


This range of imitative ability is common to sev- 
eral members of the crow family, and is both evidence 
of the family’s intelligence and part of the reason these 
birds figure so prominently in human fiction. 
Experiments with captive common, or American, 
crows (Corvus brachyrhynchos) have proved the birds 
have excellent puzzle-solving abilities, can count up to 
three or four, have good memories, and can quickly 
learn to equate certain sounds or symbols with food. 
Caged jackdaws that were exposed to a 10-second 
burst of light accompanied by a four-minute recording 
of jackdaw distress calls, followed by two minutes of 
silence and darkness, soon learned to peck a key that 
shut off the light and the recording. A captive blue jay 
used a tool (a scrap of newspaper from the bottom of 
its cage) to reach a pile of food pellets that lay outside 
the cage, just out of reach of its beak. Most interesting, 
several other captive jays who watched this one 
method of problem solving soon used it too. 


Although these captive experiments provide much 
information, observations of wild corvids provide 
even better evidence of the corvids’ intelligence. In 
Norway and Sweden, springtime fishermen make 
holes in the ice and drop their fishing lines through 
them into the water. Hooded crows have been seen 
picking up the line and walking backward as far as 
they can, pulling the line out of the hole. The crow will 
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do this as often as it needs to bring the end of the line to 
the surface, as well as the bait or the hooked fish— 
which the crow then devours. 


Corvids are wary as well as smart. One bird 
researcher noted that blue jays’ intelligence is the key 
to their not falling victim to the prowling cats that kill 
so many other species of bird. Crows also show signs 
of coming to one another’s aid; the cawing of a com- 
mon crow will bring crows from everywhere around, 
ready to mob the predator. 


Crows live in varied habitats, including forests, 
grasslands, deserts, steppes, farms, and urban areas. 
They are mostly tree-dwelling, but the ground-jays 
have adapted to a life on the ground to such an extent 
that they will run from a threat rather than fly. 


Corvids are highly gregarious birds. A flock may 
consist of as few as six to as many as a few hundred 
birds. Within the flock is a social hierarchy, particu- 
larly among the crows, the pinyon jays, scrub jays, and 
Mexican jays. However, mated pairs nest on their 
own. Corvids are generally arboreal nesters, building 
a nest of twigs lined with soft materials, although some 
species nest in holes or build domed nests. The female 
incubates the eggs (2-8, depending on the species) 
alone for 16-22 days (again, the length of incubation 
depends on the species), and her mate feeds her while 
she does so and helps feed the young after they are 
born. Corvids do not carry food in their beaks, but 
rather in their throat or in a small pouch within the 
chin, under the tongue. Although the members of the 
crow family are known to be raucous, they become 
secretive near their nests, drawing as little attention as 
possible to themselves and their nestlings. 


Young common crows fledge between 28 and 35 
days old; among the family the nestling period ranges 
from 20 to 45 days. Although captive crows have been 
known to live 20 years or more, most wild corvids do 
not live that long. 


The diet of crows and jays is varied both among 
and within species. The American, or common, crow 
eats insects, spiders, crustaceans, snails, salamanders, 
earthworms, snakes, frogs, the eggs and chicks of 
other birds, and carrion. The crows will crack the 
shells of clams, mussels, and other bivalve mollusks 
by picking them up, flying with them to a height, and 
then dropping them to rocks below (herring gulls and 
crows were seen practicing this tactic at the same 
time, but the gulls dropped the mollusks onto the 
mud; the crows figured out much sooner that aiming 
for the rock was a better, more certain, method). 
Corvids are not solely carnivorous, however; the blue 
jay eats about three times as much vegetable matter— 
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including acorns, corn, berries, currants, sorrel, and 
even cultivated cherries—as it does animal matter. 
Blue jays have been known to eat mice, small fish, 
and even bats. Another common North American 
crow, the fish crow of the eastern United States, also 
eats shrimp, fiddler crabs, crayfish, and turtle eggs. 


Most wild corvids that have been studied have 
been seen hiding food for future use. Small prey 
items, such as insects and earthworms, are not usually 
hidden, but unexpected “bonuses” are hidden away in 
small holes or under fallen leaves, although hiding 
places in trees or buildings will also be used. The 
Canada jay would be unable to recover ground-buried 
food during the harsh northern winter, so instead 
hides food in pine and fir trees, sticking it to the 
branches with saliva (this species has developed 
accordingly large salivary glands for this task). 


Ravens and crows have both been reported to hide 
some of a large amount of food before settling down to 
eat the remainder. The apparently excellent memories 
of crows serve them well in rediscovering these food 
caches, although success varies among species. Many 
of the acorns hidden by blue jays in the fall are never 
recovered. The nutcrackers, on the other hand, have 
been known to recover 70% of the seeds they store. 


Their natural enemies include owls, eagles, and 
buzzards, and they have had a long-running battle 
with human beings. In the United States, common 
crows are fond of corn and other cultivated crops, 
and as a result have been shot and poisoned. The 
house crow of India—a tremendously successful com- 
mensal species which has tied its life so tightly with 
that of man that its survival alone would be unlikely— 
has been destroyed in several places because its large 
flocks were considered a health threat. 


Despite this animosity, most cultures have tales to 
tell about the corvids. Ravens figure prominently in 
Inuit legend. Two ravens, Hugin and Munin, were the 
companions of the Norse god Odin. A legendary 
Celtic warrior god named Bran was also accompanied 
by a raven, and the bird is known by his name 
(Cigfran) in Celtic Welsh, Cornish, and Breton. In 
Cornwall, legend has it that the raven and another 
corvid, the red-billed chough, hold the spirit of King 
Arthur, and woe to he who harms either of these 
birds! From far back the raven has been associated 
with death, particularly with foretelling it—perhaps 
because of its close association with the Vikings, this 
raven-death association was particularly strong in 
western Europe. And the legends are not all in the 
past: even in the twenty-first century captive ravens 
are kept in the Tower of London. The belief is that 
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when the last raven leaves it, the English monarchy 
will fall. 


Despite the success of the family as a whole, at 
least 14 species of corvids are endangered, including 
the Hawaiian crow (Corvus tropicus) and the Marianas 
crow (C. kubaryi). 
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I Crustacea 


Crustacea is usually a subphylum-level classifica- 
tion of arthropods. This group includes barnacles, 
copepods, crabs, prawns, lobsters, and wood lice. 
More than 30,000 species have been identified, the 
majority of which are marine dwelling. Terrestrial 
species such as woodlice and pill bugs are believed to 
have evolved from marine species. Most crustaceans 
are free-living but some species are parasitic—some 
even on other crustaceans. Some species swim in open 
water, while others are specialized at crawling or bur- 
rowing in soft sediments. 


Despite having radiated into an extraordinary 
diversity of species, most crustaceans share distinctive 
characteristics. The head usually bears five pairs of 
appendages: two pairs of antennae that play a sensory 
role in detecting food as well as changes in humidity 
and temperature; a pair of mandibles that are used for 
grasping and tearing food; and two pairs of maxillae 
that are used for feeding purposes. The main part of 
the body is taken up with the thorax and abdomen, 
both of which are often covered with a toughened 
outer skeleton, or exoskeleton. Attached to the trunk 
region are a number of other appendages, which vary 
both in number and purpose in different species. In 
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shrimp, for example, one pair of appendages may be 
modified for swimming, another for feeding, another 
for brooding eggs and yet another for catching prey. 


Crustacea exhibit a wide range of feeding techni- 
ques. The simplest of these are those species that prac- 
tice filter feeding such as the copepods and tiny 
shrimps. Feeding largely on plankton and suspended 
materials, the animal creates a mini water current 
towards the mouth by the rhythmic beating of count- 
less number of fine setae that cover the specialized 
feeding appendages. Food particles are collected in 
special filters and then transferred to the mouth. 
Larger species such as crabs and lobsters may be active 
hunters of small fish and other organisms, while some 
species adopt a scavenging role, feeding on dead ani- 
mals or plants and other detritus. 


Apart from the smaller species, which rely on gas 
exchange through the entire body surface, most crus- 
taceans have special gills that serve as a means of 
obtaining oxygen. Simple excretory organs ensure 
the removal of body wastes such as ammonia and 
urea. Most crustaceans have a series of well-developed 
sensory organs that include not only eyes, but also a 
range of chemical and tactile receptors. Nearly all 
crustaceans are probably capable of detecting a light 
source but in some of the more developed species, 
definite shapes and movements may also be detected. 


Breeding strategies vary considerably amongst the 
crustacea. Most species are dioecious (being either male 
or female), but some, such as the barnacles, are her- 
maphrodites. Fertilization is usually internal through 
direct copulation. The fertilized eggs then mature either 
in a specialized brood chamber in some part of the 
female’s body, or attached directly to some external 
appendage such as a claw. Most aquatic species hatch 
into a free-swimming larvae that progresses through a 
series of body molts until finally arriving at the adult size. 


See also Zooplankton. 


l Cryobiology 


Cryobiology is the scientific study of the effects of 
freezing and sub-freezing temperatures on biological 
fluids, cells, and tissues. It is an extension of cryogen- 
ics, which is the study of the properties of matter at 
very low temperatures. 


Cryobiological techniques have application in 
genetic research, livestock breeding, infertility treat- 
ment, and organ transplantation. 
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A related field, cryogenics, is devoted to the study 
of the effects of low temperature. Cryogenic preserva- 
tion of humans has been proposed; it is envisioned that 
maintaining someone in what could be considered a 
state of suspended animation could allow those with a 
currently non-curable disease to be revived at some 
point in the future when a cure has been found. 
Currently, however, despite claims to the contrary, 
this process is impossible because of the irreparable 
cell damage that occurs during the freezing process. 


The terms cryobiology and cryogenics are derived 
from the Greek Aryos, meaning icy cold. Temperatures 
used in cryogenics range from —148°F (—100°C) to 
near absolute zero —459.67°F (—273.15°C). Such 
ultra-low temperatures can be achieved by the use of 
supercooled gases. The study of these gases dates back 
to 1877, when Swiss physicist Raoul Pictet (1846-1929) 
and French physicist/chemist Louis Cailletet (1832- 
1913) first learned how to liquefy oxygen. Although 
they worked independently and used different methods, 
both men discovered that oxygen could be liquefied at 
—297.67°F (—183.15°C). Soon after, other researchers 
liquefied nitrogen at —321.07°F (—196.15°C). 


Other breakthroughs in cryogenics included 
James Dewar’s invention of the vacuum flask in 
1898. Dewar’s double-walled vacuum storage vessel 
allowed liquefied gases to be more readily studied. In 
the last 100 years, a variety of other methods for 
insulating super-cooled fluids have been developed. 


In the twentieth century, scientists began applying 
cryogenic techniques to biological systems. They 
explored methods for treating blood, semen, tissue, and 
organs with ultra-low temperatures. This research has 
resulted in advances in genetic research, livestock breed- 
ing, infertility treatment, and organ transplantation. 


Cryobiology has provided an inexpensive way 
to freeze and store the embryos of different strains 
of research laboratory animals, such as mice. 
Maintaining a breeding colony of research animals 
can be expensive, and cryogenic storage of embryos 
can reduce cost considerably. When the animals are 
needed, they can be thawed and implanted. It is this 
ability that has inspired some to consider cryobiology 
as a means of preserving humans. 


In agriculture, cryopreservation allows livestock 
breeders to mass produce the embryos of genetically 
desirable cattle. For example, hundreds of eggs can 
be harvested from a single prize dairy cow and frozen 
for later implantation in other mothers. Using 
similar techniques, pigs that are too fat to reproduce 
on their own can be artificially implanted with embryos 
developed from frozen eggs and sperm. In addition, 
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cryobiologists are examining the possibility of increas- 
ing buffalo herds by freezing bison embryos and later 
implanting them into cows to give birth. 


Cryobiology has met with great success in the 
treatment of human infertility. The use of frozen 
sperm, eggs, and embryos increases the success rate 
of fertility treatments because it allows doctors to 
obtain a large number of samples that can be stored 
for future fertilization. Techniques for freezing sperm 
were relatively easy to develop, and in 1953, the first 
baby fertilized with previously frozen sperm was born. 
The process for freezing embryos is much more com- 
plicated, however. It involves removing water from the 
cells and replacing it with an organic antifreeze that 
prevents the formation of ice crystals that can cause 
cells to burst. Advances over the last few decades have 
made this technique highly successful, and in 1984, the 
first baby was born from a previously frozen embryo. 
Freezing eggs is an even more difficult challenge 
because the fragile membrane structure that surrounds 
the eggs makes them difficult to freeze without causing 
severe damage. However, eggs have been successfully 
frozen using a chemical solution similar to the ovaries’ 
natural fluids. The technique has been used to freeze 
eggs, which were later thawed and used to impregnate 
a woman. In 1997, the first birth resulting from frozen 
eggs was recorded. 


Organ storage is another important area of cryo- 
biological research. Using conventional methods, 
organs can only be stored for very short periods of 
time. For example, a kidney can be kept for only three 
days, a liver for no more than 36 hours, and hearts and 
lungs for no more than six hours. If these organs could 
be frozen without subcellular damage, storage times 
would be lengthened almost indefinitely. Although 
researchers have made great advances, they have not 
yet perfected the process of freezing and reviving 
organs. The problem they face is that the formation 
of ice crystals can damage fragile tissue. However, 
researchers have devised a cryopreservant liquid that 
protects the organs during the freezing process. In 
another development, a so-called antifreeze protein 
has been successfully used to freeze and revive rat 
livers. The protein is derived from fish living in the 
Arctic that has evolved to survive in very cold water. 
An antifreeze protein alters the structure of ice crystal 
in order to be less damaging to cells. A technique 
called vitrification cools organs so quickly that their 
molecules do not have time to form damaging ice 
crystals. Continued success in these areas may one 
day lead to reliable methods of freezing and storing 
organs for future transplant. 
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Cryogenics is the science of producing and study- 
ing low-temperature environments. The word cryo- 
genics comes from the Greek word kryos, meaning 
“cold”; combined with a shortened form of the 
English verb “to generate,” it has come to mean the 
generation of temperatures well below those of normal 
human experience. 


More specifically, a low-temperature environment 
is termed a cryogenic environment when the temper- 
ature range is below the point at which permanent gases 
begin to liquefy. Among others, they include oxygen 
(O), nitrogen (N), hydrogen (H), and helium (He). The 
origin of cryogenics as a scientific discipline coincided 
with the discovery by nineteenth century scientists, that 
the permanent gases can be liquefied at exceedingly low 
temperatures. Consequently, the term cryogenic applies 
to temperatures from approximately —148°F (— 100°C) 
down to absolute zero. (Absolute zero is defined as the 
lowest temperature possible, a state where no heat 
energy exists.) 


The temperature of a sample, whether it be a gas, 
liquid, or solid, is a measure of the energy it contains, 
energy that is present in the form of vibrating atoms 
and moving molecules. Absolute zero represents the 
lowest attainable temperature and is associated with 
the complete absence of atomic and molecular motion. 
The existence of absolute zero was first pointed out in 
1848 by British mathematician and physicist William 
Thomson, Lord Kelvin (1824-1907), and is now 
known to be —459°F (—273°C). It is the basis of an 
absolute temperature scale, called the Kelvin scale, 
whose unit, called a Kelvin (K) rather than a degree, 
is the same size as the Celsius degree. Thus, —459°F 
corresponds to —273°C corresponds to 0K (note that 
by convention the degree symbol is omitted, so that 
OK is read zero Kelvin). Cryogenics, then, deals with 
producing and maintaining environments at temper- 
atures below about 173K (—148°F [—100°C]). 


In addition to studying methods for producing 
and maintaining cold environments, the field of cryo- 
genics has also come to include studying the properties 
of materials at cryogenic temperatures. The mechan- 
ical and electrical properties of many materials change 
very dramatically when cooled to 100K or lower. For 
example, rubber, most plastics, and some metals 
become exceedingly brittle, and nearly all materials 
contract. In addition, many metals and ceramics lose 
all resistance to the flow of electricity, a phenomenon 
called superconductivity. Very near absolute zero 
(2.2K) liquid helium undergoes a transition to a state 
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Boiling points of cryogens 


Boiling point 


Cryogen °c 

Oxygen —183 
Nitrogen —196 
Hydrogen —253 
Helium —269 
Neon —246 
Argon —186 
Krypton —153 
Xenon SOY, 


Table 1. (Thomson Gale.) 


of superfluidity, in which it can flow through exceed- 
ingly narrow passages with no friction. 


History 


The development of cryogenics as a low temper- 
ature science is a direct result of attempts by nine- 
teenth century scientists to liquefy the permanent 
gases. One of these scientists, English physicist and 
chemist Michael Faraday (1791-1867), had succeeded, 
by 1845, in liquefying most of the gases then known to 
exist. His procedure consisted of cooling the gas by 
immersion in a bath of ether and dry ice and then 
pressurizing the gas until it liquefied. Six gases, how- 
ever, resisted every attempt at liquefaction and were 
thus known at the time as permanent gases. They 
were oxygen, hydrogen, nitrogen, carbon monoxide, 
methane, and nitric oxide. The noble gases, helium, 
neon, argon, krypton, and xenon, had not yet been 
discovered. 


Of the known permanent gases, oxygen and nitro- 
gen, the primary constituents of air, received the most 
attention. For many years investigators labored to 
liquefy air. Finally, in 1877, French physicist Louis- 
Paul Cailletet (1832-1913) and Swiss physicist Raoul- 
Pierre Pictet (1846-1929) succeeded in producing the 
first droplets of liquid air, and in 1883 the first measur- 
able quantity of liquid oxygen was produced by Polish 
chemist and physicist Zygmunt Florenty Wroblewski 
(1845-1888) at the University of Krakow. Oxygen was 
found to liquefy at 90K (—297° F [—183°C)]), and nitrogen 
at 77K (—320°F [—196°C)]). 


Following the liquefaction of air, a race to liquefy 
hydrogen ensued. Scottish chemist and physicist Sir 
James Dewar (1842-1923) succeeded in 1898. He 
found the boiling point of hydrogen to be a frosty 
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20K (—423°F [—253°C]). In the same year, Dewar 
succeeded in freezing hydrogen, thus reaching the low- 
est temperature achieved to that time, 14K (—434°F 
[—259°C]). Along the way, argon was discovered 
(1894) as an impurity in liquid nitrogen, and krypton 
and xenon were discovered (1898) during the frac- 
tional distillation of liquid argon. Fractional distilla- 
tion is accomplished by liquefying a mixture of gases 
each of which has a different boiling point. When the 
mixture is evaporated, the gas with the highest boiling 
point evaporates first, followed by the gas with the 
second highest boiling point, and so on. Each of the 
newly discovered gases condensed at temperatures 
higher than the boiling point of hydrogen, but lower 
than 173K (—148°F [—100°C)]) (Table 1). 


The last element to be liquefied was helium gas. 
First discovered in 1868 in the spectrum of the sun, 
and later on Earth (1885), helium has the lowest boil- 
ing point of any known substance. In 1908, Dutch 
physicist Heike Kammerling Onnes (1853-1926) 
finally succeeded in liquefying helium at a temperature 
of 4.2K (—452°F). 


Methods of producing cryogenic 
temperatures 


There are essentially only four physical processes 
that are used to produce cryogenic temperatures and 
cryogenic environments: heat conduction, evaporative 
cooling, cooling by rapid expansion (the Joule- 
Thompson effect), and adiabatic demagnetization. 
The first two are well known in terms of everyday 
experience. The third is less well known but is com- 
monly used in ordinary refrigeration and air condition- 
ing units, as well as cryogenic applications. The fourth 
process is used primarily in cryogenic applications and 
provides a means of approaching absolute zero. 


Heat conduction is familiar to everyone. When 
two bodies are in contact, heat flows from the higher 
temperature body to a lower temperature body. 
Conduction can occur between any and all forms of 
matter, whether gas, liquid, or solid, and is essential in 
the production of cryogenic temperatures and envi- 
ronments. For example, samples may be cooled to 
cryogenic temperatures by immersing them directly 
in a cryogenic liquid or by placing them in an atmos- 
phere cooled by cryogenic refrigeration. In either case, 
the sample cools by conduction of heat to its colder 
surroundings. 


The second physical process with cryogenic appli- 
cations is evaporative cooling, which occurs because 
atoms or molecules have less energy when they are in 
the liquid state than when they are in the vapor, or 
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gaseous, state. When a liquid evaporates, atoms or 
molecules at the surface acquire enough energy from 
the surrounding liquid to enter the gaseous state. The 
remaining liquid has relatively less energy, so its tem- 
perature drops. Thus, the temperature of a liquid can 
be lowered by encouraging the process of evaporation. 
The process is used in cryogenics to reduce the temper- 
ature of liquids by continuously pumping away the 
atoms or molecules as they leave the liquid, allowing 
the evaporation process to cool the remaining liquid to 
the desired temperature. Once the desired temperature 
is reached, pumping continues at a reduced level in 
order to maintain the lower temperature. This method 
can be used to reduce the temperature of any liquid. 
For example, it can be used to reduce the temperature 
of liquid nitrogen to its freezing point, or to lower the 
temperature of liquid helium to approximately 1K 
(—458°F [—272°C]). 


The third process makes use of the Joule-eThompson 
effect, and provides a method for cooling gases. The 
Joule-Thompson effect involves cooling a pressurized 
gas by rapidly expanding its volume, or, equivalently, 
creating a sudden drop in pressure. The effect was 
discovered in 1852 by English physicist James Joule 
(1818-1889) and William Thompson (Lord Kelvin), 
and was crucial to the successful liquefaction of hydro- 
gen and helium. 


A valve with a small orifice (called a Joule- 
Thompson valve) is often used to produce the effect. 
High pressure gas on one side of the valve drops very 
suddenly, to a much lower pressure and temperature, 
as it passes through the orifice. In practice, the Joule- 
Thompson effect is used in conjunction with the proc- 
ess of heat conduction. For example, when Onnes first 
liquefied helium, he did so by cooling the gas through 
conduction to successively lower temperatures, bring- 
ing it into contact with three successively colder 
liquids: oxygen, nitrogen, and hydrogen. Finally, he 
used a Joule-Thompson valve to expand the cold gas, 
and produce a mixture of gas and liquid droplets. 


Today, the two effects together comprise the com- 
mon refrigeration process. First, a gas is pressurized 
and cooled to an intermediate temperature by contact 
with a colder gas or liquid. Then, the gas is expanded, 
and its temperature drops still further. Ordinary 
household refrigerators and air conditioners work on 
this principle, using Freon®, which has a relatively 
high boiling point. Cryogenic refrigerators work on 
the same principle but use cryogenic gases such as 
helium, and repeat the process in stages, each stage 
having a successively colder gas until the desired tem- 
perature is reached. 
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The fourth process, adiabatic demagnetization, 
involves the use of paramagnetic salts to absorb heat. 
This phenomenon has been used to reduce the temper- 
ature of liquid helium to less than a thousandth of a 
degree above absolute zero in the following way. A 
paramagnetic salt is much like an enormous collection 
of very tiny magnets called magnetic moments. 
Normally, these tiny magnets are randomly aligned so 
the collection as a whole is not magnetic. However, 
when the salt is placed in a magnetic field by turning 
on a nearby electromagnet, the north poles of each 
magnetic moment are repelled by the north pole of the 
applied magnetic field, so many of the moments align 
the same way, that is, opposite to the applied field. This 
process decreases the entropy of the system. 


Entropy is a measure of randomness in a collec- 
tion; high entropy is associated with randomness, zero 
entropy is associated with perfect alignment. In this 
case, randomness in the alignment of magnetic 
moments has been reduced, resulting in a decrease in 
entropy. In the branch of physics called thermody- 
namics, it is shown that every collection will naturally 
tend to increase in entropy if left alone. Thus, when the 
electromagnet is switched off, the magnetic moments 
of the salt will tend to return to more random orienta- 
tions. This requires energy, though, which the salt 
absorbs from the surrounding liquid, leaving the 
liquid at a lower temperature. Scientists know that it 
is not possible to achieve a temperature of absolute 
zero, however, in their attempts to get ever closer, a 
similar process called nuclear demagnetization has 
been used to reach temperatures just one millionth of 
a degree above absolute zero. 


Laser cooling and Bose-Einstein condensate 


Scientists have demonstrated another method of 
cooling via the reduction of energy, using lasers instead 
of electromagnets. Laser cooling operates on the prin- 
ciple that temperature is really a measure of the energy 
of the atoms in a material. In laser cooling, the force 
applied by a laser beam is used to slow and nearly halt 
the motion of atoms. Slowing the atoms reduces their 
energy, which in turn reduces their temperature. 


In a laser cooling setup, multiple lasers are aimed 
from all directions at the material to be cooled. Photons 
of light, which carry momentum, bombard the atoms 
from all directions, slowing the atoms a bit at a time. 
One scientist has likened the process to running through 
a hailstorm—the hail hits harder when one runs, no 
matter in which direction, until finally one just gives 
up and stops. Although laser-cooled atoms do not com- 
pletely stop, they are slowed tremendously—normal 
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atoms move at about 1,000 mph (1,600 km/h); laser- 
cooled atoms travel at about 3 ft/hr (0.9 m). 


Using laser cooling and magnetic cooling techni- 
ques, scientists have cooled rubidium atoms to 
20 billionths of one degree above absolute zero, creating 
a new state of matter called Bose-Einstein condensate, 
in which the individual atoms condense into a supera- 
tom that acts as a single entity. Predicted many years 
before by German—American physicist Albert Einstein 
(1879-1955) and Indian physicist Satyendra Nath 
Bose (1894-1974), Bose-Einstein condensate is has 
completely different properties from any other kind 
of matter, and does not naturally exist in the universe. 


The researchers first used laser cooling to bring 
the temperature of the rubidium atoms down to about 
ten millionth of one degree above absolute zero, which 
was still too warm to produce Bose-Einstein conden- 
sate. The atoms held in the laser light trap were then 
subjected to a strong magnetic field that held them in 
place. Called a time-averaged orbiting potential trap, 
the magnetic trap had a special twist that allowed the 
scientists to remove the most energetic (hottest) atoms, 
leaving only the very cold atoms behind. 


Since the initial demonstration in 1995, scientists 
have continued to work with Bose-Einstein condensate, 
using it to slow light to less than 40 mph (64 km/h), and 
even to produce an atom laser, which produces bursts 
of atoms with laser-like properties. Multiple studies 
are underway to help researchers understand the prop- 
erties of this baffling material. 


Applications 


Following his successful liquefaction of helium in 
1908, Onnes turned his attention almost immediately 
to studying the properties of other materials at cryo- 
genic temperatures. The first property he investigated 
was the electrical resistance of metals, which was 
known to decrease with decreasing temperature. It 
was presumed that the resistance would completely 
disappear at absolute zero. Onnes discovered, how- 
ever, that for some metals the resistance dropped to 
zero very suddenly at temperatures above absolute 
zero. The effect is called superconductivity and has 
some very important applications in today’s world. 
For example, superconductors are used to make 
magnets for particle accelerators and for magnetic 
resonance imaging (MRI) systems used in many 
hospitals. 


The discovery of superconductivity led other sci- 
entists to study a variety of material properties at 
cryogenic temperatures. Today, physicists, chemists, 
material scientists, and biologists study the properties 
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of metals, as well as the properties of insulators, semi- 
conductors, plastics, composites, and living tissue. In 
order to chill their samples they must bring them into 
contact with something cold. This is done by placing 
the sample in an insulated container, called a dewar, 
and cooling the inner space, either by filling it with a 
cryogenic liquid, or by cooling it with a cryogenic 
refrigerator. 


Over the years, this research has resulted in the 
identification of a number of useful properties. One 
such property common to most materials that are 
subjected to extremely low temperatures is brittleness. 
The recycling industry takes advantage of this by 
immersing recyclables in liquid nitrogen, after which 
they are easily pulverized and separated for reprocess- 
ing. Still another cryogenic material property that is 
sometimes useful is that of thermal contraction. 
Materials shrink when cooled. To a point (about the 
temperature of liquid nitrogen), the colder a material 
gets the more it shrinks. An example is the use of liquid 
nitrogen in the assembly of some automobile engines. 
In order to get extremely tight fits when installing 
valve seats, the seats are cooled to liquid nitrogen 
temperatures, whereupon they contract and are easily 
inserted in the engine head. When they warm up, a 
perfect fit results. 


Cryogenic liquids are also used in the space pro- 
gram. For example, cryogens are used to propel rock- 
ets into space. A tank of liquid hydrogen provides the 
fuel to be burned and a second tank of liquid oxygen is 
provided for combustion. A more exotic application is 
the use of liquid helium to cool orbiting infrared tele- 
scopes. Any object warmer than absolute zero radiates 
heat in the form of infrared light. The infrared sensors 
that make up a telescope’s lens must be cooled to 
temperatures that are lower than the equivalent tem- 
perature of the light they are intended to sense, other- 
wise the telescope will be blinded by its own light. 
Since temperatures of interest are as low as 3K 
(—454°F [—270°C]), liquid helium at 1.8K (—456°F 
[—271°C]) is used to cool the sensors. 


Cryogenic preservation has even extended to a 
hotly debated topic: in vitro fertilization. In vitro fer- 
tilization is a technique that improves the chances of a 
woman being pregnant by removing an egg and fertil- 
izing it with a sperm, cultivating the zygote until it 
becomes an embryo and implanting it into the uterus 
of a female recipient. A report by clinical geneticists at 
the Georgia Reproductive Specialists LLC, in Atlanta 
published results from the first conception and deliv- 
ery of non-identical twins after a successful transfer of 
human blastocyts (a stage during the early develop- 
ment of the embryo shortly after fertilization) that 
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KEY TERMS 


Absolute zero—Absolute zero is the lowest temper- 
ature possible. It is associated with the absence 
of molecular motion and is equal to OK (-459°F 
[-273°C]). 


Boiling point—The boiling point of a liquid is the 
temperature at which it boils, also the temperature at 
which its vapor condenses. 


Bose-Einstein condensate—A material state in 
which a collection of supercooled atoms fall into 
the same quantum state, essentially acting like a 
single superatom. 


Cryogen—A cryogen is a liquid that boils at temper- 
atures below about 173K (-148°F [-100°C]). 


Entropy—The measurement of a tendency towards 
increased randomness and disorder. 


were cryogenically preserved at day six and seven after 
fertilization. Controversy in the medical community 
surrounds the value of cryogenically preserving later 
stage human blastocytes. Although using cryogenic 
preservation for maintaining embryo may lead to bio- 
ethical complications, the medical potential for pre- 
serving tissues or organs that maintain viability has 
tremendous medical benefits. 


Finally, the production of liquefied gases has itself 
become an important cryogenic application. Cryogenic 
liquids and gases such as oxygen, nitrogen, hydrogen, 
helium, and argon all have important applications. 
Shipping them as gases is highly inefficient because of 
their low densities. This is true even at extremely high 
pressures. Instead, liquefying cryogenic gases greatly 
increases the weight of cryogen that can be transported 
by a single tanker. 


See also Absolute zero; Atoms; Cryobiology; 
Faraday effect; Gases, liquefaction of; Gases, proper- 
ties of; Temperature regulation; Temperature. 
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Kelvin temperature scale—The Kelvin temperature 
scale is an absolute temperature scale with the same 
size unit, called the Kelvin, as the Celsius scale, but 
shifted so that zero Kelvin (OK) corresponds to abso- 
lute zero. 


Superconductivity—Superconductivity is the ability 
of a material to conduct electricity without loss, that 
is, without electrical resistivity, at a temperature 
above absolute zero. The phenomenon occurs in 
certain materials when their electrical resistance 
drops suddenly and completely to zero at a speci- 
fic cryogenic temperature, called the critical 
temperature. 


Thermodynamics—Thermodynamics is the study of 
energy in the form of heat and work, and the relation- 
ship between the two. 
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Cambridge University Press, 2003. 
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I Cryptography, encryption, 
and number theory 


Cryptography is a branch of applied mathematics 
concerned with developing codes to enhance the pri- 
vacy of communications. It is equally concerned with 
methods for breaking codes. When successful, cryp- 
tography allows its users, whether governments, mili- 
tary, businesses, or individuals, to maintain privacy 
and confidentiality in their communications. 


Encryption is any form of coding, ciphering, or 
secret writing. Encryption of data, therefore, includes 
any and all attempts to conceal, scramble, encode, or 
encipher any information. In the modern world, how- 
ever, the term data usually implies digital data, that is, 
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information in the form of binary digits (bits, most 
often symbolized as 1s and 0s). 


The goal of encryption is to be “crack proof” (i.e, 
messages should only able to be decoded and under- 
stood by authorized recipients). Cryptography is also 
a means to ensure the integrity and preservation of 
data from tampering. Modern cryptographic systems 
rely on functions associated with advanced mathe- 
matics, including the branch of mathematics known 
as number theory, which explores the properties of 
numbers and the relationships between numbers. 


Although cryptography has a long history of use 
in military and diplomatic affairs, its importance 
increased greatly during the later half of the twentieth 
century. Growing reliance on electronic communica- 
tion and data storage increased demand for advance- 
ments in cryptologic science. The use of cryptography 
broadened from its core diplomatic and military users 
to become of routine use by companies and individuals 
seeking privacy in their communications. 


In addition to improvements made to cryptologic 
systems based on information made public from clas- 
sified government research programs, international 
scientific research organizations devoted exclusively 
to the advancement of cryptography (e.g., the 
International Association for Cryptologic Research), 
began to apply applications of mathematical number 
theory to enhance privacy, confidentiality, and the 
security of data. Number theory was applied to 
develop increasingly involved algorithms (step-by- 
step procedures for solving a mathematical problems). 
In addition, as commercial and personal use of the 
Internet grew, it became increasingly important not 
only to keep information secret but also to be able to 
verify the identity of message sender. Cryptographic 
use of certain types of algorithms called “keys” allow 
information to be restricted to a specific and limited 
audiences whose identities can be authenticated. 


In some cryptologic systems, encryption is accom- 
plished by choosing certain prime numbers and then 
products of those prime numbers as basis for further 
mathematical operations. In addition to developing 
such mathematical keys, the data itself is divided into 
blocks of specific and limited length so that the infor- 
mation that can be obtained even from the form of the 
message is limited. Decryption is usually accomplished 
by following an elaborate reconstruction process that 
itself involves unique mathematical operations. In 
other cases, decryption is accomplished by performing 
the inverse mathematical operations performed dur- 
ing encryption. 
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In August, 1977, Ronald Rivest, Adi Shamir, and 
Leonard Adleman published an algorithm destined to 
become a major advancement in cryptology. (It is 
often debated whether the RSA algorithm was, at 
least it part, developed earlier and independently by 
specialists working for the British intelligence agen- 
cies.) The RSA algorithm underlying the system 
derives its security from the difficulty in factoring 
very large composite numbers. With the rise of the 
Internet, the RSA algorithm became the most com- 
monly used encryption and authentication algorithm 
in the world. It has been used in the development of 
Internet web browsers, spreadsheets, data analysis, 
email, and word processing programs. Every time a 
credit-card purchase is made on a Web site, for exam- 
ple, the RSA algorithm is used by encrypt the buyer’s 
credit-card number for transmission to the seller. 


Because digital data are numerical, their efficient 
encryption demands the use of ciphering rather than 
coding. A code may be purely verbal, but a cipher is a 
system of rules for transforming any message text (the 
plaintext) into an apparently random text (the cipher- 
text) and back again. Digital computers are ideal for 
implementing ciphers; virtually all ciphering today is 
performed on digital data by digital computers. 


See also Computer languages; Computer mem- 
ory, physical and virtual memory; Computer software; 
Internet and the World Wide Web. 
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CA: O’Reilly Media, 2006. 

Pincock, Stephen. Codebreaker: The History of Secret 
Communications. Walker & Company, 2006. 
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Nechvatal, James, et al. “Report on the Development of the 
Advanced Encryption Standard.” National Institute of 
Standards and Technology. October 2, 2000. 
<csrc.nist.gov/encryption/aes/round2/r2report.pdf> 
(accessed October 24, 2006). 
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Crystal 


l Crystal 


A crystal is a solid composed of atoms in a highly 
ordered, definite, geometric arrangement that is repeated 
in all directions within the crystal. 


Crystals have always attracted the curiosity of 
humans. Archaeologists have unearthed shells, claws, 
teeth, and other crystalline solids dating to 25,000 BC 
that have holes, as though worn as necklaces, and 
engraved with symbols of magic. The treasures of the 
ancient Egyptian king, Tutankhamen, abound with 
crystals in the forms of gems and jewels. These were 
not only intended for personal adornment, but were 
designed in symbolic fashion and believed to possess 
mystical and religious powers. Healers used crystals in 
their magical rites and cures. 


In ancient Greece, Archimedes made a study of 
regular solids, and Plato and Aristotle speculated on 
the relationship between regular solids and the ele- 
ments. In the sixteenth century, the German naturalist, 
Giorgius Agricola, classified solids by their external 
forms, and Johannes Kepler observed that snowflakes 
were always six-sided (circa 1611), commenting on geo- 
metrical shapes and arrangements that might produce 
this effect. In the seventeenth century, noted philoso- 
phers and mathematicians, including René Descartes, 
Robert Hooke, and Christiaan Huygens followed and 
expanded Kepler’s postulates. 


In 1671, an English translation of a study by a 
Danish-born scientist, Nicolaus Steno, was published 
in London. It described his investigative work on crys- 
tals of quartz, which consists of silicon and oxygen. An 
Italian scientist, Domenico Guglielmini, developed a 
structural theory of crystals over the years 1688-1705. 
Later, measurements of crystals by the French scien- 
tist, Jean Baptiste Louis Romé Delisle, were published 
between 1772-1783. In 1809, the British scientist, 
William Hyde Wollaston, described an improved 
goniometer instrument for making accurate measure- 
ments on small crystals. 


The study of crystals has led to major advances in 
our understanding of the chemistry of biological proc- 
esses. In 1867, Louis Pasteur discovered two types of 
tartaric acid crystals that were related as the left hand 
is to the right; that is, one was the mirror image of the 
other. This led to the discovery that most biomole- 
cules, molecules upon which living systems are based, 
exhibit this same type of handedness. 


Detailed analyses of crystal structures are carried 
out by x-ray diffraction. In 1912, Max von Laue pre- 
dicted that the spacing of crystal layers is small enough 
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to cause diffraction (breaking of light, when it hits an 
opaque surface, into colored bands). William Henry 
Bragg and his son, William Lawrence Bragg, were 
awarded the Nobel Prize in chemistry (1915) for their 
development of crystal structure analysis using x-ray 
diffraction. In 1953, James Watson and Francis Crick 
deduced the double helix structure of DNA (deoxyribo- 
nucleic acid, one of the nucleic acids which controls 
heredity in living organisms) partly from the results of 
x-ray diffraction analysis of DNA. In recognition of this 
advancement in the study of the processes of life, they 
were awarded the Nobel Prize in 1962. Throughout the 
twentieth century the study of crystalline molecules has 
continued to expand our knowledge by providing 
detailed structures of vitamins, proteins (enzymes, myo- 
globin, bacterial membranes), liquid crystals, polymers, 
and organic and inorganic compounds. 


Today, crystals are still worn for decorative pur- 
poses in the form of gems and jewels. There are still 
believers in the mystical powers of crystals, but there is 
no scientific basis for any of the many claims made 
regarding the powers of crystals. Crystals are used in 
modern technological applications, such as lasers. 


Common classes of crystalline solids 


The standard classes of crystalline solids are the 
metals, ionic compounds, molecular compounds, and 
network solids. 


The metals are those elements occurring on the 
left side of the periodic table (a classification of ele- 
ments based on the number of protons in their nuclei), 
up to the diagonal that connects boron and astatine. 
The nuclei of metal atoms take up highly ordered, 
crystalline arrangements; the atomic electrons are rel- 
atively free to move throughout the metal, making 
metals good conductors of electricity. 


When a metallic element combines with a non- 
metal (an element which is on the right side of the 
boron-astatine diagonal) an ionic compound is 
obtained. Ionic compounds do not consist of mole- 
cules, but are made up of ordered arrays of ions. An 
ion is a charged atom or molecule; a positive ion (or 
cation) is produced when an atom gives up an electron, 
and a negative ion (or anion) is the result when an 
atom gains an electron. The attraction of opposite 
charges of cations and anions (electrostatic attraction) 
keeps them in close proximity to each other. In com- 
pounds, the ions assume the ordered arrangements 
characteristic of crystals. The strong electrostatic 
forces between oppositely charged ions make it very 
difficult to separate the ions and break down the crys- 
tal structure; thus, ionic compounds have very high 
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Common crystal structures of ionic compounds 


Compound Structure Name 


Radius ratio and C.N. 


of cation and anion Packing and layering 


halides of lithium, sodium, potassium, soldium chloride 
rubidium; ammonium halides; silver halides; 
oxides and sulfides of magnesium, clacium, 


strontium, and barium 


zinc sulfide, copper(l) chloride, cadmium (I!) 
sulfide, mercury (II) sulfide 


sphalerite 


zinc sulfide, zinc oxide, beryllium oxide, wurtzite 
manganese (II) sulfide, silver iodide, 


silicon carbide, ammonium fluoride 


calcium fluoride, barium chloride, fluorite 
mercury (Il) fluoride, lead (IV) oxide, 


barium fluoride, strontium fluoride 


cesium chloride, calcium sulfide, 
cesium cyanide 


cesium chloride 


0.41 to 0.75 6:6 chloride ccp, sodium in 


every octahedral hole 


0.23 to 0.41 4:4 sulfide ccp, zinc in half 


the tetrahedral holes 


0.23 to 0.41 4:4 sulfide hcp, zinc in half 


the tetrahedral holes 


0.72 and up 8:4 calcium ccp, fluoride 


in all tetrahedral holes 


0.72 and up 8:8 chloride in primitive cubes, 


cesium at the centers 


Table 1. Common Crystal Structures of lonic Compounds. (Thomson Gale.) 


melting points (generally higher than 1,742°F 
[950°C]). Because the electrons in ionic compounds 
are not free to move throughout the crystal, these 
compounds do not conduct electricity unless the ions 
themselves are released by heating to high tempera- 
tures or by dissolving the compound. 


When nonmetallic elements combine in reactions, 
the resulting compound is a molecular compound. 
Within such compounds the atoms are linked by 
shared electrons, so that ions are not present. 
However, partial charges arise in individual molecules 
because of uneven distribution of electrons within 
each molecule. Partial positive charges in one molecule 
can attract partial negative charges in another, result- 
ing in ordered crystalline arrangements of the mole- 
cules. The forces of attraction between molecules in 
crystals of covalent compounds are relatively weak, so 
these compounds require much less energy to separate 
the molecules and break down the crystals; thus, the 
melting points of covalent compounds are usually less 
than 570°F (300°C). Because charged particles are not 
present, covalent compounds do not conduct electric- 
ity, even when the crystals are broken down by melting 
or by dissolving. 


Network solids are substances in which atoms are 
bonded covalently to each other to form large net- 
works of molecules of nondefinite size. Examples of 
network solids include diamond and graphite, which 
are two crystalline forms of carbon, and silicates, such 
as sand, rock, and minerals, which are made up of 
silicon and oxygen atoms. Because the atoms occupy 
specific bonding sites relative to each other, the result- 
ing arrangement is highly ordered and, therefore, 
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crystalline. Network solids have very high melting 
points because all the atoms are linked to their neigh- 
bors by strong covalent bonds. Thus, the melting point 
of diamond is 6,332°F (3,500°C). Such solids are 
insoluble because the energy required to separate the 
atoms is so high. 


Internal structures of metallic crystals 


A complete description of the structure of a crys- 
tal involves several levels of detail. Metallic crystals 
are discussed first for simplicity, because the atoms are 
all of the same type, and can be regarded as spherical 
in shape. However, the basic concepts are the same for 
all solids. 


If the spheres are represented by points, then the 
pattern of repeating points at constant intervals in 
each direction in a crystal is called the lattice. 
Fourteen different lattices can be obtained geometri- 
cally (the Bravais lattices). If lines are drawn through 
analogous points within a lattice, a three-dimensional 
arrangement of structural units is obtained. The small- 
est possible repeating structural unit within a crystal is 
called the unit cell, much like a brick is the smallest 
repeating unit (the unit cell) of a brick wall. 


The fourteen unit cell types are based on seven 
types of crystal systems. These are the cubic, triclinic, 
monoclinic, orthorhombic, trigonal, tetragonal, and 
hexagonal systems. The specific crystal system and 
type of unit cell observed for a given solid is dependent 
on several factors. If the particles that make up the 
solid are approximately spherical, then there is a ten- 
dency for them to pack together with maximum 
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Crystal 


Name Composition 


Impurity 


Common color Crystal system 


Diamond carbon 
Ruby 


Sapphire 


aluminum oxide 
aluminum oxide 
Emerald beryllium-aluminum silicate 
Jade calcium-magnesium-iron silicate iron 
Opal silicon oxide hydrates 
Topaz aluminum fluoride-hydroxide-silicate 
Turquoise copper-aluminum-hydroxide-phosphate 


Zircon zirconium silicate iron 


Table 2. Gems. (Thomson Gale.) 


efficiency. Close-packed structures have the maximum 
packing efficiency, with 74% of the crystal volume 
being occupied by the particles. Close-packing occurs 
in two different ways: cubic close-packing (ccp), which 
gives rise to cubic unit cells (the face-centered cube), 
and hexagonal close-packing (hcp), which gives hex- 
agonal unit cells. 


The placement of atoms that produces each of 
these arrangements can be described in terms of their 
layering. Within each layer, the most efficient packing 
occurs when the particles are staggered with respect to 
one another, leaving small triangular spaces between 
the particles. The second layer is placed on top of the 
first, in the depressions between the particles of the 
first layer. Similarly, the third layer lies in the depres- 
sions of the second. Thus, if the particles of the third 
layer are also directly over depressions of the first 
layer, the layering pattern is ABCABC, in which the 
fourth layer is a repeat of the first. This is called cubic 
close-packing, and results in the face-centered cubic 
unit cell. Such close-packed structures are common in 
metals, including calcium, strontium, aluminum, rho- 
dium, iridium, nickel, palladium, platinum, copper, 
silver, and gold. If the third layer particles are also 
directly over particles of the first, the repeating layer 
pattern is ABAB. This is called hexagonal close-packing, 
and produces the hexagonal unit cell. This packing 
arrangement also is observed for many metals, including 
beryllium, magnesium, scandium, yttrium, lanthanum, 
titanium, zirconium, hafnium, technetium, rhenium, 
rubidium, osmium, cobalt, zinc, and cadmium. 


Other layering patterns in which the particles are 
not close-packed occur frequently. For example, par- 
ticles within a layer might not be staggered with 
respect to one another. Instead, if they align them- 
selves as in a square grid, the spaces between the 
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chromium red 
titanium, iron 
chromium 


(scattered light) 
unknown 
copper 


colorless and other cubic 

hexagonal 
blue and other hexagonal 
green hexagonal 
green and other monoclinic 
various various none 
colorless and other orthorhombic 
blue and other none 


colorless and other tetragonal 


particles also will be square. The second layer fits in 
the depressions of the first; the third layer lies in 
depressions of the second, and over particles of the 
first layer, giving the layering pattern (ABAB) with a 
space-filling efficiency of 68%. The resulting unit cell 
is a body-centered cube. Metals which have this 
arrangement of atoms include the alkali metals, 
barium, vanadium, niobium, tantalum, chromium, 
molybdenum, tungsten, manganese, and iron. 


Common internal structures of crystals 
of ionic solids 


Although ionic solids follow similar patterns as 
described above for metals, the detailed arrangements 
are more complicated, because the positioning of two 
different types of ions, cations and anions, must be 
considered. In general, it is the larger ion (usually, the 
anion) that determines the overall packing and layer- 
ing, while the smaller ion fits in the holes (spaces) that 
occur throughout the layers. 


Two types of holes occupied by cations exist (in 
close-packed ionic structures.). These are named tet- 
rahedral and octahedral. An ion in a tetrahedral site 
would be in contact with four ions of opposite charge, 
which, if linked by imaginary lines, produces a tetra- 
hedron. An ion in an octahedral site would be in 
contact with six ions of opposite charge, producing 
an octahedron. The number of oppositely charged 
ions in contact with a given ion is called its coordina- 
tion number (CN). Therefore, an ion in a tetrahedral 
site has a coordination number of four; an ion in an 
octahedral site has a coordination number of six. The 
total number of octahedral holes is the same as the 
number of close-packed ions, whereas there are twice 
as many tetrahedral holes as close-packed atoms. 
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Because tetrahedral holes are smaller, they are occu- 
pied only when the ratio of the smaller ion’s radius to 
the radius of the larger ion is very small. As the radi- 
usratio of the smaller ion to the larger ion becomes 
greater, the smaller ion no longer fits into tetrahedral 
holes, but will fit into octahedral holes. 


These principles can be illustrated by several 
examples. The repeating structural unit of crystalline 
sodium chloride (table salt) is the face-centered cubic 
unit cell. The larger chloride ions are cubic close- 
packed (ABCABC layering pattern). The radius ratio 
of sodium ion to chloride ion is about 0.6, so the 
smaller sodium ions occupy all the octahedral sites. 
Chloride and sodium ions both have coordination 
numbers of six. This structure occurs frequently 
among ionic compounds and is called the sodium 
chloride or rock salt structure (Table 1). 


In the sphalerite (or zincblende) crystalline form of 
zinc sulfide, the larger sulfide ions are cubic close- 
packed (ABCABC layering), giving a face-centered 
cubic unit cell. The small zinc ions occupy tetrahedral 
sites. However, the number of tetrahedral holes is twice 
the number of sulfide ions, whereas the number of zinc 
ions is equal to the number of sulfide ions. Therefore, 
zinc ions occupy only half of the tetrahedral holes. In 
the wurtzite structure, another crystalline form of zinc 
sulfide, the sulfide ions are hexagonally close-packed, 
(ABAB layering), giving a hexagonal unit cell. Again, 
the zinc ions occupy half the tetrahedral sites. 


Another common structure, the fluorite structure, 
is often observed for ionic compounds which have 
twice as many anions as cations, and in which the 
cations are larger than the anions. The structure is 
named after the compound, calcium fluoride, in 
which the calcium ions are cubic close-packed, with 
fluoride in all the tetrahedral sites. 


As discussed for metals, many compounds have 
structures that do not involve close-packing. For exam- 
ple, in the cesium chloride structure, the larger chloride 
ions are arranged in primitive cubes, with cesium ions 
occupying positions at the cube centers. 


Many other structures are observed for ionic com- 
pounds. These involve similar packing arrangements as 
described above, but vary in number and types of occu- 
pied holes, and the distribution of ions in compounds 
having more than two types of cation and/or anion. 


Crystal structures of molecular compounds 
and network solids 


The molecules that make up molecular com- 
pounds may not be approximately spherical in shape. 
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Therefore, it is difficult to make detailed generaliza- 
tions for molecular compounds. They exhibit many 
crystal structures that are dependent on the best pack- 
ing possible for a specific molecular shape. 


The most common network solids are diamond, 
graphite, and silicates. Diamond and graphite are two 
crystalline forms of carbon. In diamond, each carbon 
atom is covalently bonded to all four of its nearest 
neighbors in all directions throughout the network. 
The resulting arrangement of atoms gives a face-centered 
cubic unit cell. In graphite, some of the covalent bonds 
are double bonds, forcing the carbon atoms into a planar 
arrangement of fused six-membered rings, like a 
chicken-wire fence. Sheets of these fused rings of carbon 
lie stacked upon one another. 


Silicates, present in sand, clays, minerals, rocks, 
and gems, are the most common solid inorganic materi- 
als. In the arrays, four oxygen atoms bond to one silicon 
atom to give repeating tetrahedral units. Silicate units 
can share oxygen atoms with adjacent units, giving 
chain silicates, sheet silicates, and framework silicates. 


Crystallinity in macromolecules 


Macromolecules are giant polymer molecules 
made up of long chains of repeating molecular units 
and bonded covalently to one another. Macro- 
molecules occur widely in nature as carbohydrates, 
proteins, and nucleic acids. Polymers, plastics, and 
rubber also are macromolecules. 


Macromolecules may be likened to a plate of spa- 
ghetti, in which the individual strands of the macro- 
molecules are entangled. Notably, there is a lack of 
order in this system, and a lack of crystallinity. 
However, a marked degree of order does exist in certain 
regions of these entanglements where segments of 
neighboring chains may be aligned, or where chain 
folding may promote the alignment of a chain with 
itself. Regions of high order in macromolecules, called 
crystallites, are very important to the physical and 
chemical properties of macromolecules. The increased 
forces of attraction between chains in these regions give 
the polymer strength, impact resistance, and resistance 
to chemical attack. Polymers can be subjected to some 
form of heat treatment followed by controlled cooling 
and, sometimes, stretching, in order to promote greater 
alignment of chains, a higher degree of crystallinity, and 
a consequent improvement in properties. 


Crystal defects and growth of crystals 


The growth and size of a crystal depends on the 
conditions of its formation. Temperature, pressure, 
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Crystal 


the presence of impurities, etc., will affect the size and 
perfection of a crystal. As a crystal grows, different 
imperfections may occur, which can be classified as 
either point defects, line defects (or dislocations), and 
plane defects. 


Point defects occur: a) if a particle site is unoccu- 
pied (a Schottky defect); b) if a particle is not in its 
proper site (which is vacant) but is in a space or hole 
(a Frenkel defect); or c) if an extra particle exists in 
a space or hole, with no corresponding vacancy (an 
anti-Schottky defect). Line defects occur: a) if an 
incomplete layer of particles occurs between other, 
complete layers (an edge dislocation); or b) if a layer 
of particles is not planar, but is out of alignment with 
itself so that the crystal grows in a spiral manner 
(a screw dislocation). Plane defects occur; a) if two 
crystallites join to form a larger crystal in which the 
rows and planes of the two crystallites are mismatched 
(a grain boundary); or b) if a layer in an ABCABC 
pattern occurs out of sequence (a stacking fault). 


Sometimes, imperfections are introduced to crys- 
tals intentionally. For example, the conductivity of 
silicon and germanium can be increased by the inten- 
tional addition of arsenic or antimony impurities. This 
procedure is called doping, and is used in materials, 
called semiconductors, that do not conduct as well as 
metals under normal conditions. The additional elec- 
trons provided by arsenic or antimony impurities (they 
have one more electrons in their outermost shells than 
do silicon or germanium) are the source of increased 
conductivity. 


Experiments in decreased gravity conditions 
aboard the space shuttles and in Spacelab I demon- 
strated that proteins formed crystals rapidly, and with 
fewer imperfections, than is possible under regular 
gravitational conditions. This is important because 
macromolecules are difficult to crystallize, and usually 
will form only crystallites whose structures are difficult 
to analyze. Protein analysis is important because many 
diseases (including acquired immunity deficiency syn- 
drome, AIDS) involve enzymes, which are the highly 
specialized protein catalysts of chemical reactions in 
living organisms. The analysis of other biomolecules 
may also benefit from these experiments. It is interest- 
ing that similar advantages in crystal growth and degree 
of perfection have also been noted with crystals grown 
under high gravity conditions. 


Gemstones 


Although the apparent perfection of gems is a 
major source of their attraction, the rich colors of 
many gemstones are due to tiny impurities of colored 
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KEY TERMS 


Close-packing—tThe positioning of atoms, ions, or 
molecules in a crystal in such a way that the 
amount of vacant space is minimal. 


Covalent bond—A chemical bond formed when 
two atoms share a pair of electrons with each other. 


Diffraction—A wave-like property of light: when a 
ray of light passes through a tiny opening it spreads 
out in all directions, as though the opening is the 
light source. 


Electrostatic attraction—The force of attraction 
between oppositely charged particles, as in ionic 
bonding. 

lonic compound—A compound consisting of pos- 
itive ions (usually, metal ions) and negative ions 
(nonmetal ions) held together by electrostatic 
attraction. 


Lattice—A pattern obtained by regular repetition of 
points in three dimensions. 


Liquid crystal—A compound consisting of particles 
which are highly ordered in some directions, but 
not in others. 


Macromolecule—A giant molecule consisting of 
repeating units of small molecules linked by cova- 
lent bonds. 


Periodic Table—A classification of the known ele- 
ments, based upon their atomic numbers (the num- 
bers of protons in the nuclei). 


Unit cell—The simplest three-dimensional repeat- 
ing structure in a crystal lattice. 


metal ions within the crystal structure. Table 2 
lists some common gemstones and their crystalline 
structures. 


The value and desirable properties of crystals pro- 
mote scientific attempts to synthesize them. Although 
methods of synthesizing larger diamonds are expen- 
sive, diamond films can be made cheaply by a method 
called chemical vapor deposition (CVD). The techni- 
que involves methane and hydrogen gases, a surface 
on which the film can deposit, and a microwave oven. 
Energy from microwaves breaks the bonds in the 
gases, and, after a series of reactions, carbon films in 
the form of diamond are produced. The method holds 
much promise for: a) the tool and cutting industry 
(because diamond is the hardest known substance); 
b) electronics applications (because diamond is a con- 
ductor of heat, but not electricity); and c) medical 
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applications (because it is tissue-compatible and 
tough, making it suitable for joint replacements, 
heart valves, etc.). 


See also Diffraction. 


Resources 


BOOKS 
Rhodes, Gale. Crystallography Made Crystal Clear. 3rd ed. 
Burlington, MA: Academic Press, 2006. 
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Cube root see Radical (math) 


l Cubic equations 


A cubic equation is one of the form ax* + bx” + cx + 
d= 0 where a, b, c, and d are real numbers. For example, 
x? — 2x? —5x + 6 = O and x? — 3x*+ 4x —-2=Oare 
cubic equations. The first one has the real solutions, or 
roots, —2, 1, and 3, and the second one has the real root 
1 and the complex roots 1 + i and 1 —1. 


Every cubic equation has either three real roots as 
in our first example or one real root and a pair of 
(conjugate) complex roots as in our second example. 


There is a formula for finding the roots of a cubic 
equation that is similar to the one for the quadratic 
equation but more complicated. It was first used by 
Geronimo Cardano in 1545 (though he had obtained 
the formula from Niccolo Tartaglia under the promise 
of secrecy), and is therefore known as Cardano’s cubic 
formula. 


Resources 


BOOKS 
Bittinger, Marvin L., and Davic Ellenbogen. Intermediate 


Algebra: Concepts and Applications. 6th ed. Reading, 
MA: Addison-Wesley Publishing, 2001. 
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| Cuckoos 


Cuckoos, coucals, anis, malkohas, and roadrun- 
ners are approximately 129 species of birds that make 
up the family Cuculidae. These birds are mostly 
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A greater roadrunner. (Maslowski/Photo Researchers, Inc.) 


tropical in distribution, but some species also breed 
in the temperate zones. Many species are parasitic 
breeders, laying their eggs in the nests of other species 
of birds. Species of the cuckoo family occupy a great 
diversity of habitats, ranging from desert to temperate 
and tropical forests. 


The cuckoos vary greatly in size, with the range of 
body length being about 6-27.5 in (16-70 cm). These 
birds tend to have an elongated body, a rather long 
neck, a long tail, rounded wings, and a stout, down- 
curved beak. The basal coloration of the body is gen- 
erally a brown, gray, or black hue, often with barring 
of the underparts or a white breast. Males and females 
are similarly colored, but juveniles are generally 
different. 


A large number of species in the cuckoo family are 
nest-parasites. Instead of constructing their own nests, 
these parasitic birds seek out and discover nests of 
other species, and then lay an egg inside. If the host 
is of a similar size as the parasitizing cuckoo, then 
several eggs may be laid in the nest, but on separate 
days. Only one egg is laid if the cuckoo is substantially 
larger than the host, as is often the case. The female 
cuckoo may also remove any eggs of the host species 
that she finds. 


The host birds commonly do not recognize the 
foreign egg, and incubate it as if it was their own. 
The host then cares for the parasitic hatchling until it 
fledges, and often afterwards as well. In most cases, 
the host species is much smaller than the parasite, and 
it is quite a chore to feed the voracious young cuckoo. 
The young cuckoo commonly hatches quite quickly 
and ejects the unhatched eggs of the host from the nest, 
or it ejects or otherwise kills the babies of the host. 
Once their nest is discovered by a female cuckoo, the 
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Cuckoos 


parasitized hosts are rarely successful in raising any of 
their own young. 


Male cuckoos maintain a breeding territory, largely 
using a loud and distinctive, often bell-like call. 
Interestingly, females of the nest-parasitic species of 
cuckoos also maintain a territory, independent of that 
of males of their species. In this case, the defended area 
involves foraging habitat for the discovery of nests of 
other species, rather than for access to females, as in the 
case of the male cuckoos. 


Many species of cuckoos that breed in the temper- 
ate zones undertake a long-distance migration between 
their breeding and non-breeding ranges. This is true of 
species breeding in the Northern Hemisphere, which 
winter to the south, and also of species breeding in the 
Southern Hemisphere, which winter to the north. For 
example, the shining cuckoo (Chalcites lucidus) of tem- 
perate New Zealand migrates across open waters of the 
Pacific Ocean, to winter in tropical habitats of the 
Bismarck Archipelago and Solomon Islands off New 
Guinea. 


Most species in the cuckoo family feed mostly on 
insects and other arthropods. Some of the smaller 
species of cuckoos will eat the hairy caterpillars of 
certain types of moths and butterflies. Hairy caterpil- 
lars are often an abundant type of food, in part 
because they are rejected by most other types of 
birds, which find the hairs to be irritating and distaste- 
ful. Some of the larger species of cuckoos will also feed 
on lizards, snakes, small mammals, and other birds. 


Species of cuckoos 


The best-known species in the Cuculidae is the 
Eurasian cuckoo (Cuculus canorus), which breeds 
widely in forests and thickets of Europe and Asia. 
This species is the best-studied of the nest-parasites, 
laying single eggs in the nests of a wide range of smaller 
species. Although the egg of the Eurasian cuckoo is 
usually larger than those of the parasitized host, it is 
often colored in a closely similar way to the host 
species. Individual Eurasian cuckoos are known to 
have laid single eggs in as many as 20 nests of other 
species in one season. The call of the male Eurasian 
cuckoo is the famous, bi-syllabic: “cuck-coo,” a sound 
that has been immortalized in literature and, of course, 
in cuckoo-clocks. Northern populations of this species 
migrate to Africa or southern Asia to spend their non- 
breeding season. 


Two familiar cuckoos of North America are the 
yellow-billed cuckoo (Coccyzus americanus) and the 
black-billed cuckoo (C. erythrophthalmus). Both of 
these species breed in open woodlands and brushy 
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Nest-parasite—A bird that lays its eggs, usually 
singly, in the nests of other species. The hosts incu- 
bate the parasitic egg along with their own, and 
also rear the baby parasite. 


habitats. The yellow-billed cuckoo ranges over almost 
all of the United States, southern Ontario, and north- 
ern Mexico, and winters in South America. The black- 
billed cuckoo ranges over southeastern North America, 
and winters in northwestern South America. This 
species is most abundant in places where there are 
local outbreaks of caterpillars. Both of these species 
build their own nests and raise their two to four babies. 
However, both species are occasional nest-parasites on 
other species, including each other. 


A much larger American species is the greater 
roadrunner (Geococcyx californianus), a terrestrial 
bird of dry habitats in the southwestern United 
States and Central America. The greater roadrunner 
is the largest cuculid in North America. This species 
commonly feeds on lizards and snakes, including poi- 
sonous rattlesnakes. The greater roadrunner is not a 
nest-parasite. Roadrunners are fast runners, although 
not so fast and intelligent as the one that always gets 
the better of Wile E. Coyote in the famous Warner 
Bros. cartoons. 


Two species of anis breed in North America, the 
smooth-billed ani (Crotophaga ani) of southern 
Florida, and the groove-billed ani (C. sulcirostris) of 
southern Texas. These species also occur widely in 
Central and South America, and on many Caribbean 
islands. Anis build communal, globular, stick-nests in 
trees. Each of the several cooperating pairs of anis has 
its own nesting chamber, and incubates its own eggs. 
Both parents share in the brooding of the eggs and 
raising of the young, although there is some degree of 
cooperative feeding of young birds within the com- 
mune. Anis have home ranges, but because of their 
communal nesting, they do not appear to defend a 
territory. 


The coucals are relatively large birds of Africa, 
south and Southeast Asia, and Australasia. Rather 
weak flyers, coucals are skulking birds that occur 
near the edges of scrubby and wooded habitats. The 
greater coucal or crow-pheasant (Centropus sinensis) of 
southern and southeastern Asia is a large (20 in [53 cm] 
body length), black, widespread species. Coucals build 
their own large globular nest of grasses and leaves 
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near the ground in dense vegetation. The male and 
female share the incubation and rearing of the three 
to five babies. 
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Bill Freedman 


Cucumber see Gourd family 
(Cucurbitaceae) 


| Curare 


Curare (pronounced cue-rah’-ree) is a general 
term for certain chemical substances found in different 
plants throughout the world’s rainforests. These 
plants produce a harmless sap which for centuries the 
natives of the rainforests have refined into a deadly 
poison. The way of refining and delivering the poison 
from certain types of plants is similar for natives occu- 
pying equatorial regions from South America, Africa, 
and Southeast Asia. Animals are hunted with blow- 
guns loaded with darts that have been prepared with 
lethal doses of the curare preparations. 


The word curare is derived from woorari, a word 
of native American origin from the Amazon and 
Orinoco basins meaning “poison.” There are different 
plants used to produce the poisons for the tips of the 
darts used in hunting. The blowgun is particularly 
effective against arboreal animals, such as monkeys 
and birds. The hunters’ final curare preparation is 
composed of “curares” or poisons from various 
plants. Curares from these plants share the same 
chemical composition. They are all alkaloids. An alka- 
loid is an organic compound containing nitrogen and 
usually oxygen. They are found in seed plants and are 
usually colorless and bitter, like codeine or morphine. 


The plant Strychnos toxifera produces the stron- 
gest type of curare for the hunters of the rainforests. 
Other curare type plants, however, have been used in 
western medicine as anesthetics after it was discovered 
that curares can have nonlethal effects such as skeletal 
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muscle relaxants. Tubocurarine, an anesthetic muscle 
relaxant introduced into medical practice in the early 
1940s contains a curare alkaloid from the chondro- 
dendron plant family. 


History 


Early eighteenth- and nineteenth-century research- 
ers studied the effects of curare. In 1780 Abbé Felix 
Fontana found that its action was not on the nerves 
and heart but on the ability of the voluntary muscles to 
respond to stimuli. In British experiments, several 
English researchers showed that animals injected with 
curare would recover if their respiration was artificially 
continued. Laboratory experiments were continued 
throughout the nineteenth century using curare to 
find out more about the relationship between the nerv- 
ous and skeletal muscle systems. In 1850 Claude 
Bernard using curare identified the neuromuscular 
junction where the curare interferes with the accept- 
ance of the neural impulse. Earlier in that century 
Squire Waterton had conjectured that curare could be 
used in the treatment of tetanus. 


The first use of curare in surgery was in 1912. 
A German physician and physiologist, Arthur Lawen, 
wrote about his use of curare in surgery on a patient. He 
was able to relax the patient’s abdominal muscles with a 
small amount of regular anesthesia after administering 
curare. In order to control the curare he also learned 
how to intubate (insert a tube into the patient’s trachea) 
and then ventilate the lungs, that is add air through the 
tube to control breathing. His reports, which were pub- 
lished only in German, were ignored largely because 
anesthesiologists at that time had not learned the tech- 
niques of intubation and ventilation. 


In 1938 Richard and Ruth Gill returned from a 
trip to South America to New York with a large stock 
of crude curare. They collected these plants from their 
Ecuadorian ranch for the Merck Company. At that 
time there was some interest in using curare for the 
treatment of a friend who had multiple sclerosis. 
Merck lost interest in the project, but some of the 
Gill’s curare stock passed on to Squibb & Co. Early 
use of the drug for anesthetic purposes, however, were 
not successful, and interest was dropped at that time 
for further clinical experimentation. 


Interest in curare resumed in 1939 when psychia- 
trists from the American Midwest began to use it 
to treat certain categories of patients. Children with 
spastic disorders were injected with curare but when 
no long-range improvement was observed, these 
psychiatric researchers passed it on to those who 
were using Metrazol, a drug that was a precursor to 
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Electroconvulsive therapy (ECT)—Formerly known 
as “shock treatment.” The administration of a low 
dose electric current to the head in conjunction 
with muscle relaxants to produce convulsions. A 
treatment method whose underlying action is still 
not fully understood, it has proven effective 
in relieving symptoms of some severe psychiatric 
disorders for which no other treatment has been 
effective, for example, severe depression. 


Intubation—The insertion of a tube through the 
throat and trachea as part of the anesthetic proce- 
dure using a muscle relaxant. 


Muscle relaxant—A drug used to relax the volun- 
tary muscles during an operation. 


Tubocarine—One of the many muscle relaxants 
used with curarelike effects. 


Ventilation—Keeping air flowing through the lungs 
after the breathing muscles have been relaxed dur- 
ing an operation. 


electro-convulsive therapy (ECT), formerly referred to 
as shock treatment. The curare appeared to absorb 
some of the intense muscle responses or seizures, 
thus helping to avoid seizure-induced fractures to the 
bones. Other psychiatrists began to experiment with 
the drug after its successful application to ECT. 


Shortly afterwards a Canadian physician, Harold 
Griffith, began to prepare to use curare for surgery after 
he saw the positive results of its use in psychiatric 
patients. He first utilized curare in an operation on 
January 23, 1942. Then he reported on the successful 
use of curare as a muscle relaxant for this operation, 
which was an appendectomy. He administered the 
curare after the patient’s trachea was anesthetized and 
intubated early in the operation. The muscles of the 
abdominal wall became relaxed by the curare to help 
in the performance of the operation. Twenty-five other 
patients received similar treatment. After Griffith’s 
report of his work, the use of curare and other synthetic 
type curare muscle relaxants became the standard prac- 
tice for surgical procedures requiring muscle relaxation. 


Tubocurarine 


Since 1942 there have been about 50 different 
relaxants used in clinical anesthesia. Tubocurarine, 
whose chemical structure was determined 1935, is the 
prototype of a muscle relaxant that still contains the 
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alkaloid constituent of curare and produces a similar 
physiological effect. Another semisynthetic derivative 
of tubocurarine is even more potent. It is given intra- 
venously since it is not active when taken orally. 


Anesthetic muscle relaxants block nerve impulses 
between the junctions of the nerve and muscle. It is 
believed they accomplish this task preventing the 
acceptance of acetylcholine, which is a chemical neu- 
rotransmitter, by the muscle fiber. In addition to the 
main clinical use of curare is as an accessory drug in 
surgical anesthesia to obtain relaxation of skeletal 
muscle, it is also used to facilitate diagnostic proce- 
dures, such as laryngoscopy and endoscopy. It is also 
used in cases of tetanus and myasthenia gravis, an 
autoimmune disorder. 
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Jordan P. Richman 


Curium see Element, transuranium 


I Curlews 


Curlews are large, brownish shorebirds (family 
Scolopacidae) with long legs and lengthy, downward 
curving bills, adapted for probing into sediment and 
soil for their food of invertebrates. 


The most abundant curlews in North America are 
the long-billed curlew (Numenius americanus) and the 
whimbrel, or Hudsonian curlew (N. phaeopus). The 
long-billed curlew breeds in wet meadows and grassy 
habitats in the western United States and southwest- 
ern Canada, and winters on mud flats and beaches in 
southern California and parts of the Gulf of Mexico. 
This species appears to be declining in abundance, 
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likely as a result of the loss of most of its natural 
habitat, and possibly because of damage caused by 
pesticides. 


The whimbrel breeds further to the north in two 
subarctic populations, one in coastal Alaska and 
northwestern Canada, and the other around the west 
coast of Hudson Bay. The whimbrel also breeds in 
northern Eurasia. The winter range of this species is 
very broad, ranging from the southern coastal United 
States, to the coasts of Central and South America, 
and some Pacific islands. 


The bristle-thighed curlew (N. tahitiensis) is a rare 
species with a total population of fewer than 10,000 
individuals. The bristle-thighed curlew breeds in mon- 
tane habitat in western Alaska, and migrates directly 
south, to winter on widely scattered islands of the 
Pacific Ocean, including the Hawaiian Islands. The 
5,000-5,600 mi (8,000-9,000 km) migration of this spe- 
cies is an extraordinary feat of non-stop flight while 
navigating over trackless water, in search of its scat- 
tered wintering islands. 


The Eskimo curlew (N. borealis) is the smallest of 
the North American species, only 11 in (28 cm) in body 
length. This species was once abundant during its 
migrations. However, the Eskimo curlew was deci- 
mated by market hunting during the nineteenth cen- 
tury, and is now exceedingly rare, and on the verge of 
extinction (in fact, some biologists believe it is already 
extinct). The Eskimo curlew is one of many examples 
of once abundant species that have become extinct or 
endangered as a result of uncontrolled exploitation by 
humans. Such tragedies represent lessons to be 
learned, so that similar calamities of biodiversity can 
be avoided in the future. 


See also Sandpipers; Shore birds. 


Currants see Saxifrage family 
Current see Electric current 


| Currents 


Currents are steady, smooth movements of water 
following a specific course; they proceed either in a 
cyclical pattern or as a continuous stream. In the 
Northern Hemisphere, currents generally move in a 
clockwise direction, while in the Southern Hemisphere 
they move counterclockwise. There are three basic types 
of ocean currents: surface currents; currents produced 
by long wave movements or tides; and deep-water 
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currents. Furthermore, turbidity currents play a role in 
shaping underwater topography. Measured in a variety 
of ways, currents are responsible for absorbing solar 
heat and redistributing it throughout the world. 


Surface currents 


Perhaps the most obvious type of current, surface 
currents are responsible for the major surface circula- 
tion patterns in the world’s oceans. They are the result 
of the friction caused by the movements of the atmos- 
phere over water; they owe their existence to the winds 
that form as a result of the warming of air masses at 
the sea surface near the equator and in temperate 
areas. When wind blows across the water’s surface, it 
sets the water in motion. If the wind is constant and 
strong enough, the currents may persist and become 
permanent components of the ocean’s circulation pat- 
tern; if not, they may be merely temporary. Surface 
currents can extend to depths of about 656 feet (200 m). 
They circle the ocean basins on both sides of the 
equator in elliptical rotations. 


There are several forces that affect and sustain 
surface currents, including the location of land masses, 
wind patterns, and the Coriolis effect. Located on either 
side of the major oceans (including the Atlantic, Indian, 
and Pacific), land masses affect currents because they 
act as barriers to their natural paths. Without land 
masses, there would be a uniform ocean movement 
from west to east at intermediate latitudes and from 
east to west near the equator and at the poles. The 
Antarctic Circumpolar Current can illustrate the west 
to east movement. Because no land barriers obstruct 
the prevailing current traveling between the southern 
tips of South America and Africa and the northern 
coast of Antarctica, the Antarctic Circumpolar 
Current consistently circles the globe in a west to east 
direction. Interestingly, this current is the world’s great- 
est, flowing at one point at a rate of 9.5 billion cubic feet 
per second. 


In addition to the presence of land barriers, two 
other factors work together to affect the surface cur- 
rents—wind patterns and the Coriolis effect. The basic 
wind patterns that drive the currents in both hemi- 
spheres are the trade winds and the westerly winds. 
The Coriolis effect is a force that displaces particles, 
such as water, traveling on a rotating sphere, such as 
Earth. Thus, currents develop as water is deflected by 
the turning of Earth. At the equator, the effect is 
nonexistent, but at greater latitudes the Coriolis effect 
has a stronger influence. As the trades and the west- 
erlies combine with the Coriolis effect, elliptical circu- 
lating currents, called gyres, are formed. There are two 
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large subtropical gyres dominating each side of the 
equator. In the Northern Hemisphere, the gyre rotates 
in a clockwise direction; in the Southern Hemisphere, 
it rotates counterclockwise. At the lower latitudes of 
each hemisphere, there are smaller, tropical gyres 
which move in the opposite direction of the subtrop- 
ical gyres. 


A good illustration of a surface current is the Gulf 
Stream, also called the Gulf Current. This current is 
moved by the trade winds in the Atlantic Ocean near 
the equator flowing in a northwesterly direction. 
Moving along the coasts of South and North America, 
the Gulf Stream circles the entire Atlantic Ocean north 
of the equator. Currents similar to this exist in the 
Pacific Ocean and in the Atlantic south of the equator. 


One of the major consequences of surface currents 
is their ability to help moderate Earth’s temperatures. 
As surface currents move, they absorb heat in the trop- 
ical regions and release it in colder environments. This 
process is referred to as a net poleward energy transfer 
because it moves the solar radiation from the equator to 
the poles. As a result, places like Alaska and Great 
Britain are warmer than they otherwise would be. 


Tidal currents 


Tidal currents are horizontal water motions asso- 
ciated with the sea’s changing tides. Thus, in the 
ocean, wave tides cause continuous currents that 
change direction 360 degrees every tidal cycle, which 
typically lasts from six to twelve hours. These tides can 
be very strong—reaching speeds of 6 inches (15 cm) 
per second and moving sediment long distances—or 
they can be weak and slow. Of interest to swimmers, 
rip currents are outward-flowing tidal currents, mov- 
ing in narrow paths out to sea. The flow is swift in 
order to balance the consistent flow of water toward 
the beach brought by waves. In general, tidal currents 
are of minimal effect beyond the continental shelf. 


Deep water (or density) currents 


Deep water currents move very slowly, usually 
around 0.8-1.2 inches (2-3 cm) per second. They dom- 
inate approximately 90% of the oceans’ circulation. 
Water circulation of this type is called thermohaline 
circulation. Basically, these currents are caused by 
variations in water density, which is directly related 
to temperature and salt level, or salinity. Colder and 
saltier water is heavier than warmer, fresher water. 
Water gets denser in higher latitudes due to (1) the 
cooling of the atmosphere and (2) the increased salt 
levels, which result from the freezing of surface water. 
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(Frozen water normally contains mostly freshwater, 
leaving higher concentrations of salt in the water 
that remains liquid.) Differences in water density gen- 
erate slow moving currents, due to the sinking of 
the colder, saltier water into deeper parts of the 
oceans’ basins and the displacement of lighter, fresher 
currents. 


Turbidity currents 


Turbidity currents are local, rapid-moving cur- 
rents that travel along the ocean floor and are respon- 
sible for shaping its landscape. These currents result 
from water, heavy with suspended sediment, mixing 
with lighter, clearer water. Causes of turbidity currents 
are earthquakes or when too much sediment piles up 
on a steep underwater slope. They can move like ava- 
lanches. Turbidity currents often obscure the visibility 
of the ocean floor. 


Measuring currents 


Oceanographers measure currents in a variety of 
ways using a variety of equipment, yielding results that 
range from crude to sophisticated. Currents can be 
measured directly, by clocking the water movement 
itself, or indirectly, by looking at some characteristic 
closely related to water movement. Two common direct 
ways to measure currents are the Lagrangian and the 
Eulerian methods. Lagrangian measurements monitor 
the movement of water by watching objects that are 
released into the current. These objects are monitored 
and recollected at a later time. Eulerian measurements 
look at the movement of water past a designated fixed 
location and usually include an anchored current meter. 


Ocean currents and climate 


The oceans cover over 70% of Earth’s surface. In 
the tropics, ocean water absorbs heat from the atmos- 
phere. As the warmed water is carried north by surface 
currents, immense amounts of stored energy, in the 
form of heat, are transferred from one part of the 
world to another, contributing to weather and climate 
patterns. For example, the Gulf Stream carries warm 
water far up the eastern coast of North America, and 
then swings east, towards Europe. The warm water of 
the Gulf Stream heats the air above it, creating a 
warmer climate for Iceland and western Europe than 
would otherwise exist. Thermohaline currents also 
carry stored heat from the tropics to the mid-latitudes. 


Oceanographers and climatologists are still 
exploring the important relationships between the 
oceans and their currents and ongoing global climate 
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Coriolis effect—Generically, this force affects 
particles traveling on a rotating sphere. As it 
pertains to currents, it is a deflection of water caused 
by the turning of Earth. At the equator, the effect is 
nonexistent but it gets stronger toward the poles. 
Water tends to swirl to the right in the Northern 
Hemisphere and to the left in the Southern 
Hemisphere. 

Gyre—Typically elliptical in shape, a gyre is a sur- 
face ocean current that results from a combination of 
factors, including: the Coriolis effect, Earth’s rota- 
tion, and surface winds. 


Rip currents—Narrow areas in the ocean where 
water flows rapidly out to sea. The flow is swift in 


change due to greeenhouse gases. Much of the heat 
resulting from global warming is being stored in the 
oceans, according to scientists, thus delaying part of 
the surface warming global climate change theorists 
have expected to see as the result of human-induced 
increases in greenhouse gases in the atmosphere. The 
heat being stored by ocean waters will contribute to 
warming trends throughout the world as the water is 
circulated by oceanic currents. 
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order to balance the consistent flow of water toward 
the beach brought by waves. 


Thermohaline circulation—The flow of water 
caused by variations in water density rather than 
caused by the wind. In certain situations, colder 
water from the sea floor mixes upward with the 
warmer water. As it does this, it rotates faster, moving 
toward the two poles. 


Turbidity currents—Local, rapid-moving currents 
that result from water heavy with suspended sedi- 
ment mixing with lighter, clearer water. Causes of 
turbidity currents are Earthquakes or when too much 
sediment piles up on a steep underwater slope. They 
can move like avalanches. 


| Curve 


In general usage, a curve is a line that is not 
straight, but continuously and smoothly bends 
throughout its length. With respect to analytic geom- 
etry, a curve is defined as the set of points in a coor- 
dinate system that are defined by an equation (whose 
coordinates are functions of an independent variable) 
and satisfy a definite set of conditions within the equa- 
tion. Such a definition, however, includes a line as a 
type of curve. 


Curves were studied by numerous scientists 
throughout the history of mathematics and the sciences. 
Many Greek geometers (mathematicians who specialize 
in geometry) studied curves. Specifically, geometer and 
astronomer Apollonius of Perga (c. 262-190 BC) studied 
them along with conic sections. They were also used by 
German astronomer and mathematician Johannes 
Kepler (1571-1630) when he studied astronomy and 
developed his laws of planetary motion. 


Informally, one can picture a curve as either a line, 
a line segment, or a figure obtained from a line or a line 
segment by having the line or line segment bent, 
stretched, or contracted in any way. A plane curve, 
such as a circle, is one that lies in a plane; a curve in 
three dimensional space, such as one on a sphere or 
cylinder, is called a skew curve. 


Plane curves are frequently described by equa- 
tions such as y = f(x) or F(x,y) = 0. For example, 
y = 3x + 2 is the equation of a line through (1,5) and 
(2,8) and <\d> x? + y*-9 = O is the equation of a 
circle with center at (0,0) and radius 3. Both of the 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


curves described by the equations y = 3x + 2 and 
x + y*-9 = O are examples of algebraic curves. On 
the other hand, a curve described by an equation such 
as y = cos x is an example of a transcendental curve 
since it involves a transcendental function. 


Another way of describing a curve is by means 
of parametric equations. For example, the parabola 
y = x’ can be described by the parametric equations 
x = ty = t’and the helix by x = acos 0, y = asin@, 
I = bé. 


A closed curve is a curve with no endpoints such 
as acircle or a figure eight. A curve that does not cross 
itself is a simple curve. Therefore, a circle is a simple 
closed curve whereas a figure eight is closed but not 
simple. Figure 1 shows another simple closed curve, a 
curve that is simple but not closed, and a curve that is 
closed but not simple. 


I Cushing syndrome 


In the early 1930s, Harvey Cushing, (1869-1939), an 
American physician and neurosurgeon, described a set of 
symptoms that he identified as a syndrome, and later 
called Cushing syndrome or disease. The cause of the 
syndrome at the time was unknown, but since then, a 
better understanding of the underlying causes of Cushing 
syndrome have been elucidated. Cushing syndrome (also 
known as Cushing’s syndrome) is sometimes also called 
hypercortisolism or hyperadrenocortisism. 


Cushing syndrome is an endocrine disorder that is 
caused by excessive exposure of the body’s tissues to 
the corticosteroid hormone called cortisol for long 
periods of time. It is a rare disease that generally 
affects adults ages 20 to 50 years, with roughly 10 to 
15 million people affected each year. People that take 
steroidal hormones such as prednisone for arthritis or 
asthma may develop symptoms similar to Cushing 
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Simple, not closed 


Closed, not simple 


syndrome. Overproduction of cortisol also causes the 
disease. Cortisol is produced in the cortex of the adre- 
nal gland. The adrenal cortex is the outer layer of the 
gland. The adrenal glands rest like limp, triangular 
caps atop each kidney. The adrenal glands release 
cortisol in response to stimulation by another hor- 
mone, adrenocorticotropin (ACTH), which is pro- 
duced by the pituitary gland. The pituitary gland is 
located at the base of the brain and is the control 
center for the other glands. ACTH is only produced 
when there are inadequate levels of cortisol in the 
bloodstream. Dysregulated cortisol production can 
be due to abnormalities in the adrenal glands, the 
pituitary gland, or abnormal regulation of ACTH 
production. 


Cortisol has a variety of functions throughout the 
body. It is important in the regulation of blood pres- 
sure and serves as an anti-inflammatory mediator. It 
also regulates insulin metabolism as well as plays a role 
in protein, carbohydrate, and lipid metabolism. High 
levels of cortisol can cause sodium and water reten- 
tion. Excessive cortisol production also can affect 
heart functions, muscle movements, blood cell devel- 
opment as well as other necessary bodily functions. 
Perhaps one of the most important functions of corti- 
sol is to help the body respond to stress. 


Certain tumors and other conditions can upset the 
balance between the pituitary gland and the adrenal 
gland, resulting in excessive cortisol production. There 
are several types of tumors related to overproduction 
of cortisol. Pituitary adenomas are non-cancerous 
tumors that produce increased amounts of ACTH 
and cause the greatest number of cases of Cushing 
syndrome with a five-fold higher risk for women. 
Cancerous tumors that develop outside the pituitary 
can produce ACTH, a condition also known as 
ectopic ACTH syndrome. Other cases of Cushing syn- 
drome come from adrenal tumors. A non-cancerous 
tumor in the adrenal tissue can result in excessive 
cortisol release. Symptoms rapidly develop in cancer- 
ous tumors of the adrenal glands due to high levels of 
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hormone production. Familial Cushing syndrome is 
condition that involves an inherited susceptibility to 
developing endocrine gland tumors but only accounts 
for a small population of patients. 


Cushing syndrome patients can develop a rounded, 
moon-shaped face, a large fat pad below the neck and on 
the back between the shoulders (called a buffalo hump), 
and an accumulation of fat on the abdomen. The volume 
of abdominal fat develops dramatically, often hanging 
over the beltline. Sometimes vertical purplish stripes or 
striations will appear on the abdomen. Weakness and 
wasting away of the muscles can occur. The skin bruises 
easily and wounds heal slowly. Women develop brittle 
bones, or osteoporosis, rendering them vulnerable to 
fractures, especially in the pelvis and spinal areas of 
the body. The beginning stages of diabetes can develop 
and include glucose intolerance. Psychiatric symptoms, 
excess hair growth in women, and high blood pressure 
can all be part of the symptomatology. Excessive cortisol 
production in children can result in growth retardation. 


The first step in treating Cushing syndrome 
patients is to identify the cause of the excessive 
ACTH production. It may be the result of abnormal- 
ities in the function of the pituitary gland or the adre- 
nal cortex, exposure to cortisone for unrelated medical 
treatment purposes, or a tumor that stimulates ACTH 
or cortisol production. Cushing syndrome symptoms 
in patients that are receiving treatment of cortisol can 
reverse the symptoms by refraining from taking these 
medications. A tumor of the pituitary gland may 
require surgical removal if other treatments such as 
chemotherapy, radiation, or cortisol inhibitors prove 
unsuccessful. Removal of the adrenal gland is neces- 
sary if the tumor lies within it. Removal of one adrenal 
gland will not affect the endocrine balance since the 
other gland will naturally compensate. If both glands 
are removed, however, the patient must be given cor- 
tisol and other hormones to compensate for the lack of 
adrenal gland function. 


A better understanding of the contribution of 
cortisol or ACTH and the cause of altered hormonal 
regulation has lead to better diagnostic tests as well as 
improved therapies. Current research is underway to 
identify the specific genetic defects associated with 
developing the disease. 


See also Endocrine system; Genetic disorders; 
Genetics. 
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KEY TERMS 


Cortisol—A hormone secreted by the adrenal 
gland that regulates or influences metabolism of a 
number of substances such as fat, protein, and 
water. 


Endocrine system—A system of glands and other 
structures that secrete hormones to regulate certain 
body functions such as growth and development of 
sex characteristics. 


Hydrocortisone—an artificial form of cortisol that is 
administered medically for a number of conditions. 


Syndrome—A set of diseases or symptoms that are 
traced to one specific cause; examples include 
Acquired Immune Deficiency Syndrome (AIDS) 
and toxic shock syndrome (TSS). 


Nussbaum, Robert L., Roderick R. McInnes, Huntington F. 
Willard. Genetics in Medicine. Philadelphia: Saunders, 
2001. 

Rimoin, David L. Emery and Rimoin’s Principles and 
Practice of Medical Genetics. New York: Churchill 
Livingstone, 2002. 
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| Cuttlefish 


Cuttlefish are cephalopod mollusks of the family 
Sepiidae, in the order Sepiida. Cephalopod means 
“head-footed” and the class includes advanced mol- 
lusks such as cuttlefish, squid and octopus, whose 
heads are encircled with tentacles. Cuttlefish have a 
relatively well-developed brain, sensitive organs of 
smell and hearing, highly developed eyes, and a rela- 
tively advanced reproductive system. 


There are more than 100 species of cuttlefish com- 
mon in the warmer waters of the Mediterranean, the 
European Atlantic coast, and abundant in the Indian 
Ocean, and western Pacific. Cuttlefish are found in 
shallow, sandy, coastal waters, where they feed upon 
their usual diet of shrimp. Cuttlefish are not found in 
the oceans around the United States. 
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Sepia latimanus, a cuttlefish, off Mota Island, Vanuatu. (© Fred McConnaughey, National Audubon Society Collection/Photo 
Researchers, Inc.) 


The smallest species of cuttlefish (Hemisepies typi- 
cus), grows to about 3 in (7.5 cm) long, while the largest 
species (Sepia latimanus) can reach up to 5.5 ft 1.6m) in 
length. The best known species of cuttlefish Sepia 
officinalis, or common cuttlefish, grows up to about 3 ft 
(91 cm) long, including its tentacles. 


Cuttlefish have 10 tentacles (decapod), eight of 
which are short and have rows of suckers at their 
ends. The other two tentacles are longer and are 
retractable tentacles that can be used to catch prey. 
These tentacles have club-shaped ends with suckers, 
which can catch prey faster than the tongue of a lizard 
or frog, and can retract into sockets beside each eye. 
The cuttlefish mouth bears a strong beaklike structure 
that can bite and tear the prey, and cuttlefish salivary 
glands can secrete an immobilizing poison with the 
saliva. 


The skin of a cuttlefish has pigment cells (chro- 
matophores) that are under nervous and hormonal 
control, which enable the animal to become red, 
orange, yellow, brown, or black. Cuttlefish are often 
colored brownish green with white, irregular stripes 
that provide camouflage among seaweed. Cuttlefish 


also have a purple ribbonlike fin running the length of 
the body, and they are iridescent in sunlight. Cuttlefish 
can change their color and pattern in a fraction of a 
second, a behavior that is thought to be a form of 
communication. They can become difficult to see 
when they take on the colors and designs of their 
surrounding environment, including other cuttlefish. 


The body of a cuttlefish is a flattened oval and 
supported by a shield shaped, internal, calcareous 
shell that contains a number of tiny, gas filled cham- 
bers. The cuttlebone has a hydrostatic function—it 
can change the proportion of gas and liquid it con- 
tains, thus controlling its specific gravity. Cuttlefish 
bones are used in bird cages as a good source of 
calcium, and to help keep the bird’s beak trimmed. 
Cuttlefish bone is also pulverized and used in polish. 


Cuttlefish swim by undulating their side fins and 
by using a funnel in the mantle cavity to maintain a 
stationary position in the water and to propel itself 
backward with a great deal of speed if necessary. The 
cuttlefish can control the direction of the funnel, and 
so control the force with which the water is expelled. 
Another defense capability of the funnel is a brownish 


black ink (called sepia) that is ejected when danger is 
sensed. The pigment in the ink is made of copper and 
iron, which are extracted from the cephalopod’s 
blood. The sepia ink is also known as India ink and 
is used by artists and industries as a pigment for paints, 
inks, and dyes. 


j Cybernetics 


The term “cybernetics” was originated by American 
mathematician Norbert Wiener (1894-1964) in the late 
1940s. Cybernetics is the study and analysis of control 
and communication systems, both artificial and 
biological. 


As Wiener explains in his 1948 book, Cybernetics: 
Or, Control and Communication in the Animal and the 
Machine, any machine that is “intelligent” must be 
able to modify its behavior in response to feedback 
from the environment. This notion has particular rele- 
vance to the field of computer science. Within modern 
research, considerable attention is focused on creating 
computers that emulate the workings of the human 
mind, thus improving their performance. The goal of 
this research is the production of computers operating 
on a neural network. 


During the late 1990s work has progressed to the 
point that a neural network can be run, but, unfortu- 
nately, it is generally a computer software simulation 
that is run on a conventional computer. The eventual 
aim, and the continuing area of research in this field, is 
the production of a neural computer. With a neural 
computer, the architecture of the brain is reproduced. 
This system is brought about by transistors and resis- 
tors acting as neurons, axons, and dendrites. By 1998, 
a neural network had been produced on an integrated 
circuit, which contained 1024 artificial neurons. More 
recent work has focused primarily on the implementa- 
tion of neural networks in software, not hardware, due 
to the greater flexibility of software systems. The 
advantage of these neural computers is that they are 
able to grow and adapt. They can learn from past 
experience and recognize patterns, allowing them to 
operate intuitively, at a faster rate, and in a predictive 
manner. 


Another potential use of cybernetics is one much 
loved by science fiction authors, the replacement of 
ailing body parts with artificial structures and systems. 
Ifa structure, such as an organ, can take care of its own 
functioning, then it need not be plugged into the human 
nervous system, which is a very difficult operation. If 
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the artificial organ can sense the environment around 
itself and act accordingly, it need only be attached to the 
appropriate part of the body for its correct functioning. 
An even more ambitious fantasy for cybernetics is the 
production of a fully autonomous life form, something 
akin to the robots often featured in popular science 
fiction offerings. Such an artificial life form with learn- 
ing and deductive powers would be able to operate in 
areas inhospitable to human life. This could include 
long-term space travel or areas of high radioactivity. 
However, such visions do not reflect the state of the art 
in artificial intelligence or computer programming, nor 
even any state of the art that can be projected for the 
foreseeable future. 


[ Cycads 


The cycads are a relatively small phylum 
(Cycadophyta) in the plant kingdom Plantae. The 
cycads are considered to be gymnosperms, because 
they bear their seeds naked on modified leaves called 
sporophylls. In contrast, the evolutionarily more recent 
angiosperms (flowering plants) bear their seeds inside 
of ovaries. Cycads grow in tropical and subtropical 
regions of the world. Cycads are sometimes referred 
to as “living fossils” because they are very similar to 
extinct species that were much more abundant several 
hundreds of million years ago. The foliage of many 
species of cycads resembles that of palm trees, and 
plants in the genus Cycas are commonly called “Sago 
Palms.” However, cycads are only distantly related to 
the palms, and their similarity is superficial. 


General characteristics 


Many cycad species are shrub-sized in stature, but 
some species are 20-60 feet (6-18 m) tall at maturity. 
The cycads typically have an unbranched central stem, 
which is thick and scaly. Most species grow relatively 
slowly and have a large, terminal rosette of leaves. The 
leaves of most species are compound, in that they are 
composed of numerous small leaflets. Cycad leaves 
remain green for 3-10 years, so they are considered 
evergreen. Many cycad species, though short in stat- 
ure, have a thick taproot, which can extend as much as 
30-40 feet (9-12 m) beneath the soil surface. The func- 
tion of the taproot is to take up water from deep 
beneath the surface. 


Cycads also produce coralloid (coral-like) roots, 
which grow near the surface and are associated with 
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Cycads 


A cycad in Hawaii. (JLM Visuals.) 


symbiotic cyanobacteria. In a process known as nitro- 
gen fixation, the cyanobacteria take in atmospheric 
nitrogen gas (N>) and transform it to ammonia 
(NH;3), a chemical form that can be used by the plant 
as a nutrient. In reciprocation, the plant provides 
habitat and carbohydrates to the cyanobacteria. The 
cycads are the only gymnosperms known to form sym- 
biotic relationships with cyanobacteria. 


There are about 200 species of cycads in the world. 
They are endemic to tropical and subtropical regions, 
and are found in Central America, South America, 
Africa, Asia, and Australia. The greatest richness of 
cycad species is in Mexico and Central America. 
Zamia integrifolia is the only species of cycad native 
to the United States and is found in Florida and 
Georgia. Several foreign cycad species are grown as 
ornamental plants in Florida and elsewhere in the 
southern United States. 


The stems and seeds of most cycads are very rich in 
starch. In earlier times, the Seminole Indians of Florida 
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used Zamia as an important food source. They dried 
and then ground up the starchy stem of Zamia to make 
a flour which they called “coontie.” In India, the stem 
of another cycad, Cycas circinalis, is still used to make 
Sago flour. However, cycads are of little economic 
importance today, except as ornamental plants. 


Life cycle 


Cycads, like all seed-producing plants, have a dom- 
inant diploid sporophyte phase in their life cycle—this 
is the large, familiar, green plant seen in nature. Cycads 
and other gymnosperms do not have true flowers and 
their seeds are borne naked. In the more evolutionarily 
recent angiosperms (flowering plants), the seed is envel- 
oped by a coat or fruit which originates from the ovary. 


All species of cycads are dioecious, meaning the 
male and female reproductive structures are borne on 
separate plants. The male reproductive structure, 
known as an androstrobilus, superficially looks like a 
large pine cone, though it is much simpler in structure. 
It consists of many densely packed, modified leaves, 
known as microsporophylls. Each microsporophyll 
produces a large quantity of pollen grains on its dorsal 
surface. The pollen grain is the small, multicellular, 
male haploid gametophyte phase of the cycad life 
cycle. The pollen is dispersed by wind or by insects to 
the gynostrobilus, or the female reproductive structure. 


The gynostrobilus of cycads also looks like a large 
pinecone, but it has a morphology different from the 
androstrobilus. When a pollen grain lands on the 
gynostrobilus, it germinates and grows a pollen tube, 
a long tubular cell that extends to deep within the 
multicellular, female haploid gametophyte. Then a 
sperm cell of the pollen grain swims through the pollen 
tube using its whiplike tail, or flagella, and fertilizes 
the egg to form a zygote. The zygote eventually devel- 
ops into an embryo, and then a seed. Cycad seeds are 
rich in starch and have a pigmented, fleshy outer layer 
known as the sarcotesta. The seeds are often dispersed 
by birds or mammals, which eat them for the nutri- 
tious sarcotesta, and later defecate the still-viable seed. 


It is significant that the cycads have flagellated 
sperm cells, which is considered a primitive (ie., 
ancient) characteristic. Other evolutionarily ancient 
plants, such as mosses, liverworts, and ferns, also have 
flagellated sperm cells. More evolutionarily recent 
plants, such as the flowering plants, do not have flagel- 
lated sperm cells. In fact, other than the cycads, only 
one species of gymnosperm, the gingko, or maidenhair 
tree (Ginkgo biloba), has flagellated sperm cells. In other 
gymnosperms and angiosperms, the sperm is trans- 
ported directly to the female ovule by a sperm tube. 
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KEY TERMS 


Cyanobacteria (singular, cyanobacterium)—Pho- 
tosynthetic bacteria, commonly known as blue- 
green algae. 


Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Gametophyte—The haploid, gamete-producing 
generation in a plant's life cycle. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Rosette—A radial cluster of leaves, often on a short 
stem. 


Sporophyll—An evolutionarily modified leaf which 
produces spores. 

Sporophyte—The diploid, spore-producing gener- 
ation in a plant’s life cycle. 


Evolution 


The earliest cycad fossils are from the Permian 
period (about 300 million years ago). Paleobotanists 
believe that cycads evolved from the seed ferns, a large 
group of primitive, seed-bearing plants with fern-like 
leaves. The seed ferns originated at least 350 million 
years ago, and became extinct more than 200 million 
years ago. 


Although cycads are considered to be gymno- 
sperms, because they bear naked seeds which are not 
enclosed by a fruit, fossil evidence suggests they are 
not closely related to other gymnosperms, such as the 
conifers. Therefore, many paleobotanists consider the 
gymnosperms to be an unnatural grouping of unre- 
lated plants. 


Cycads were particularly abundant and diverse 
during the Mesozoic era, so paleobotanists often 
refer to the Mesozoic as “the age of cycads.” This is 
also the era during which dinosaurs were the dominant 
animals, so zoologists refer to this as “the age of 
dinosaurs.” Consequently, museum drawings and dio- 
ramas which depict recreations of dinosaur life typi- 
cally show cycads as the dominant plants. 


The cycads are no longer a dominant group of 
plants, and there are only about 200 extant (surviving) 
species. The flowering plants essentially replaced the 
cycads as ecologically dominant species on land more 
than 100 million years ago. 


See also Paleobotany. 
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l Cyclamate 


Cyclamate (chemical formula CsH,3NO3S) is an 
artificially-made sweetener with approximately 
30 times the sweetness of ordinary table sugar. It 
does not add any calories, in contrast to a sweetener 
like sugar, which has made it attractive to those who 
are striving to lose weight. 


While still available in some countries, the sale of 
cyclamate and its use as a sweetener in processed foods 
has been banned since 1970, due to concerns of a link 
between ingestion of cyclamate and the development 
of cancer. 


Cyclamate was synthesized in 1937. Abbott 
Laboratories acquired the rights to the compound and 
began to market cyclamate as a sweetener in 1950. At 
that time, cyclamate was typically formulated as a 10-1 
mixture with saccharin, marketed under the brand name 
Sucaryl®. (Since saccharin is about 10 times as sweet as 
cyclamate, each compound contributed roughly half the 
mixture’s sweetening power.) The mixture was attractive 
because the two compounds together were sweeter and 
better-tasting than either alone. 


Another reason for combining saccharin with 
cyclamate is that the sweet taste of cyclamate develops 
slowly, although it lingers attractively on the tongue. 
On the other hand, saccharin has a bitter aftertaste 
that is much less noticeable in the mixture than when 
saccharin is used alone. Indeed, cyclamate is better 
than sugar at masking bitter flavors. 


Cyclamate is extremely stable. It can be used 
in cooking or baking and in foods of any level of 
acidic or basic character. Scientists have found no 
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Cyclone and anticyclone 


detectable change in Sucaryl tablets stored for seven 
years or more. 


Regulatory controversy 


Despite the aforementioned advantages, cycla- 
mate was ultimately banned in the United States. 
Cyclamate’s regulatory problems began in 1969, 
when animal studies established that the long-term 
consumption of high levels of cyclamate (higher than 
usual doses of the test compound is a normal part of 
such studies) was linked to the development of bladder 
cancer. This led the Food and Drug Administration to 
ban use of cyclamate—but not of saccharin, the mix- 
ture’s other ingredient. The issue was far from settled, 
however. In 1973, Abbott Laboratories petitioned to 
be allowed to continue to include cyclamate in foods. 
This request was accompanied by a number of addi- 
tional studies supporting the compound’s safety. The 
petition was rejected in 1980. 


Cyclamate remains banned even though other 
animal studies have not establish a link between the 
compound and cancer. 
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Cycloalkane see Hydrocarbon 


l Cyclone and anticyclone 


The terms cyclone and anticyclone are used to 
describe areas of low and high atmospheric pressure, 
respectively. Air flowing around one or the other 
of these areas is said to be moving cyclonically in the 
first case and anticyclonically in the second. In the 
northern hemisphere, cyclonic winds travel in a 
counterclockwise direction and anticyclonic winds, in 
a clockwise direction. When a cyclone or anticyclone 
is associated with a wave front, it is called a wave, 
a frontal, or a mid-latitude cyclone or anticyclone. 
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Vertical air movements are associated with both 
cyclones and anticyclones. In the former case, air close 
to the ground is forced inward, toward the center of a 
cyclone, where pressure is lowest, and then begins to 
rise upward. At some height, the rising air begins to 
diverge outward away from the cyclone center. 


In an anticyclone, the situation is reversed. Air at the 
center of an anticyclone is forced away from the high 
pressure that occurs there and is replaced by a downward 
draft of air from higher altitudes. That air is replaced, in 
turn, by a convergence of air from higher altitudes mov- 
ing into the upper region of the anticyclone. 


Distinctive weather patterns tend to be associated 
with both cyclones and anticyclones. Cyclones and low 
pressure systems are generally harbingers of rain, clouds, 
and other forms of bad weather, while anticyclones and 
high pressure systems are predictors of fair weather. 


One factor in the formation of cyclones and anti- 
cyclones may be the development of irregularities in a jet 
stream. When streams of air in the upper atmosphere 
begin to meander back and forth along an east-west axis, 
they may add to cyclonic or anticyclonic systems that 
already exist in the lower troposphere. As a result, rela- 
tively stable cyclones (or anticyclones) or families of 
cyclones (or anticyclones) may develop and travel in an 
easterly or northeasterly direction across the continent. 


On relatively rare occasions, such storms may 
gain enough energy to be destructive of property and 
human life. Tornadoes and possibly hurricanes are 
examples of such extreme conditions. 


See also Tornado; Wind. 


Cyclosporine 


Cyclosporines are drugs used in the field of immu- 
nosuppressant medicine to prevent the rejection of 
transplanted organs. They were discovered by Jean 
F. Borel in 1972. The cyclosporine used for transplant 
surgery is called cyclosporine A (CsA) and in 1984 it 
was added to the group of medicines used to prevent 
transplant rejection. Cyclosporine A is the most com- 
mon form of the Norwegian fungus Tolypocladium 
inflatum. 


The discovery of cyclosporine has led to a signifi- 
cant rise in the number of organ transplant operations 
performed as well as the rate of success. Cyclosporine 
has increased both the short- and long-term survival 
rates for transplant patients, especially in heart and 
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liver operations. The rejection of grafted tissues occurs 
when white blood cells (lymphocytes) called T-helper 
cells stimulate the activity of cell-destroying (cyto- 
toxic) T-killer cells. It is believed that cyclosporine 
interferes with the signals sent by the T-helper cells 
to the T-killer cells. These T cells, along with other 
white blood cells like monocytes and macrophages, 
cause the tissue rejection of the implanted organs. 


Cyclosporine has proven to be the most effective 
medicine used to combat the body’s own immune 
system, which is responsible for the rejection of trans- 
planted organs. In addition to curtailing the activity of 
T-helper cells, cyclosporine is also able to fight the 
infectious, and sometimes deadly, illnesses that often 
occur after a transplant operation. 


Cyclopsporine must be administered very care- 
fully, since it can produce a number of toxic side 
effects, including kidney damage. Many clinical trials 
have been conducted using other drugs in combination 
with cyclosporine in an effort to reduce these side 
effects. 


Immunosuppression 


There are two types of immunosuppression: specific 
suppression and nonspecific suppression. In specific sup- 
pression, the blocking agent restricts the immune system 
from attacking one or a specific number of antigens 
(foreign substances). In nonspecific immunosuppres- 
sion, the blocking agent prevents the immune system 
from attacking any antigen. Nonspecific immunosup- 
pression, therefore, breaks down the ability of the body 
to defend itself against infections. 


In the case of organ transplants, the recipient’s body 
responds to the donor’s organ tissues as if they were 
infecting foreign tissues. A drug that is a specific sup- 
pressing agent could block the immune system’s anti- 
genic response to the newly implanted organ. While 
specific suppression has been accomplished in animal 
transplants, it has not succeeded in human trials. So 
far, all the drugs used to suppress the immune system 
after an organ transplant are nonspecific suppressants. 


In administering nonspecific immunosuppressants, 
a balance has to be maintained between the need for 
protecting the new organ from the immune system’s 
attack (rejection) and the immune system’s normal 
functioning, which protects the individual from infec- 
tious diseases. As time passes after the transplant oper- 
ation, the body slowly begins to accept the new organ 
and the amount of immunosuppressant drugs can be 
decreased. If, however, the immunosuppressant is sud- 
denly decreased shortly after the operation, larger doses 
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may have to be given several years later to avoid rejec- 
tion of the transplanted organ. 


All the immunosuppressant drugs have side effects 
and individuals react to them in different ways. One 
strategy often used is to create a mix of the different 
drugs—usually azathioprine, cyclosporine, and predni- 
sone—for the transplant patient. For example, a 
patient whose blood pressure is elevated by cyclospor- 
ine could take less of that drug and be introduced 
instead to prednisone. If an adverse reaction takes 
place with azathioprine, cyclosporine could replace it. 


Administration 


Cyclosporine can be taken either orally or by 
intravenous injection. While the injection reduces the 
amount of a dose by two-thirds, it can also produce 
side effects like kidney damage and other neural dis- 
turbances. As an oral preparation, it can be taken 
mixed with other liquids or in capsules. It is most 
effective when taken with a meal, since the digestive 
process moves it toward the smaller intestine, where it 
is absorbed. 


In order to prevent rejection, many doses of cyclo- 
sporine have to be taken, usually starting with high 
dosages and then reducing them over time. The size of 
the dose is determined by the weight of the individual. 
Dosages also vary from one individual to another 
depending on the patient’s ability to withstand organ 
rejection. Frequent blood tests are done on the patient 
to monitor all the factors that go into successful drug 
therapy. 


Another problem for transplant patients is the 
cost of cyclosporine; a year’s supply can cost as 
much as $6,000. Although medical insurance and spe- 
cial government funds are available to pick up the cost 
of this drug, the expense of the medication still poses a 
problem for many transplant patients. 


Side effects 


Aside from potential damage to the kidneys, there 
are a number of other side effects of cyclosporine. 
They include elevated blood pressure, a raise in potas- 
sium levels in the blood, an increase in hair growth on 
certain parts of the body, a thickening of the gums, 
problems with liver functioning, tremors, seizures, and 
other neurological side effects. There is also a small 
risk of cancer with cyclosporine as well as with the 
other immunosuppressant drugs. 


See also Antibody and antigen; Transplant, surgical. 
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Cyclotron 


KEY TERMS 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it 
directs an immune response. 


Donor organ—An organ transplanted from one 
person (often a person who is recently deceased) 
into another. 


Macrophage—A large cell in the immune system 
that engulfs foreign substances to dispose of them. 


Organ recipient—A person into whom an organ is 
transplanted. 


T-helper cells—Immune system cells that signal 
T killer cells and macrophages to attack a foreign 
substance. 
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l Cyclotron 


A cyclotron is a type of particle accelerator designed 
to accelerate charged particles, such as protons and ions, 
to high velocities and, then, release them so as to strike a 
target. Observations of such collisions yield information 
about the nature of atomic particles. In contrast to the 
enormous particle accelerators used in particle physics 
today, the first cyclotron, built in 1930 by American 
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nuclear physicist Ernest O. Lawrence (1901-1958) meas- 
ured just 4.5 in (12 cm) in diameter. 


A charged particle moving at right angles to a 
magnetic field is subject to a force that is at right angles 
both to the field and to the charged particle’s direction 
of motion. This force makes the particle follow a 
circular path. If the particle loses energy, then it begins 
to spiral inward, but if more energy is applied, then the 
particle spirals outward. In a cyclotron, a pair of 
hollow, D-shaped pieces of metal are mounted above 
a powerful electromagnet, with their flat sides facing 
one another. One of the D-shaped metal pieces (called 
simply D) is given a negative charge and the other is 
given a positive charge. 


A charged particle, say a proton, is injected into 
this environment. With its positive charge, the proton 
is attracted by the negative D and repelled by the 
positive D; these forces start it into motion toward 
the negatively charged D. Once the particle is moving, 
the magnetic field deflects it into a curved path, back 
toward the positive D. Before the positive D can repel 
the proton, it is switched to a negative charge, thus 
attracting the proton rather than repelling it. Thus, the 
magnetic field keeps the particle on a circular path, 
while the alternating positive and negative charges on 
the D-shaped pieces of metal keep the proton chasing 
a negatively charged target indefinitely. As the proton 
circles inside the cyclotron it gains speed and thus 
energy; for a fixed magnetic-field strength, the size of 
the circle it travels increases correspondingly. 
Ultimately, before it can strike either of the metal 
Ds, it is propelled out of the cyclotron by a bending 
magnet and directed toward a target. 


The cyclotron was a revolutionary device for its 
time, but has since been outmoded for particle-physics 
research purposes as cyclotrons are not capable of 
accelerating particles to the high speeds required for 
today’s experiments in subatomic physics. High 
speeds are required for such research because, as 
German-American physicist Albert Einstein (1879- 
1955) proved, mass is proportional to energy. When 
a particle moves at high speed, it has considerable 
energy of motion and its mass is therefore greatly 
increased. One way to boost the speed of the particle 
in a cyclotron further is to switch the electrical polar- 
ities of the Ds at a gradually lower frequency. A more 
sophisticated version of the cyclotron, the synchrocy- 
clotron, includes the complicated electronics necessary 
to do this. However, the most efficient method of 
compensating for the increased mass of high-energy 
particles is to increase the applied magnetic field as the 
particle speed increases. The class of device that does 
this is called a synchrotron, and includes the most 
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This domed building houses a cyclotron at the Lawrence 
Berkeley Laboratory at the University of California, Berkeley. 
(John Spragens, Jr. Photo Researchers, Inc.) 


powerful particle accelerators in existence today. These 
installations have rings more than 1.2 mi (2 km) in 
diameter, a far cry from Lawrence’s first cyclotron. 


Cyclotron-type warping of charged-particle paths 
occurs in nature as well as in cyclotrons: wherever 
charged particles move through a magnetic field (for 
instance, when charged particles from the sun encoun- 
ter the magnetic field of a planet), they are forced to 
follow spiraling paths. Since acceleration of a charged 
particle—any change in the particle’s direction or 
velocity—causes it to emit electromagnetic radiation, 
charged particles encountering magnetic fields in 
space emit radiation. This radiation, termed cyclotron 
radiation, can reveal the interactions of particles and 
magnetic fields across the cosmos, and is of impor- 
tance in astronomy. 


Human-built cyclotrons of the fixed-field type are 
not used in physics research any more, but are increas- 
ingly important in medicine. Proton-beam therapy is a 
recent innovation in radiosurgery (surgery using radi- 
ation) in which protons accelerated by a cyclotron are 
beamed at a target in the human body, such as a tumor 
at the back of the eye. The energy of these protons can 
be carefully controlled, and their stopping distance 
inside living tissue (that is, the depth at which they 
deposit their energy) precisely predicted. These fea- 
tures mean that tumors inside the body can be targeted 
while minimizing damage to healthy tissues. 
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Cypress see Swamp cypress family 
(Taxodiaceae) 


| Cystic fibrosis 


Cystic fibrosis (CF) is genetic disease character- 
ized by defects in the body’s ability to transport within 
and between cells a molecule called chloride. 
Abnormalities in CF have been described in several 
organs and tissues, including the airways, pancreas, 
bile ducts, gastrointestinal tract, and sweat glands. 
Lung function is often normal at birth; however, air- 
way obstruction and inflammation as well as bacterial 
colonization are characteristically seen in the CF air- 
ways. The pathophysiological consequences that fol- 
low are believed to stem from repetitive cycles of 
bacterial infection, which contributes to a progressive 
deterioration in lung function. 


In the United States, the disease affects about one 
in every 3,900 babies born annually, and it is estimated 
that approximately 30,000 Americans are afflicted 
with this disease. The genetic defect that causes CF is 
most common in people of northern European 
descent. It is estimated that one in 25 of these individ- 
uals are carriers of a defective gene that causes CF. 
Currently, there is no cure for CF and the disease can 
be fatal. In the past, individuals with CF would die 
sometime during childhood. With new drugs and 
treatments, the usual age of survival has increased to 
about the mid-thirties. 


The genetic basis of CF 


CF is a homozygous recessive genetic disorder. In 
this type of disorder, two defective copies of the gene, 
one from each parent, must combine to produce the 
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disease. If two people who each carry the defective 
copy of the gene have a child, chances are that one in 
four of their offspring will have CF. 


In 1989, a team of researchers located the defec- 
tive CF gene, which was found to be located on chro- 
mosome 7. Genes are segments of deoxyribonucleic 
acid (DNA) that code for certain proteins. If the 
sequence of DNA mutates in a gene, the protein for 
which it encodes also can change. In CF, a change or 
mutation in the DNA sequence of the gene can lead to 
the production of a defective version of an important 
protein. This protein is called the cystic fibrosis trans- 
membrane conductance regulator, or CFTR. The pro- 
tein works as an ion pump within the cell membrane 
and regulates the movement of sodium and chloride 
(electrolytes that makeup salt) into and out of cells. In 
people with CF, this pump does not work properly. As 
a result, water is retained within the cells. A dry, sticky 
mucus also builds up in the tissues that are affected. 


Clinical manifestations in CF 


Most of the symptoms of CF are related to the 
sticky mucus that clogs the lungs and pancreas. 
People with CF have difficulty breathing and are 
highly susceptible to bacterial infections of the lungs. 
Normally, bacteria are expelled from the lungs by 
coughing and the movement of mucus up the airways 
to the throat where the bacteria can be expelled. In 
people with CF, the mucus is too thick to be removed 
and bacteria are able to inhabit the lungs and cause 
infection. 


In addition to the airways, other tissues are 
affected in CF. The abnormalities found in these tis- 
sues are characterized by abnormally thick and dehy- 
drated secretions, which appear to cause obstruction 
resulting in organ dysfunction. For example, the pan- 
creatic ducts are obstructed resulting in tissue degen- 
eration, fibrosis (scarring), and organ dysfunction. 
The pancreas secretes enzymes during digestion that 
break food into smaller pieces so that the body can 
absorb nutrients. Enzymes speed up chemical reac- 
tions and the enzymes in the pancreas are important 
for digestion of foods. Failure of the pancreas to func- 
tion normally results in pancreatic enzyme insuffi- 
ciency, which is observed in approximately 85% of 
CF patients. Without treatment, enzyme deficiency 
results in protein and fats being poorly digested, 
which can lead to malnutrition. 


In the gastrointestinal tract (the organ that digests 
and processes broken down food), accumulation of 
mucous secretions also occurs. Dehydrated intestinal 
contents combined with abnormal mucous secretions 
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are thought to predispose patients to bowel obstruction, 
which is a characteristic symptom in 10-20% of CF 
newborns. The bile ducts of CF patients can also 
be obstructed, producing gall bladder disease and 
elevations in liver function enzymes, occasionally 
leading to liver failure. 


Greater than 95% of males with CF are infertile 
due to structural alterations in the reproductive tract 
that results in the sperm being incapable of fertiliza- 
tion, or azoospermia. These structures include the vas 
deferens and seminal vesicles, which are both an 
important part of the male reproductive tract and 
contribute to transportation of the sperm. If the vas 
deferens is absent at birth, it is a condition called 
congenital bilateral absence of the vas deferens 
(CBAVD). CBAVD is characteristic in male CF 
patients. Reduced fertility has also been noted in 
females with CF and may be related in part to abnor- 
mal mucous composition in their reproductive tract. 


In the sweat gland, a characteristically detectable 
salty sweat represents the traditional gold standard 
test for diagnosing CF. Testing for CF involves ana- 
lyzing sweat for elevated levels of salt. The ducts of the 
sweat glands normally function to reabsorb sodium 
and chloride across the water impermeable tissues. In 
CF, failure to reabsorb chloride ions in the ducts 
results in sodium and chloride, or salts, to be concen- 
trated in sweat. Clinical manifestations include a pre- 
disposition to dehydration. 


Despite the multi-organ involvement of the disease, 
respiratory failure is the primary cause of death in more 
than 90% of CF patients. Current hypotheses suggest 
that, in the CF airways, defective electrolyte transport 
results in alterations in the volume of liquid that covers 
the airways, the salt content, and/or mucus composi- 
tion, which leads to thick mucus secretions that cannot 
be easily cleared out of the airways. The resulting 
airway microenvironment is conducive to chronic 
bacterial colonization and infection by specific bacte- 
rial pathogens, including Streptococcus pneumoniae, 
Hemophilus pneumoniae, and Staphylococcus aeureus. 
These bacteria typically infect the lungs of CF children. 
Adults are most susceptible to Pseudomonas aeurginosa 
infection. A rare type of bacteria called Pseudomonas 
cepacia currently infects people with CF at alarming 
rates. Pseudomonas cepacia causes a severe infection 
and hastens lung damage leading to an earlier death. 
These infections, coupled with an abnormal inflamma- 
tory response, leads to airway destruction and death in 
the vast majority of CF patients. 


The CF gene was identified by researchers in 1989. 
There are many mutations (over 1,000) that cause CF. 
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Some of these mutations cause a less severe disease; 
others cause a more severe disease. However, the same 
gene mutation in different people will not always result 
in the same symptoms. 


Treating CF 


Currently, no cure for CF exists. Treatment of the 
disease mainly involves alleviating symptoms caused 
by the build-up of mucus. To combat the lung infec- 
tions, many persons with CF are given large doses of 
antibiotics to prevent a severe, life-threatening infec- 
tion. Some people undergo a course of antibiotics four 
times a year, on a predetermined schedule. Mucus in 
the lungs also can be broken down by drugs called 
mucolytic agents. These agents can be orally. Other 
drugs are inhaled as aerosols. 


A drug called Pulmozyme is an enzyme which 
breaks down the excess DNA present in the mucus of 
CF patients that accumulates as a result of the inflam- 
matory process. Pulmozyme helps to thin the mucus, 
allowing it to be more easily expelled. Clearing the 
thick mucus from the lungs can also be accomplished 
by physiotherapy. Physiotherapy includes breathing 
exercises and percussion, the administration of blows 
to the back and chest to loosen the mucus. 


To control the malabsorption of nutrients, many 
people with CF take pancreatic enzymes in pill form 
with every meal. A diet high in fat, protein, and car- 
bohydrates is also recommended to increase the 
nutrient intake. Multi-vitamins can also help prevent 
deficiencies of certain vitamins. When these methods 
do not result in adequate weight gain some people 
supplement their diets with a nutrient-rich solution 
infused through a tube placed in the stomach. Newer 
advances in the types of pancreatic enzymes and nutri- 
tional supplements offered to CF patients are helping 
to avoid malnutrition. 


A number of other recent therapies are available 
for CF patients. These include an inhaled form of the 
antibiotic called tobramycin. Previously given intrave- 
nously to treat infections, inhaled tobramycin appears 
to improve lung function, while avoiding some of the 
detrimental side effects associated with tobraymycin 
that is given intravenously. There are also other exciting 
development drugs that are aimed at improving the 
function of the protein defective in CF. 


Gene therapy for CF 
Researchers hoped that by discovering of the gene 


responsible for CF, a genetic approach to curing 
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KEY TERMS 


Allele—Any of two or more alternative forms of 
a gene that occupy the same location on a 
chromosome. 


CF transmembrane conductance regulator—A 
protein that acts as a pump in the cell membranes 
of airway and pancreas cells. The pump regulates 
the transport of sodium and chloride into and out of 
cells. 


Homozygous recessive disorder—Genetic disor- 
der caused by the presence of two defective alleles. 


Liposome—A sphere composed of lipid. 


Percussion—A technique in which blows are 
administered to the back and chest to loosen 
mucus in the respiratory tract. 


the disease will be developed. In gene therapy, a 
normal gene is inserted into cells to replace the defec- 
tive gene. In most gene therapy experiments, cells 
from an affected organ are removed from the body 
and infected with a virus that has been modified to 
carry the normal gene. The newly infected cells are 
then put back into the body. In CF, this method has 
not yet been successful. The primary reason is that the 
lungs are equipped with a complex barrier, preventing 
successful penetration and delivery of the normal 
gene. 


Before gene therapy can be considered, research- 
ers must overcome several obstacles. The most impor- 
tant obstacle is the use of viruses as carriers for the 
normal genes. Some scientists feel that viruses are too 
dangerous, especially for patients who already have a 
chronic disease. Current studies are underway to 
investigate the use of liposomes, or small microscopic 
spheres consisting of a fatty-substance called a lipid, to 
transport the corrected gene. 


A test for the CF gene 


Recently researchers have located a number of 
defects on particular genes that appear to be respon- 
sible for the majority of CF cases. Knowing the loca- 
tion of these gene mutations makes it possible to test 
for carriers of the disease (individuals who have only 
one defective gene copy, and therefore have no symp- 
toms themselves). Currently the test detects about 
85% of the most common CF gene mutations, which 
can be determined by extracting DNA from a person’s 
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A cystic fibrosis patient using a nebulizer to loosen and subsequently expectorate the build up of thick mucus in the lungs. 
(© Simon Fraser, National Audubon Society Collection/Photo Researchers, Inc. Reproduced with permission.) 


blood, cheek cells, or saliva. Some researchers feel that 
this detection rate is still too low and that testing 
should be performed only on persons who have a 
familial history of CF or are Northern European by 
descent. Others argue that because the test is relatively 
inexpensive and easy to perform the test should 
be offered to everyone. At this time, testing for the 
gene responsible for CF remains controversial. In par- 
ticular, testing parents prior to or during a pregnancy 
to determine their carrier status has resulted in 
controversy. 


In 2005, scientists identified a protein that is key 
to developing inflammation in lung tissues when a 
person with CF has a lung infection. Called interleu- 
kin-23 (IL-23), the protein causes an immune response 
that is never “shut off” because the lungs of persons 
with CF are chronically infected with bacteria. The 
continual immune response causes chronic inflamma- 
tion in lung tissues and leads to lung damage. 
Scientists are investigating anti-inflammatory drugs 
specific to this particular chronic immune response in 
lung tissue, which could preserve lung tissue and func- 
tion, and extend the life of persons with CF. 
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See also Genetic disorders; Respiratory diseases; 
Respiratory system. 
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! Cytochrome 


Cytochromes are electron-transporting protein 
pigments concerned with cell respiration that contain 
an iron-containing molecule called heme, allied to that 
of hemoglobin. When the iron of heme accepts an 
electron, it changes from the oxidized ferric (Fe III) 
state to the reduced ferrous (Fe II) state. The oxidation 
of cytochromes to molecular oxygen and their subse- 
quent reduction by oxidizable substances in the cell is 
the main way in which atmospheric oxygen enters into 
the metabolism of the cell. About 90% of all oxygen 
consumed is mediated by the cytochromes. 


Cytochromes make up two of the three large enzyme 
complexes that together comprise the electron transport 
or respiratory chain. This chain represents the end of 
oxidative phosphorylation, the process by which many 
organisms synthesize the energy-rich molecules of adeno- 
sine triphosphate (ATP) needed for life processes. 


The source of the electrons to drive the respiratory 
chain is from the metabolic breakdown (catabolism) 
of food molecules. Two major pathways of metabolism- 
glycolysis and the Krebs cycle-break down glucose 
molecules and provide the electrons for the third path- 
way, the respiratory chain. 


Glycolysis is the preliminary process during which 
the six-carbon sugar molecule glucose is split into 
three-carbon products, a process that renders only a 
few electrons for the respiratory chain. The more effi- 
cient Krebs cycle, which uses the two-carbon products 
of glycolysis as raw materials for a cyclic series of 
enzymatic reactions, produces many more electrons. 


The electron transport chain extends from the 
initial electron donor, nicotinamide adenine dinucleo- 
tide (NADH), to oxygen, the final electron acceptor. 


The exchange of electrons begins at the NADH 
dehydrogenase complex, which passes electrons to 
ubiquinone (coenzyme Q). Ubiquinone, in turn, 
passes electrons to the cytochrome b-c; complex, 
which is composed of cytochromes and iron-sulfur 
proteins. The last cytochrome in this complex (cyto- 
chrome c) passes electrons to the cytochrome oxidase 
complex, composed of both cytochromes and cop- 
peratoms. Finally, the cytochrome oxidase complex 
passes electrons to oxygen. 


The exchange of electrons along the respiratory 
chain generates a gradient of protons across the mem- 
brane in which the chain is located. When the protons 
flow back across the membrane, they activate the 
enzyme ATP synthetase, which produces ATP from 
adenosine diphosphate (ADP). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Cells that use the respiratory chain produce most 
of the supply of high-energy molecules of ATP needed 
for life. Many bacteria do not use oxygen (i.e., they are 
anaerobic), and consequently lack respiratory chain 
enzymes. These bacteria must rely on the less efficient 
glycolysis to produce ATP. 


Cytochromes occur in organisms as varied as bac- 
teria, yeast, humans, and insects. Indeed, beginning in 
1925, researcher David Keilin made the first observa- 
tions of cytochrome activity by studying the change in 
the wavelengths of light absorbed by cytochromes of 
flight muscles of living insects as the cytochromes under- 
went oxidation and reduction. He correctly postulated 
that these pigments underwent reduction and oxidation 
as they accepted electrons and then transferred them 
along the chain to the final electron acceptor, oxygen. 


The heme group of cytochromes consists of a 
carbon-based ring called porphyrin, in which the 
iron atom is tightly bound by nitrogen atoms at each 
corner of a square. Related porphyrin molecules 
include hemoglobin, the oxygen-carrying molecule in 
blood, and chlorophyll, the green pigment of photo- 
synthetic plants. 


fl Cytology 


Cytology is the branch of biology that studies 
cells, the building blocks of life. The name for this 
science is translated from Aytos, the Greek term for 
“cavity.” Cytology’s roots travel back to 1665, when 
British botanist Robert Hooke, examining a cross- 
section of cork, gave the spaces the name “cells,” 
meaning “little rooms” or “cavities.” 


Cytology’s beginnings as a science occurred in 
1839 with the first accurately conceived cell theory. 
This theory maintains that all organisms plants and 
animals alike—are comprised of one or more like units 
called cells. Each of these units individually contain all 
the properties of life, and are the cornerstone of vir- 
tually all living organisms. Further, cell theory states 
that hereditary traits are passed on from generation to 
generation via cell division. Cell division generally has 
a regular, timed cyclical period during which the 
cell grows, divides, or dies. Virtually all cells perform 
biochemical functions, generating and transmitting 
energy, and storing genetic data carried down to fur- 
ther generations of cells. Cytology differs from its 
cousin, pathology, in that cytology concentrates on 
the structure, function and biochemistry of normal 
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and abnormal living cells. Pathology pursues changes 
in cells caused by decay and death. 


Cells can vary dramatically in size and shape from 
organism to organism. While plant and animals cell 
diameters generally average between 0.00036-0.00108 
in (10-30 mm), sizes can range from a few thousand 
atomic diameters for single-celled microorganisms, all 
the way up to 20-in (50-cm) diameters for the mono- 
cellular ostrich egg. Cell structures also differ between 
advanced single-celled and multicellular organisms 
(plants and animals) and more primitive prokaryotic 
cells (e.g., bacteria). Plant cells are the most represen- 
tative of a prototypical cell, as they have a nucleus, cell 
membrane and cell wall. Animal cells, on the other 
hand, lack a formalized cell wall, although they con- 
tain the former two. Prokaryote cells (e.g., bacteria) 
are unique in that they lack a nucleus and possess no 
membrane-enclosed organelles. Exceptions to the cell 
theory include syncytial organisms (e.g., certain slime 
molds and microscopic flatworms) without cellular 
partitions; however, they are derived secondarily 
from organisms with cells via the breakdown of cellu- 
lar membranes. Finally, the number of cells within an 
organism can range from one for organisms like an 
amoeba, to 100 trillion cells for a human being. 


Cytology has greatly benefited from the electron 
microscope, which reveals internal and external cell 
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dynamics too small to be monitored by traditional 
optical microscopes. Also, fluorescence or contrast 
microscopy with more traditional visual observation 
equipment enables the cell substance to be revealed 
when a specific cell material is stained with a chemical 
compound to illuminate specific structures within the 
cells. For example, basic dyes (e.g., hematoxylin) illu- 
minate the nucleus, while acidic dyes (e.g., eosin) stain 
the cytoplasm (the cellular material within the mem- 
brane (excluding the nucleus). Finally, newer techni- 
ques including radioactive isotopes and high-speed 
centrifuges have helped advance cytology. 


Cytological techniques are beneficial in identify- 
ing the characteristics of certain hereditary human 
diseases, as well as in plant and animal breeding to 
help determine the chromosomal structure to help 
design and evaluate breeding experiments. A far 
more controversial discussion deals with the role of 
cytology as it relates to cloning. 


Over time, cytology’s prominence as a separate 
science has diminished, integrating into other disci- 
plines to create a more comprehensive biological- 
chemical approach. Associated disciplines include 
cytogenetics (study of behavior of chromosomes and 
genes relating to heredity) and cytochemistry (study of 
chemical contents of cells and tissues). 
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Dacron see Artificial fibers 


Daffodil see Amaryllis family 
(Amaryllidaceae) 


Daisy see Composite family 


i Dams 


Dams are structures designed to restrict the flow 
of a stream or river, thus forming a pond, lake, or 
reservoir behind the wall. Dams are used for flood 
control, for production of hydroelectric power, to 
store and distribute water for agriculture and human 
populations, and as recreation sites. 


Classification of dams 


Dams may be classified according to the general 
purpose for which they are designed. These include 
storage, diversion, and detention. 


Storage dams are built to provide a reliable source 
of water for short or long periods of time. Small dams, 
for example, are often built to capture spring runoff 
for use by livestock in the dry summer months. 
Storage dams can be further classified by the specific 
purpose for which the water is being stored, such as 
municipal water supply, recreation, hydroelectric 
power generation, or irrigation. 


Diversion dams are typically designed to raise the 
elevation of a water body to allow that water to be 
conveyed to another location for use. The most com- 
mon applications of diversion dams are supplying 
irrigation canals and transferring water to a storage 
reservoir for municipal or industrial use. 


Detention dams are constructed to minimize the 
impact of flooding and to restrict the flow rate of a 


GALE ENCYCLOPEDIA OF SCIENCE 4 


particular channel. In some cases, the water trapped 
by a detention dam is held in place to recharge the 
subsurface groundwater system. Other detention 
dams, called debris dams, are designed to trap sedi- 
ment carried by floods and debris flows. 


Large dams frequently serve more than one of 
these purposes and many combine aspects of each of 
the three main categories. Operation of such multi- 
purpose dams is complicated by sometimes opposing 
needs. In order to be most effective, storage behind a 
flood control dam should be maintained at the lowest 
level possible. After a detention event occurs, water 
should be released as quickly as possible, within the 
capacity of the downstream channel. Conversely, the 
efficient and economic operation of storage and diver- 
sion dams requires that water levels be maintained at 
the highest possible levels. Releases from these reser- 
voirs should be limited to the intended user only, such 
as the power generating turbines or the municipal 
water user. Operators of multipurpose dams must 
balance the conflicting needs of the various purposes 
to maintain the reliability, safety, and economic integ- 
rity of the dam. Operators must use a variety of infor- 
mation to predict the needs of the users, the expected 
supply, and the likelihood of any abnormal conditions 
that might impact the users or the dam itself. Failure 
to do so can threaten even the largest of dams. 


During the El Nino of 1983, climate and hydro- 
logic forecasts failed to predict abnormally heavy 
spring runoff in the Rocky Mountains. Dam opera- 
tors along the Colorado River maintained high water 
storage levels, failing to prepare for the potential of the 
flooding. By the time operators began to react, water 
was bypassing the dams via their spillways and wreak- 
ing havoc throughout the system. Ultimately, the Glen 
Canyon Dam in Arizona was heavily affected with 
flood flows eroding large volumes of rock from within 
the canyon walls that support the dam. Fortunately, 
the flooding peaked and control was regained before 
the dam was breached. 
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Hoover Dam. (© Lester Lefkowitz/Corbis.) 


Dam construction 


There are four main types of dams: arch, buttress, 
gravity, and embankment dams. The type of construc- 
tion for each dam is determined by the proposed use of 
the structure, qualities of the intended location, quan- 
tity of water to be retained by the structure, materials 
available for construction, and funding limitations. 


Arch dams use an upstream-facing arch to help 
resist the force of the water. They are typically built in 
narrow canyons and are usually made of concrete. 
Good contact between the concrete and the bedrock 
are required to prevent leakage and ensure stability. A 
dome dam is a special variant with curves on the 
vertical and horizontal planes, while the arch dam is 
only curved on the horizontal plane. In addition, dome 
dams are much thinner than arch dams. 


A buttress dam is characterized by a set of angled 
supports on the downstream side that help to oppose 
the force of the water. This design can be employed in 
wide valleys where a solid bedrock foundation is not 
available. Because of the steel framework and associ- 
ated labor needed for construction, these dams are no 
longer economically viable. 


The gravity dam withstands the force of the water 
behind it with its weight. Made of cement or masonry, 


1232 


this type of dam normally utilizes a solid rock founda- 
tion but can be situated over unconsolidated material 
if provisions are made to prevent the flow of water 
beneath the structure. The solid, stable nature of this 
dam is favored by many and often incorporated into 
the spillway designs of embankment dams. 


An embankment dam uses the locally available 
material (rocks, gravel, sand, clay, etc.) in construc- 
tion. As with gravity dams, the weight of embankment 
dams is used to resist the force of the water. The 
permeability of the materials that make up these 
dams allows water to flow into and through the dam. 
An impervious membrane or clay core must be built 
into them to counteract the flow and protect the integ- 
rity of the structure. Because the materials are locally 
available and the construction of these dams is rela- 
tively simple, the cost of construction for this type of 
dam is much lower than the other types. Embankment 
dams are the most common. 


Impact of dams 


Dams have long been acknowledged for providing 
electricity without the pollution of other methods, for 
flood protection, and for making water available for 
agriculture and human needs. Within recent decades, 
however, the environmental impact of dams has been 
debated. While dams do perform important functions, 
their effects can be damaging to the environment. 


The damming of a river will have dramatic con- 
sequences on the nature of the environment both 
upstream and downstream of the dam. The magnitude 
of these effects are usually directly related to the size of 
the dam. 


Prior to dam construction, most natural rivers have 
a flow rate that varies widely throughout the year in 
response to varying conditions. Once a dam is con- 
structed, the flow rate of the river below a dam is 
restricted. The dam itself and the need to control water 
releases for the various purposes of the particular dam 
result in a flow rate that has a smaller range of values 
and peaks that occur at times related to need rather than 
the dictates of nature. In cases where the entire flow has 
been diverted for other uses, there may no longer be any 
flow in the original channel below the dam. 


Because water is held behind the dam and often 
released from some depth, the temperature of the 
water below the dam is usually lower than it would 
be prior to dam emplacement. The temperature of the 
water flow is often constant, not reflecting the natural 
seasonal variations that would have been the case in 
the free-flowing river. Similarly, the chemistry of the 
water may be altered. Water exiting the lake may be 
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higher in dissolved salts or have lower oxygen levels 
than would be the case for a free-flowing river. 


Impoundments increase the potential for evapo- 
ration from the river. Because the surface area of a 
lake is large compared to that of the river that supplies 
it, the loss of water to evaporation must be considered. 
In some desert areas, potential annual evaporation 
can be greater than 7 ft (2.1 m), meaning that over 
the course of one year, if no water flowed into or out of 
the system, the reservoir would drop in elevation by 
7 ft (2.1 m). At Lake Mead on the Colorado River in 
Arizona and Nevada, evaporation losses in one year 
can be as great as 350 billion gal (1.3 trillion 1). 


The impoundment of water behind a dam causes 
the velocity of the water to drop. Sediment carried 
by the river is dropped in the still water at the head 
of the lake. Below the dam, the river water flows from 
the clear water directly behind the dam. Because the 
river no longer carries any sediment, the erosive 
potential of the river is increased. Erosion of the 
channel and banks of the river below the dam will 
ensue. Even further downstream, sediment depriva- 
tion affects shoreline processes and biological produc- 
tivity of coastal regions. 


This problem has occurred within the Grand Canyon 
below Glen Canyon Dam. After the construction of the 
dam was completed in 1963, erosion of the sediment 
along the beaches began because of the lack of incoming 
sediment. By the early 1990s, many beaches were in dan- 
ger of disappearing. In the spring of 1996, an experimental 
controlled flood of the river below Glen Canyon Dam 
was undertaken to attempt to redistribute existing sedi- 
ments along the sides of the channel. While many of the 
beaches were temporarily rebuilt, this redistribution of 
sediments was short lived. Research on this issue is con- 
tinuing, however, the fundamental problem of the lack of 
input sediment for the river downstream of the dam 
remains unresolved. 


The environmental changes described above cre- 
ate a new environment in which native species may or 
may not be able to survive. New species frequently 
invade such localities, further disrupting the system. 
Early photographs of rivers in the southwest desert 
illustrate the dramatic modern invasion of non-native 
plants. Entire lengths of these rivers and streams have 
been transformed from native desert plants to a dense 
riparian environment. Native species that formerly 
lived in this zone have been replaced as a result of the 
changes in river flow patterns. The most commonly 
cited species affected by the presence of dams is the 
salmon. Salmon have been isolated from their spawn- 
ing streams by impassable dams. The situation has 
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KEY TERMS 


Arch dam—A thin concrete dam that is curved in 
the upstream direction. 


Buttress dam—A dam constructed of concrete and 
steel that is characterized by angled supports on the 
downstream side. 


El Nifio—The phase of the Southern Oscillation 
characterized by increased sea water temperatures 
and rainfall in the eastern Pacific, with weakening 
trade winds and decreased rain along the western 
Pacific. 


Embankment dam—A simple dam constructed of 
earth materials. 


Gravity dam—A massive concrete or masonry dam 
that resists the force of the water by its own weight. 


Impoundment—The body of water, a pond or lake, 
that forms behind a dam. 


Permeability—The capacity of a geologic material 
to transmit a fluid, such as water. 


Spillway—A passage for water to flow around a 
dam. 


been addressed through the use of fish ladders and 
by the use of barges to transport the fish around the 
obstacles, but with only limited success. 


Three Gorges Dam 


The world’s largest dam is the Three Gorges Dam 
near Sandouping, China. The 610 ft high concrete 
structure extends approximately 1.3 miles across the 
Yangtze River valley and will create a reservoir that 
will extend about 350 miles upstream. Although the 
dam itself was completed in 2006, its hydroelectric 
facility was not scheduled for completion until 2009 
at an estimated total cost of $30 billion. It is intended 
to produce hydroelectric power, provide flood con- 
trol, and allow large ships to navigate up the river. 


The section of the Yangtze River affected by the 
Three Gorges dam has experienced more than 200 
catastrophic floods during the past 2,000 years. Some 
4,000 people were killed and more than 1 million left 
homeless after a 1998 flood that caused an estimated 
$24 billion in economic losses. A 1954 flood is reported 
to have killed about 30,000 people. Strong and con- 
tinuous growth of China’s industrial and consumer 
economies also increased the demand for electrical 
power, much of which has historically been supplied 
by coal burning power plants with minimal pollution 
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control. With a design capacity of more than 18,000 
megawatts of electricity, the dam is planned to pro- 
duce the same amount of power as 15 nuclear power 
plants. 


Despite the benefits of flood control, electricity, 
and improved navigation, the Three Gorges Dam has 
been criticized for its potential environmental impact. 
Filling of the reservoir behind the dam will flood 13 
cities, 140 towns, and 1,300 villages upstream from 
the dam and displace about 1.5 million residents. 
Numerous mines and factories will also be flooded 
without removal of potentially hazardous waste, 
which will likely enter the water supply as reservoir 
level increases. The reservoir may also concentrate a 
large proportion of the 700 million tons of sediment 
and 265 billion tons of raw sewage that enter the river 
each year. Finally, more than a thousand known 
archeological sites will be lost beneath the reservoir. 
Although international environmental groups pro- 
tested the planning and construction of the dam, the 
Chinese government maintained that the benefits of 
dam construction will outweigh any environmental 
costs. Concerns about construction quality and the 
long term safety of the dam were also raised. 
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| Damselflies 


Damselflies are the smaller and more delicate 
members of the insect order Odonata, which includes 
the dragonflies. The damselfly suborder Zygoptera is 
characterized by similar fore and hind wings, which 
are both narrow at the base. Most damselflies can be 
easily distinguished from their larger and heavier drag- 
onfly relatives in the field by their fluttering flight, and 
when at rest by their holding their wings up vertically 
or in a V-position when at rest. 
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Damselflies are usually found sitting on over- 
hanging branches or other objects near water. They 
feed on small flying insects such as mosquitoes and 
gnats, which they catch in flight. 


Although most damselflies are small and very 
slender, many have brightly colored bodies. The 
males are usually more colorful than the females, and 
often have spots or markings of vivid blue, green, or 
yellow. 


Damselflies have a worldwide distribution. One of 
the larger and more conspicuous species in North 
America, found on shaded bushes overhanging small 
streams, is the black-winged damselfly (Calopterix mac- 
ulata). The male of this species has all-black wings and 
a metallic-green body, whereas the female has gray 
wings with a small white dot (stigma) near the tip. 


Damselflies mate on the wing in the same unusual 
fashion as dragonflies, and lay their eggs in the water. 
The eggs hatch into wingless larvae, called naiads, that 
remain on the bottom of the pond or stream. The 
damselflies larvae feed on smaller insect larvae and 
other aquatic animals. Damselfly larvae resemble 
dragonfly larvae except for the three leaflike gills at 
the end of the body. 


These beautiful, delicate animals neither sting nor 
bite. Indeed, damselflies help to control the disease- 
carrying mosquitoes and biting midges. 


Dandelion see Composite family 


] Dark matter 


Dark matter is the term astronomers use to describe 
material in the universe that is non-luminous—that is, 
material that does not emit or reflect light and that is 
therefore invisible. Everything seen when looking 
through a telescope is visible because it is either emitting 
or reflecting light; stars, nebulae, and galaxies are exam- 
ples of luminous objects. However, luminous matter 
appears to make up only a small fraction of all the 
matter in the universe, perhaps only a small percent. 
The rest of the matter is cold, dark, and hidden from 
direct view. 


Because dark matter is invisible, it can only be 
detected through indirect means, primarily by analyz- 
ing its effect on visible material. Although dark matter 
does not shine, it still exerts a gravitational force on 
the matter around it. For example, it is possible to 
measure the velocities of many stars in the Milky 
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A composite image of a cluster of galaxies NGC 2300 (seen at 
optical wavelengths) and the recently discovered gas cloud 
(seen in x-ray emission) in which they are embedded. The 
cloud is considered to be strong evidence for the existence of 
dark matter because the gravitational pull of the cluster is not 
strong enough to hold it together. Some astronomers have 
suggested that dark matter (so-called because it does not 
emit detectable radiation) is preventing the cloud from 
dispersing into space. (U.S. National Aeronautics and Space 
Administration (NASA).) 


Way galaxy and in other galaxies. The measured veloc- 
ities do not agree, in general, with those calculated on 
the assumption that the visible material of the galaxies 
(i.e., their stars and clouds of glowing gas) constitute all 
or even most of their mass. Additional, unseen mass, 
therefore, must exist in the vicinity of the galaxies, 
tugging on their stars. Such data seem to indicate the 
presence of massive halos of dark matter surrounding 
the galaxies that would account for most of their mass. 
Recent observations of the shapes formed by galaxies 
clumping together throughout the universe have con- 
firmed that dark matter does not pervade space uni- 
formly or form structures independently of the 
galaxies, but is concentrated around the galaxies. 
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The identity of the universe’s dark matter remains 
a subject of research and dispute among physicists. A 
number of possibilities have been proposed. One pro- 
posal that astronomers hold is that supermassive 
black holes exist at the centers of most galaxies, con- 
tributing several hundred million or even on the order 
of a billion solar masses to each galaxy. (One solar 
mass is a quantity of matter equal to the mass of the 
sun.) In 2001, observations of x-ray bursts from the 
center of the Milky Way galaxy confirmed the pres- 
ence of a large black hole. In 2004 that report was 
confirmed by scientists using the Very Long Baseline 
Array (VLBA), ten radio telescopes located across the 
United States. They reported that the size of the black 
hole is likely the size of the Earth’s orbit about the sun. 
Such black holes supply invisible mass and count as 
dark matter. Another proposal maintains that multi- 
tudes of non-luminous brown dwarfs or machos (mas- 
sive compact halo objects)—dim blobs of gas not 
massive enough to initiate fusion reactions at their 
centers and thereby become stars—may orbit each 
galaxy. Such objects have been detected using gravita- 
tional lensing, but not in sufficient numbers to account 
for the amount of dark matter that is believed to exist. 


A third proposal is that subatomic particles, 
known as neutrinos, which pervade the universe in 
very great numbers, were shown in 1998 to have a 
small mass, ending a decades-long dispute among 
physicists about whether they are without mass (mass- 
less). It had been thought that neutrinos, if they have 
mass, might account for the universe’s dark matter; 
however, calculations now show, as of 2002, that each 
neutrino’s mass is so small that neutrinos can account 
for at most a fifth of the dark matter in the universe. 
Other research shows that only sterile neutrinos (those 
formed immediately after the Big Bang) could possibly 
make up dark matter. Fourth, particles of some 
unknown kind, generically termed wimps (weakly- 
interacting massive particles), may permeate the 
space around the galaxies, held together in clouds by 
gravity. Fifth, some scientists believe that MACHOs, 
or massive combo halo objects) may make up dark 
matter. MACHOs can be anything such as black 
holes, neutron stars, brown dwarfs, and various unde- 
tected planets. Lastly, some cosmologists favor mod- 
els where the primary ingredient of dark matter is 
nonbaryonic dark matter. As opposed to baryonic 
dark matter, which does not emit light and is com- 
posed of baryons (such as protons, neutrons, and a 
number of unstable, heavy particles called hyperons), 
nonbaryonic dark matter, which can emit light, is not 
composed of baryons. Even though some cosmologists 
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think nonbaryonic dark matter makes up most of dark 
matter, they still just do not know for sure. 


Dark matter, which may turn out to be a combi- 
nation of the above factors, has long been thought to 
play a crucial role in determining the fate of the uni- 
verse. The most widely accepted theory regarding the 
origin and evolution of the universe is the Big Bang 
theory, which provides an elegant explanation for the 
well-documented expansion of the universe. One ques- 
tion is whether the universe will expand forever, pro- 
pelled by the force of the Big Bang, or eventually stop 
expanding and begin to contract under its own gravity, 
much as a ball thrown up into the air eventually turns 
around and descends. The deciding factor is the 
amount of mass in the universe: the more mass, then 
the more overall gravity. The universe will eventually 
turn around and begin to contract (a closed universe) 
if above a critical mass threshold. Below this thresh- 
old, the expansion will continue forever (an open uni- 
verse). It turns out that the luminous material 
currently observed throughout the universe does not 
amount to nearly enough mass to halt the expansion. 
However, what if there is a huge quantity of unseen 
mass out there, invisible but with a profound gravita- 
tional effect on the universe? Dark matter, it was long 
thought, might supply the missing gravity necessary to 
halt the universe’s expansion. 


Debate over this question persisted for decades, 
but has probably been resolved by observations made 
during the last ten years that indicate that the expan- 
sion of the universe, far from slowing down, 1s accel- 
erating. If this result is confirmed, then the fate of the 
universe is at last definitely known: it will expand for- 
ever, becoming darker, colder, and more diffuse. 


To account for the observed acceleration, physi- 
cists have postulated a dark energy, still mysterious in 
origin, that pervades the universe and actually helps to 
push things apart rather than keep them together. 
Since energy (even dark energy) and matter are inter- 
changeable, some of the universe’s dark matter may 
thus turn out to be not matter at all, but energy. 
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l Dating techniques 


Dating techniques are procedures used by scien- 
tists to determine the age of rocks, fossils, or artifacts. 
Relative dating methods tell only if one sample is 
older or younger than another; absolute dating 
methods provide an approximate date in years. The 
latter have generally been available only since 1947. 
Many absolute dating techniques take advantage of 
radioactive decay, whereby a radioactive form of an 
element decays into a non-radioactive product at a 
regular rate. Others, such as amino acid racimization 
and cation-ratio dating, are based on chemical changes 
in the organic or inorganic composition of a sample. In 
recent years, a few of these methods have come under 
close scrutiny as scientists strive to develop the most 
accurate dating techniques possible. 


Relative dating 


Relative dating methods determine whether one 
sample is older or younger than another. They do not 
provide an age in years. Before the advent of absolute 
dating methods, nearly all dating was relative. The 
main relative dating method is stratigraphy. 


Stratigraphy 


Stratigraphy is the study of layers of rocks or the 
objects embedded within those layers. It is based on 
the assumption (which nearly always holds true) that 
deeper layers were deposited earlier, and thus are older, 
than more shallow layers. The sequential layers of rock 
represent sequential intervals of time. Although these 
units may be sequential, they are not necessarily con- 
tinuous due to erosional removal of some intervening 
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Dendrochronology is a dating technique that makes use of 
tree growth rings. (AP/Wide World Photos.) 


units. The smallest of these rock units that can be 
matched to a specific time interval is called a bed. 
Beds that are related are grouped together into mem- 
bers, and members are grouped into formations. 
Stratigraphy is the principle method of relative dating, 
and in the early years of dating studies was virtually 
the only method available to scientists. 


Seriation 


Seriation is the ordering of objects according to 
their age. It is a relative dating method. In a landmark 
study, archaeologist James Ford used seriation to 
determine the chronological order of American 
Indian pottery styles in the Mississippi Valley. 
Artifact styles such as pottery types are seriated by 
analyzing their abundances through time. This is 
done by counting the number of pieces of each style 
of the artifact in each stratigraphic layer and then 
graphing the data. A layer with many pieces of a 
particular style will be represented by a wide band on 
the graph, and a layer with only a few pieces will be 
represented by a narrow band. The bands are arranged 
into battleship-shaped curves, with each style getting 
its own curve. The curves are then compared with one 
another, and from this the relative ages of the styles are 
determined. A limitation to this method is that it 
assumes all differences in artifact styles are the result 
of different periods of time, and are not due to the 
immigration of new cultures into the area of study. 
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Faunal dating 


The term faunal dating refers to the use of animal 
bones to determine the age of sedimentary layers or 
objects such as cultural artifacts embedded within 
those layers. Scientists can determine an approximate 
age for a layer by examining which species or genera of 
animals are buried in it. The technique works best if 
the animals belonged to species, which evolved 
quickly, expanded rapidly over a large area, or suf- 
fered a mass extinction. In addition to providing 
rough absolute dates for specimens buried in the 
same stratigraphic unit as the bones, faunal analysis 
can also provide relative ages for objects buried above 
or below the fauna-encasing layers. 


Pollen dating (palynology) 


Each year seed-bearing plants release large num- 
bers of pollen grains. This process results in a “rain” of 
pollen that falls over many types of environments. 
Pollen that ends up in lakebeds or peat bogs is the 
most likely to be preserved, but pollen may also 
become fossilized in arid conditions if the soil is acidic 
or cool. Scientists can develop a pollen chronology, or 
calendar, by noting which species of pollen were 
deposited earlier in time, that is, residue in deeper 
sediment or rock layers, than others. 


The unit of the calendar is the pollen zone. 
A pollen zone is a period of time in which a particular 
species is much more abundant than any other species 
of the time. In most cases, this tells us about the 
climate of the period, because most plants only thrive 
in specific climatic conditions. Changes in pollen 
zones can also indicate changes in human activities 
such as massive deforestation or new types of farm- 
ing. Pastures for grazing livestock are distinguishable 
from fields of grain, so changes in the use of the 
land over time are recorded in the pollen history. 
The dates when areas of North America were first 
settled by immigrants can be determined to within 
a few years by looking for the introduction of rag- 
weed pollen. 


Pollen zones are translated into absolute dates by 
the use of radiocarbon dating. In addition, pollen 
dating provides relative dates beyond the limits of 
radiocarbon (40,000 years), and can be used in some 
places where radiocarbon dates are unobtainable. 


Fluorine is found naturally in ground water. This 
water comes in contact with skeletal remains under 
ground. When this occurs, the fluorine in the water 
saturates the bone, changing the mineral composition. 
Over time, more and more fluorine incorporates itself 
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into the bone. By comparing the relative amounts of 
fluorine composition of skeletal remains, one can 
determine whether the remains were buried at the 
same time. A bone with a higher fluorine composition 
has been buried for a longer period of time. 


Absolute dating 


Absolute dating is the term used to describe any 
dating technique that tells how old a specimen is in 
years. These are generally analytical methods, and are 
carried out in a laboratory. Absolute dates are also 
relative dates, in that they tell which specimens are 
older or younger than others. Absolute dates must 
agree with dates from other relative methods in order 
to be valid. 


Amino acid racimization 


This dating technique was first conducted by Hare 
and Mitterer in 1967, and was popular in the 1970s. It 
requires a much smaller sample than radiocarbon dat- 
ing, and has a longer range, extending up to a few 
hundred thousand years. It has been used to date 
coprolites (fossilized feces) as well as fossil bones and 
shells. These types of specimens contain proteins 
embedded in a network of minerals such as calcium. 


Amino acid racimization is based on the principle 
that amino acids (except glycine, which is a very simple 
amino acid) exist in two mirror image forms called 
stereoisomers. Living organisms (with the exception 
of some microbes) synthesize and incorporate only the 
L-form into proteins. This means that the ratio of the 
D-form to the L-form is zero (D/L=0). When these 
organisms die, the L-amino acids are slowly converted 
into D-amino acids in a process called racimization. 
This occurs because protons (H*) are removed from 
the amino acids by acids or bases present in the burial 
environment. The protons are quickly replaced, but 
will return to either side of the amino acid, not neces- 
sarily to the side from which they came. This may form 
a D-amino acid instead of an L-amino acid. The rever- 
sible reaction eventually creates equal amounts of L- 
and D-forms (D/L = 1.0). 


The rate at which the reaction occurs is different 
for each amino acid; in addition, it depends upon the 
moisture, temperature, and pH of the postmortem 
conditions. The higher the temperature, the faster the 
reaction occurs, so the cooler the burial environment, 
the greater the dating range. The burial conditions are 
not always known, however, and can be difficult to 
estimate. For this reason, and because some of the 
amino acid racimization dates have disagreed with 
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dates achieved by other methods, the technique is no 
longer widely used. 


Cation-ratio dating 


Cation-ratio dating is used to date rock surfaces 
such as stone artifacts and cliff and ground drawings. 
It can be used to obtain dates that would be unob- 
tainable by more conventional methods such as radio- 
carbon dating. Scientists use cation-ratio dating to 
determine how long rock surfaces have been exposed. 
They do this by chemically analyzing the varnish that 
forms on these surfaces. The varnish contains cations, 
which are positively charged atoms or molecules. 
Different cations move throughout the environment 
at different rates, so the ratio of different cations to 
each other changes over time. Cation ratio dating 
relies on the principle that the cation ratio (K* + 
Ca**)/Ti** decreases with increasing age of a sample. 
By calibrating these ratios with dates obtained from 
rocks from a similar microenvironment, a minimum 
age for the varnish can be determined. This technique 
can only be applied to rocks from desert areas, where 
the varnish is most stable. 


Although cation-ratio dating has been widely 
used, recent studies suggest it has many problems. 
Many of the dates obtained with this method are 
inaccurate due to improper chemical analyses. In addi- 
tion, the varnish may not actually be stable over long 
periods of time. Finally, some scientists have recently 
suggested that the cation ratios may not even be 
directly related to the age of the sample. 


Thermoluminescence dating 


Thermoluminescence dating is useful for deter- 
mining the age of pottery. Electrons from quartz and 
other minerals in the pottery clay are bumped out of 
their normal positions (ground state) when the clay is 
exposed to radiation. This radiation may come from 
radioactive substances such as uranium, present in the 
clay or burial medium, or from cosmic radiation. 
When the ceramic is heated to a very high temperature 
(over 932°F [500°C]), these electrons fall back to the 
ground state, emitting light in the process and reset- 
ting the “clock” to zero. The longer the exposure to the 
radiation, the more electrons that are bumped into an 
excited state, and the more light that is emitted upon 
heating. The process of displacing electrons begins 
again after the object cools. Scientists can determine 
how many years have passed since a ceramic piece was 
fired by heating it in the laboratory and measuring 
how much light is given off. Thermoluminescence dat- 
ing has the advantage of covering the time interval 
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between radiocarbon and potassium-argon dating, or 
40,000—200,000 years. In addition, it can be used to 
date materials that cannot be dated with these other 
two methods. 


Optically stimulated luminescence has only been 
used since 1984. It is very similar to thermolumines- 
cence dating, both of which are considered “clock 
setting” techniques. Minerals found in sediments are 
sensitive to light. Electrons found in the sediment 
grains leave the ground state when exposed to light, 
called recombination. To determine the age of a sedi- 
ment, scientists expose grains to a known amount of 
light and compare these grains with the unknown sedi- 
ment. This technique can be used to determine the age 
of unheated sediments less than 500,000 years old. A 
disadvantage to this technique is that in order to get 
accurate results, the sediment to be tested cannot be 
exposed to light (which would reset the “clock”), mak- 
ing sampling difficult. 


Tree-ring dating 


This absolute dating method is also known as 
dendrochronology. It is based on the fact that trees 
produce one growth ring each year. Narrow rings 
grow in cold and/or dry years, and wide rings grow 
in warm years with plenty of moisture. The rings form 
a distinctive pattern, which is the same for all members 
in a given species and geographical area. The patterns 
from trees of different ages (including ancient wood) 
are overlapped, forming a master pattern that can be 
used to date timbers thousands of years old with a 
resolution of one year. Timbers can be used to date 
buildings and archaeological sites. In addition, tree 
rings are used to date changes in the climate such as 
sudden cool or dry periods. Dendrochronology has a 
range of 1-10,000 years or more. 


Radioactive decay dating 


As previously mentioned, radioactive decay refers 
to the process in which a radioactive form of an ele- 
ment is converted into a nonradioactive product at a 
regular rate. Radioactive decay dating is not a single 
method of absolute dating but instead a group of 
related methods for absolute dating of samples. 


Potassium-argon dating 


When volcanic rocks are heated to extremely high 
temperatures, they release any argon gas trapped in 
them. As the rocks cool, argon-40 (*’Ar) begins to 


GALE ENCYCLOPEDIA OF SCIENCE 4 


accumulate. Argon-40 is formed in the rocks by the 
radioactive decay of potassium-40 (“°K). The amount 
of “°Ar formed is proportional to the decay rate (half- 
life) of 4K, which is 1.3 billion years. In other words, 
it takes 1.3 billions years for half of the “°K originally 
present to be converted into *°Ar. This method is 
generally only applicable to rocks greater than three 
million years old, although with sensitive instruments, 
rocks several hundred thousand years old may be 
dated. The reason such old material is required is 
that it takes a very long time to accumulate enough 
“Ar to be measured accurately. Potassium-argon dat- 
ing has been used to date volcanic layers above and 
below fossils and artifacts in east Africa. 


Radiocarbon dating 


Radiocarbon is used to date charcoal, wood, and 
other biological materials. The range of conventional 
radiocarbon dating is 30,000—40,000 years, but with 
sensitive instrumentation this range can be extended to 
70,000 years. Radiocarbon ('4C) is a radioactive form 
of the element carbon. It decays spontaneously into 
nitrogen-14 ('*N). Plants get most of their carbon 
from the air in the form of carbon dioxide, and ani- 
mals get most of their carbon from plants (or from 
animals that eat plants). Atoms of '*C and of a non- 
radioactive form of carbon, '*C, are equally likely to 
be incorporated into living organisms-there is no dis- 
crimination. While a plant or animal is alive, the ratio 
of '4C/'*C in its body will be nearly the same as the 
'4C/'°C ratio in the atmosphere. When the organism 
dies, however, its body stops incorporating new car- 
bon. The ratio will then begin to change as the '4C in 
the dead organism decays into '*N. The rate at which 
this process occurs is called the half-life. This is the 
time required for half of the '*C to decay into '*N. The 
half-life of '*C is 5,730 years. Scientists can tell how 
many years have elapsed since an organism died by 
comparing the '4C/'*C ratio in the remains with the 
ratio in the atmosphere. This allows us to determine 
how much '*C has formed since the death of the 
organism. 

A problem with radiocarbon dating is that dia- 
genic (after death) contamination of a specimen from 
soil, water, etc. can add carbon to the sample and 
affect the measured ratios. This can lead to inaccurate 
dates. Another problem lies with the assumptions 
associated with radiocarbon dating. One assumption 
is that the '4C/'?C ratio in the atmosphere is constant 
though time. This is not completely true. Although '*C 
levels can be measured in tree rings and used to correct 
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Dating techniques 


for the '*C/'*C ratio in the atmosphere at the time the 
organism died, and can even be used to calibrate some 
dates directly, radiocarbon remains a more useful rel- 
ative dating technique than an absolute one. 


Uranium series dating 


Uranium series dating techniques rely on the fact 
that radioactive uranium and thorium isotopes decay 
into a series of unstable, radioactive “daughter” isotopes; 
this process continues until a stable (non-radioactive) 
lead isotope is formed. The daughters have relatively 
short half-lives ranging from a few hundred thousand 
years down to only a few years. The “parent” isotopes 
have half-lives of several thousand million years. This 
provides a dating range for the different uranium series 
of a few thousand years to 500,000 years. Uranium series 
have been used to date uranium-rich rocks, deep-sea 
sediments, shells, bones, and teeth, and to calculate the 
ages of ancient lake beds. The two types of uranium 
series dating techniques are daughter deficiency methods 
and daughter excess methods. 


In daughter deficiency situations, the parent 
radioisotope is initially deposited by itself, without 
its daughter (the isotope into which it decays) present. 
Through time, the parent decays to the daughter 
until the two are in equilibrium (equal amounts of 
each). The age of the deposit may be determined by 
measuring how much of the daughter has formed, 
providing that neither isotope has entered or exited 
the deposit after its initial formation. Carbonates may 
be dated this way using, for example, the daughter/ 
parent isotope pair protactinium-231/uranium-235 
(73'Pa/?*°U). Living mollusks and corals will only 
take up dissolved compounds such as isotopes of ura- 
nium, so they will contain no protactinium, which is 
insoluble. Protactinium-231 begins to accumulate via 
the decay of 7°°U after the organism dies. Scientists 
can determine the age of the sample by measuring how 
much **!Pa is present and calculating how long it 
would have taken that amount to form. 


In the case of a daughter excess, a larger amount 
of the daughter is initially deposited than the parent. 
Non-uranium daughters such as protactinium and 
thorium are insoluble, and precipitate out on the bot- 
toms of bodies of water, forming daughter excesses in 
these sediments. Over time, the excess daughter disap- 
pears as it is converted back into the parent, and 
by measuring the extent to which this has occurred, 
scientists can date the sample. If the radioactive 
daughter is an isotope of uranium, it will dissolve in 
water, but to a different extent than the parent; the two 
are said to have different solubilities. For example, 
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°34U) dissolves more readily in water than its parent, 
38U so lakes and oceans contain an excess of this 
daughter isotope. This excess is transferred to organ- 
isms such as mollusks or corals, and is the basis of 
341 /°38U dating. 


Fission track dating 


Some volcanic minerals and glasses, such as obsi- 
dian, contain uranium-238 (7°°U). Over time, these 
substances become “scratched.” The marks, called 
tracks, are the damage caused by the fission (splitting) 
of the uranium atoms. When an atom of 7*°U splits, 
two “daughter” atoms rocket away from each other, 
leaving in their wake tracks in the material in which 
they are embedded. The rate at which this process 
occurs is proportional to the decay rate of 7*U. The 
decay rate is measured in terms of the half-life of the 
element, or the time it takes for half of the element to 
split into its daughter atoms. The half-life of 7*°U is 
4.47x 10° years. 


When the mineral or glass is heated, the tracks are 
erased in much the same way cut marks fade away from 
hard candy that is heated. This process sets the fission 
track clock to zero, and the number of tracks that then 
form are a measure of the amount of time that has 
passed since the heating event. Scientists are able to 
count the tracks in the sample with the aid of a power- 
ful microscope. The sample must contain enough **°U 
to create enough tracks to be counted, but not contain 
too much of the isotope, or there will be a jumble of 
tracks that cannot be distinguished for counting. One 
of the advantages of fission track dating is that it has an 
enormous dating range. Objects heated only a few 
decades ago may be dated if they contain relatively 
high levels of 7**U; conversely, some meteorites have 
been dated to over a billion years old with this method. 


See also Pollen analysis; Strata. 


Resources 


BOOKS 

Dickin, Alan P. Radiogenic Isotope Geology. Cambridge, 
UK: Cambridge University Press, 2005. 

PERIODICALS 


Balter, Michael. “Radiocarbon Dating’s Final Frontier.” 
Science. 313 (2006): 1560-1563. 


Guilderson, Tom P., et al. “The Boon and Bane of 
Radiocarbon Dating.” Science. 307 (2005): 362-364. 

Turney, Chris S.M., et al. “Archaeology: Progress and Pitfalls 
in Radiocarbon Dating.” Nature. 443 (2006): E3. 


Kathryn M. C. Evans 


GALE ENCYCLOPEDIA OF SCIENCE 4 


i DDT (Dichlorodiphenyl- 


trichloroacetic acid) 


Dichlorodiphenyltrichloroacetic acid (or DDT) 
is a chlorinated hydrocarbon that has been widely 
used as an insecticide. DDT is virtually insoluble in 
water, but is freely soluble in oils and in the fat of 
organisms. DDT is also persistent in the environment. 
The combination of persistence and lipidsolubility 
means that DDT biomagnifies, occurring in organ- 
isms in preference to the non-living environment, espe- 
cially in predators at the top of ecological food webs. 
Environmental contamination by DDT and related 
chemicals is a widespread problem, including the 
occurrence of residues in wildlife, in drinking water, 
and in humans. Ecological damage has included the 
poisoning of wildlife, especially avian predators. 


DDT and other chlorinated hydrocarbons 


Chlorinated hydrocarbons are a diverse group of 
synthetic compounds of carbon, hydrogen, and chlor- 
ine, used as pesticides and for other purposes. DDT is 
a particular chlorinated hydrocarbon with the formula 
2,2-bis-(p -chlorophenyl)-1,1,1-trichloroethane. 


The insecticidal relatives of DDT include DDD (1,1- 
dichloro-2,2-bis(p-chlorophenyl)ethane), aldrin, dieldrin, 
heptachlor, and methoxychlor. DDE (1,1-dichloro-2,2- 
bis(p-dichlorodiphenyl)ethylene) is a related non- 
insecticidal chemical, and an important, persistent, meta- 
bolic-breakdown product of DDT and DDD. that 
accumulates in organisms. Residues of DDT and its 
relatives are persistent in the environment, for example, 
having a typical half-life of five to ten years in soil. 


A global contamination with DDT and related 
chlorinated hydrocarbons has resulted from the combi- 
nation of their persistence and a tendency to become 
widely dispersed with wind-blown dusts. In addition, 
their selective partitioning into fats and lipids causes 
these chemicals to bioaccumulate. Persistence, coupled 
with bioaccumulation, results in the largest concentra- 
tions of these chemicals occurring in predators near or 
at the top of ecological food webs. 


Uses of DDT 


DDT was first synthesized in 1874. Its insecticidal 
qualities were discovered in 1939 by Paul Hermann 
Miiller (1899-1965), a Swiss scientist who won a 
Nobel Prize in medicine in 1948 for his research on 
the uses of DDT. The first important use of DDT was 
for the control of insect vectors of human diseases 
during and following World War II. At about that 
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DDT sperulites magnified 50 times. (David Malin. Photo 
Researchers, Inc.) 


time the use of DDT to control insect pests in agricul- 
ture and forestry also began. 


The peak production of DDT was in 1970 when 
386 million lb (175 million kg) were manufactured 
globally. The greatest use of DDT in the United 
States was 79 million lb (36 million kg) in 1959, but 
the maximum production was 199 million Ib (90 mil- 
lion kg) in 1964, most of which was exported. Because 
of the discovery of a widespread environmental con- 
tamination with DDT and its breakdown products, 
and associated ecological damage, most industrialized 
countries banned its use in the early 1970s. As of 2006, 
the use of DDT continues elsewhere, however, mostly 
for control of insect vectors of human and livestock 
diseases in less-developed, tropical countries. Largely 
because of the evolution of resistance to DDT by 
many pest insects, its effectiveness for these purposes 
has decreased. Some previously well-controlled dis- 
eases such as malaria have even become more common 
recently in a number of countries (the reduced effec- 
tiveness of some of the prophylactic pharmaceuticals 
used to treat malaria is also important in the resur- 
gence of this disease). Eventually, the remaining uses 
of DDT will probably be curtailed and it will be 
replaced by other insecticides, largely because of its 
increasing ineffectiveness. 


Until its use was widely discontinued because of 
its non-target, ecological damages, DDT was widely 
used to kill insect pests of crops in agriculture and 
forestry and to control some human diseases that 
have specific insect vectors. The use of DDT for 
most of these pest-control purposes was generally 
effective. To give an indication of the effectiveness of 
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DDT in killing insect pests, it will be sufficient to 
briefly describe its use to reduce the incidence of 
some diseases of humans. 


In various parts of the world, species of insects 
and ticks are crucial as vectors in the transmission of 
disease-causing pathogens of humans, livestock, and 
wild animals. Malaria, for example, is a debilitating 
disease caused by the protozoan Plasmodium and 
spread to people by mosquitoes, especially species 
of Anopheles. Yellow fever and related viral diseases 
such as encephalitis are spread by other species of 
mosquitoes. The incidence of these and some other 
important diseases can be greatly reduced by the use 
of insecticides to reduce the abundance of their 
arthropod vectors. In the case of mosquitoes, this 
can be accomplished by applying DDT or another 
suitable insecticide to the aquatic breeding habitat, 
or by applying a persistent insecticide to walls and 
ceilings that serve as resting places for these insects. 
In other cases, infestations of body parasites such as 
the human louse can be treated by dusting the skin 
with DDT. 


The use of DDT has been especially important in 
reducing the incidence of malaria, which has always 
been an important disease in warmer areas of the 
world. Malaria is a remarkably widespread disease, 
affecting more than 5% of the world’s population 
each year during the 1950s. For example, in the mid- 
1930s an epidemic in Sri Lanka affected one-half of the 
population, and 80,000 people died as a result. In 
Africa, an estimated two to five million children died 
of malaria each year during the early 1960s. 


The use of DDT and some other insecticides 
resulted in large decreases in the incidence of malaria 
by greatly reducing the abundance of the mosquito 
vectors. India, for example, had about 100 million 
cases of malaria per year and 0.75 million deaths 
between 1933 and 1935. In 1966, however, this was 
reduced to only 0.15 million cases and 1,500 deaths, 
mostly through the use of DDT. Similarly, Sri Lanka 
had 2.9 million cases of malaria in 1934 and 2.8 mil- 
lion in 1946, but because of the effective use of DDT 
and other insecticides there were only 17 cases in 1963. 
During a vigorous campaign to control malaria in the 
tropics in 1962, about 130 million 1b (59 million kg) of 
DDT was used, as were 7.9 million lb (3.6 million kg) 
of dieldrin and one million lb (0.45 million kg) 
of lindane. These insecticides were mostly sprayed 
inside of homes and on other resting habitat of mos- 
quitoes, rather than in their aquatic breeding habitat. 
More recently, however, malaria has resurged in 
some tropical countries, largely because of the devel- 
opment of insecticide resistance by mosquitoes and a 
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decreasing effectiveness of the pharmaceuticals used 
to prevent the actual disease. 


Environmental effects of the use of DDT 


As is the case with many actions of environmental 
management, there have been both benefits and costs 
associated with the use of DDT. Moreover, depending 
on socio-economic and ecological perspectives, there 
are large differences in the perceptions by people of 
these benefits and costs. The controversy over the use 
of DDT and other insecticides can be illustrated by 
quoting two famous persons. After the successful use 
of DDT to prevent a potentially deadly plague of 
typhus among Allied troops in Naples, Italy, during 
World War II, British Prime Minister Winston 
Churchill (1874-1965) praised the chemical as “that 
miraculous DDT powder.” In stark contrast, Rachael 
Carson referred to DDT as the “elixir of death” in her 
ground-breaking book Silent Spring, which was the 
first public chronicle of the ecological damage caused 
by the use of persistent insecticides, especially DDT. 


DDT was the first insecticide to which large 
numbers of insect pests developed genetically based 
resistance. This happened through an evolutionary 
process involving selection for resistant individuals 
within large populations of pest organisms exposed 
to the toxic pesticide. Resistant individuals are rare 
in unsprayed population but, after spraying, they 
become dominant because the insecticide does not 
kill them and they survive to reproduce and pass 
along their genetically based tolerance. More than 
450 insects and mites have populations that are resist- 
ant to at least one insecticide. Resistance is most 
common in the flies (Diptera), with more than 155 
resistant species, including 51 resistant species of 
malaria-carrying mosquito, 34 species of which are 
resistant to DDT. 


As mentioned previously, the ecological effects of 
DDT are profoundly influenced by certain of its phys- 
ical and chemical properties. First, DDT is persistent 
in the environment because it is not readily degraded 
to other chemicals by microorganisms, sunlight, or 
heat. Moreover, DDE is the primary breakdown prod- 
uct of DDT, being produced by enzymatic metabolism 
in organisms or by inorganic de-chlorination reactions 
in alkaline environments. The persistence of DDE and 
DDT are similar, and once released into the environ- 
ment these chemicals are present for many years. 


Another important characteristic of DDT is its 
insolubility in water, which means that it cannot be 
diluted into this ubiquitous solvent, so abundant in 
Earth’s environments and in organisms. In contrast, 
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DDT is highly soluble in fats (or lipids) and oils, a 
characteristic shared with other chlorinated hydrocar- 
bons. In ecosystems, most lipids occur in the tissues of 
living organisms. Therefore, DDT has a strong affin- 
ity for organisms because of its high lipid solubility, 
and it tends to biomagnify (or, the act of building up of 
a substance by successive levels). Furthermore, top 
predators have especially large concentrations of 
DDT in their fat, a phenomenon known as food-web 
accumulation. In ecosystems, DDT and related chlori- 
nated hydrocarbons occur in extremely small concen- 
trations in water and air. Concentrations in soil may 
be larger because of the presence of organic matter 
containing some lipids. Larger concentrations occur in 
organisms, but the residues in plants are smaller than 
in herbivores, and the highest concentrations occur in 
predators at the top of the food web, such as humans, 
predatory birds, and marine mammals. For example, 
DDT residues were studied in an estuary on Long 
Island, New York, where DDT had been sprayed 
onto salt marshes to kill mosquitoes. The largest con- 
centrations of DDT occurred in fish-eating birds such 
as ring-billed gull (76 parts per million [ppm]), and 
double-crested cormorant, red-breasted merganser, 
and herring gull (range of 19 to 26 ppm). 


Lake Kariba, Zimbabwe, is a tropical example 
of food-web bioconcentration of DDT. Although 
Zimbabwe banned DDT use in agriculture in 1982, it 
is still used to control mosquitoes and tsetse fly 
(a vector of diseases of cattle and other large mam- 
mals). The concentration of DDT in the water of Lake 
Kariba was extremely small, less than 0.002 parts per 
billion [ppb], but larger in sediment of the lake (0.4 
ppm). Algae contained 2.5 ppm, and a filter-feeding 
mussel contained 10 ppm in its lipids. Herbivorous fish 
contained 2 ppm, while a bottom-feeding species of 
fish contained 6 ppm. The tigerfish and cormorant (a 
bird) feed on small fish, and these contained 5 ppm 
and 10 ppm, respectively. The top predator in Lake 
Kariba is the Nile crocodile, and it contained 34 ppm. 
Lake Kariba exhibits a typical pattern for DDT and 
related chlorinated hydrocarbons; a large bio-concen- 
tration from water, and to a lesser degree from sedi- 
ment, as well as a food-web magnification from 
herbivores to top predators. 


Global contamination with DDT 


Another environmental feature of DDT is its 
ubiquitous distribution in at least trace concentrations 
everywhere in the biosphere. This global contamina- 
tion with DDT, and related chlorinated hydrocarbons 
such as PCBs (polychlorinated biphenyls), occurs 
because they enter into the atmospheric cycle and 
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thereby become very widely distributed. This results 
from: (1) a slow evaporation of DDT from sprayed 
surfaces; (2) off-target drift of DDT when it is sprayed; 
and (3) entrainment by strong winds of DDT-conta- 
minated dust into the atmosphere. 


This ubiquitous contamination can be illustrated 
by the concentrations of DDT in animals in Antarctica, 
very far from places where it has been used. DDT 
concentrations of 5 ppm occur in fat of the southern 
polar skua, compared with less than 1 ppm in birds 
lower in the food web of the Southern Ocean such as 
the southern fulmar and species of penguin. 


Much larger concentrations of DDT and other 
chlorinated hydrocarbons occur in predators living 
closer to places where the chemicals have been manu- 
factured and used. The concentration of DDT in seals 
off the California coast was as high as 158 ppm in fat 
during the late 1960s. In the Baltic Sea of Europe 
residues in seals were up to 150 ppm, and off eastern 
Canada as much as 35 ppm occurred in seals and up to 
520 ppm in porpoises. 


Large residues of DDT also occur in predatory 
birds. Concentrations as high as 356 ppm (average 
of 12 ppm) occurred in bald eagles from the United 
States, up to 460 ppm in western grebes, and 131 ppm 
in herring gulls. White-tailed eagles in the Baltic Sea 
have had enormous residues—as much as 36,000 ppm 
of DDT and 17,000 ppm PCBs in fat, and eggs with up 
to 1,900 ppm DDT and 2,600 ppm PCBs. 


Ecological damage 


Some poisonings of wildlife were directly caused 
by exposure to sprays of DDT. There were numerous 
cases of dying or dead birds being found after the 
spraying of DDT, for example, after its use in residen- 
tial areas to kill the beetle vectors of Dutch elm disease 
in North America. Spray rates for this purpose were 
large, about 1.5 to 3.0 lb (1.0 to 1.5 kg) of DDT 
per tree, and resulted in residues in earthworms of 
33 to -164 ppm. Birds that fed on DDT-laced inverte- 
brates had intense exposures to DDT, and many were 
killed. 


Sometimes, detailed investigations were needed 
to link declines of bird populations to the use of orga- 
nochlorines. One such example occurred at Clear 
Lake, California, an important water body for recre- 
ation. Because of complaints about the nuisance of a 
great abundance of non-biting aquatic insects called 
midges, Clear Lake was treated in 1949 with DDD at 
1 kg/ha. Prior research had shown that this dose of 
DDD would achieve control of the midges but would 
have no immediate effect on fish. Unfortunately, the 
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unexpected happened. After another application of 
DDD in 1954, 100 western grebes were found dead 
and there were many intoxicated birds. Eventually, the 
breeding population of these birds on Clear Lake 
decreased from about 2,000 to none by 1960. The 
catastrophic decline of grebes was linked to DDD 
when an analysis of the fat of dead birds found resi- 
dues as large as 1,600 ppm. Fish were also heavily 
contaminated. The deaths of birds on Clear Lake 
was one of the first well documented examples of a 
substantial mortality of wildlife caused by organo- 
chlorine insecticides. 


Damage to birds also occurred in places remote 
from sprayed areas. This was especially true of rapto- 
rial (that is, predatory) birds, such as falcons, eagles, 
and owls. These are predators and can absorb (take 
on) chemicals accumulated in prey lower in the food 
chain. This can lead to concentration levels higher 
than might be expected from levels present in the 
environment. Declines of some species began in the 
early 1950s, and there were extirpations of some 
breeding populations. Prominent examples of preda- 
tory birds that suffered population declines from 
exposure to DDT and other organochlorines include 
the bald eagle, golden eagle, peregrine falcon, prairie 
falcon, osprey, brown pelican, double-crested cormor- 
ant, and European sparrowhawk. 


Of course, birds and other wildlife were not 
only exposed to DDT. Depending on circumstances, 
there could also be significant exposures to other 
chlorinated hydrocarbons, including DDD, aldrin, 
dieldrin, heptachlor, and PCBs. Scientists have inves- 
tigated the relative importance of these chemicals in 
causing the declines of predatory birds. In Britain, the 
declines of raptors did not occur until dieldrin came 
into common use, and this insecticide may have been 
the primary cause of the damage. However, in North 
America DDT use was more common, and it was 
probably the most important cause of the bird 
declines. 


The damage to birds was mainly caused by the 
effects of chlorinated hydrocarbons on reproduction, 
and not by direct toxicity to adults. Demonstrated 
effects of these chemicals on reproduction include: 
(1) a decrease in clutch size (i.e., the number of eggs 
laid); (2) the production of a thin eggshell that might 
break under the incubating parent; (3) deaths of 
embryos, unhatched chicks, and nestlings; and (4) 
pathological parental behavior. All of these effects 
could decrease the numbers of young successfully 
raised. The reproductive pathology of chlorinated 
hydrocarbons caused bird populations to decrease 
because of inadequate recruitment. 


1244 


This syndrome can be illustrated by the circum- 
stances of the peregrine falcon, a charismatic predator 
whose decline attracted much attention and concern. 
Decreased reproductive success and declining popula- 
tions of peregrines were first noticed in the early 1950s. 
In 1970, a North American census reported almost no 
successful reproduction by the eastern population of 
peregrines, while the arctic population was declining 
in abundance. Only a local population in the Queen 
Charlotte Islands of western Canada had normal 
breeding success and a stable population. This latter 
population is non-migratory, inhabiting a region 
where pesticides are not used and feeding largely 
on non-migratory seabirds. In contrast, the eastern 
peregrines bred where chlorinated hydrocarbon pesti- 
cides were widely used, and its prey was generally 
contaminated. Although the arctic peregrines breed 
in a region where pesticides are not used, these birds 
winter in sprayed areas in Central and South America 
where their food is contaminated, and their prey of 
migratory ducks on the breeding grounds is also con- 
taminated. Large residues of DDT and other organo- 
chlorines were common in peregrine falcons (except 
for the Queen Charlottes). Associated with those 
residues were eggshells thinner than the pre-DDT con- 
dition by 15 to 20% and a generally impaired repro- 
ductive rate. 


In 1975, another North American survey found a 
virtual extirpation of the eastern peregrines, while the 
arctic population had declined further and was clearly 
in trouble. By 1985, there were only 450 pairs of arctic 
peregrines, compared with the former abundance 
of 5,000 to 8,000. However, as with other raptors 
that suffered from the effects of chlorinated hydro- 
carbons, a recovery of peregrine populations has 
begun since DDT use was banned in North America 
and most of Europe in the early 1970s. In 1985, arctic 
populations were stable or increasing compared with 
1975, as were some southern populations, although 
they remained small. This recovery has been enhanced 
by a captive-breeding and release program over much 
of the former range of the eastern population of pere- 
grine falcons. 


The elimination of DDT and similar pollutants 
were approved by the Stockholm Convention (which 
is a binding agreement on the disuse of persistent 
organic pollutants [POPs], such as DDT) in 2001. 
The Convention was signed by 98 country leaders 
who agreed to make the ban effective as of May 
2004. However, other countries have not agreed to 
this ban due to few or no effective alternatives for 
controlling deadly diseases such as malaria. Most pub- 
lic health officials in the United States and other 
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KEY TERMS 


Drift—Movement of sprayed pesticide by wind 
beyond the intended place of treatment. 


Ecotoxicology—The study of the effects of toxic 
chemicals on organisms and ecosystems. Ecotoxi- 
cology considers both direct effects of toxic sub- 
stances and also the indirect effects caused, for 
example, by changes in habitat structure or the 
abundance of food. 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


developed countries agree that DDT will most likely 
continue to be used until cost-effective alternatives 
become available. 


In 2006, the World Health Organization agreed to 
use DDT to fight malaria in underdeveloped countries 
of the world, mostly in Africa, where the disease is in 
epidemic proportions. 

It is still too soon to tell for certain, but there are 
encouraging signs that many of the severe effects of 
DDT and other chlorinated hydrocarbons on wildlife 
are becoming less severe. Hopefully, in the future these 
toxic damages will be significantly reduced or even 
eliminated. 


See also Biomagnification. 
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mechanics 


Deafness see Deafness and inherited hearing 
loss 
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| Deafness and inherited 


hearing loss 


Deafness is the lack of functional sense of hearing 
in both ears. Loss of hearing can result from environ- 
mental or genetic causes and it can be temporary or 
permanent. The deaf population in the world stands at 
about 0.1% of the total population. At least 5% of the 
world’s people have poor to below average hearing, 
where most of the people in the poor hearing range 
occurs in the adult population, especially among the 
elderly. People in industrialized countries generally 
have worse hearing than those in non-industrialized 
countries. 


Environmental loss of hearing results from occu- 
pational noise, noise pollution, accidents, or intake of 
certain drugs. Inherited loss of hearing can be caused 
by mutations in any of over a hundred of genes known 
to affect hearing, and can affect various cells of the 
inner ear, the main hearing center. 


The inner ear contains the organ of Corti, which 
has hair cells that are responsible for converting 
sounds to neuronal signals. These cells possess recep- 
tors responsive to mechanical movement, stereocilia, 
which are long, hair like-extensions. Stereocilia are 
surrounded by a liquid (endolymph) containing high 
concentration of potassium ions, while the main chan- 
nels of the inner ear are filled with a liquid (perilymph) 
rich in sodium ions. Changes in pressure resulting 
from a sound stimulus, are passed through the peril- 
ymph and result in a mechanical distortion of the 
stereocilia. This induces transfer of potassium ions 
into the hair cells and stimulation of the neurons. 


Hearing loss in the inherited cases of deafness can 
be syndromic or non-syndromic. Deafness or pro- 
found hearing loss is often associated with other 
genetic syndromes (for example Waardenburg or 
Pendred syndrome). These account for about 30% of 
all inherited hearing loss. In these patients the muta- 
tions can affect the inner ear (sensineuronal) or sound 
transmission through the outer and middle ear (con- 
ductive), or can affect both. The remainder of the 
inherited cases are non-syndromic (patients do not 
exhibit any other symptoms except for the loss of 
hearing). 


Knowledge about the role of particular genes and 
general metabolic and signal transduction pathways 
in the cells of the inner ear is very limited. As a result, 
the genes causing the non-syndromic hearing loss are 
divided into artificial groups based on the mode of 
transmission: autosomal recessive (77%), autosomal 
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Deafness and inherited hearing loss 


Even the hearing of infants can be tested. (James King- 
Holmes. Photo Researchers, Inc.) 


dominant (22%), X chromosome linked (around 1%) 
and mitochondrial (less than 1%). 


Hearing loss in case of recessive mutations is usu- 
ally congenital as the patient receives two copies of the 
same mutation from the parents, resulting in complete 
absence of a functional protein. In contrast, the dom- 
inant mutations can be transmitted by only one parent, 
resulting in one good and one bad copy of the gene 
(two copies can be obtained as well if both parents are 
affected and have the same mutation in the same gene). 
Such patients usually exhibit progressive hearing loss, 
as initially there is some functional protein. 


Defects that result in deafness or progressive hear- 
ing loss can affect different parts of the inner ear, hair 
cells, non-sensory cells, and the tectorial membrane. 


A large number of mutations causing deafness 
affect the proteins essential for proper function of the 
organ of Corti. The changes found in the hair cells 
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KEY TERMS 


Autosomes—Chromosomes other than sex chromo- 
somes. 


Dominant—An allele of a gene that results in a 
visible phenotype if expressed in a heterozygote. 


Genetic syndrome—a series of symptoms that 
occur together as a result of a certain change in 
the genomic DNA (either single gene or a part of a 
chromosome). 


Mutation—an inherited change in a gene. 


Recessive—Refers to the state or genetic trait that 
only can express itself when two genes, one from 
both parents, are present and coded for the trait, but 
will not express itself when paired with a dominant 
gene. (See Dominant; Allele) 


affect mainly the motor proteins, such as myosins 
(myosin 7A, 6, and 15), or interacting with actin fila- 
ments (espin), but also potassium (KCNQ4) and cal- 
cium ion transporters, cadherins (vezatin and 
harmonin), and a transcription factor (POU4F3). 
This results in the changed structure of the hair cells, 
loss of their mechanical ability to stretch and distort, 
and affects ion-dependent signaling. Another mechan- 
ical part of the inner ear is the tectorial membrane. 
This gelatinous structure composed of proteins of the 
extracellular matrix is bound to the stereocilia of some 
hair cells. Mutations that affect it are found mainly in 
the proteins of the extracellular matrix (collagen 11 or 
tectoin). These changes are thought to affect the 
mechanical and _ structural properties of the 
membrane. 


The non-sensory cells are an important part of the 
inner ear, forming tight barriers preventing mixing of 
the potassium and sodium rich liquids, and supporting 
the hair cells. The mutations in these cells affect mainly 
the gap and tight junction proteins (connexin 26, 30, 
31, and claudin 14) responsible for cell-to-cell contact, 
but also ion transporters (calcium and potassium), 
and a transcription factor (POU3F4). 


Other genes that are mutated have not yet been 
localized to a particular cell type. Moreover, it has 
been suggested that there are certain genes (modifiers) 
increasing the susceptibility of age-related or noise- 
induced hearing loss. This could also explain why the 
mutations in the same gene result in very different 
severity of hearing loss. 


See also Genetic disorders. 
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[| Decimal fraction 


A decimal fraction is a numeral that uses the base 
10 numeration system to represent numbers that are 
not necessarily whole numbers. The numeral includes 
a dot, called the decimal point. 


Digits to the right of the decimal point extend the 
place values to tenths, hundredths, thousandths, and 
so forth. For example, the decimal fraction 5.403 
means “5 ones, 4 tenths, 0 hundredths, and 3 thou- 
sandths.” The same number can also be represented by 
a common fraction, such as 5,403/1,000, or as a mixed 
number, 5 403/1000. 


See also Fraction, common. 


! Decomposition 


Decomposition is the natural process in which 
large organic (carbon-containing) materials and mol- 
ecules are broken down into simpler ones. The process 
is driven by microorganisms. The ultimate products of 
decomposition are molecules such as carbon dioxide 
and water. Decomposition is an essential ecological 
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process. Living organisms are composed of cells and 
tissues, which are in turn made of complex organic 
molecules, including many that are large by molecular 
standards. Such large molecules are termed macromo- 
lecules. Examples of macromolecules include cellu- 
lose, which comprises plant cell walls, triglyceride 
fats within animal cells, and proteins of plants, ani- 
mals, fungi, protozoans, and bacteria. While alive, 
cells and whole organisms constantly maintain and 
add to the macromolecules necessary for life, in effect 
counteracting decomposition. Upon death, however, 
such maintenance and growth functions cease. 
Decomposition, then, begins the process of breaking 
cells down into their component molecules, and mac- 
romolecules into simpler organic and inorganic mole- 
cules. If decomposition did not occur, the world would 
be overcome with mountainous piles of dead biomass. 


Decomposition is a process that recycles nutrients 
back to the soil from formerly living organisms. The 
process can involve soil organisms breaking-down 
large pieces of organic matter into smaller ones. 
Earthworms, insects, and snails are examples of ani- 
mals involved in the initial stages of the decomposi- 
tion process. Detritus is the term given to the 
disintegrated organic material produced by these ani- 
mals. Earthworms are examples of detritivores, or 
organisms that consume detritus for energy. After 
larger particles are broken down, microorganisms fur- 
ther the decomposition process by secreting chemicals 
that digest organic material in detritus. The most 
prominent organisms that do this are bacteria and 
fungi. Bacteria and fungi that thrive in soil and feed 
upon dead organic matter are called saprophytes. 
Detritivores and saprophytes are essential in the recy- 
cling and disintegration processes of decomposition. 
The partially digested organic material left in soil, 
called humus, is then available for plants to use. 


Humus is a soil component essential for plant 
growth. Found largely in topsoil, humus is created 
from dead living material in a process called humifi- 
cation. Humification of dead plant matter, for exam- 
ple, involves not only decomposition processes of 
detritivores, but also the physical action of weathering 
such as freezing, thawing, drying, and erosion. Humus 
is a major source of nutrients for plants. Essential 
minerals slowly leach from humus into the surround- 
ing soil water, which are then absorbed by plant roots. 
Acting somewhat like a sponge, humus also helps 
retain soil moisture, while simultaneously keeping 
soil aerated by preventing compaction. 


Humans can also make use of the natural process of 
decomposition. Composting is the gathering of waste 
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Decontamination methods 


Fungus creates circular patterns on decomposing maple leaves. (© Gary Braasch/Corbis.) 


organic material, most often plant material, into an 
aerated pile to facilitate partial decomposition into 
humus. The organic humus can then be used as a soil 
conditioner and fertilizer for gardens or on agricultural 
land. Normally, the process of decomposition can take a 
long time. However, in compost piles, the decomposition 
of organic matter is accelerated by turning to enhance 
oxygen availability, and by the build-up of heat and 
moisture. In compost piles, the action of saprophytes 
creates heat, which helps accelerate the entire process. 
The center of the compost pile is insulated from the 
exterior by the outer debris, and retains moisture well. 


Terry Watkins 


| Decontamination methods 


Decontamination refers to the efforts to safeguard 
property and people that have been exposed to chem- 
ical, nuclear, or biological agents. The intent of decon- 
tamination is twofold. The first objective is to make 


1248 


the individual free from the contaminant, or, if com- 
plete removal of the agent is impossible, to reduce the 
concentration of the contaminant to a level that is safe 
for survival. The second objective is to make property 
safe for habitation. 


Human decontamination can involve removal of 
a contaminant from the skin. Usually such decontami- 
nation must be done quickly, since the contaminant 
may be absorbed through the skin where it can cause 
internal damage. In a setting such as the home, labo- 
ratory, or factory, permanent decontamination facili- 
ties can be present. For example, washrooms equipped 
with arm-activated water taps and antiseptic soap 
allow for the rapid removal of personal spills. 
Decontamination is also possible “in the field,” cour- 
tesy of emergency response personal decontamination 
kits, which can be carried with workers or soldiers. 


There are a variety of decontamination methods 
and strategies that can be brought to bear on a 
chemical problem. Often, the method selected depends 
on the nature of the contaminant. For example, 
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A member of a haz-mat response team uses a brush during a 
decontamination process of another team member after he 
had emerged from the US Post Office in West Trenton, New 
Jersey, in October 2001. (Tom Mihalek/AFP/Getty Images.) 


vacuuming up a spill of a powdery chemical can be a 
prudent step, while the same technique would be inap- 
propriate for a liquid spill. 


There are three general chemical decontamination 
methods. These methods involve physical, chemical, 
or thermal processes. 


Physical methods 


Liquid chemicals can be removed from inert sur- 
faces or living surfaces (i.e., skin) by the use of sorb- 
ents. The sorbent can be a natural material, such as 
soil, diatomaceous earth, or activated charcoal, or can 
be synthetic (i.e., Amberlite XAD-2 and XAD-7 res- 
ins). In general, the natural materials absorb, or suck 
up, the liquid contaminants, while the synthetic mate- 
rials adsorb contaminants. Adsorption involves the 
concentration of a substance from the liquid phase 
onto the surface of the adsorbent material due to the 
chemistry of the surface molecules. 


The most recognizable solid absorbent is a clay 
material known as Fuller’s Earth. This material is 
commonly found in kitty litter. When solid absorbent 
materials like Fuller’s Earth, soil, or diatomaceous 
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earth are used, the contaminant is usually not altered. 
For example, petroleum products are readily absorbed 
but are not changed in their character. Thus, the sorb- 
ent material becomes toxic and so must be collected 
and disposed of afterwards. Caution needs to be taken 
during the collection process, as fine dust or particles 
can be inhaled or stuck to exposed skin. 


A different type of physical decontamination 
involves washing the contaminant away using another 
fluid like water, an alcohol, or freon. The aim here 
is to dilute the contaminant in the wash fluid, which 
should itself be collected for proper disposal. Washing 
is not a complete decontamination. Residual contam- 
inant can remain behind in cracks or other hiding 
places. However, the use of high-pressure sprays can 
be an effective and rapid means of decontaminating 
surfaces like walls and floors. 


Chemical methods 


Chemical decontamination goes further than 
merely removing a contaminant from the environment. 
Rather, in chemical decontamination the adsorbing 
chemical neutralizes a contaminant. One example of 
chemical neutralization is the adsorption of a contam- 
inant by material that is impregnated with an alkaline 
chemical. Another general example is the use of chemi- 
cally reactive compounds that interact with the con- 
taminant and change its structure into a form that is 
non-toxic. 


A popular chemical decontamination strategy 
relies on the use of oxidizing agents. Bleach is a well- 
known example of an oxidizing agent. The use of 
oxidizing compounds such as calcium hypochlorite 
or sodium hypochlorite inactivates a variety of chem- 
ical compounds as well as dangerous microorganisms 
such as bacteria and viruses. 


Oxidizing agents can be wiped onto a spill and 
collected in an absorbent material. As well, some oxi- 
dizing agents can be incorporated into topical lotions, 
which are smeared onto the skin to help inactivate a 
chemical or biological spill. 


A recent innovative example of an oxidizing agent 
is L-Gel. Developed at Lawrence Livermore National 
Laboratory, L-Gel uses potassium peroxymonosul- 
fate to deactivate a variety of biological agents, includ- 
ing anthrax spores and Yersinia pestis (the bacterium 
that causes plague). The thick gel is able to cling to 
surfaces better than water, especially to steeply 
sloping surfaces like walls, which keeps the decontami- 
nant in contact with the target longer than using a 
straight water-based decontaminant. It is hoped that 
a powdered formulation of the product will soon be 
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Decryption 


available for use in ventilation ducts, where clean up of 
chemical and biological agents is especially difficult. 


During the fall of 2001, L-Gel was successfully 
used to decontaminate offices of Congress and at 
ABC News following the receipt of letters that were 
laced with anthrax spores. 


Strong bases, such as hydroxide forms of calcium, 
sodium hydroxide, and potassium are other useful 
chemical decontaminants. These agents disrupt chem- 
ical bonds in the contaminant and so destroy the 
offending compounds’ noxiousness. 


Water is an ideal fluid for decontamination 
because a variety of chemically different detergents 
and soaps readily dissolve in water. These compounds 
can loosen or bind contaminants and so remove them 
from a surface. The friction of scrubbing also aids in 
decontamination of the skin during hand washing. 


The different tendencies of chemicals to dissolve 
in water (a property known as solubility) affects the 
efficiency of a decontaminant. For example, a longer 
period of decontamination is needed when using a com- 
pound that is not readily soluble in water. This problem 
can be somewhat overcome by the use of microemul- 
sions, which are essentially very small droplets of the 
decontaminant. The droplet coat is a material that is 
less water-soluble. The effect is best seen when oil is 
added to water. Then, a sheen of oil appears on the 
water, rather than a homogeneous oil-water mixture. If 
a contaminant is not water soluble, it will quickly par- 
tition into the hydrophobic (“water-hating”) decon- 
taminant portion of a microemulsion. This can speed 
up the action of a decontaminant. Microemulsions can 
be applied to a contaminated surface as a spray, which 
can be washed off later. 


Thermal methods 


Thermal decontamination is the use of heat to 
vaporize those chemical contaminants that will readily 
convert from a liquid to a gas in the presence of heat. 
Both water- and alcohol-based chemicals can exhibit 
this behavior. 


Water can also be heated, even to the extent of 
being converted to steam. Hot water or steam treatment 
can be an efficient means of decontamination of greasy 
or oily contaminants. The use of moist heat, as in 
the laboratory sterilization unit called an autoclave, 
disrupts chemical bonds in many microorganisms, kill- 
ing them. Unfortunately, certain noxious bacteria that 
form spores (i.e., Bacillus anthracis, Clostridium species) 
can, under some circumstances, survive autoclaving. 
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Hot air is another useful decontaminant for com- 
pounds that can be volatilized. This method is useful 
for situations where a spill can be isolated and treated 
over a longer period of time. In a battlefield situation, 
other more urgent methods are preferable. 


Nuclear decontamination 


Nuclear decontamination in a battlefield site, to 
date only applicable in the Japanese cities of Hiroshima 
and Nagasaki in the waning days of World War IL, 
necessitates the removal, burial, or storage of the con- 
tamination. However, in sites such as decommissioned 
nuclear power plants or weapons manufacturing facili- 
ties, the less concentrated amounts of radioisotopes 
that are encountered can be more systematically 
decontaminated. 


Nuclear decontamination consists of the removal 
of the contaminating radioisotope. Removal can be 
accomplished by the use of water-soluble chemicals 
(i.e., alkaline permanganate, citric oxalic acid), fire- 
fighting foam, and even the electrochemical treatment 
of the contaminated surface. 


See also Biological warfare; Weapons of mass 
destruction. 
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E Decryption 


Decryption is simply the reverse of encryption, the 
process by which ordinary data, or plain text, is con- 
verted into a cipher. A cipher, often incorrectly iden- 
tified as a code, is a system in which every letter of a 
plain text message is replaced with another letter so as 
to obscure its meaning. To decipher a message requires 
a key, an algorithm that provides the method by which 
the message was encrypted. 


In one of the earliest and simplest ciphers, Julius 
Caesar sent messages in which each letter was substi- 
tuted by the letter three places after it in the alphabet. 
In place of A, then, one would use a D. The key for 


GALE ENCYCLOPEDIA OF SCIENCE 4 


roo all 


<a 


Computer software engineers work late into the night at the Symantec Corporation’s Anti-Virus Research Center complex in 
Santa Monica, CA. In the background is a projection of a computer polymorphic decryption code, which contains the core 
instructions for a complex computer virus. (John T. Barr/AFP/Getty Images.) 


such a cipher would be simply, “Shift right by three,” 
or something similar. 


A key is an algorithm, or a method for solving a 
mathematical problem by using a finite number 
of computations, usually involving repetition of certain 
operations or steps. An excellent example of an algo- 
rithm is f(x) = y, a formula by which a relationship 
between two elements is shown on a Cartesian coordi- 
nate system. It is said that “y ” is a function of x, 
meaning that for every value of x, there is a correspond- 
ing value of y. Suppose it is established that 2x = y; 
then the key for the function has been established, and 
all possible values of x and y can be mapped. 


In a simplified form, this is what occurs in decryp- 
tion. The example shown is one that could easily be 
solved by what are called “brute-force” means. Brute 
force is a method of decryption in which a cryptana- 
lyst, lacking a key, solves a cipher by testing all possi- 
ble keys. This tends to be impractical for most ciphers 
without the use of a computer, and for the most 
sophisticated modern ciphers, brute force is all but 
impossible. 
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Suppose, however, one were shown a graph with 
the following coordinates for x and y: 1, 2; 2, 4; 3, 6, 
and so on. It would be fairly easy to determine from 
these values, using brute force, that 2x = y, even if one 
did not have the key. This is an example of “weak” 
encryption. By contrast, some of the systems in use 
today for encryption of bank transactions or cellular 
phone communications and other purposes are 
extremely “strong.” The ultimate example of strong 
encryption would be a situation in which decryption 
would be impossible without knowing the key. 


Strong encryption is a controversial matter, due to 
the concerns of law-enforcement and _ intelligence 
authorities that such ciphers could be used by terro- 
rists or other illegal groups. This has led to a move on 
the part of several governments, including that of the 
United States, to set up “key-escrow” arrangements, 
whereby all developers of ciphers would be required to 
give authorities a “back door” or key into the cipher. 
The government would maintain decryption keys in a 
secure location, and use them only when given a court 
order. 
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Deer 


See also Computer hardware security; Computer 
software security; Cryptography, encryption, and 
number theory; Steganography. 
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| Deer 


Deer are members of the order Artiodactyla, the 
even-toed ungulates. This order also includes the ante- 
lopes, bovines, and giraffes. Deer are generally slender 
and long-legged, and their most striking characteristic 
is the presence of antlers, which are often used to 
differentiate species. 


The deer family, Cervidae, includes about 45 spe- 
cies, which are divided among 17 genera and five sub- 
families: the Hydropotinae, the Chinese water deer; the 
Muntiacinae, the muntjacs of Asia; the Cervinae, the 
Eurasian deer; the Odocoleinae, the New World deer, 
moose, and caribou; and the Moschinae, the musk deer 
of China, Southeast Asia, and the Himalayas. Some 
taxonomists argue that the Moschinae should not be 
considered a subfamily of the Cervidae, but an entirely 
separate family (Moschidae), based on the relatively 
pronounced differences between Moschus and other 
deer. Unlike other deer, Moschus has a gall bladder, 
and where the females of other species have two pairs 
of teats, Moschus has only one pair. 


Deer have short hair ranging in color from yellow- 
ish to dark brown. The underbelly and throat are 
lighter colored, and many species have a distinctive 
rump patch, an area of light hair fringed with darker 
hair. (A startled deer will lift its tail and flash the white 
of its rump patch as an alarm to other deer nearby.) 
The head of deer is angular, with the eyes set well on 
the side. The ears are oblong and the nose is usually 
covered with soft hair. The senses of hearing and smell 
are excellent. Vision is less so, as far as giving the 
animal an accurate picture of the world around it. 
Although a deer cannot accurately perceive form at 
distances greater than about 200 ft (60 m), it can detect 
slight movements up to 1,000 ft (300 m) away. 


Besides the flash of the rump patch, deer commu- 
nicate through sound and smell, and they produce a 
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variety of vocalizations, from the roar of the red deer 
to the bark of the muntjac. Deer also have scent glands 
near their eyes, which they use to mark their territory 
on branches and twigs. Dung is also used as a territo- 
rial marker. Males will sniff a female’s urine to learn if 
she is in estrus. 


The legs of deer are long and slender, well-suited 
for fast running to escape their many predators. 
During evolutionary time, the leg bones of deer 
became longer and the weight of the animal became 
supported entirely on the third and fourth toes, even- 
tually resulting in the evolution of cloven hooves. The 
second and fifth toes are short and positioned up, as 
dewclaws. The first digit has vanished and the bones 
of the palm (metacarpals and metatarsals) have been 
forged into a single bone, the cannon bone. Similar 
evolutionary changes have occurred in other herbi- 
vores that run to escape predators, such as horses. 


Deer range in size from the Pudu (two species, 
standing 10-17 in (25-43 cm) at the shoulder and 
weighing 13-29 lb (6-13 kg)) to Alces, the moose, 
which stands 56-94 in (140-235 cm) at the shoulder 
and weighs 440-1,900 Ib (200-850 kg). Most species of 
deer have antlers, which are usually found only on the 
males. However, in Rangifer, the caribou, both sexes 
have antlers. Other species, such as the Chinese water 
deer and the tufted deer, have tusks. Tusked deer are 
considered to be more evolutionarily ancient than 
those with antlers, because tusks are characteristic of 
the primitive chevrotains, or mouse deer. More recent 
species of deer are generally considered to have larger 
bodies, larger and more complex antlers, and a more 
gregarious social system. 


Deer originated in Eurasia in the Oligocene, and 
were present in North America in the Miocene, and in 
South America in the Pleistocene. Perhaps the most 
well known fossil species is the Irish elk (Megaloceros 
gigantus). Although not as large as the modern moose, 
Megaloceros carried a rack of antlers that had a spread 
of 6 ft (1.8 m) and weighed more than the rest of the 
animal’s skeleton. Analysis of fossil specimens sug- 
gests that the Irish elk was well suited for life in the 
open and able to run quickly for long distances. The 
common name is misleading, for Megaloceros was 
neither an elk nor exclusively Irish, although the first 
specimens were found in Irish peat bogs. (Long before 
Megaloceros came to the attention of science, the Irish 
were using its great antlers as gateposts and, in County 
Tyrone, even as a temporary bridge.) 


Deer occur naturally throughout most of the 
world, with the exception of sub-Saharan Africa, 
Australia, and Antarctica. As an introduced species, 
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A wapiti (Cervus elaphus), or red deer, in Yellowstone National Park, Wyoming. Wapiti is a Native American word for “white” and 
refers to the light colored rump of this species of deer. (Robert J. Huffman. Field Mark Publications.) 


deer have thrived in Australia, New Zealand, Cuba, 
New Guinea, and other places. For large herbivores, 
they are remarkably adaptable. Although most typi- 
cally fond of wooded areas, some deer have adapted to 
semi-aquatic habitats (the Chinese water deer and 
moose), open grasslands (the Pampas deer of South 
America), and the arctic tundra (the caribou). Slowly, 
deer are returning to areas frequented by humans; in 
suburban America, white-tailed deer are becoming a 
common backyard sight, and throughout the moun- 
tains of New Hampshire and Maine road signs warn of 
moose crossing. 


Deer are herbivores. Lacking upper incisors, they 
bite off forage by pressing their lower incisors against 
a callous pad on the upper gum. Their teeth have low 
crowns, well suited to their diet that, depending on 
the species, includes twigs, leaves, aquatic plants, 
fruits, lichens, and grass. During hard winters, white- 
tailed deer may strip and eat the bark from trees. 
Furthermore, some temperate species, such as the 
white-tailed deer, actually alter their metabolism dur- 
ing the winter, lessening their need for food and there- 
fore decreasing the likelihood of starvation. So strong 


is this natural adaptation, that even in captivity these 
species will eat less in the winter, even if the amount of 
food available remains constant. 


Like other artiodactyls, deer are ruminants with 
a four-chambered stomach. When food is first eaten, it 
is stored in the first chamber, the rumen, where 
bacteria begin to break it down. It is later regurgitated 
into the mouth and, as a cud, is chewed again and 
mixed with saliva. When swallowed a second time, 
the food bypasses the rumen and goes into the second 
stomach chamber, the reticulum, and then passes into 
the third chamber, the omasum, and then into 
the fourth chamber, the abomasum. Food then 
moves into the small intestine, where nutrients are 
absorbed. Although this entire process takes about 
80 hours, it converts about 60% of the cellulose in 
the food into usable sugars and thus is remarkably 
effective. 


Deer vary their diet depending on the seasonal 
availability of forage and their nutritional needs. 
Fallow deer, for instance, eat a great deal of grass; it 
comprises about 60% of their diet during the summer. 


Deer 


In the fall, there is less grass but more fruit is available, 
such as acorns. As the grass proportion of their diet 
declines, the deer turn to fruit, which at the height of 
fall makes up almost 40% of their food intake. The 
winter diet consists of browse, that is, woody stems of 
shrubs such as ivy and holly. 


A three-year study of moose living on Isle Royale, 
Michigan, determined three major limiting factors on 
what moose could eat to satisfy their nutritional require- 
ments. First was the capacity of the rumen, second was 
the time available for feeding, and third was the need for 
sodium, an important nutrient that is difficult to obtain 
on this glacier-scrubbed island in Lake Superior. 
Researchers calculated that to meet their needs, the 
moose would have to eat particular amounts of both 
terrestrial plants and higher-sodium aquatic plants each 
day. Remarkably, the observed diet of the moose in the 
study matched the scientists’ predictions. 


Like all herbivores, deer must spend a great deal 
of time eating in order to obtain sufficient nutrition 
from their food. Studies of wild red deer in Scotland 
found that females without calves spent 9.8 hours 
foraging each summer day, while the larger males 
spent 10.4 hours. Lactating females with calves spent 
11.1 hours per day feeding. Spending large amounts 
of time feeding makes deer vulnerable to predators, 
but the tendency to herd, and the ability to eat fast 
and store food in the rumen, help make them less 
vulnerable. 


In North America, predators of adult deer include 
the brown bear, bobcat, cougar, coyote, wolf, wolver- 
ine, and packs of roving domesticated dogs, while 
golden eagles sometimes take young deer. In South 
America, deer are taken by jaguars. Eurasian deer 
must deal with dholes (wild dogs), tigers, and wolves. 
One reptilian predator, the Komodo dragon of 
Indonesia, depends largely on the Timor hog deer 
(Cervus rusak timoensis). Deer have long been hunted 
by humans as well. Other causes of death include 
fighting between males, automobile and train acci- 
dents, falling through ice and drowning, becoming 
entangled in fences or stuck in the crotches of trees 
when reaching high for browse, being caught in forest 
fires, becoming stuck in swampy areas, and falling 
over snow-covered banks or cliffs. Many of the deer 
shot by hunters escape only to die of their wounds 
later. Particularly harsh winters also decimate deer 
populations. 


Deer antlers are found primarily in the males and 
are a social and sexual symbol as well as a weapon. 
The huge antlers of the Irish elk were the long-term 
result of sexual selection, whereby females consistently 
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bred with males that had the largest antlers. This can 
explain how the gene for larger and larger antlers was 
passed down through generations until the tremen- 
dous 6 ft (1.8 m) span was reached. 


Antlers differ from horns. Horns are a perma- 
nent outgrowth of the skull and are covered by a layer 
of keratin. Antlers, on the other hand, are grown and 
shed annually. They consist of a bare bony core sup- 
ported on bony disks, called pedicles, which are part 
of the skull. There is a tremendous investment of 
energy in the regrowth of antlers, which regrow to 
be more elaborate with each year as the deer ages, 
adding more prongs, or “points.” Antlers are often 
damaged during mating-season fights, which seri- 
ously curtail a male’s reproductive success. A study 
of red deer males with damaged antlers showed that 
they had less mating success than did males with 
intact racks. However, the experimental removal of 
the antlers of a dominant male showed it to be only a 
temporary setback; despite the loss, the male retained 
his status and his females. 


The antlers of temperate-region species of deer 
begin to grow during early summer. A thin layer of 
skin covered by short, fine hairs covers the growing 
antlers. Aptly called velvet, this skin nourishes the 
antlers with a plentiful supply of blood until they 
reach full growth in late summer. The blood supply 
then ceases, and the velvet dries up. The deer rubs off 
the velvet to reveal fresh new and, for a short time after 
shedding the velvet, gory antlers. 


Those species of deer considered to be more evo- 
lutionarily recent are generally more gregarious, but 
the diet of these species may also be related to social 
organization. Those deer that primarily browse, such 
as roe deer, live in small groups or alone, for their food 
is generally found only in small patches. On the other 
hand, caribou, which graze on lichens and sedges over 
extensive open areas, may occur in large herds of 
several thousand animals. Such grazers may find an 
extra benefit in their herding behavior, with extra eyes 
and ears alert for predators. 


Mating strategies 


During the mating season of temperate species, 
males use one of three strategies to obtain access to 
receptive females. They may defend a territory that 
overlaps the ranges of females, as does the muntjac. 
They may defend a single doe against all suitors, as 
does the white-tailed deer. Or they may attempt to 
assemble and hold a harem of females, as does the 
red deer (Cervus elaphus). The males and females of 
this gregarious species spend most of the year in single- 


GALE ENCYCLOPEDIA OF SCIENCE 4 


sex herds, which generally have particular ranges. 
Come September, the females gather in rutting areas, 
and are soon joined by the males, which compete for 
the females through displays of roaring, spraying 
urine, and fighting. 


Fighting begins when the challenger appears, and 
he and the holder of the harem roar at each other. 
After several minutes of vocalizing, they walk parallel 
to each other, tense and alert, until one of them turns 
toward the other and lowers his antlers. They lock 
antlers and begin shoving each other. When one suc- 
ceeds in pushing the other backwards, the loser runs 
off. 


The fights are dangerous. Almost a quarter of the 
males in a Scottish study were injured during the rut, 
6% permanently. A male between ages of seven to 10 
has the best chance of winning such an encounter, 
which a harem holder must face about five times dur- 
ing the mating season. There is another danger besides 
injury; young males often lurk at the fringes of a 
harem, waiting until the harem holder is distracted 
and then spiriting away a female or two. The apparent 
benefits of holding a harem are deceiving; although 
there may be as many as 20 females in the harem, the 
male will father only about four or five calves. 


Females of tropical species of deer come into 
estrus several times a year. Gestation lasts from 176 
days in the Chinese water deer to 294 days in the roe 
deer. The female deer delivers from one to six young 
(six in Hydropotes), but one or two is the norm. The 
young of most deer are born spotted. 


The males of the Cervinae (such as the red deer) 
are called stags, the females, hinds, and the young, 
calves. Among the Odocoileinae, the male deer are 
called bucks, the females does, and the young, fawns. 
Exceptions are Alces (moose) and Rangifer (caribou), 
in which the males are bulls, the females, cows, and the 
young, calves. 


Besides the moose, other North American species 
include the white-tailed deer (Odocoileus virginianus) 
found from southern Canada, throughout most of the 
United States, Mexico, and down to Bolivia and 
northeastern Brazil. The white-tailed deer may be the 
most abundant species of wild large mammal, with a 
population of about 60 million individuals. The mule 
deer (O. hemionus), named for its large ears, ranges 
from the southern Yukon and Manitoba to northern 
Mexico. The tiny Key deer (O. v. clavium) is an endan- 
gered subspecies of the white-tailed deer; only about 
700-800 remain in the western Florida Keys. 
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| Deer mouse 


The deer mouse (Peromyscus maniculatus) is a 
small, native rodent in the family Muridae with an 
almost ubiquitous distribution in North America. 
The deer mouse ranges from the subarctic boreal for- 
est, through wide areas of more southern conifer and 
mixed-wood forests, to drier habitats as far south as 
some regions of Mexico. 


The deer mouse is highly variable in size and color 
over its range. Its body length ranges 2.8-3.9 in 
(7-10 cm), the tail 2—5.1 in (5-13 cm), and the body 
weight 0.6—1.2 oz (18-35 g). Many geographic variants 
of the deer mouse have been described as subspecies. 
The color of the deer mouse ranges from grayish to 
reddish brown, with the body being dark above and 
white beneath. The bicolored coat of these mice gives 
rise to its common name, a reference to a superficial 
resemblance to the coloration of white-tailed and mule 
deer (Odocoileus spp.). The deer mouse can be difficult 
to distinguish from some closely related species, such 
as the white-footed mouse (P. leucopus), another 
widely distributed, but more eastern species. 


The deer mouse occurs in a very wide range of 
habitat types. This species occurs in deserts, prairies, 
and forests, but not in wetlands. The deer mouse is 
quite tolerant of certain types of disturbance, and its 
populations are little affected by light wildfires or the 
harvesting of trees from its habitat. 


The deer mouse nests in burrows dug in the ground, 
or in stumps or rotting logs. This species also sometimes 
nests in buildings. Deer mice can climb well, and they 
do so regularly in certain habitats. The deer mouse is a 
nocturnal feeder on a wide range of nuts and seeds, and 
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when this sort of food is abundant it is stored for leaner 
times, because deer mice are active all winter. Deer mice 
also feed on insects when they are available. 


The home range of deer mice can vary from about 
0.5 to 3 acres (0.2 to 1.2 hectares), but this varies with 
habitat quality and also over time, because the abun- 
dance of these rodents can be somewhat irruptive if 
food supply is unusually large. Within any year, deer 
mice are generally most abundant in the late autumn, 
and least so in the springtime. Deer mice are quite 
tolerant of each other, and during winter they may 
sleep huddled in a cozy group to conserve heat. The 
typical longevity of a wild animal is two years, but deer 
mice can live for eight years in captivity. 


Depending on latitude, the deer mouse breeds 
from February to November, raising as many as four 
litters per year of typically three to five young each. 
Young deer mice are capable of breeding once they are 
older than five or six weeks. Adult males often assist 
with rearing their progeny. 


When they are abundant, deer mice are important 
prey for a wide range of small predators, such as foxes, 
weasels, hawks, owls, snakes, and other species. In this 
sense, deer mice and other small mammals are critical 
links in ecological food webs. 


Deer mice are sometimes a problem in forestry, in 
situations where they eat large quantities of tree seeds 
and thereby inhibit the natural regeneration of har- 
vested stands. However, deer mice also provide a serv- 
ice to forestry, by eating large numbers of potentially 
injurious insects, such as sawflies and budworms. 


Deer mice may also be considered pests when they 
occur in homes, because they raid stored food and may 
shred fabrics and furnishings to get material with which 
to build their nests. In some regions, exposure to the feces 
of deer mice may result in people developing a potentially 
deadly disease caused by a microorganism known as 
hantavirus. However, when closely viewed, deer mice 
prove to be inquisitive and interesting creatures. Deer 
mice are readily tamed, and they make lively pets. 


Bill Freedman 


[| Deforestation 


Deforestation refers to a longer-term conversion 
of forest to some other kind of ecosystem, such as 
agricultural or urbanized land. Sometimes, however, 
the term is used in reference to any situation in which 
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forests are disturbed, for example by clear-cut harvest- 
ing, even if another forest subsequently regenerates on 
the site. Various human activities result in net losses of 
forest area and therefore contribute to deforestation. 
The most important causes of deforestation are the 
creation of new agricultural land and unsustainable 
harvesting of trees. In recent decades, deforestation 
has been proceeding most rapidly in underdeveloped 
countries of the tropics and subtropics. 


The most important ecological consequences of 
deforestation are: the depletion of the economically 
important forest resource; losses of biodiversity through 
the clearing of tropical forests; and emissions of carbon 
dioxide with potential effects on global climate through 
an enhancement of Earth’s greenhouse effect. In some 
cases, indigenous cultures living in the original forest 
may be displaced by the destruction of their habitat. 


Historical deforestation 


Ever since the development of agriculture and set- 
tlements, humans have converted forest into agroeco- 
systems of various sort, or into urban land. There are 
numerous references in historical, religious, and anthro- 
pological literature to forests that became degraded and 
were then lost through overharvesting and conversion. 
For example, extensive forests existed in regions of the 
Middle East that are now almost entirely deforested. 
This can be evidenced by reference in the Bible to such 
places as the Forest of Hamath, the Wood of Ziph, and 
the Forest of Bethel, the modern locations of which are 
now desert. The cedars of Lebanon were renowned for 
their abundance, size, and quality for the construction 
of buildings and ships, but today they only survive in a 
few endangered groves of small trees. Much of the 
deforestation of the Middle East occurred thousands 
of years ago. However, even during the Crusades of the 
eleventh century through the thirteenth century, exten- 
sive pine forests stretched between Jerusalem (Israel) 
and Bethlehem (West Bank), and some parts of 
Lebanon had cedar-dominated forests into the nine- 
teenth century. These are all now gone. 


Similar patterns of deforestation have occurred in 
many regions of the world, including most of the 
Mediterranean area, much of Europe, south Asia, 
much of temperate North and South America, and, 
increasingly, many parts of the sub-tropical and trop- 
ical world. 


Deforestation today 
From earliest times to the present, the global 


extent of deforestation has been about 12%. This 
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Deforestation in the jungle in Brazil. (Ulrike Welsch. National Audubon Society Collection/Photo Researchers, Inc.) 


loss included a 19% loss of closed forest in temperate 
and boreal latitudes, and a 5% loss of tropical and 
subtropical forests. 


However, in recent decades the dynamics of defor- 
estation have changed greatly. The forest cover in 
wealthier countries of higher latitudes has been rela- 
tively stable. In fact, regions of western Europe, the 
United States, and Canada have experienced an 
increase in their forest cover as large areas of poorer- 
quality agricultural land have been abandoned and 
then regenerated to forest. Although these temperate 
regions support large forest industries, post-harvest 
regeneration generally results in new forests, so that 
ecological conversions to agriculture and other non- 
forested ecosystems do not generally occur. 


In contrast, the rate of deforestation in tropical 
regions of Latin America, Africa, and Asia have 
increased alarmingly in recent decades. This defores- 
tation is driven by the rapid growth in size of the 
human population of these regions, with the attendant 
needs to create more agricultural land to provide addi- 
tional food, and to harvest forest biomass as fuel. In 
addition, increasing globalization of the trading 
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economy has caused large areas of tropical forest to 
be converted to agriculture to grow crops for an export 
market in wealthier countries, often to the detriment 
of local people. 


According to the Food and Agriculture Organi- 
zation (FAO) of the United Nations (UN), as of 
2005, the world’s forested areas stand at just under 
9.9 billion acres (4.0 billion hectares), or about 30% of 
total land area of Earth. This figure is based on a new 
definition associated with the term forest; that is, areas 
including at least 10% of canopy cover but those areas 
excluding stands of trees that are included with pri- 
mary agricultural production. In 2000, the amount of 
the world’s total forest area stood at 9.6 billion acres 
(3.9 billion hectares). From 1990 to 2000, the world’s 
forests experienced an average net annual loss of 23.2 
million acres (9.4 million hectares) per year. From 
1990 to 2005, deforestation has occurred most rapidly 
in the following regions of the world: West Africa, 
Central America and Mexico, and Southeast Asia. 
Among nations, the most rapid rates of deforestation 
are: Costa Rica, Ecuador, El Salvador, Haiti, Ivory 
Coast, Jamaica, Malawi, Nepal, Nicaragua, Nigeria, 
and Sri Lanka. 
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Now into the 2000s, deforestation mainly comes 
from conversion of forested lands to agricultural lands. 
This accounts for about 32 million acres (13 million 
hectares) per year. However, increased amounts 
of forest re-plantings, natural expansions, and land- 
scape restorations have reduced the total rate of 
deforestation. 


Past estimates of global deforestation have been 
criticized as unreliable. These surveys of forest changes, 
compiled by FAO, have been considered to be prob- 
lematic because of inconsistencies in the collection 
methodology. Problems included potentially biased 
information (frequently from agencies within the coun- 
try itself), inconsistent definitions of land use, and data 
gathering techniques that changed from survey to sur- 
vey. These issues are being addressed through the use of 
remote sensing techniques and a more consistent defi- 
nition of what is considered a forest. Satellite imaging 
of the forests is now being used to produce consistent 
and verifiable information on a global scale. Scientists 
and policy-makers involved with the issue of deforesta- 
tion rely on dependable and accurate data. This reliable 
information permits them to monitor changes and 
accurately determine the extent of the forest. 


Loss of a renewable resource 


Potentially, forests are a renewable natural 
resource that can be sustainably harvested to gain a 
number of economically important products, includ- 
ing lumber, pulp for the manufacture of paper, and 
fuel wood to produce energy. Forests also provide 
habitat for game species and, also, for the much 
greater diversity of animals that are not hunted for 
sport or food. In addition, forests sustain important 
ecological services related to clean air and water and 
the control of erosion. 


Any loss of forest area detracts from these impor- 
tant benefits and represents the depletion of an 
important natural resource. Forest harvesting and 
management can be conducted in ways that encourage 
the regeneration of another forest after a period of 
recovery. However, this does not happen in the cases 
of agricultural conversion and some types of unsus- 
tainable forest harvesting. In such cases, the forest is 
mined (treated as a non-renewable-like resource) 
rather than treated as a renewable natural resource, 
and its area is diminished. 


Deforestation and biodiversity 
At the present time, most of Earth’s deforestation 


involves the loss of tropical forests, which are 
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extremely rich in species. Many of the species known 
to occur in tropical forests have local (or endemic) 
distributions, so they are vulnerable to extinction if 
their habitat is lost. In addition, tropical forests are 
thought to contain millions of additional species of 
plants, animals, and microorganisms as yet undiscov- 
ered by scientists. 


Tropical deforestation is mostly caused by various 
sorts of conversions, especially to subsistence agricul- 
ture, and to market agriculture for the production of 
export commodities. Unsustainable logging and fuel 
wood harvesting also cause tropical deforestation. 
Less important causes of tropical deforestation 
include hydroelectric developments that flood large 
reservoirs and the production of charcoal as an indus- 
trial fuel. Because these extensive conversions cause 
the extinction of innumerable species, tropical defor- 
estation is the major cause of the global biodiversity 
crisis. 


Deforestation and the greenhouse effect 


Mature forests contain large quantities of organic 
carbon, present in the living and dead biomass of 
plants, and in organic matter of the forest floor and 
soil. The quantity of carbon in mature forests is much 
larger than in younger, successional forests, or in any 
other type of ecosystem, including human agroecosys- 
tems. Therefore, whenever a mature forest is disturbed 
or cleared for any purpose, it is replaced by an ecosys- 
tem containing a much smaller quantity of carbon. 
The difference in carbon content of the ecosystem is 
balanced by an emission of carbon dioxide (CO;) to 
the atmosphere. This CO emission always occurs, but 
its rate can vary. The CO, emission is relatively rapid, 
for example, if the biomass is burned, or much slower 
if resulting timber is used for many years and then 
disposed into an anaerobic landfill, where biological 
decomposition is very slow. 


Prior to any substantial deforestation caused by 
human activities, Earth’s vegetation stored an esti- 
mated 990 billion tons (900 billion metric tons) of 
carbon, of which 90% occurred in forests. Mostly 
because of deforestation, only about 616 billion tons 
(560 billion metric tons) of carbon are presently stored 
in Earth’s vegetation, and that quantity is diminishing 
further with time. It has been estimated that between 
1850 and 1980, CO> emissions associated with defor- 
estation were approximately equal to emissions asso- 
ciated with the combustion of fossil fuels. Although 
CO, emissions from the use of fossil fuels has 
been predominant in recent decades, continuing 
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KEY TERMS 


Conversion—A longer-term change in character of 
the ecosystem at some place, as when a natural 
forest is harvested and the land developed into an 
agroecosystem. 


deforestation is an important source of releases of CO 
to the atmosphere. 


The CO, concentration in Earth’s atmosphere has 
increased from about 270 parts per million (ppm) 
prior to about 1850, to about 360 ppm in 1999, and 
it continues to increase. As of 2004, it stands at just 
over 377 ppm. Many atmospheric scientists hypothe- 
size that these larger concentrations of atmospheric 
CO), will cause an increasing intensity of an important 
process, known as the greenhouse effect, that inter- 
feres with the rate at which the Earth cools itself of 
absorbed solar radiation. If this theory proves to be 
correct, then a climatic warming could result, which 
would have enormous implications for agriculture, 
natural ecosystems, and human civilization. 


Causes of deforestation 


Any solution to the problem of deforestation must 
first address the social and economic reasons for the 
activity. While population growth and social unrest 
have been cited as causes, the most important reasons 
for deforestation are economic. The average annual 
income of many people in those countries most heavily 
impacted by deforestation is at extremely low levels. 
These people are forced to survive by any means nec- 
essary including subsistence agriculture and utilization 
of wood for cooking and heating (about two-thirds of 
tropical people use wood fuels as their major source of 
energy, particularly poorer people). They often follow 
new logging roads to the only available property, for- 
estland. The search for valuable hardwoods, such as 
mahogany and teak, is the other major source of forest 
clearing. Cattle ranching, plantations, and mining also 
provide considerable economic incentive for the 
destruction of forests. The social and economic value 
of these activities is much greater for the people 
involved than any perceived environmental value of 
the forests. 


The Earth Summits of 1992 and 2002 attempted to 
address the linkage of social issues, economics, and the 
environment, though little agreement among nations 
was achieved. Some conservation organizations have 
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shown that the economic wealth of one country can be 
traded for the environmental riches of another. A plan 
known as a debt-for-nature swap is one possible 
method for addressing both economic and environ- 
mental issues associated with deforestation. Many 
countries in which deforestation is rampant are rela- 
tively poor and are often in debt to more developed 
nations. Under the plan, the debt is bought (at a 
significant discount) in exchange for a pledge by the 
country to protect some portion of its valuable biologic 
resources, or to fund the activities of local conservation 
organizations within its borders. Agreements of this 
type have been emplaced in Bolivia, Madagascar, 
Zambia and other countries. 


As of 2006, forestation experts state that slash- 
and-burn activities (clearing forests for agricultural 
use) within tropical forests, such as in Brazil, are the 
largest cause for deforestation in the world. Many 
countries try to reduce the rate of poverty and home- 
lessness by using slash-and-burn activities to quickly 
improve the state of their citizens. It is estimated that 
over 200 million people around the world use slash- 
and-burn activities. However, such activities are 
extremely short-term in nature, causing quick erosion 
and exhaustion of the soils. 


See also Rainforest; Slash-and-burn agriculture. 
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Degree 


l Degree 


The word “degree” has several distinct meanings 
in science and mathematics. First, in physics, it refers 
to a unit of temperature. Common units of temper- 
ature are degrees Celsius (°C) and degrees Fahrenheit 
(°F). Absolute temperature is measured in Kelvins 
(not “degrees Kelvin”). 


Second, in geometry, a degree is a unit of angle. A 
right angle is 90 degrees, the interior angles of a triangle 
always add to 180 degrees, and so on. Alternative units 
of angle are grads and radians. 


Third, in algebra, “degree” refers to a property of 
polynomials. The degree of a polynomial in one vari- 
able (a monomial), such as 5x°, is the exponent, 3, of 
the variable. The degree of a monomial involving more 
than one variable, such as 3x’y, is the sum of the 
exponents; in this case, 2 + 1 = 3. The degree of a 
polynomial with more than one term is the highest 
degree among its monomial terms. Thus the degree 
of 5x°y + 7x*y°z? + 8x*yis3 +242 =7. 

The degree of a polynomial equation is the highest 
degree among its terms. Thus the degree of the equa- 
tion 5x°-3x* = x + Lis 3. 


Degrees (geometry) see Angle 


l Dehydroepiandrosterone 


(DHEA) 


Dehydroepiandrosterone (DHEA) is one of the 
androgens secreted by the adrenal cortex. An andro- 
gen is a hormone that stimulates masculine character- 
istics and is present in both males and females. The 
adrenal glands are small structures located at the tops 
of the kidneys. The adrenal medulla is the central 
portion of the adrenal gland and the adrenal cortex is 
the outer portion. The adrenal glands produce hor- 
mones that are involved in metabolism and stress 
reactions. These hormones are all produced from 
cholesterol. Three types of hormones are synthesized 
by the adrenal glands, glucocorticoids, mineralocorti- 
coids, and sex hormone precursors. DHEA is 
one of the sex hormone precursors, which means it is 
eventually converted into the male sex hormone 
testosterone. 


DHEA, along with its derivative dehydroepian- 
drosterone sulfate (DHEAS) are the most abundant 
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steroids produced by the adrenal glands. Despite the 
high concentrations of DHEA in both the blood and 
the brain, no receptors have been found for the hor- 
mone and scientists have not determined its function 
in the body. The only scientifically proven fate of 
DHEA in the body is that it is eventually converted 
into the sex hormones. Many scientists have reported 
numerous beneficial effects of DHEA on the body. 
This hormone is marketed as a “wonder drug” that 
can be used to boost immune function, metabolism, 
endocrine function, as well as neurological functions. 
These claims are the results of recent studies involving 
DHEA supplementation and are quite preliminary. It 
is unknown whether these effects are directly due to 
the DHEA, or if they are the result of one of the 
metabolites of the hormone. In other words, the action 
of DHEA in the body is unknown. 


DHEA as a neurosteroid 


DHEA is different from other sex hormone pre- 
cursors in that it is also a neurosteroid. A neurosteroid 
is a steroid that accumulates in the nervous system 
independently of its production in the endocrine 
glands. This means that DHEA found in the nervous 
system was not produced by the adrenal glands. 
DHEA has been found in the brains of humans, 
rodents, rabbits, monkeys, and dogs in relatively 
high concentrations. Studies suggest that the hormone 
acts directly on the brain. Although the hormone itself 
has been found in the adult brain, the enzyme needed 
for its production is only found in the brains of fetuses. 


Because the enzyme needed for its production is 
found only in the brains of fetuses, it is thought that 
the hormone is somehow related to the organization 
and development of the brain. When DHEA is added 
to cultures of developing neurons from the brains of 
mouse embryos, it causes morphological changes such 
as increasing axon length. These studies suggest that 
certain developmental neurological disorders may 
actually be the result of lower than normal concentra- 
tions of DHEA in the fetal brain. 


Actions of DHEA 


The level of DHEA in the blood declines with 
age and also during times of stress or illness. 
Concentrations of this hormone in humans peak at 
about age 20, after which they steadily decline. By the 
time a person is 80 years old, their DHEA levels are 
only about 20% of what they were at their peak. The 
level of DHEA also declines with age in the brain. It 
has been suggested that this decline may play a role in 
some age-related illnesses. DHEA has been shown to 
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KEY TERMS 


Anabolic steroid—Any of a group of synthetic steroid 
hormones sometimes abused by athletes in training to 
temporarily increase the size of their muscles. 


Antioxicant—Any substance that prevents oxidation 
from occurring. 


Atrophy—Decreasing in size or wasting away of a 
body part or tissue. 


Autoimmune—Misdirected immune response in 
which lymphocytes mount an attack against normal 
body cells. 


Endocrine system—A system of glands and other 
structures that secrete hormones to regulate certain 
body functions such as growth and development of 
sex characteristics. 


Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Exogenous—Produced by factors outside the organ- 
ism or system. 


Interleukin—One of a variety of communication 
signals that drive immune responses. 


act as an antioxidant, to enhance memory, and also to 
serve as a neuroprotector. Certain age-related diseases 
of the central nervous system, such as Alzheimer dis- 
ease, are thought to be a result of oxidative stress in the 
brain. Because DHEA has been shown to demonstrate 
antioxidant properties in the brain, it has been 
hypothesized that it can be used to treat these age- 
related disorders. Although its action in these cases is 
still unclear, it is thought that it acts by protecting 
regions of the hippocampus from oxidative stress. It 
may also work by affecting the production of interleu- 
kin-6 (IL-6), which is believed to play a role in the 
progression of these diseases. 


DHEA and DHEAS have been found to be useful 
in the treatment of certain autoimmune diseases. In 
one study, when mice were treated with DHEA at a 
young age, the onset of autoimmune disease was 
delayed and the mice lived longer. Once the mice had 
already shown signs of the disease, however, the hor- 
mone had no effect on disease progression. Another 
study demonstrated that DHEA supplementation 
helped reduce some of the effects of a retrovirus infec- 
tion that caused acquired immune-deficiency syn- 
drome (AIDS) in mice, such as vitamin E loss and 
lipid oxidation. DHEA boosted immune function 
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Lupus—An autoimmune disease characterized by 
skin lesions. 


Metabolite—A product of the controlled, enzyme- 
mediated chemical reactions by which cells acquire 
and use energy. 


Morphology—Dealing with the form and structure 
of organisms. 


Oxidation—Loss of electrons by a compound during 
a certain type of chemical reaction called a redox 
reaction. 


Retrovirus—A type of virus that inserts its genetic 
material into the chromosomes of the cells it infects. 


Seminiferous tubules—Tubes lining the testes which 
produce sperm. 


Steroids—A group of organic compounds that 
belong to the lipid family and that include many 
important biochemical compounds including the 
sex hormones, certain vitamins, and cholesterol. 


Testes—Male gonads, primary reproductive organs 
in which male gametes and sex hormones are 
produced. 


and increased vitamin E levels in healthy mice as 
well. DHEA and DHEAS were also found to boost 
immune function in humans afflicted with Cushing’s 
syndrome and to delay the onset of lupus in mice. 


It has also been suggested that DHEA is involved 
in stimulating bone mineral content and density. In 
rats, DHEA supplementation increased both lumbar 
spine and total body bone mineral density. This 
implies DHEA could be used to treat bone loss in 
aging patients or those suffering from certain diseases. 
Patients suffering from anorexia nervosa demonstrate 
severe bone loss as a side effect of this disease. DHEA 
levels in these patients are much lower than normal. 
DHEA supplementation in anorexic patients not only 
increased their bone mineral density, but also resulted 
in the resumption of menstrual cycles in many cases. 
Systemic lupus erythematosus patients also demon- 
strate severe bone loss. Preliminary clinical trials of 
DHEA supplements in these patients have suggested 
that this hormone could be used to treat bone loss in 
lupus sufferers as well. 


There have been countless other claims of the 
benefits of DHEA in the body. DHEA may lower 
serum cholesterol levels. It may also protect against 
bacterial infections. DHEA has been found to decrease 
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allergic responses in mice. Research is being conducted 
regarding the role of DHEA as a possible treatment for 
tuberculosis. This hormone has also been found to 
decrease anxiety in rats. The list of theories and pro- 
posals for the actions of DHEA on the body and the 
brain goes on and on. 


Marketing 


DHEA is currently available as a nutritional sup- 
plement. The Food and Drug Administration (FDA) 
has not approved its use for specific disorders. Because 
it is classified as a supplement, it can be purchased 
without a prescription. Since DHEA is a precursor to 
the production of testosterone, it could be considered an 
exogenous androgenic or anabolic steroid. Use of these 
steroids to enhance performance is banned from sports 
organizations and the military. At low doses, DHEA 
has a minimal effect on urine testosterone levels (the test 
used to screen for use of these drugs); however, at high 
doses this hormone would result in a “positive” test. 


Side effects 


The majority of the available research investigates 
the benefits of DHEA supplementation, but few stud- 
ies discuss the possible adverse side effects associated 
with this hormone. One study found that prolonged 
DHEA treatment in rats induced liver tumors, espe- 
cially in females. In male rats, sustained delivery 
DHEA and DHEAS treatments caused atrophy of 
the seminiferous tubules and testes. The application 
of the studies on the benefits of DHEA is also limited. 
Much research has been conducted on rats and mice, 
but few clinical trials on humans have actually been 
performed. More research is needed on the toxicity 
and morphological effects of DHEA and DHEAS, as 
well as on its specific action on humans, before its 
widespread use. 


Resources 


BOOKS 
Solomon, Eldra Pearl. Biology. Orlando: Saunders College 
Publishing, 1999. 


Starr, Cecie. Biology—Concepts and Applications. Belmont, 
CA: Wadsworth Publishing Company, 1997. 


PERIODICALS 

Gordon, C. “Changes in Bone Turnover Markers and 
Menstrual Function after Short-Term DHEA in Young 
Women with Anorexia Nervosa.” Journal of Bone and 
Mineral Research 14, no. 1 (1999). 

Prasad, A. “Dehydroepiandrosterone DecreasesBehavioral 
Dispair in High—but not Low—Anxiety Rats.” 
Physiology & Behavior 62, no. 5 (1997). 


1262 


OTHER 

University of Maryland Medical Center 
“Dehydroepiandrosterone (DHEA)” <http:// 
www.umm.edu/altmed/ConsSupplements/ 
DehydroepiandrosteroneDHEAcs.html> (accessed 
November 18, 2006). 

The Why Files: Science behind the News. “One Pill 
Makes You Smaller: A Workhorse Hormone?” 
<http://whyfiles.org/051fat_fixes/dhea.html> 
(accessed November 16, 2006). 


Jennifer McGrath 


| Delta 


A delta is a low-lying, almost flat landform, com- 
posed of sediments deposited where a river flows into a 
lake or an ocean. Deltas form when the volume of 
sediment deposited at a river mouth is greater than 
what waves, currents, and tides can erode. Deltas 
extend the coastline outward, forming new land along 
the shore. However, even as the delta is constructed, 
waves, currents, or tidal activity may redistribute sedi- 
ment. Although they form in lakes, the largest deltas 
develop along seashores. Deltas are perhaps the most 
complex of all sedimentary environments. The term 
delta comes from the resemblance between the outline 
of some deltas and the fourth letter in the Greek alpha- 
bet—delta (A)—which is shaped like a triangle. 


Some areas of the delta are influenced more by 
river processes, while marine (or lake) activities 
control other parts. Deltas do not form if wave, cur- 
rent, or tide activity is too intense for sediment to 
accumulate. The degree of influence by river, wave, 
current and tide activity on delta form is often used to 
classify deltas. Among the many factors that determine 
the characteristics of a delta are the volume of river 
flow, sediment load and type, coastal topography and 
subsidencerate, amount and character of wave and 
current activity, tidal range, storm frequency and mag- 
nitude, water depth, sea level rise or fall, and climate. 


Delta construction 
Delta plain 


As a river flows toward the sea or a lake, it occu- 
pies a single, large, relatively straight channel known 
as the main distributary channel. The main distribu- 
tary may soon branch off, like the roots of a tree, into 
many separate smaller distributaries. The number of 
branches formed depends on many different factors 
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Aerial view of Mississippi River delta (bird’s foot delta). 
(National Oceanic and Atmospheric Administration.) 


such as river flow, sediment load, and shoreline slope. 
Large sand-filled distributary channels occupy the 
delta plain, the nearly level, landward part of the 
delta, which is partly subaerial (above lake or sea 
level). 


The natural levees that flank large distributary 
channels are another element of the delta plain. 
Natural levees are mounds of sand and silt that form 
when floodwaters flow over the banks of the distribu- 
tary and deposit their sediment load immediately adja- 
cent to the channel. Unlike natural levees on rivers, 
delta levees do not grow especially large. Therefore, 
they are easily broken through by floodwaters— 
a process called avulsion. This forms small channels, 
or crevasses, that flow away from the distributaries, 
like the little rootlets from the larger roots of a tree. 
The fan-shaped deposits formed during breeching of 
the distributaries are called crevasse splays. 


Between the distributary channels, a variety of 
shallow, quiet water environments form, including 
freshwater swamps and lakes, and saltwater marshes. 
It is in these wetland basins that large volumes of 
organic matter and fine-grained sediment accumulate. 


Delta front 


When sediment-laden river water flows into the 
standing water at the mouth of a distributary, the river 
water slows and deposits its load. This forms a sedi- 
ment body called a distributary mouth bar, or bar 
finger sand—so named because the distributary chan- 
nels look a bit like the fingers on a human hand. 
Distributary mouth bars form on the delta front, the 
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gently seaward sloping, marine-dominated part of the 
delta that is all subaqueous, or below water level. 


Subaqueous levees may extend out from the nat- 
ural levees of the delta front onto the delta plain. These 
help confine the water flow seaward of the distributary 
mouth to a relatively narrow path, so that the delta 
continues growing outward at a rapid pace. The area 
of the delta front between the distributary mouth bars 
is called the interdistributary bay; the salinity here is 
brackish to marine. 


Water velocity slows consistently outward from 
the distributary mouth; the river water consequently 
deposits finer and finer sediment as it flows seaward. 
Eventually, a point is reached where the average grain 
size decreases to clay-sized sediment with only minor 
silt. This is the prodelta area, where the bottom gen- 
erally has a very low slope. On occasion, large blocks 
of sediment break free from the delta plain, slide down 
the steeper delta front, and become buried in prodelta 
muds. 


Delta morphology 
Vertical character 


Ideally, if a delta is growing seaward, or prograd- 
ing, as deltas typically do, a thick deposit with three 
stacked sediment sequences develops. The lower 
sequence, or bottomset beds, contains flat-lying silt 
and clay layers of the prodelta. The middle sequence, 
or foreset beds, contains seaward-inclined layers of 
sand and silt produced by distributary mouth bar 
sedimentation. The upper sequence, or topset beds, 
consists of flat-lying sand deposits formed in distribu- 
tary channels and natural levees, interlayered, or 
interbedded, with fine-grained interdistributary bay 
deposits. A variety of factors, such as marine influ- 
ence, changes in sediment supply or sea level, tend to 
complicate this picture; the actual sediment distribu- 
tion in a deltaic sequence is typically very complex. 


Surface character 


The landward to seaward transect—from dis- 
tributary channel sands to prodelta muds—outlined 
above is typical of deltas, like the Mississippi River 
delta, which experience minimal marine influence. 
These lobate, or bird’s foot deltas, migrate farther 
and farther out into the ocean, because of multiple 
distributary channels and bar sands, each building 
seaward-extending lobes. On coastlines where waves 
or currents erode and redistribute much of the delta’s 
sand, this lobate form becomes highly modified. 


1263 


eyed 


Delta 


In areas where wave power significantly modifies 
the delta, the sands of distributary mouth bars, and to 
a lesser degree, distributary channels and natural lev- 
ees, are reworked into shore-parallel sand bodies 
known as barrier islands, or shore-attached beaches. 
These commonly form along coasts exposed to power- 
ful waves and where water depth rapidly increases 
seaward. This allows waves to erode both the delta 
plain and delta front, and produces a delta with a 
smoother, more regular, convex shape. The Niger 
Delta located along the west coast of Africa is an 
example of a wave-dominated delta. 


In locations where tidal range—the difference 
between high and low tide—is fairly high, strong tidal 
currents sweep across the delta front and up the chan- 
nels of the delta plain. These reversing currents erode the 
delta and redistribute the deposits into large sand bodies 
oriented perpendicular to shore. This tends to make the 
coastline concave and, also, gives the delta a smoother, 
more regular shape. The Ganges-Brahmaputra Delta at 
the border between India and Bangladesh is an example 
of a tide-dominated delta. 


Delta abandonment 


As the river that formed a delta inevitably goes 
through changes upstream, a particular lobe may be 
abandoned. This usually occurs because a crevasse 
forms upstream by avulsion, and provides a more 
direct route or a steeper slope by which water can 
reach the sea or lake. As a result, the crevasse evolves 
into a new distributary channel and builds up a new 
delta lobe, a process called delta switching. The old 
distributary channel downstream is filled in by fine- 
grained sediment and, then, abandoned. Over the last 
5,000 years, the Mississippi River has abandoned at 
least six major lobes by avulsion. 


An even larger-scale redirection of flow threatens 
to trigger abandonment of the entire Mississippi River 
delta. The Atchafalaya River, which follows an old 
course of the Mississippi, has a steeper slope than the 
modern Mississippi. At a point where the Atchafalaya 
River flows directly adjacent to the Mississippi, it 
is possible for the Atchafalaya to capture, or pirate, 
the flow of the Mississippi. This could permanently 
redirect the Mississippi away from New Orleans, 
Louisiana, and into Atchafalya Bay to the west. Since 
the 1950s, the U.S. Army Corps of Engineers has con- 
trolled the flow of the Mississippi in this area. In 
the 1980s, when the Mississippi River had several sea- 
sons of unusually high water levels, additional efforts 
were necessary to avert this disaster. What was called 
The Great Flood of 1993 once again threatened the 
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surrounding areas of the Mississippi River, especially 
the area where it met with the Ohio River near Cairo, 
Illinois. No doubt, such flooding will threaten again in 
the future. 


Delta destruction 


Abandoned delta lobes experience rapid subsi- 
dence primarily due to sediment compaction. As 
water depth increases accordingly, enhanced wave 
and current attack contribute to rapid erosion of old 
delta deposits—a process called delta retreat—and the 
loss of vast tracts of ecologically important wetlands 
and barrier islands. Modern flood controls, such as 
channelization and levee construction, sharply reduce 
avulsion and delta switching. As a result, little or no 
new sediment is contributed to the delta plain outside 
of the large channels. Consequently, compaction, sub- 
sidence, and erosion continue unabated. This enhanced 
effect results in the loss of up to 15,000 acres of wet- 
lands per year in inactive areas of the Mississippi River 
delta plain. Global warming could accelerate this effect 
by triggering higher rates of global sea level rise and 
resulting in more rapid increases in water depth. 
Increased hurricane incidence in the 1990s, 2000s, and 
beyond also takes a toll. In August 2005, New Orleans 
experienced a gigantic natural disaster in the form of 
Hurricane Katrina, a category five hurricane, causing 
flooding in about 80% of the city. At the time of the 
hurricane, the U.S. Army Corps of Engineers said that 
the Mississippi River delta was receding faster than 
anyplace in the country, causing continuing problems 
for the residents of New Orleans. 


Construction of dams upstream also impacts del- 
tas. Dams not only trap water, they trap sediment as 
well. This sediment load would normally contribute to 
delta progradation, or at least help stabilize delta 
lobes. Construction of dams instead results in signifi- 
cant delta retreat. For instance, construction of 
Egypt’s Aswan High Dam on the Nile River in 1964 
lead to rapid erosion of the delta plain with loss of 
both wetlands and agricultural lands. 


Deltas and human activity 


Deltas have been important centers of human 
activity throughout history, in part because of the 
fertility of the land and easy access to transportation. 
Many early human civilizations developed on deltas. 
For instance, the Nile River delta has hosted Egyptian 
cultures for over seven thousand years. 


Deltas contain large expanses of wetlands where 
organic matter rapidly accumulates. Consequently, 
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KEY TERMS 


Delta front—The seaward, gently sloping part of a 
delta, which is below water level. 


Delta plain—The landward, nearly level part of a 
delta, some of which is below sea or lake level and 
some above. 


Delta retreat—Landward migration of a delta due 
to erosion of older delta deposits. 


Distributary channel—A large channel within a 
delta, which delivers water and sediment into an 
ocean or a lake. 


Grain size—The size of a sediment particle; for 
example, gravel (greater than 2mm), sand (2mm 
to 1/16 mm), silt (1/16 mm to 1/256 mm) and clay 
(less than 1/256 mm). 


Sediment load—The amount of sediment trans- 
ported by wind, water, or ice. 


Sedimentary environment—An area on the Earth’s 
surface, such as a lake or stream, where large vol- 
umes of sediment accumulate. 


Tidal range—Vertical distance between high tide 
and low tide during a single tidal cycle. 


delta muds are very rich in organic materials and make 
good hydrocarbon source rocks when buried to 
appropriate depths. Not surprisingly, deltaic deposits 
contain extensive supplies of coal, oil, and gas. Deltaic 
sand bodies are also excellent reservoir rocks for 
mobile hydrocarbons. This combination of factors 
makes deltas perhaps the most important hydrocarbon- 
bearing environment on Earth. Due to this economic 
bonanza, modern and ancient deltas have probably 
been more thoroughly studied than any other sedi- 
mentary environment. 


Deltas are very low relief; most areas are rarely 
more than a few feet above sea level. Therefore, they 
contain freshwater, brackish, and saltwater basins 
with correspondingly diverse, complex ecologies. 
Minor changes in the elevation of the delta surface 
can flood areas with water of much higher or lower 
salinity, so delta ecology is easily impacted by human 
activities. As indicated above, humans have signifi- 
cantly altered deltas and will continue to do so 
in hopes of curbing flooding. As a result, accelerated 
delta retreat will continue, as well as wetlands destruc- 
tion, unless humans develop new flood control 
technologies or new methods for wetlands protection. 
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| Dementia 


Dementia, which is from the Latin word dement 
meaning away mind, is a progressive deterioration and 
eventual loss of mental ability that is severe enough to 
interfere with normal activities of daily living, lasts 
more than six months, not present since birth, and 
not associated with a loss or alteration of conscious- 
ness. Dementia is a group of symptoms caused by 
gradual death of brain cells. Dementia is usually 
caused by degeneration in the cerebral cortex, the 
part of the brain responsible for thoughts, memories, 
actions, and personality. Death of brain cells in this 
region leads to the cognitive impairment that charac- 
terizes dementia. Statistics widely vary, but some esti- 
mates make the number of people in the United States 
who have some form of dementia at about 2.5 to 
5 million. That number will increase as the average 
age of the U.S. population increases. 


To distinguish true dementia from more limited 
difficulties due to localized brain damage, the strict 
medical definition requires that this decline affect at 
least two distinct spheres of mental activity; examples 
of such spheres include memory, verbal fluency, cal- 
culating ability, and understanding of time and 
location. 


Some definitions of dementia also require that it 
interfere with a person’s work and social life. However, 
this may be difficult to show when a person’s work and 
social life is already limited, either by choice or by 
another mental or physical disorder. As a result, the 
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Dementia 


most recent and most authoritative definition (that 
was developed jointly by the National Institute for 
Neurological and Communicative Disorders and 
Stroke [NINCDS]—part of the National Institutes of 
Health—and the Alzheimer Disease and Related 
Disorders Association [ADRDA]) does not include 
this criterion. The NINCDS-ADRDA definition focuses 
strictly on a decline from a previously higher level of 
mental function. 


The term dementia goes back to antiquity, but was 
originally used in the general sense of being ‘out of 
one’s mind.’ Identification specifically with difficulties 
in thinking and learning occurred in the late eighteenth 
and early nineteenth centuries. Even then, however, 
the term was used for almost any sort of thinking, 
learning, or memory problem, whether temporary or 
permanent and without regard to cause. The most 
typical picture was of a young adult suffering from 
insanity or a disease affecting the brain. 


This picture changed later in the nineteenth cen- 
tury, as psychiatrists (then called alienists) sought to 
group disorders in ways that would help reveal their 
causes. Temporary stupor, dementia associated with 
insanity, and memory problems resulting from dam- 
age to a specific area of the brain were all reclassified. 
The central core of what was left was then senile 
dementia: the substantial, progressive loss of mental 
function sometimes seen in older people and now rec- 
ognized as resulting from one or more specific, identi- 
fiable diseases. Current definitions still recognize the 
existence of dementia in younger people, however. 


Diagnosis 


The first step in diagnosing dementia is to show 
that the person’s ability to think and learn has in fact 
declined from its earlier level. His or her current ability 
in different spheres of mental activity can be measured 
by any of a variety of mental status tests. The difficulty 
comes in comparing these current ability levels with 
those at earlier times. A patient’s own reports cannot 
be relied upon, since memory loss is typically part of 
dementia. Frequently, however, family members’ 
descriptions of what the person once could do establish 
that a decline has occurred. In other cases, comparison 
with what a person has accomplished throughout his or 
her life is enough to show that a decline has occurred. If 
neither source of information provides a clear answer, it 
may be necessary to re-administer the mental status test 
several months later and compare the two results. 


Is any decline, no matter how small, sufficient to 
establish a diagnosis of dementia? The answer is not 
entirely clear. Research has shown that a majority of 
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older people suffer a small but measurable decrease in 
their mental abilities. For example, one recent study 
followed 5,000 people, some for as many as 35 years. 
This study found that scores on tests of mental abilities 
did not change between ages of 25 and 60 years, but 
declined about 10% between ages of 60 and 70 years. 
More significantly, people in their late eighties had 
scores more than 25% below those seen earlier. 


Since none of the people tested were considered 
demented, one might assume that these declines are 
normal. It is still possible, however, that some tested 
individuals were in the early stages of dementia; these 
people’s results may then have pulled down the 
average scores for the group as a whole and created a 
false impression of a sizable normal drop in IQ (intel- 
ligence quotient). This ambiguity is particularly unfor- 
tunate because it has significant implications at the 
individual level: No one knows whether, if an older 
person’s mental sharpness starts to decline, this a nor- 
mal part of aging or a possible signal of approaching 
dementia. 


Once the existence of dementia has been estab- 
lished, the next question is: What is causing the con- 
dition? Alzheimer disease is by far the most common 
cause of dementia, especially in older adults. One 
recent study found that it directly caused 54% of 
dementias in people over 65 years of age, and may 
have been partially responsible for up to 12% more. 


Unfortunately, there is no direct way to diagnose 
Alzheimer disease in a living person; only microscopic 
examination of the brain after death can conclusively 
establish that a person had this disorder. The same is 
true for the second most common cause, multi-infarct 
dementia. Both diagnoses are made by excluding other 
causes of dementia. 


It is particularly crucial to exclude causes for 
which appropriate treatment might prove helpful. 
Among the most common and important of these 
are side effects of medications an individual may be 
taking—for example, sleeping pills, antidepressants, 
certain types of high bloodpressure medications, or 
others to which a person may be particularly sensitive. 
Medications are particularly likely to be responsible 
when the affected person is not only confused and 
forgetful, but also is not alert to what is going on 
around him or her. 


Older individuals—the group most likely to suffer 
dementia from other causes—are particularly likely to 
be taking multiple drugs for their various disorders. 
Sometimes these drugs interact, producing side effects 
such as dementia that would not occur with any single 
drug at the same dosage. Drug side effects, including 
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dementia, may also be more common in older people 
because their body’s ability to eliminate the drug often 
declines with age. Reduced speed of elimination calls 
for a corresponding reduction in dosage that does not 
always occur. 


Another common, but treatable, cause of demen- 
tia, or of what looks like dementia, is depression. Some 
psychiatrists refer to the slowed thinking and confu- 
sion sometimes seen in people with depression as pseu- 
dodementia because of its psychological origin. Others 
believe the distinction does not reflect a meaningful 
difference. In any case, effective treatment of the 
depression will relieve the dementia it has produced. 


Causes 


Dementia can result from a wide variety of disor- 
ders and conditions. Some are quite rare, while others 
are moderately common. In some cases (measles, 
for example) dementia may be a rare complication of 
an otherwise common disease; in other cases, such 
as infection with Human Immunodeficiency Virus 
(HIV), an impact on mental function well known to 
medical specialists may not be widely recognized by 
the general public. 


Non-Alzheimer degenerative dementias 


In addition to Alzheimer disease, dementia may 
result from several other conditions characterized by 
progressive degeneration of the brain. The three most 
common of these are Pick’s disease, Parkinson disease, 
and Huntington’s disease (Huntington’s chorea). 


Like Alzheimer disease, Pick’s disease affects the 
brain’s cortex—that is, the outer part where most of 
the higher mental functions take place. In other 
respects, however, the disorders are quite different. 
In Pick’s disease, for example, microscopic examina- 
tion of the brain reveals dense inclusions (Pick bodies) 
within the nerve cells, while the cells themselves are 
inflated like blown-up balloons. This does not at all 
resemble the neurofibrillary tangles and beta-amyloid 
plaques seen in Alzheimer disease. However, since 
microscopic examination of a living person’s brain is 
rare, symptoms are used to distinguish the two dis- 
eases in practice. 


Typically, Pick’s disease affects different parts of 
the cortex than does Alzheimer disease. This influences 
the order in which symptoms appear. The earliest 
symptoms of Pick’s disease include personality changes 
such as loss of tact and concern for others, impaired 
judgment, and loss of the ability to plan ahead. Loss 
of language skills occurs later, while memory and 
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knowledge of such things as where one is and the time 
of day are preserved until near the end. In contrast, 
memory and time-space orientation are among the first 
things lost in Alzheimer disease, while personality 
changes and loss of language skills are late symptoms. 


Both Parkinson disease and Huntington’s chorea 
initially affect deeper brain structures, those con- 
cerned with motor functions (that is, movement of 
the voluntary muscles). Indeed, most descriptions of 
Parkinson disease focus on the muscular rigidity that 
the disorder produces. In the later stages, however, 
nearly all patients with the disease will develop some 
degree of dementia as well. 


Shortly after appearance of the choreiform move- 
ments that typify Huntington disease, most patients will 
begin to have trouble thinking clearly and remembering 
previous events. By the time they die, Huntington 
patients are intellectually devastated. 


Vascular dementias 


Although degenerative disorders account for the 
majority of dementia cases, a respectable minority 
result from interference with blood flow in or to the 
brain. Most such cases are due to a series of small 
strokes. Each stroke in the series may be unnoticeable, 
but the long-term result is a continuing and eventually 
severe decline in mental function. 


A stroke, known technically as an infarct, is a 
failure of blood flow beyond a certain point in an 
artery. Usually this is due to a blood clot at that 
point, but sometimes it results from a break in the 
artery allowing much or all of the blood to escape. 
Although the fundamental causes are almost diametri- 
cally opposite—a clot at the wrong place versus no clot 
where one is needed—the effects are virtually the 
same. Unlike the degenerative dementias, which fol- 
low a relatively predictable course, vascular dementias 
can be quite variable. When and precisely where the 
next stroke occurs will determine both how quickly the 
dementia progresses and the extent to which different 
mental abilities are affected. Typically, however, vas- 
cular dementias are characterized by sudden onset, 
step-wise progression, and occurrence of motor symp- 
toms early in the disorder. High blood pressure is 
usually present as a predisposing factor. Most, but 
not all, physicians believe that other heart attack risk 
factors, such as diabetes, cigarette smoking, and high 
cholesterol, also increase the risk of developing vascu- 
lar dementia. 


Traditionally, physicians have distinguished two 
major types of vascular dementia. In multiple-infarct 
dementia, examination of the brain after death shows 
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a number of small but individually identifiable areas 
where strokes have destroyed the brain tissue. In 
Binswanger’s disease, individual areas of destruction 
cannot be identified. Almost the entire white matter of 
the brain—the portion occupied primarily by axons 
rather than nerve cell bodies—is affected to some 
degree. There is no sharp line between the two disorders, 
however, just as there is none between multiple-infarct 
dementia and the effect of two or three large strokes. 


Dementia may also result from a reduction in 
blood flow to the brain as a whole. The most common 
cause is a severe narrowing of the carotid arteries in 
the neck. This may be considered analogous to partial 
plugging of an automobile’s fuel line, whereas the local 
damage resulting from a stroke is more like knocking 
out a piston. Most other dementias similarly represent 
damage to the engine itself. (Alzheimer disease might 
perhaps be likened to cylinder-wall deposits causing 
the pistons to stick, although scientists do not know 
enough about the origin of the disease to be sure this 
analogy is entirely accurate.) 


Infectious dementias 


Many infections either attack the brain as their 
primary target or can spread to it. If enough brain 
tissue is destroyed as a result, the outcome may be 
dementia. Brain infections can be due to viruses, bac- 
teria, fungi, or parasites. For example, the measles 
virus will occasionally attack the brain, producing a 
condition known as subacute sclerosing panencepha- 
litis that causes dementia and eventually death. The 
herpes (cold sore) virus can also cause dementia if it 
attacks the brain. 


Infection by mosquito-borne encephalitis virus 
may leave survivors with significantly reduced mental 
function. The frequency with which this occurs 
depends, however, both on the particular virus 
involved and the age of the individual. Dementia is 
rare following infection with Western encephalitis 
virus, but is found in more than half those under five 
years of age who survive an Eastern encephalitis virus 
attack. Similarly, equine encephalitis virus produces 
severe illness, often leading to serious brain damage or 
death, in children under 15 years of age; in older 
people, however, the disease is typically quite mild 
and causes no lasting problems. 


Nevertheless, serious viral infections of the brain 
are relatively uncommon. The one exception is infec- 
tion with the human immunodeficiency virus (HIV)— 
the virus that causes AIDS. This is the most common 
infectious cause of dementia in the United States today, 
and the number of people affected continues to grow. 
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Although popular accounts of HIV infection focus 
on the damage it causes to the immune system, the 
virus also typically attacks the brain. Nearly all HIV- 
infected people will develop dementia at some time 
during their illness. However, how soon this dementia 
occurs and how severe it may become varies widely. 
About 20% of people with HIV infection develop 
dementia before they develop the opportunistic infec- 
tions that define progression to full-blown AIDS. 


Over the last half of the twentieth century and 
now into the twenty-first century, antibiotics have 
greatly reduced the threat from bacterial infection of 
the brain or the meninges that surround it. In one 
respect, however, the situation may be said to have 
worsened. Formerly, 95% of those with acute bacte- 
rial meningitis died; today, most survive, but the dis- 
ease often leaves them with reduced mental capacities 
or other central nervous system problems. 


On the other hand, tuberculous meningitis, which 
once accounted for up to 5% of children’s hospital 
admissions, has now been almost eliminated. There 
has also been a major reduction in syphilis of the 
central nervous system, a disease whose effects once 
resulted in 15 to 30% of mental hospital admissions. 
Unfortunately, both diseases are undergoing resur- 
gences. The incidence of tuberculosis has increased 
over 20% since 1985, while estimates suggest that 
50,000 undetected and untreated new cases of syphilis 
occur each year. In the absence of treatment, 25 to 
30% of syphilis cases will spread to the brain or 
meninges and result, over the course of years, in para- 
lysis and dementia. 


Fungal infections of the brain and meninges are 
generally rare except in people with weakened immune 
systems. Parasitic infections are also rare in this coun- 
try. Elsewhere, however, the well-known African 
sleeping sickness, spread by a type of biting fly found 
only in equatorial Africa, is due to a parasite known as 
a trypanosome. Malaria, a mosquito-born parasitic 
disease, may also at times attack the brain and result 
in dementia. 


Two infectious dementias that are quite rare but 
of tremendous scientific interest are Creutzfeldt-Jakob 
disease and kuru. The probable cause of these diseases 
are prions, infectious agents made up of gene-lacking 
proteins. 


Miscellaneous causes 


The dementia that can result from medication side 
effects or overdoses has been discussed in connection 
with diagnosis. Certain vitamin deficiencies may also 
cause dementia. The only one that is not extremely rare 
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KEY TERMS 


Pick’s disease—A degenerative brain disorder 
causing progressive dementia. 


Vascular dementia—Loss of mental function due to 
a number of small, individually unnoticeable, 
strokes or to some other problem with the blood 
vessels in or supplying blood to the brain. 


in developed countries, however, is Korsakoffs syn- 
drome. This results from thiamine deficiency produced 
by intense, prolonged alcohol abuse. Yet another 
potential cause of dementia is deficiency of thyroid 
hormone; unlike many other dementias, this is usually 
reversible once adequate amounts of the hormone are 
available. 


In yet other cases, diseases of the kidney or liver 
may lead to build-up of toxic materials in the blood; 
dementia then becomes one symptom that these mate- 
rials have reached poisonous levels. Chronic hypogly- 
cemia (low blood sugar), often due to disorders of the 
pancreas, may also impair mental function. 


Although both head injuries and brain tumors usu- 
ally affect only a single sphere of mental activity (and 
thus, by definition, do not produce dementia) this is not 
always the case. Prize fighters and boxers in particular 
are likely to have experienced multiple blows to the 
head, and as a result often suffer from a generalized 
dementia. Conditions such as near-drowning, in which 
the brain is starved of oxygen for several minutes, may 
also result in dementia. 


Almost 3% of dementia cases are due to hydro- 
cephalus (literally, water on the brain; more precisely, 
an accumulation within the brain of abnormal 
amounts of cerebrospinal fluid). This usually results 
from an injury that makes it difficult for the fluid to 
reach the areas where it is supposed to be reabsorbed 
into the bloodstream. In the most common form, and 
the one most easily overlooked, pressure within the 
brain remains normal despite the fluid build-up. The 
extra fluid nevertheless distorts the shape of the brain 
and impairs its function. Installing shunts that allow 
the fluid to reach its proper place usually cures the 
dementia. 
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l Dendrochronology 


Dendrochronology is the science of dating events 
and variations in environment in former periods by 
comparative study of growth rings in trees and aged 
wood. In scientific terminology, tree growth rings are 
used as proxy indicators for past environmental var- 
iations. The term dendrochronology is derived from 
the Greek terms dendron for tree, chronos, meaning 
time, and /ogos meaning the science of. 


Dendrochronology is governed by a set of princi- 
ples or scientific rules. These principles have their roots 
as far back as 1785 (the Principle of Uniformitarianism) 
and have continued to evolve as recently as 1987 with 
the Principle of Aggregate Tree Growth. Some are 
specific to dendrochronology, such as the Principle of 
Aggregate Tree Growth, while others, like the Principle 
of Replication, are basic to many disciplines. All tree- 
ring research must adhere to these principles, or else the 
research that results could be flawed. 


Dendrochronology is an important technique in a 
number of disciplines, including archeology, paleon- 
tology, paleobotany, geomorphology, climatology, 
and ecology. Forensic applications concern the dating 
of wooden objects and matching objects with crime 
scenes using the wood’s morphological features. 


Plant anatomical features have long been used by 
archeologists and paleontologists to date and to char- 
acterize archeological sites. Since the 1930s they have 
become increasingly more common in forensic appli- 
cations. The cell wall is particularly important for two 
reasons: it is not easily digested by most organisms 
and, therefore, persists when other plant features are 
destroyed, and the size, shape, and pattern of cell walls 
is often specific according to species. 


Annual growth rings occur because the xylem cells 
become gradually smaller in radius as the growth sea- 
son proceeds into the dormant season. There is an 
abrupt change in size from small, late season cells to 
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Dr. Thomas Swetnam in the University of Arizona Tree Ring Lab, June, 2003. Swetnam’s research involves the study of natural 
and cultural disturbances of forest ecosystems across a broad range of temporal and spatial scales. (© William Campbell/Sygma/ 
Corbis.) 


the large, early season cells of the following spring. 
The approximate age of a temperate forest tree can be 
determined by calculating the annual growth rings in 
the lower part of the trunk. The variation in ring width 
reflects environmental conditions. Wide rings signify 
favorable growing conditions, absence of disease and 
pests, and favorable climatic conditions. Ring patterns 
of several samples from a given geographic area sub- 
ject to similar environmental conditions are cross- 
dated, giving standardized chronologies (curves) for 
different species in different areas, to which specimens 
of unknown origin can be compared. Tree rings record 
responses to a wider range of climatic variables, over a 
larger part of the Earth, than any other type of annu- 
ally dated proxy record. 


Tree ring analysis is a common technique for dat- 
ing masterworks by European painters, many of 
which were painted directly on wood. If the samples 
are in good condition, analysts can pinpoint the exact 
year when the tree from which the wood for the paint- 
ing was taken was cut down. For example, a Peter Paul 
Reubens painting originally dated 1616 was shown to 
be at least 10 years younger, and a painted wall panel 
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recovered from a house in Switzerland in the 1970s 
was determined to have been painted on spruce har- 
vested in 1497. 


Likewise, dendrochronology techniques are use- 
ful in determining the provenance of wooden art 
objects and musical instruments. In one case, two 
violins forming part of an inheritance were purported 
to have been made by Antonio Stradivari. The sound- 
ing boards of the instruments were x-rayed and com- 
pared to standard curves for spruce from the Alpine 
region of northern Italy, where Stradivarius is known 
to have worked. The oldest rings from the samples 
dated to 1902 and 1894 respectively for the two violins. 
Furthermore, these oldest rings were not the outer- 
most rings of the wood from which the violins were 
constructed. Allowing for a period of seasoning before 
the wood could be used to make the instruments, 
analyses showed that the violins could not have been 
made before 1910. Given that Stradivari did his best 
work at the turn of the 17th century, the instruments 
were deemed to be fakes. 


It can be a challenge to estimate the time since 
death for a body when only bones remain. Plant roots, 
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like their above-ground counterparts, exhibit annual 
growth rings that can be useful in pinning down the 
postmortem interval, or at least the time since the 
body came to be at the location where it was found. 


In one criminal case, the discovery of human 
remains lying across a black spruce (Picea mariana) 
leader (branch) that subsequently grew up around the 
remains provided an opportunity to use the growth 
ring pattern to estimate the postmortem interval. 
These remains were discovered in an advanced state 
of decomposition, and it was clear that relevant insect 
evidence was not forthcoming. The asymmetrical 
growth of the leader resulted in a correspondingly 
asymmetrical pattern of its growth rings. As the date 
of cutting the leader was known, it was possible to 
evaluate the asymmetrical growth pattern to provide 
an estimation of the postmortem interval. Fine polish- 
ing of the cross section and computerized quantifica- 
tion of ring widths enabled an estimation of the 
displacement of the leader, and hence the time the 
decedent’s body was so positioned. By charting the 
ring-width differential for the leader, the actual date 
of disappearance was confirmed. 


See also Crime scene investigation; Forensic 
science. 


Nicolas Dittert 


l Dengue fever 


Dengue fever is an illness caused by four closely 
related viruses (DEN-1, DEN-2, DEN-3, and DEN-4). 
Even though these viruses are closely related, they are 
recognized by the immune system as being different 
from each other. Thus, an infection with one virus 
does not provide immune protection against infections 
with the remaining three viral types. A person can have 
four bouts of dengue fever in his/her lifetime. With 
repeated infections of dengue fever, a person’s chances 
of developing the hemorrhagic form of the disease 
increase. Dengue hemorrhagic fever (DHF) occurs 
when a person who has immunity to one or more 
types of dengue virus is infected with another type of 
dengue virus. DHF causes bleeding and shock, and 
carries a higher mortality rate than standard dengue 
fever. 


Dengue fever is a tropical disease. This is because 
the virus is carried mainly by a mosquito called Aedes 
aegypti. This mosquito is a normal resident of tropical 
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and subtropical climates and feeds during the daytime. 
When an infected mosquito bites a human to obtain its 
blood meal, the virus can be transmitted to humans. 


The reverse is true as well; the virus can be sucked 
up into a mosquito if the mosquito feeds on a dengue- 
infected human. The virus can subsequently be spread to 
another person. In this way, a large number of dengue 
fever cases can appear in a short time. Furthermore, if 
more than one of the dengue viruses is in circulation at 
the same time, more than one dengue fever epidemic can 
occur simultaneously. 


Like mosquitoes, the dengue viruses have been 
around for centuries. The first written records of 
dengue fever epidemics date back to the late eighteenth 
century. The last major global epidemic began just 
after World War II. This epidemic is ongoing and 
has grown worse since 1990, especially in South and 
Central America, Caribbean nations, and in Asia. 
Currently, the World Health Organization estimates 
that over two billion people are exposed to dengue 
fever, and more than 100 million people, mostly chil- 
dren, contract the disease annually. 


Dengue, also called breakbone or dandy fever 
(because of the severe joint and muscle pain that can 
result from the infection), is endemic to the tropics, 
meaning that the virus is always present in the environ- 
ment. The dengue viruses belong to the arbovirus 
group. The term arbovirus is a derivative for arthro- 
pod borne, reflecting the fact that the viruses are trans- 
mitted by an insect. 


The incubation period for dengue fever is usually 
five to eight days, but may be as few as three or as 
many as 15 days. Once the virus has had a sufficient 
incubation, the onset of the disease is sudden and 
dramatic. The first symptom is usually sudden chills. 
A headache follows and the person with dengue feels 
pain with eye movement. Within hours the person is 
often debilitated by extreme pain in the legs and joints. 
Body temperature may rise to 104°F (40°C). A pale 
rash may appear, usually on the face, but it is transient 
and soon disappears. 


These symptoms persist for up to 96 hours, fol- 
lowed by a rapid loss of fever and profuse sweating. 
The patient begins to feel better for about a day, and 
then a second bout of fever occurs. This temperature 
rise is rapid, but peaks at a lower level than the first 
episode. A rash appears on the extremities and spreads 
rapidly to the trunk and face. Palms of the hands and 
soles of the feet may become bright red and swollen. 


There is no cure for dengue. Treatment is pallia- 
tive, that is, intended to ease the symptoms of the 
disease. Individuals usually recover completely from 
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dengue after a convalescent period of several weeks 
with general weakness and lack of energy. If dengue 
hemorrhagic fever develops, roughly half of all per- 
sons who develop shock will survive. 


No vaccine is available to prevent the disease, 
however, a trials for a new dengue vaccine for children 
are set to begin in 2007. In the meantime, the territory 
of the Aedes mosquito is expanding, and the only 
preventive measure that can be taken is to eradicate 
the mosquito or to reduce exposure to them. Full- 
coverage clothing, mosquito netting, mosquito repel- 
lent containing DEET can all help to protect individ- 
uals. Persons who have the disease should be kept 
under mosquito netting to prevent mosquito bites, 
which can then spread the virus. 


See also Insecticides. 


Resources 


BOOKS 


White, Katherine. Dengue Fever (Epidemics) New York: 
Rosen, 2003. 


PERIODICALS 


Walsh, Nancy. “Dengue Fever: A Souvenir of Tropical 
Trips” Skin and Allergy News 35 (July 1, 2004): 55. 


OTHER 

Centers for Disease Control and Prevention. “Dengue Fever.” 
<http://www.cdc.gov/ncidod/dvbid/dengue/> 
(accessed March 7, 2007). 


Brian Hoyle 


| Denitrification 


Denitrification is a microbial process by which 
fixed nitrogen is lost from soil or aquatic systems to 
the atmosphere. This loss occurs when bacteria con- 
vert nitrogen-containing molecules, in particular, 
nitrate (NO3_) and nitrite (NO. ), to gaseous nitrous 
oxide (NO) and dinitrogen (N>). 


The biology of denitrification 


Respiration is a chemical process in which energy 
is released when electrons are passed from a donor 
molecule to an acceptor molecule. In addition to 
energy being released, the respiratory process results 
in the donor molecule being converted to an oxidized 
molecule, meaning it has lost electrons, and the 
acceptor molecule being converted to a reduced 
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molecule, meaning it has gained electrons. Typically, 
the acceptor molecule is oxygen, but in anaerobic 
environments, which lack oxygen, bacteria may 
reduce molecules other than oxygen that have high 
reduction potentials or the ability to accept electrons 
in a process known as anaerobic respiration. 


Denitrification occurs when bacteria reduce nitrate 
or nitrite by this process. In a sequence of four reduc- 
tions, nitrate is converted to dinitrogen gas, the molec- 
ular form in which nitrogen escapes from soils and 
aquatic systems. The four-step sequence is: 1.) Nitrate 
is reduced to nitrite. 2.) Nitrite is reduced to nitric 
oxide. 3.) Nitric oxide (NO) is reduced to nitrous 
oxide. 4.) Nitrous oxide is reduced to dinitrogen. 
Depending on its physiological capabilities, a single 
organism may carry out all of these reductions, or it 
may carry out only a few. 


In addition to dinitrogen, small amounts of 
nitrous oxide leave aquatic and soil systems. This 
happens because not all bacteria that produce nitrous 
oxide can subsequently reduce it to dinitrogen. 
Therefore, some nitrous oxide can leak out of cells 
into the atmosphere, if it is not first reduced to dini- 
trogen by other organisms. Nitric oxide is also a gas, 
but organisms that have the ability to reduce nitrite to 
nitric oxide always have the ability to reduce nitric 
oxide to nitrousoxide. For this reason, nitric oxide is 
not an important product of denitrification. 


In aquatic and soil systems fixed nitrogen primarily 
exists as a component of three inorganic molecules; 
nitrate, nitrite, and ammonium (NH,"), and in the 
proteins and other types of organic molecules that com- 
prise living and dead organisms. Although only nitrogen 
from the molecules nitrate and nitrite is converted to a 
gaseous form and removed from these systems, nitrogen 
from proteins and ammonium can also be removed if it 
is first oxidized to nitrate or nitrite. This conversion 
begins in a process termed ammonification, when nitro- 
gen is released from the biomass of dead organisms, 
which produces ammonium. Ammonium can then be 
converted to nitrate in an aerobic respiratory reaction 
called nitrification, in which the ammonium serves as an 
electron donor, and oxygen an electron acceptor. 


Importance 


Along with dinitrogen fixation, ammonification, 
and nitrification, denitrification is a major component 
of the nitrogen cycle. Estimates of nitrogen fluxes 
from terrestrial and marine ecosystems to the atmos- 
phere as a result of microbial denitrification range 
from 90 x 10’? to 243 x 10!? grams per year for 
terrestrial systems and 25 x 10’? to 179 x 10'* grams 
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KEY TERMS 


Aerobic respiration—Respiration in which oxygen 
serves as the electron acceptor. 


Anaerobic respiration—Respiration in which a 
molecule other than oxygen serves as the electron 
acceptor. 


Dinitrogen fixation—Process in which dinitrogen 
reacts to form a new nitrogen compound such as 
ammonium or ammonia. Most nitrogen is fixed as a 
result of microbial dinitrogen fixation, chemical 
synthesis by humans and lightning. 


Fixed nitrogen—Nitrogen that occurs in molecular 
forms other than dinitrogen such as that found in 
ammonium, nitrite, nitrate, organic molecules, and 
nitrous oxide. 


per year for marine systems. Scientists generally agree 
that less than 10% of these fluxes occur with nitrogen 
as a component of nitrous oxide. The range in these 
estimates reflects the difficulty researchers face in 
measuring denitrification and extrapolating the meas- 
urements to a global scale. 


Humans are primarily interested in denitrification 
because this process is responsible for fixed nitrogen 
being removed from sewage and lost from cropland. 
Environmentally harmful nitrate concentrations in 
sewage discharge can be reduced by storing wastes 
under denitrifying conditions before releasing them 
into the environment. Although denitrification is a 
beneficial process in sewage treatment, it is considered 
a problem in agriculture. Farmers increase their crop 
yields by applying nitrogen-containing fertilizers to 
their land. As a result of denitrification, crop yields 
may be reduced because much of the added nitrogen is 
lost to the atmosphere. This loss of fixed nitrogen may 
have global consequences. Increased denitrification 
from cropland is responsible for increased amounts 
of nitrous oxide in the atmosphere. Although nitrous 
oxide is not the major end product of denitrification, it 
is highly reactive and may contribute to the depletion 
of ozone in the stratosphere. 
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I Density 


The density of an object is the mass of the object 
divided by its volume. For example, imagine you have 
two boxes, not necessarily of the same size. You are 
told that one is filled with feathers and the other is 
filled with cement. You can tell when you pick up the 
boxes, without looking inside, which is the box filled 
with cement and which is the box filled with feathers. 
The box filled with cement will be heavier for its size. It 
would take a large box of feathers to equal the weight 
of a small box of cement because the box of cement 
will always have a higher density. 


Density does not depend on how much of the 
material there is. One pound of cement has the same 
density as one ton of cement. Both the mass and the 
volume are properties that depend on how much of the 
material an object has. Dividing the mass by the volume 
has the effect of canceling the amount of material. If you 
are buying a piece of gold jewelry, you can (in theory) 
tell if the piece is solid gold or gold plated steel by 
measuring the mass and volume of the piece and com- 
puting its density. Does it have the density of gold? The 
mass is usually measured in kilograms or grams and the 
volume is usually measured in cubic meters or cubic 
centimeters, so the density is measured in either kilo- 
grams per cubic meter or in grams per cubic centimeter. 


The density of a material is also often compared to 
the density of water to give the material’s specific grav- 
ity. Typical rocks near the surface of the Earth will have 
specific gravities of 2 to 3, meaning they have densities of 
two to three times the density of water. The entire Earth 
has a density of about five times the density of water. 
Therefore the center of the Earth must be a high density 
material such as nickel or iron. The density provides an 
important clue to the interior composition of objects, 
such as the Earth and planets, that we cannot take apart 
or look inside. In cosmology, the density of the universe 
is an important parameter in determining the long-term 
fate of the universe. Since the universe is finite in size and 
contains a finite amount of mass and energy, it has a 
definite overall density, just like any smaller object. 
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l Dentistry 


Dentistry is the medical activity focused on treat- 
ing the teeth, the gums and the oral cavity. This 
includes treating teeth damaged due to accidents or 
disease, filling teeth damaged due to tooth decay, and 
replacing damaged or injured teeth with replacement 
teeth. Major disciplines of dentistry include orthodon- 
tics, which focuses on the correction of tooth problems 
such as gaps between the teeth, crowded teeth and 
irregular bite; and periodontics, which addresses 
gum problems. Dentistry is considered an independent 
medical art, with its own licensing procedure. Medical 
doctors are not licensed to treat teeth; likewise dentists 
are not licensed to treat other parts of the body. 


Skill and superstition 


Ancient, medieval, and early Renaissance dental 
practice can be seen as a stew of the sensible and the 
outrageous. In each era, stories of practitioners with 
wisdom and skill coexist with outrageous tales of 
superstition and myth connected to teeth. In the 
ancient and Islamic worlds, doctors often performed 
dental work. The cleaning and extracting of teeth was 
often performed by individuals with little or no med- 
ical training. 


Men and women in ancient times worked hard to 
alleviate dental pain. As early as 1550 BC, the ancient 
Egyptians documented their interest in dentistry in the 
Ebers Papyrus, a document discovered in 1872. The 
Papyrus listed various remedies for toothache, includ- 
ing such familiar ingredients as dough, honey, onions, 
incense, and fennel seeds. 


The ancient Egyptians also turned to superstition 
for help preventing tooth pain. The mouse, which was 
considered to be protected by the sun and capable of 
fending off death, was often used by individuals with a 
toothache. A common remedy involved applying half 
of the body of a dead mouse to the aching tooth while 
the body was still warm. 


The ancient Greeks offered a variety of conven- 
tional and unconventional dental therapy. One of the 
more illustrious dental pioneers was Hippocrates 
(460-375 BC), whose admonition to do no harm con- 
tinues to be a central goal of medical practice. 
Hippocrates said that food lodged between teeth was 
responsible for tooth decay, and suggested pulling 
teeth that were loose and decayed. 


Hippocrates also offered advice for bad breath. He 
suggested a mouth wash containing oil of anise seed and 
myrrh and white wine. Other ancient Greeks took a 
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more superstitious approach, with some depending on 
the mythical power of the mouse to protect their teeth. 
A recipe for bad breath from the fifth century BC called 
for a range of ingredients including the bodies of three 
mice, including one whose intestines had been removed, 
and the head of a hare. The ingredients were burned 
and mixed with dust and water before consumption. 


The Etruscans, who lived in Tuscany, Italy, 
between approximately 1000 and 400 BC, also made 
great advances in dentistry. They are often cited for 
the sophistication of their gold crowns and bridges. 
One bridge which has been preserved included three 
artificial teeth attached to gold bands, which hooked 
around the natural teeth. The artificial teeth were 
actually real teeth taken from an immature calf, then 
divided in two. 


The Romans built upon the Etruscan knowledge 
of dentistry and took seriously the challenge of keep- 
ing teeth healthy. Celsus, a Roman writer who lived 
about 100 BC, wrote about toothache, dental 
abscesses and other dental ailments. For toothache, 
which he called “among the worst of tortures,” he 
suggested the use of hot poultices, mouthwash, and 
steam. He also suggested using pain-killers such as 
opium. The Romans also made bridgework. 


Clean teeth were valued by the Romans, and 
affluent families had slaves clean their mouths using 
small sticks of wood and tooth powder. Such powders 
could include burned eggshell, bay-leaves, and myrrh. 
These powders could also include more unusual ingre- 
dients, such as burned heads of mice and lizard livers. 
Earth worms marinated in vinegar were used for a 
mouth wash, and urine was thought of as a gum 
strengthener. 


The Romans, like individuals in many other cul- 
tures, believed that worms in the teeth caused pain. A 
vast well of superstition can also be found concerning 
the premature appearance of teeth. Babies born with 
one or more teeth were considered dangerous in Africa, 
Madagascar, and India, and were at one point killed. 
In contrast, the ancient Romans considered children 
born with teeth to be special, and children were often 
given a name, Dentatus, in reference to their early 
dental development. 


Non-western advances 


Cultures outside Western civilization also focused 
on the teeth. The Chinese were the first to develop a 
silver amalgam filling, which was mentioned in medical 
texts as early as AD 659. The Chinese also developed 
full dentures by the twelfth century AD and invented 
the toothbrush model for contemporary toothbrushes 
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Teeth damaged by dental cavities can be excavated and filled with amalgam. (Hans & Cassidy. Courtesy of Gale Group.) 


in the fifteenth century. Dental advances also flourished 
in the Islamic culture, which emerged around the spiri- 
tual and political power of Muhammad (570-632) and 
his followers. Innovators drew from the translated 
works of Aristotle, Plato, and Hippocrates, whose 
work was translated by Egyptians with links to Greece. 


Mohammed’s teaching called explicitly for the 
maintenance of clean teeth. Clean teeth were seen as 
a way of praising God, and Mohammed was reported 
to say “a prayer which is preceded by the use of the 
toothpick is worth 75 ordinary prayers.” Dental pow- 
ders, mouth wash, and polishing sticks were used to 
keep teeth clean. 


Dental surgery advanced greatly with the teaching 
of Albucasis (936-1013), a surgeon whose extensive 
writing about surgery in the A/-Tasrif influenced 
Islamic and medieval European medical practitioners. 
He described surgery for dental irregularities, the use 
of gold wire to make teeth more stable, and the use of 
artificial teeth made of ox-bone. Albucasis also was 
one of the first to document the size and shape of 
dental tools, including drawings of dental saws, files, 
and extraction forceps in his book. 


As the Islamic world moved ahead in dentistry, 
European dental practice was overwhelmed by the 
superstition, ignorance, and religious fervor of the 
Middle Ages. Scientific research was discouraged dur- 
ing the medieval era, which stretched from the fifth to 
the fifteenth century. Suffering and illness were widely 
considered to be punishment from God. Knowledge of 
dental anatomy and treatment did not advance during 
the Middle Ages, though the range of superstitious 
dental treatments flowered. 


One fourteenth century therapy called for eating the 
brains of a hare to make lost teeth grow again. Charms 
made of stone, wood, or paper devoted to a religious 
figure were believed to ward off disease. Religious offi- 
cials suggested prayer as the best protector. 
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The practice of dentistry during the Middle Ages 
was generally limited to the pulling of teeth that were 
decayed or destroyed. This task initially fell to barbers, 
who also performed minor surgery in England in the 
fifteenth century and were called barber-surgeons. 
Transient tooth-pullers, who traveled from place to 
place, also made money extracting teeth. 


From counting teeth to replacing them 


By the end of the fifteenth century, the emphasis 
on obedience to authority was changing, in part under 
the influence of advances such as the discovery of the 
printing press in 1436. Dentistry benefited from the 
new spirit of inquiry. Contemporary thinkers, such as 
anatomist Andreas Vassalius (1514-1564) challenged 
classical ideas about dentistry. One indication of the 
stagnation of independent thinking was Vassalius’ 
successful challenge of Aristotle’s belief that men had 
more teeth than women. 


Ambrose Pare (1510-1590), a Frenchman trained 
as a barber surgeon, gained fame as one of the great 
medical and dental surgeons of the era. His work 
resembled the work of a contemporary oral surgeon, 
focusing on the removal of teeth, the setting of frac- 
tured jaws and the draining of dental abscesses. He 
published extensively, documenting methods for 
transplanting teeth and for creating devices that held 
artificial teeth made of bone in place using silver or 
gold wire. 


The eighteenth century saw many significant 
advances in dentistry, many of them inspired by the 
work of Pierre Fauchard (1678-1761). By the year 
1700, Parisian dentists such as Fauchard were consid- 
ered members of a distinct profession, complete with an 
examining board for new dentists. Fauchard’s work is 
best known through his writing about the profession in 
the 1728, two-volume, Le Chirurgien Dentiste, a 863- 
page tome. In the book, Fauchard explained how to fill 
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teeth with lead or gold leaf tin foil, and various types of 
dentures. He also told how to make crowns from ivory 
or human teeth, how to straighten teeth, and how to 
protect teeth against periodontal damage. 


Fauchard also took aim at some of the dental 
superstitions of the day, which included the erroneous 
belief that worms in the mouth played a role in tooth 
decay. His information was not all accurate, however, 
and Fauchard did suggest the use of urine as a mouth 
wash. 


Another great eighteenth century finding was the 
development of porcelain, glazed white clay, as a sub- 
stance for false teeth. Prior to this time, ivory was 
commonly used. Carving ivory was time consuming 
and difficult. The first porcelain teeth were developed 
by M. DeChateau, a French druggist, and M. Dubois 
De Chamant, a dentist. 


DeChateau was frustrated that his teeth had dis- 
colored due to the chemicals he tasted while mixing 
substances for customers. After noticing that the 
chemicals never discolored his porcelain mortar and 
pestle, DeChateau decided that porcelain teeth would 
save him embarrassment and unhappiness. Gaining the 
help of DeChamant, the two men discovered a way to 
effectively fit and create a pair of false teeth made of 
porcelain, gaining a patent on the teeth in 1788. 


The nineteenth century saw the development of 
many dental tools and practices that would be the 
foundation for modern-day twentieth century and, 
now, twenty-first century dentistry. Many of the 
great advances were made by Americans, who 
emerged as great dental innovators. The world’s first 
dental school, the Baltimore College of Dentistry 
(Maryland), opened in 1847, providing an organized 
curriculum to replace the apprenticeship system. 


At the start of the nineteenth century, false teeth 
were available to only the affluent. They were made of 
porcelain, which was not expensive. But they needed 
to be fastened to plates made of gold or silver, which 
were costly. The successful vulcanization of rubber in 
1830 by American Charles Goodyear brought cheap 
false teeth to the masses. Now false teeth could be 
attached to vulcanized rubber, and dental laboratories 
emerged everywhere to keep up with the demand. 


The development of anesthesia in the United 
States was a technological breakthrough which revo- 
lutionized surgical and dental practice. Many innova- 
tors experimented with the use of gases in the 
eighteenth and nineteenth centuries. Joseph Priestley, 
a British cleric, invented nitrous oxide, or laughing 
gas, in 1772. The substance caused euphoria, then 
sedation and unconsciousness. 
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Though researchers explored the application of 
nitrous oxide and ether in the early nineteenth century, 
the gases were not used for anesthetic purposes until the 
1840s. Physician Crawford Williamson Long, a Georgia 
physician, first used ether to remove a tumor from a 
patient in 1842. Dentist Horace Wells used nitrous oxide 
on patients having their teeth pulled in 1844. 


However, dentist William Thomas Green Morton 
is widely credited with the first public display of anes- 
thesia, in part because of the great success of his public 
demonstration and in part because of his canny alli- 
ance with influential physicians. Morton successfully 
extracted a tooth from a patient anesthetized with 
ether in 1846 in Boston, Massachusetts. 


Ether, nitrous oxide and chloroform were all used 
successfully during tooth extraction. But these gases 
were not effective for many other procedures, particu- 
larly those which took a long period of time to complete. 


A breakthrough came in the form of the drug 
cocaine, an addictive drug derived from coca leaves 
that was highly valued in the nineteenth and early 
twentieth centuries for its pain-killing power. In 1899, 
cocaine was first used in New York City as a local 
anesthetic to prevent pain in the lower jaw. Cocaine 
was effective but habit-forming and sometimes harmful 
to patients. The development of procaine, now known 
as Novocain, in 1905 provided dentists with a safer 
anesthetic than cocaine. Novocaine could be used for 
tooth grinding, tooth extraction and many other dental 
procedures. 


Development of a drill powered by a foot pedal in 
1871 and the first electric drill in 1872 also changed the 
practice of dentistry. 


Another major discovery of the era was the x ray 
by William Conrad Roentgen of Germany in 1895. The 
first x ray of the teeth was made in 1896. At the time, 
there was some skepticism about x rays. The Pall Mall 
Gazette of London railed in 1896 about the “indecency” 
of viewing another person’s bones. William Herbert 
Rollins of New England reported as early as 1901 that 
x rays could be dangerous and should be housed prop- 
erly to prevent excess exposure. Contemporary dentists 
continue to use x rays extensively to determine the 
condition of the teeth and the roots. 


Modern dentistry 
Cavities and fillings 


The great nineteenth century advances in den- 
tistry provided dentists with the tools to repair or 
remove damaged teeth with a minimum of pain. The 
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hallmarks of dentistry in the twentieth century have 
been in the advances in the preservation of teeth. 


The success of these efforts can be seen in the fact 
that more older Americans retain their teeth. For 
example, the number of Americans without teeth was 
18 million in 1986, according to the Centers for 
Disease Control and Prevention (CDC). By 1989, the 
number had dropped to 16.5 million. Children also 
have fewer dental caries, the technical name for cav- 
ities. While nearly three-fourths of all nine-year-olds 
had cavities in the early 1970s, only one-third of nine- 
year-olds had cavities in the late 1980s, according to 
the CDC. As of 2004, the percentage was down to 
about 12% in the United States. However, as the age 
of children climbs, so does the percentage of cavities. 


But many dental problems and challenges still exist. 
The two most common types of oral disease are dental 
caries and periodontal disease, Rowe reports. Dental 
caries stem from the destruction of the tooth by micro- 
bial activity on the surface. Dental caries occur when 
bacteria forms a dental plaque on the surface of the 
tooth. Plaque is a deposit of bacteria and their products 
which is sticky and colorless. After the plaque is formed, 
food and the bacteria combine to create acids that 
slowly dissolve the substance of the tooth. The result 
is a hole in the tooth which must be filled or greater 
damage may occur, including eventual loss of the tooth. 


Many different strategies exist to prevent dental 
caries. These include the reduction of sugar consump- 
tion. While some foods, such as starches, do not digest 
completely in the mouth, other foods, such as sugars, 
break down quickly in the mouth and are particularly 
harmful. Tooth brushing also helps reduce plaque. 
Other preventive techniques, such as the use of fluo- 
ride and sealants, are also helpful. 


Fluoride was recognized as early as 1874 as a 
protector against tooth decay. Great controversy sur- 
rounded the addition of fluoride to the public water 
supply in many communities in the 1950s and 1960s, as 
concerns were raised about the long-term health 
affects of fluoride. While controversy on the issue 
remains in some areas, public health experts suggest 
that fluoride has greatly improved dental health in 
young and old people. The number of cavities are 
reduced, generally, over 50% in areas in which water 
is fluoridated. 


Another advance was the development of sealants 
for children in the late 1960s. These sealants, made of a 
clear plastic material, are typically added to an etched 
tooth surface to protect the tooth from decay. They 
can protect teeth from cavities for up to 15 years. They 
are generally used on the chewing surfaces of back 
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teeth, which are most prone to tooth decay. Sealants 
are currently recommended for all children by the 
American Dental Association. 


Regular dental check-ups are used to monitor 
teeth and prevent dental caries from growing large. 
Contemporary dentists typically examine teeth using 
dental equipment to poke and probe teeth and x rays 
to see potential dental caries before they can be seen 
easily without aid. To detect problems, x-ray beams 
are focused on special photographic film placed in the 
mouth. The x rays create a record of the tooth, with 
the film documenting dental cavities or other prob- 
lems in the tooth. 


The process of fixing dental caries can be a short 
procedure depending on the size of the cavity. Small 
cavities may require no anesthesia and minimal drill- 
ing, while extensive dental caries may require 
Novocain or nitrous oxide to dull the pain and exten- 
sive drilling. Typically the process of filling a cavity 
begins with the dentist using a drill or a hand tool to 
grind down the part of the tooth surrounding the 
dental carry. The dentist then shapes the cavity, 
removes debris from the cavity, and dries it off. At 
this point a cement lining is added as to insulate the 
inside of the tooth. The cavity is filled by inserting an 
amalgam or some other substance in small increments, 
compressing the material soundly. 


Teeth are usually filled with an amalgam includ- 
ing silver, copper, tin, mercury, indium, and palla- 
dium. Other materials may be used for front teeth 
where metallic fillings would stand out. These include 
plastic composite material, which can be made to 
match tooth color. 


Controversy about the possible safety hazards of 
mercury in amalgam fillings led some Americans to 
have their amalgam fillings removed in the early 
1990s. While mercury is a proven toxic chemical, 
there is no proof that mercury in amalgam fillings 
causes disease, according to the American Dental 
Association. Still, some experts suggest that dentists 
seek alternatives to mercury to combat potential prob- 
lems and fear linked to mercury exposure. 


Tooth replacement 


Teeth that have large cavities, are badly discol- 
ored, or badly broken often are capped with a crown, 
which covers all or part of the crown, or visible por- 
tion, of the tooth. This can be made of gold or dental 
porcelain. Dental cement is used to keep the crown in 
place. 


Bridges are created when individuals need some 
tooth replacement but not enough to warrant dentures, 
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which offer more extensive tooth replacement. These 
devices clasp new teeth in place, keep decayed teeth 
strong, and support the teeth in a proper configuration. 
Missing or damaged teeth may lead to difficulty speak- 
ing and eating. Like bridges for rivers or streams, dental 
bridges can be constructed many different ways, 
depending on the need and the area that needs bridging. 
There are cantilever dental bridges and many other 
types. Some are removable by the dentist, and may be 
attached to the mouth by screw or soft cement. Others, 
called fixed bridges, are intended to be permanent. 


Dentures, a set of replacement teeth, are used 
when all or a large part of the teeth must be replaced. 
New teeth can be made of acrylic resin or porcelain. 
Creating a base to set the teeth in is an ambitious 
undertaking, requiring the development of an impres- 
sion from the existing teeth and jaws and the construc- 
tion of a base designed to fit the mouth exactly. 
Contemporary dentists generally use acrylic plastics 
as the base for dentures. Acrylic plastic is mixed as a 
dough, heated, molded, and set in shape. 


Gum disease and bad breath 


Gum disease is an immense problem among 
adults. The more common gum diseases, gingivitis, 
can be found in over 40% of all employed Americans 
18 to 64 years of age. Periodontitis can be found in at 
least 14% of this group, though it and gingivitis is far 
more common among older people. Gingivitis is the 
inflammation of gum tissue, and is marked by bleed- 
ing, swollen gums. Periodontitis involves damage to 
the periodontal ligament, which connects each tooth 
to the bone. It also involves damage to the alveolar 
bone to which teeth are attached. 


Untreated periodontal disease results in exposure 
of tooth root surfaces and pockets between the teeth 
and supporting tissue. This leaves teeth and roots 
more susceptible to decay and tooth loss. 


Periodontitis and gingivitis are caused primarily 
by bacterial dental plaque. This plaque includes bacteria 
that produce destructive enzymes in the mouth. These 
enzymes can damage cells and connective tissue. To 
prevent gum disease from forming, experts suggest reg- 
ular brushing, flossing, and removal of bacterial plaque 
using various dental tools. Regular mechanical removal 
of plaque by a dentist or hygienist is also essential. 


Periodontal surgery is necessary when damage is 
too great. During this procedure, gums are moved 
away from bone and teeth temporarily to allow den- 
tists to clean out and regenerate the damaged area. 


Another less serious dental problem is halitosis, or 
bad breath. Bad breath can be due to normal body 
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processes or to illness. Halitosis early in the morning is 
normal, due to the added amount of bacteria in the 
mouth during sleep and the reduced secretion of sal- 
iva, which cleanses the mouth. Another normal cause 
of bad breath is when one is hungry. This occurs 
because the pancreatic juice enters the intestinal tract 
when one has not eaten for some time, causing a bad 
smell. Certain foods also cause bad breath, such 
as garlic, alcohol, and fatty meat, which causes hali- 
tosis because the fatty acids are excreted through the 
lungs. 


Halitosis can also be caused by a wealth of ill- 
nesses, ranging from diabetes to kidney failure and 
chronic lung disease. Dental problems such as plaque 
and dental caries can also contribute to bad breath. 
Treatment for the condition typically involves treating 
the illness, if that is causing the problem, and improv- 
ing oral hygiene. This means brushing the tongue as 
well as the teeth. 


Orthodontics: the art of moving teeth 


The practice of orthodontics depends on the fact 
that the position of teeth in the mouth can be shaped 
and changed gradually using pressure. Orthodontia is 
used to correct problems ranging from a bite that is 
out of alignment, to a protruding jaw, to crowded 
teeth. Typically orthodontia begins when individuals 
are in their early teenage years, and takes about two 
years. However, with the development of clear plastic 
braces, adults are increasingly likely to turn to ortho- 
dontia to improve their appearance, and make eating 
and talking more comfortable. 


The process may require some teeth to be pulled. 
The removal of teeth allows for the growth of other 
teeth to fill the newly-vacant area. Braces are made up 
of a network of wires and bands made of stainless steel 
or clear plastic. The tubes are often anchored on the 
molars and the wires are adjusted to provide steady 
pressure on the surface of the teeth. This pressure 
slowly moves the tooth to a more desirable location 
in the mouth and enables new bone to build up where 
it is needed. Orthodontia can also be used to 
help move the jaw by anchoring wires to the opposing 
jaw. 


A look forward 


Laser beams are already used in dentistry and in 
medical practice. However, lasers are currently not 
used for everyday dentistry, such as the drilling of 
teeth. In the future, as laser technology becomes 
more refined, lasers may take the place of many con- 
ventional dental tools. Using lasers instead of dental 
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Abscess—An enclosed collection of liquefied tis- 
sue, known as pus, somewhere in the body. 
Bridge—Replacement for a missing tooth or teeth 
which is supported by roots or natural teeth. 
Gingivitis—Gum inflammation 

Vulcanization—A process in which sulfur and raw 
latex are combined at a high temperature to make 
rubber more durable. 


tools would cut down on the opportunity to be 
exposed to blood-borne illness, and reduce damage 
to surrounding tissue. 


Researchers also are exploring new ways to treat 
periodontal disease, such as more specific antibacterial 
therapy and stronger antibacterial agents. Many 
researchers also see a stronger role for fluoride in the 
future, in addition to its current presence in many 
public water supplies. Some dentists advocate the use 
of fluoride in sealants. 


While dentistry has made immense progress since 
days when a dead mouse was considered high dental 
technology, there is still progress to be made. Future 
challenges for the dental profession include continuing 
to reduce tooth loss and decay due to neglect and the 
aging process. 
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I Deoxyribonucleic acid (DNA) 


Deoxyribonucleic acid (DNA) is a natural poly- 
mer which encodes the genetic information required 
for the growth, development, and reproduction of an 
organism. Found in all cells, it consists of chains of 
units called nucleotides. Each nucleotide unit contains 
three components: the sugar deoxyribose, a phosphate 
group, and a nitrogen-containing ring structure called 
a base. There are four different bases in DNA: 
adenine, cytosine, guanine or thymine. 


DNA molecules are very long and threadlike. 
They consist of two polymeric strands twisted about 
each other into a spiral shape known as a double helix, 
which resembles a twisted ladder. In eukaryotic cells, 
DNA is found within the cell nucleus in the chromo- 
somes, which are extremely condensed structures in 
which DNA is associated with proteins. Each species 
contains a characteristic number of chromosomes in 
their cells. In humans, every cell contains 46 chromo- 
somes (except for egg and sperm cells which contain 
only 23). The total genetic information in a cell is 
called its genome. In prokaryotic cells such as bacteria, 
DNA is not contained within the specialized nuclear 
membrane, but rather is dispersed in the interior sub- 
stance of the cell (cytoplasm) 


The fundamental units of heredity are genes. A 
gene is a segment of a DNA molecule that encodes the 
information necessary to make a specific protein. The 
many proteins encoded by DNA contribute to a cell’s 
structure and chemical activities. 


DNA not only encodes the “blueprints” for cellu- 
lar proteins but also the instructions for when and 
where they will be made. For example, the oxygen 
carrier hemoglobin is made in red blood cells but not 
in nerve cells, though both contain the same total 
genetic content. Thus, DNA also contains the infor- 
mation necessary for regulating how its genetic mes- 
sages are used. 


The sequencing of the human genome has deter- 
mined that a human cell contains approximately 
30,000 genes, far less than the previously estimated 
50,000—100,000. Except in the case of identical twins, 
a comparison of the genes from different individuals 
always reveals a number of differences. Therefore, 
each person is genetically unique. This is the basis of 
DNA fingerprinting, a forensic procedure used to 
match DNA collected from a crime scene with that 
of a suspect, and of the use of DNA to establish who is 
the biological parent of a child. 


Genes direct the function of all organs and sys- 
tems in the body. In some cases, the defects in the 
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The structure of a DNA molecule. (Argosy. The Gale Group.) 


DNA of just one gene can cause a genetic disorder that 
results in disease because the protein encoded by the 
defective gene is abnormal. The abnormal hemoglobin 
produced by people afflicted with sickle cell anemia is 
an example. Defects in certain genes called oncogenes, 
which regulate growth and development, give rise to 
cancer. Therefore, defects in DNA can affect the two 
kinds of genetic information it carries, messages direct- 
ing the manufacture of proteins and information regu- 
lating the expression, or carrying out, of these messages. 


History 


Prior to the discovery of the nucleic acids, the 
Austrian monk Gregor Mendel (1822-1884) worked 
out the laws of inheritance by the selective breeding 
of pea plants. As early as 1865 he proposed that some 
then-undefined factors from each parent were respon- 
sible for the inheritance of certain characteristics in 
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plants. The Swiss biochemist Friedrich Miescher 
(1844-1895) discovered the nucleic acids in 1868 in 
nuclei isolated from pus cells scraped from surgical 
bandages. However, research on the chemical structure 
of nucleic acids lagged until new analytical techniques 
became available in the mid twentieth century. 


Despite knowledge of the chemical structure of 
nucleotides and how they were linked together to 
form DNA, the possibility that DNA was the genetic 
material was regarded as unlikely. As late as the mid 
twentieth century, proteins were thought to be the 
molecules of heredity because they appeared to be the 
only cellular components diverse enough to account for 
the large variety of genes. In 1944, Oswald Avery 
(1877-1955) and his colleagues showed that non-patho- 
genic strains of pneumococcus, the bacterium that 
causes pneumonia, could become pathogenic (disease- 
causing) if treated with a DNA-containing extract 
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Adenine 


Cytosine 


Guanine 


Diagramatic representations of the chemical stuctures of the nitrogenous bases that comprise the rungs of the twisted DNA 
helical ladder are shown above. The dashed lines represent the potential hydrogen bonds that link Adenine with Thymine (A-T 
base pairing) or Cytosine with Guanine (C-G) base pairing. The specific base sequence becomes the fundamental element of the 


genetic code. (Argosy. The Gale Group.) 


from heat-killed pathogenic strains. Based on this evi- 
dence, Avery concluded that DNA was the genetic 
material. However, widespread acceptance of DNA as 
the bearer of genetic information did not come until a 
report by other workers in 1952 that DNA, not protein, 
enters a bacterial cell infected by a virus. This showed 
that the genetic material of the virus was contained in its 
DNA, confirming Avery’s hypothesis. 


In 1953, James Watson (1928-) and Francis Crick 
(1916-2004) proposed their double helix model for the 
three-dimensional structure of DNA. They correctly 
deduced that the genetic information was encoded in 
the form of the sequence of nucleotides in the mole- 
cule. With their landmark discovery began an era of 
molecular genetics in biology. Eight years later inves- 
tigators cracked the genetic code. They found that 
specific trinucleotide sequences—sequences of three 
nucleotides—are codes for each of 20 amino acids, 
the building blocks of proteins. 


In 1970 scientists found that bacteria contained 
enzymes that recognize a particular sequence of 4-8 
nucleotides and will always cut DNA at or near that 
sequence to yield specific (rather than random), con- 
sistently reproducible DNA fragments. These enzymes 
were dubbed restriction enzymes. Two years later it 
was found that the bacterial enzyme DNA ligase could 
be used to rejoin these fragments. This permitted 
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scientists to construct what were termed recombinant 
DNA; DNA composed of segments from two different 
sources, even from different organisms. With the 
availability of these tools, genetic engineering became 
possible and biotechnology began. 


By 1984 the development of DNA fingerprinting 
allowed forensic chemists to compare DNA samples 
from a crime scene with that of suspects. The first 
conviction using this technique came in 1987. Three 
years later doctors first attempted to treat a patient 
unable to produce a vital immune protein using gene 
therapy. This technique involves inserting a portion of 
DNA into a patient’s cells to correct a deficiency in a 
particular function. The Human Genome Project also 
began in 1990. The aim of this project is to determine 
the nucleotide sequence in DNA of the entire human 
genome, which consists of about three billion nucleo- 
tide pairs. In 2001, researchers announced the comple- 
tion of the sequencing of a human genome. 


Structure 


Deoxyribose, the sugar component in each 
nucleotide, is so-named because it has one less oxygen 
atom than ribose, which is present in ribonucleic acid 
(RNA). Deoxyribose contains five carbonatoms, four 
of which lie in a ring along with one oxygen atom. The 
fifth carbon atom is linked to a specific carbon atom in 
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Deoxyribonucleic acid (DNA) 


the ring. A phosphate group is always linked to deox- 
yribose via a chemical bond between an oxygen atom 
in the phosphate group and the carbon atom in deox- 
yribose by a chemical bond between a nitrogen atom 
in the base and a specific carbon atom in the deoxy- 
ribose ring. 


The nucleotide components of DNA are connected 
to form a linear polymer in a very specific way. A 
phosphate group always connects the sugar component 
of a nucleotide with the sugar component of the next 
nucleotide in the chain. Consequently, the first nucleo- 
tide bears an unattached phosphate group, and the last 
nucleotide has a free hydroxyl group. Therefore, DNA 
is not the same at both ends. This directionality plays 
an important role in the replication of DNA. 


DNA molecules contain two polymer chains or 
strands of nucleotides and so are said to be double- 
stranded. (In contrast, RNA is typically single-stranded.) 
Their shape resembles two intertwined spiral staircases in 
which the alternating sugar and phosphate groups of the 
nucleotides compose the sidepieces. The steps consist of 
pairs of bases, each attached to the sugars on their 
respective strands. The bases are held together by weak 
attractive forces called hydrogen bonds. The two strands 
in DNA are antiparallel, which means that one strand 
goes in one direction (first to last nucleotide from top to 
bottom) and the other strand goes in the opposite direc- 
tion (first to last nucleotide from bottom to top). 


Because the sugar and phosphate components 
which make up the sidepieces are always attached in 
the same way, the same alternating phosphate-sugar 
sequence repeats over and over again. The bases 
attached to each sugar may be one of four possible 
types. Because of the geometry of the DNA molecule, 
the only possible base pairs that will fit are adenine (A) 
paired with thymine (T), and cytosine (C) paired with 
guanine (G). 


The DNA in our cells is a masterpiece of packing. 
The double helix coils itself around protein cores to 
form nucleosomes. These DNA-protein structures 
resemble beads on a string. Flexible regains between 
nucleosomes allows these structures to be wound 
around themselves to produce an even more compact 
fiber. The fibers can then be coiled for even further 
compactness. Ultimately, DNA is paced into the highly 
condensed chromosomes. If the DNA in a human cell is 
stretched, it is approximately 6 ft (1.82 m) long. If all 46 
chromosomes are laid end-to-end, their total length is 
still only about eight-thousandths of an inch. This 
means that DNA in chromosomes is condensed about 
10,000 times more than that in the double helix. Why all 
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this packing? The likely answer is that the fragile DNA 
molecule would get broken in its extended form. Also, if 
not for this painstaking compression, the cell might be 
mired in its own DNA. 


Function 


DNA directs a cell’s activities by specifying the 
structures of its proteins and by regulating which pro- 
teins and how much are produced, and where. In so 
doing, it never leaves the nucleus. Each human cell 
contains about 6 ft (2 m) of highly condensed DNA, 
which encodes some 30,000 genes. If a particular pro- 
tein is to be made, the DNA segment corresponding to 
the gene for that protein acts as a template (pattern) for 
the synthesis of an RNA molecule in a process known 
as transcription. This messenger RNA molecule travels 
from the nucleus to the cytoplasm where it in turn acts 
as the template for the construction of the protein by 
the protein assembly apparatus of the cell. This latter 
process is known as translation and requires an adap- 
tor molecule, transfer RNA, which translates the 
genetic code of DNA into the language of proteins. 


Eventually, when a cell divides, its DNA must be 
copied so that each daughter cell will have a complete 
set of genetic instructions. The structure of DNA is 
perfectly suited to this process. The two intertwined 
strands unwind, exposing their bases, which then pair 
with bases on free nucleotides present in the cell. 
Because of the base-pairing rules, the sequence of 
bases along one strand of DNA determines the 
sequence of bases in the newly forming complemen- 
tary strand. An enzyme then joins the free nucleotides 
to complete the new strand. Since the two new DNA 
strands that result are identical to the two originals, 
the cell can pass along an exact copy of its DNA to 
each daughter cell. 


Sex cells, the eggs and sperm, contain half the num- 
ber of chromosomes as other cells. When the egg and 
sperm fuse during fertilization, they form the first cell of 
a new individual with the complete complement of 
DNA—46 chromosomes. Each cell (except the sex 
cells) in the new person carries DNA identical to that 
in the fertilized egg cell. In this way the DNA of both 
parents is passed from one generation to the next. Thus, 
DNA plays a crucial role in the propagation of life. 


Replication of DNA 


DNA replication, the process by which the 
double-stranded DNA molecule reproduces itself, is 
a complicated process, even in the simplest organisms. 
DNA synthesis—making new DNA from old—is 
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complex because it requires the interaction of a num- 
ber of cellular components and is rigidly controlled to 
ensure the accuracy of the copy, upon which the very 
life of the organism depends. This adds several verifi- 
cation steps to the procedure. Though the details vary 
from organism to organism, DNA replication follows 
certain rules that are universal to all. 

DNA replication (duplication, or copying) is 
always semi-conservative. This means that during 
DNA replication the two strands of the parent mole- 
cule unwind and each becomes a template for the syn- 
thesis of the complementary strand of the daughter 
molecule. As a result both daughter molecules contain 
one new strand and one old strand (from the parent 
molecule). The replication of DNA always requires a 
template, an intact strand from the parent molecule. 
This strand determines the sequence of nucleotides on 
the new strand, because of the A-withT and C-with-G 
base pairing requirement. 

Replication begins at a specific site called the 
replication origin when the enzyme DNA helicase 
binds to a portion of the double stranded helix and 
“melts” the bonds between base pairs. This unwinds 
the helix to form a replication fork consisting of two 
separated strands, each serving as a template. Specific 
proteins then bind to these single strands to prevent 
them from re-pairing. Another enzyme called DNA 
polymerase proceeds to assemble the daughter strands 
using a pool of free nucleotide units which are present 
in the cell in an “activated” form. 


High fidelity in the copying of DNA is vital to the 
organism and, incredibly, only about one error per one 
trillion replications ever occurs. This high fidelity 
results largely because DNA polymerase is a “self- 
editing” enzyme. If a nucleotide added to the end of 
the chain mismatches the complementary nucleotide 
on the template, pairing does not occur. DNA poly- 
merase then clips off the unpaired nucleotide and 
replaces it with the correct one. 


Occasionally errors are made during DNA repli- 
cation and passed along to daughter cells. Such errors 
are called mutations. They have serious consequences 
because they can cause the insertion of the wrong 
amino acid into a protein. For example, the substitu- 
tion of a T for an A in the gene encoding hemoglobin 
causes an amino acid substitution that results in sickle 
cell anemia. To understand the significance of such 
mutations requires knowledge of the genetic code. 


The genetic code 


Genetic information is stored as nucleotide 
sequences in DNA (or RNA) molecules. This sequence 
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specifies the identity and position of the amino acids in 
a particular protein. Amino acids are the building 
blocks of proteins in the same way that nucleotides 
are the building blocks of DNA. However, though 
there are only four possible bases in DNA (or RNA), 
there are 20 possible amino acids in proteins. The 
genetic code is a sort of “bilingual dictionary” which 
translates the language of DNA into the language of 
proteins. In the genetic code the letters are the four 
bases A, C, G, and T (or U instead of T in RNA). 
Obviously, the four bases of DNA are not enough to 
code for 20 amino acids. A sequence of two bases is 
also insufficient, because this permits coding for only 
16 of the 20 amino acids in proteins. Therefore, a 
sequence of three bases is required to ensure enough 
combinations to code for all 20 amino acids. Since all 
the combinations in this DNA language, called 
codons, consist of three letters, the genetic code is 
often referred to as the triplet code. 


Each codon specifies a particular amino acid. 
Because there are 64 possible codons and only 20 
amino acids, several different codons specify the same 
amino acid, so the genetic code is said to be degenerate. 
However, the code is unambiguous because each codon 
specifies only one amino acid. 


Since in eukaryotes DNA never leaves the nucleus, 
the information it stores is not transferred to the cell 
directly. Instead, a DNA sequence must first be copied 
into a messenger RNA molecule, which carries the 
genetic information from the nucleus to protein assem- 
bly sites in the cytoplasm. There it serves as the tem- 
plate for protein construction. The sequences of 
nucleotide triplets in messenger RNA are also referred 
to as codons. 


Expression of genetic information 


Genetic information flows from DNA to RNA to 
protein. Ultimately, the linear sequence of nucleotides 
in DNA directs the production of a protein molecule 
with a characteristic three-dimensional structure 
essential to its proper function. Initially, information 
is transcribed from DNA to RNA. The information 
in the resulting messenger RNA is then translated 
from RNA into protein by small transfer RNA 
molecules. 


In some exceptional cases the flow of genetic 
information from DNA to RNA is reversed. In retro- 
viruses, such as the AIDS virus, RNA is the hereditary 
material. An enzyme known as reverse transcriptase 
makes a copy of DNA using the virus’ RNA as a 
template. In still other viruses which use RNA as the 
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KEY TERMS 


Codon—The base sequence of three consecutive 
nucleotides on DNA (or RNA) that codes for a par- 
ticular amino acid or signals the beginning or end of 
a messenger RNA molecule. 

Cytoplasm—All the protoplasm in a living cell that is 
located outside of the nucleus, as distinguished from 
nucleoplasm, which is the protoplasm in the nucleus. 
Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
protein or RNA molecule, and therefore for a specific 
inherited characteristic. 

Genetic code—tThe blueprint for all structures and 
functions in a cell as encoded in DNA. 

Genetic engineering—The manipulation of the 
genetic content of an organism for the sake of 


hereditary material, DNA is not involved in the flow 
of information at all. 


Most cells in the body contain the same DNA as 
that in the fertilized egg. (Some exceptions to this are 
the sex cells, which contain only half of the normal 
complement of DNA, as well as red blood cells, which 
lose their nucleus when fully developed.) Some so- 
called housekeeping genes are expressed in all cells 
because they are involved in the fundamental proc- 
esses required for normal function. (A gene is said to 
be expressed when its product, the protein it codes for, 
is actively produced in a cell.) For example, since all 
cells require ribosomes, structures that function as 
protein assembly lines, the genes for ribosomal pro- 
teins and ribosomal RNA are expressed in all cells. 
Other genes are only expressed in certain cell types, 
such as genes for antibodies in certain cells of the 
immune system. Some are expressed only during cer- 
tain times in development. How is it that some cells 
express certain genes while others do not, even though 
all contain the same DNA? A complete answer to this 
question is still in the works. However, the main way is 
by controlling the start of transcription. This is accom- 
plished by the interaction of proteins called transcrip- 
tion factors with DNA sequences near the gene. By 
binding to these sequences transcription factors may 
turn a gene on or off. 


Another way is to change the rate of messenger 
RNA synthesis. Sometimes the stability of the 
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genetic analysis or to produce or improve a 
product. 


Genome—The complete set of genes an organism 
carries. 


Nucleotide—The basic unit of DNA. It consists of 
deoxyribose, phosphate, and a ring-like, nitrogen- 
containing base. 


Nucleus—A compartment in the cell which is 
enclosed by a membrane and which contains its 
genetic information. 


Replication—The synthesis of anew DNA molecule 
from a pre-existing one. 


Transcription—The process of synthesizing RNA 
from DNA. 


Translation—The process of protein synthesis. 


messenger RNA is altered. The protein product itself 
may be altered, as well as its transport or stability. 
Finally, gene expression can be altered by DNA rear- 
rangements. Such programmed reshuffling of DNA is 
the means of generating the huge assortment of anti- 
body proteins found in immune cells. 


Genetic engineering and recombinant DNA 


Cells that contain the same recombinant DNA 
fragment are clones. A clone harboring a recombi- 
nant DNA molecule that contains a specific gene 
can be isolated and identified by a number of tech- 
niques, depending upon the particular experiment. 
Thus, recombinant DNA molecules can be intro- 
duced into rapidly growing microorganisms, such 
as bacteria or yeast, to produce large quantities of 
medically or commercially important proteins nor- 
mally present only in scant amounts in the cell. For 
example, human insulin and interferon have been 
produced in this manner. 


In recent years a technique has been developed 
which permits analysis of very small samples of 
DNA without repeated cloning, which is laborious. 
Known as the polymerase chain reaction, this techni- 
que involves “amplifying” a particular fragment of 
DNA by repeated synthesis using the enzyme DNA 
polymerase. This method can increase the amount 
of the desired DNA fragment by a million-fold or 
more. 
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l Deposit 


A deposit is an accumulation of earth materials, 
usually loose sediment or minerals, that is laid down 
by a natural agent. Deposits are all around you—the 
sand on the beach, the soil in your backyard, the rocks 
in a mountain stream. All of these consist of earth 
materials transported and laid down (that is, depos- 
ited) by a natural agent. These natural agents may 
include flowing water, ice, or gusts of wind (all oper- 
ating under the influence of gravity), as well as gravity 
acting alone. For example, gravity alone can cause a 
rock fall along a highway, and the rock fall will form a 
deposit at the base of the slope. The agents of trans- 
port and deposition mentioned above are mechanical 
in nature and all operate in the same way. Initially, 
some force causes a particle to begin to move. When 
the force decreases, the rate of particle motion also 
decreases. Eventually particle motion ceases and 
mechanical deposition occurs. 


Not all deposits form by mechanical deposition. 
Some deposits form instead by chemical deposition. 
All naturally occurring water has some minerals dis- 
solved in it. Deposition of these minerals may result 
from a variety of chemical processes; however, one 
of the most familiar is evaporation. When water 
evaporates, dissolved minerals remain behind as a 
solid residue. This residue is a chemical deposit of 
minerals. 


Ocean water is very rich in dissolved minerals— 
that is why ocean water tastes salty. When ocean water 
evaporates, a deposit containing a variety of minerals 
accumulates. The mineral halite (that is, table salt) 
would make up the bulk of such a deposit. Large, 
chemically derived mineral deposits, which formed 
by the evaporation of ancient saline lakes, are 
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currently being mined in several areas of the western 
United States. The Bonneville Salt Flats in Utah is a 
good example of an “evaporite” mineral deposit. Due 
to the arid climate, evaporite minerals are still being 
deposited today at Great Salt Lake in Utah. 


The term “deposit” generally applies only to accu- 
mulations of earth materials that form at or near 
Earth’s surface, that is, to particles, rocks, or minerals 
that are of sedimentary origin. However, ore deposits 
are an exception to this generality. The phrase “ore 
deposit” applies to any valuable accumulation of min- 
erals, no matter how or where it accumulates. Some 
ore deposits do form by mechanical or chemical dep- 
osition (that is, they are of sedimentary origin). 


For example, flowing streams deposit gold-bearing 
sand and gravel layers, known as placers. Placers, 
therefore, form by mechanical deposition. Some iron 
ores, on the other hand, form when subsurface waters 
chemically deposit iron in porous zones within sedi- 
ments or rocks. However, many ore deposits do not 
form by either mechanical or chemical deposition, and 
so are not of sedimentary origin. 


See also Sediment and sedimentation. 


Depositional environment see Sediment and 
sedimentation 


[ Depression 


Depression is a psychoneurotic disorder charac- 
terized by lingering sadness, inactivity, and difficulty 
in thinking and concentration. A significant increase 
or decrease in appetite and time spent sleeping, feel- 
ings of dejection and hopelessness, and sometimes 
suicidal tendencies may also be present. It is one of 
the most common psychiatric conditions encountered, 
and affects up to 25% of women and 12% of men. 
Depression differs from grief, bereavement, or mourn- 
ing, which are appropriate emotional responses to the 
loss of loved persons or objects. 


Depression has many forms and is very responsive 
to treatment. Dysthymia, or minor depression, is the 
presence of a depressed mood for most of the day for 
two years with no more than two months’ freedom from 
symptoms. Bipolar disorder (manic-depressive disorder) 
is characterized by recurrent episodes of mania and 
major depression. Manic symptoms consist of feelings 
of inflated self-esteem or grandiosity, a decreased need 
for sleep, unusual loquacity, an unconnected flow of 
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ideas, distractibility, or excessive involvement in pleas- 
urable activities that have a high potential for painful 
consequences, such as buying sprees or sexual indiscre- 
tions. Cyclothymia is a chronic mood disturbance and is 
a milder form of bipolar disorder. 


Chemically speaking, depression is apparently 
caused by reduced quantities or reduced activity of 
the monoamine neurotransmitters serotonin and nor- 
epinephrine within the brain. Neurotransmitters are 
chemical agents released by neurons (nerve cells) to 
stimulate neighboring neurons, thus allowing electri- 
cal impulses to be passed from one cell to the next 
throughout the nervous system. They transmit signals 
between nerve cells in the brain. 


Introduced in the late 1950s, antidepressant drugs 
have been used most widely in the management of 
major mental depression. All antidepressants accom- 
plish their task by inhibiting the body’s reabsorption 
of these neurotransmitters, thus allowing them to 
accumulate and remain in contact longer with their 
receptors in nerve cells. These changes are important 
in elevating mood and relieving depression. 


Antidepressants are typically one of three chem- 
ical types: a tricyclic antidepressant (so called because 
its molecules are composed of three rings), a mono- 
amine oxidase (MAO) inhibitor, or a serotonin reup- 
take inhibitor. The tricyclic antidepressants act by 
inhibiting the inactivation of norepinephrine and sero- 
tonin within the brain. 


The MAOs apparently achieve their effect by 
interfering with the action of monoamine oxidase, an 
enzyme that causes the breakdown of norepinephrine, 
serotonin, and dopamine within nerve cells. 


In the 1980s a new type of antidepressant called a 
serotonin reuptake inhibitor proved markedly suc- 
cessful. Its chemical name is fluoxetine, and it appa- 
rently achieves its therapeutic effect by interfering 
solely with the reabsorption of serotonin within the 
brain, thus allowing that neurotransmitter to accumu- 
late there. Fluoxetine often relieves cases of depression 
that have failed to respond to tricyclics or MAOs, and 
it also produces fewer and less serious side effects than 
those drugs. It had thus become the single most widely 
used antidepressant by the end of the twentieth cen- 
tury. The most commonly used serotonin reuptake 
inhibitors are Prozac, Paxil, and Zoloft. 


Medical experts agree that antidepressants are 
only a part of the therapeutic process when treating 
depression. Some form of psychotherapy is also 
needed in order to reduce the incidence for chronic 
recidivism of the illness. 
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l Depth perception 


Depth perception is the ability to see in three 
dimensions and to estimate the spatial distances of 
objects from oneself and from each other. Without 
depth perception we would be unable to tell how far 
objects are from us, and thus how far we would need to 
move to reach or avoid them. 


Our ability to perceive depth includes space 
perception, or the ability to perceive the differential 
distances of objects in space. While researchers have 
discovered much about depth perception, numerous 
interesting questions remain. For instance, exactly 
how are we able to perceive the world in three 
dimensions when the images projected onto the ret- 
ina are two-dimensional? And how much of a role 
does learning play in depth perception? While depth 
perception results primarily from our sense of 
vision, our sense of hearing also plays a role. Two 
broad classes of cues used to aid visual depth per- 
ception have been distinguished—the monocular 
(requiring only one eye), and the binocular (requir- 
ing both eyes working together). 


Monocular cues 


The following cues require only one eye for their 
perception. They provide information that helps us 
estimate spatial distances and to perceive in three 
dimensions. 


Interposition 


Interposition refers to objects appearing to par- 
tially block or overlap one another. When an object 
appears partially blocked by another, the fully visible 
object is perceived as being nearer, and this generally 
corresponds to reality. 


Shading and lighting 


In general, the nearer an object is to a light source, 
the brighter its surface appears to be, so that 
with groups of objects, darker objects appear farther 
away than brighter objects. And in looking at single 
objects, the farther parts of an object’s surface are 
from the source of light, the more shadowed and less 
bright they will appear. Varying shading and lighting 
then provide information about distances of objects 
from the source of light, and may serve as a cue to the 
distance of the object from the observer. In addition, 
some patterns of lighting and shading seem to provide 
cues about the shapes of objects. 
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The chess pieces in front and in focus in this photograph are 
perceived to be closer to the viewer than the other ones. 
(Robert Huffman. Field Mark Publications.) 


Aerial perspective 


Generally, objects having sharp and clear images 
appear nearer than objects with blurry or unclear 
images. This occurs because light is scattered or 
absorbed over long distances by particles in the atmos- 
phere such as water vapor and dust which to a blurring 
of objects’ lines. This is why on clear days, very large 
objects such as mountains or buildings appear closer 
than when viewed on hazy days. 


Elevation 


This cue, sometimes referred to as “height in the 
plane” or “relative height,” describes how the horizon 
is seen as vertically higher than the foreground. Thus 
objects high in the visual field and closer to the horizon 
line are perceived as being farther away than objects 
lower in the visual field and farther away from the 
horizon line. Above the horizon line this relationship 
is reversed, so that above the horizon, objects that are 
lower and nearer to the horizon line appear farther 
away than those up higher and at a greater distance 
from the horizon line. 


Texture gradients 


Textures that vary in complexity and density area 
characteristic of most object surfaces and they reflect 
light differentially. Generally, as distance increases, 
the size of elements making up surface texture appear 
smaller and the distance between the elements also 
appears to decrease with distance. Thus if one is look- 
ing at a field of grass, the blades of grass will appear 
smaller and arranged more closely together as their 
distance increases. Texture gradients also serve as 
depth and distance cues in groupings of different 
objects with different textures in the visual field, as 
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when looking at a view of a city. Finally, abrupt 
changes in texture usually indicate an alteration in 
the direction of an object’s surface and its distance 
from the observer. 


Linear perspective 


Linear perspective is a depth cue based on the fact 
that as objects increase in distance from the observer 
their images on the retina are transformed so that their 
size and the space separating them decrease until the 
farthest objects meet at what is called the vanishing 
point. It is called the vanishing point because it is the 
point where objects get so small that they are no longer 
visible. In addition, physically parallel lines such as 
those seen in railroad tracks are perceived as coming 
closer together until they meet or converge at the 
vanishing point. 


Motion parallax 


Whenever our eyes move (due to eye movement 
alone, or head, or body movement) in relation to the 
spatial environment, objects at varying distances move 
at different rates relative to their position and distance 
from us. In other words, objects at different distances 
relative to the observer are perceived as moving at 
different speeds. Motionparallax refers to these rela- 
tively perceived object motions which we use as cues 
for the perception of distance and motion as we move 
through the environment. 


As a rule, when the eyes move, objects close to the 
observer seem to move faster than objects farther 
away. In addition, more distant objects seem to move 
smaller distances than do nearer objects. Objects that 
are very far away, such as a bright star or the moon, 
seem to move at the exact same rate as the observer 
and in the same direction. 


The amount and direction of movement are rela- 
tive to the observer’s fixation point or where they are 
focusing. For instance, if you were traveling on a train 
and focusing on the middle of a large field you were 
passing, any objects closer to you than your fixation 
point would seem to be moving opposite to your 
direction of movement. In addition, those objects 
beyond your fixation point would appear to be mov- 
ing in the same direction as you are moving. Motion 
parallax cues provide strong and precise distance and 
depth information to the observer. 


Accommodation 


Accommodation occurs when curvature of the eye 
lens changes differentially to form sharp retinal images 
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of near and far objects. To focus on far objects the lens 
becomes relatively flat and to focus on nearer objects 
the lens becomes more curved. Changes in the lens 
shape are controlled by the ciliary muscles and it 
seems that feedback from alterations in ciliary muscle 
tension may furnish information about object distance. 


Retinal size 


As an object’s distance from the viewer increases, 
the size of its image on the retina becomes smaller. 
And, generally, in the absence of additional visual 
cues, larger objects are perceived as being closer than 
are smaller objects. 


Familiarity 


While not exactly a visual cue for perceiving space 
or depth as are the previous ones discussed, our famil- 
iarity with spatial characteristics of an object such as 
its size or shape due to experience with the object may 
contribute to estimates of distance and thus spatial 
perception. For instance, we know that most cars are 
taller or higher than children below the age of five, and 
thus in the absence of other relevant visual cues, a 
young child seen in front of a car who is taller than 
the car would be perceived as being closer than the car. 


Binocular cues 


Monocular cues certainly provide a great deal of 
spatial information, but depth perception also 
requires binocular functioning of the eyes, that is, 
both eyes working together in a coordinated fashion. 
Convergence and retinal disparity are binocular cues 
to depth perception. 


Convergence 


Convergence refers to the eyes’ disposition to rotate 
inward toward each other in a coordinated manner in 
order to focus effectively on nearby objects. With objects 
that are farther away, the eyes must move outward 
toward one’s temples. For objects further than approx- 
imately 20 ft (6m) away no more changes in convergence 
occur and the eyes are essentially parallel with each 
other. It seems that feedback from changes in muscular 
tension required to cause convergence eye movements 
may provide information about depth or distance. 


Retinal disparity and stereopsis 


Retinal disparity refers to the small difference 
between the images projected on the two retinas when 
looking at an object or scene. This slight difference or 
disparity in retinal images serves as a binocular cue for 
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the perception of depth. Retinal disparity is produced 
in humans (and in most higher vertebrates with two 
frontally directed eyes) by the separation of the eyes 
which causes the eyes to have different angles of objects 
or scenes. It is the foundation of stereoscopic vision. 


Stereoscopic vision refers to the unified three- 
dimensional view of objects produced when the two 
different images are fused into one (binocular fusion). 
We still do not fully understand the mechanisms behind 
stereopsis but there is evidence that certain cells in some 
areas of the brain responsible for vision are specifically 
responsive to the specific type of retinal disparity 
involving slight horizontal differences in the two retinal 
images. This indicates that there may be other function- 
ally specific cells in the brain that aid depth perception. 
In sum, it seems that we use numerous visual depth 
cues, binocular vision, and functionally specific cells in 
the nervous system to make accurate depth judgments. 


Auditory depth cues 


Auditory depth cues are used by everyone who 
can hear but are especially important for the blind. 
These include the relative loudness of familiar sounds, 
the amount of reverberation of sounds as in echoes, 
and certain characteristics of sounds unique to their 
frequency. For instance, higher frequency sounds are 
more easily absorbed by the atmosphere. 


Development of depth perception 


A theme running throughout the study of percep- 
tion in general since the time of the ancient Greeks has 
been whether perceptual processes are learned (based 
on past experience) or innate (existent or potential at 
birth). In terms of depth perception, research using the 
visual cliff with animals and human infants too young 
to have had experience with depth perception indicates 
that humans and various species of animals are born 
with some innate abilities to perceive depth. 


The visual cliff is one the most commonly used 
methods of assessing depth perception. It is an appara- 
tus made up of a large box with a clear or see-through 
panel on top. One side of the box has a patterned sur- 
face placed immediately under the clear surface, and the 
other side has the same patterned surface placed at 
some distance below the clear surface. This latter side 
gives the appearance of a sharp drop-off or cliff. The 
subject of the study will be placed on the glass and 
consistent movement toward the shallow side is seen 
as an indication of depth perception ability. Newborn 
infants who cannot crawl commonly show much dis- 
tress when placed face down over the “cliff” side. 
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KEY TERMS 


Accommodation—Changes in the curvature of the 
eye lens to form sharp retinal images of near and far 
objects. 


Aerial-perspective—A monocular visual cue refer- 
ring to how objects with sharp and clear images 
appear nearer than objects with blurry or unclear 
images. 


Binocular cues—Visual cues that require the coordi- 
nated use of both eyes. 


Convergence—The tendency of the eyes to rotate 
toward each other in a coordinated manner in 
order to focus effectively on nearby objects. 


Elevation—A monocular visual cue referring to an 
object's placement in relation to the horizon. 


Interposition—A monocular cue referring to how 
when objects appear to partially block or overlap 
with each other, the fully visible object is perceived 
as being nearer. 


Linear perspective—A monocular depth cue involv- 
ing the apparent convergence of parallel lines in the 


Research with animals raised without opportuni- 
ties to see (for example if reared in the dark) sustain 
long-lasting deficits in their perceptual abilities. 
Indeed, such deprivation may even affect the weight 
and biochemistry of their brains. This research indi- 
cates that while humans and some animal species have 
innate mechanisms for depth perception, these innate 
abilities require visual experience in order to develop 
and become fully functioning. This research also sug- 
gests that animals and humans may have developmen- 
tally sensitive periods in which visual experience is 
necessary or permanent perceptual deficits may occur. 


Current research/future developments 


In sum, while environmental cues, binocular vision, 
and physiological aspects of the nervous system can 
account for many aspects of depth perception, numer- 
ous questions remain. Advances in understanding the 
physiological basis of vision have been great since the 
1950s and this has greatly influenced research and theo- 
rizing in perception in general, and depth perception in 
particular. Researchers are eagerly looking at the struc- 
ture of the nervous system to see if it might explain 
further aspects of depth perception. In particular, 
researchers continue to explore the possibility that addi- 
tional fine tuned detector cells may exist that respond to 


GALE ENCYCLOPEDIA OF SCIENCE 4 


distance, as well as the perceived decrease in the 
size of objects and the space between them with 
increasing distance from the observer. 


Monocular cues—Visual cues that one eye alone 
can perceive. 


Motion parallax—The perception of objects moving 
at different speeds relative to their distance from the 
observer. 


Retina—An extremely light-sensitive layer of cells at 
the back part of the eyeball. Images formed by the 
lens on the retina are carried to the brain by the optic 
nerve. 


Stereoscopic vision—The unified three-dimensional 
view of objects produced when the two slightly dif- 
ferent images of objects on the two retinas are fused 
into one. 


Texture gradient—A monocular visual cue referring 
to how changes in an object’s perceived surface 
texture indicate distance from the observer and 
changes in direction of the object. 


specific visual stimuli. Finally, some psychologists have 
begun using certain basic principles of associative learn- 
ing theory to explain a number of well known yet poorly 
understood elements of perceptual learning. Both of 
these approaches show great potential for furthering 
our understanding of many processes in perception. 
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| Derivative 


In mathematics, the derivative is the exact rate at 
which one quantity changes with respect to another. 
The Greek symbol delta (A) is usually used to represent 
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Approximation (using derivatives) of line segments 


12 


12-1 (,2-,1)/(12-11) 


0 0.707106781 
0.25 0.661437828 
0.559016994 


0.433012702 


Table 1. Derivatives. (Thomson Gale.) 


the change when using the derivative. Geometrically, 
the derivative is the slope of a curve at a point on the 
curve, defined as the slope of the tangent to the curve at 
the same point. The process of finding the derivative is 
called differentiation. This process is central to the 
branch of mathematics called differential calculus. It 
is also one of the two key concepts of calculus, the other 
being the integral. Integral calculus (or integration) and 
differential calculus are based on the fundamental the- 
orem of calculus. 


History and usefulness 


Calculus was developed independently by English 
physicist and mathematician Sir Isaac Newton 
(1642-1727) and German mathematician Gottfried 
Wilhelm Leibniz (1646-1716) around the middle part 
of the seventeenth century. Newton was a physicist as 
well as a mathematician. He found that the mathematics 
of his time was not sufficient to solve the problems he 
was interested in, so he invented new mathematics. 
About the same time, another mathematician, Leibniz, 
developed the same ideas as Newton. Newton was inter- 
ested in calculating the velocity of an object at any 
instant. For example, if a person sits under an apple 
tree, as legend has it Newton did, and an apple falls and 
hits the person’s head, that person might ask how fast 
the apple was traveling just before impact. More impor- 
tantly, many of today’s scientists are interested in calcu- 
lating the rate at which a satellite’s position changes with 
respect to time (its rate of speed). Most investors are 
interested in how a stock’s value changes with time (its 
rate of growth). In fact, many of today’s important 
problems in the fields of physics, chemistry, engineering, 
economics, biology, and the other sciences involve find- 
ing the rate at which one quantity changes with respect 
to another, that is, they involve finding the derivative. 


The basic concept 
The derivative is often called the instantaneous 


rate of change. A rate of change is simply a comparison 
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0.707106781 11.3137085 
0.411437828 14.58300524 
0.126004292 15.87247514 


of the change in one quantity to the simultaneous 
change in a second quantity. For instance, the amount 
of money an employer owes an employee compared 
to the length of time the worker worked for the money 
determines the rate of pay. The comparison is made 
in the form of a ratio, dividing the change in the first 
quantity by the change in the second quantity. When 
both changes occur during an infinitely short period 
of time (in the same instant), the rate is said to be 
instantaneous, and then the ratio is called the 
derivative. 


To better understand what is meant by an instan- 
taneous rate of change, consider the graph of a straight 
line (Figure 1). 


The line’s slope is defined to be the ratio of the rise 
(vertical change between any two points) to the run 
(simultaneous horizontal change between the same 
two points). This means that the slope of a straight 
line is a rate, specifically, the line’s rate of rise with 
respect to the horizontal axis. It is the simplest type of 
rate because it is constant, the same between any two 
points, even two points that are arbitrarily close 
together. Roughly speaking, arbitrarily close together 
means one can make them closer than any positive 
amount of separation. The derivative of a straight 
line, then, is the same for every point on the line and 
is equal to the slope of the line. 


Determining the derivative of a curve is somewhat 
more difficult, because its instantaneous rate of rise 
changes from point to point (Figure 2). 


One can estimate a curve’s rate of rise at any 
particular point, though, by noticing that any section 
of a curve can be approximated by replacing it with a 
straight line. Since one knows how to determine the 
slope of a straight line, an approximation of a curve’s 
rate of rise at any point can be made by determining 
the slope of an approximating line segment. The 
shorter the approximating line segment becomes, the 
more accurate the estimate becomes. As the length 
of the approximating line segment becomes arbitrarily 
short, so does its rise and its run. Just as in the case of 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Distance (feet) 


0.2 0.4 0.6 0.8 


Time (seconds) 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


the straight line, an arbitrarily short rise and run can 
be shorter than any given positive pair of distances. 
Thus, their ratio is the instantaneous rate of rise of 
the curve at the point or the derivative. In this case, the 
derivative is different at every point, and equal to 
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the slope of the tangent at each point. (A tangent is a 
straight line that intersects a curve at a single point.) 


A concrete example 


A fairly simple, and not altogether impractical 
example is that of the falling apple. Observation tells 
one that the apple’s initial speed (the instant before 
letting go from the tree) is zero, and that it accelerates 
rapidly. Scientists have found, from repeated meas- 
urements with various falling objects (neglecting wind 
resistance), that the distance an object falls toward the 
Earth (call it S) in a specified time period (call it T) is 
given by the following equation (Figure 2): 


d)S = 16T? 


Suppose one is interested in the apple’s speed after 
it has dropped 4 ft (1.2 m). As a first approximation, 
connect the points where Sl; =0 and Sl, =8 (Figure 3 
and line | of Table 1). 


Using equation (1), find the corresponding times, 
and calculate the slope of the approximating line seg- 
ment (use the formula in Figure 1). Repeat this process 
numerous times, each time letting the two points get 
closer together. If a calculator or computer spreadsheet 
is available this is rather simple. Table 1 shows the result 
for several approximating line segments.The line seg- 
ments corresponding to the first two entries in the table 
are drawn in Figure 3. Looking at Figure 3, it is clear 
that as the approximating line gets shorter, its slope 
approximates the rate of rise of the curve more 
accurately. 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


KEY TERMS 


Infinitesimal—Approaching zero in length. When 
the separation between two points approaches zero 
but never quite gets there, the separation is said to 
be infinitesimal. 

Instantaneous—Occurring in an instant or an infin- 
itely short period of time. 

Rate—A rate is a comparison of the change in one 
quantity with the simultaneous change in another, 
where the comparison is made in the form of a 
ratio. 

Ratio—The fraction formed when two quantities 
are compared by division, that is, one quantity is 
divided by the other. 

Slope—Slope is the ratio of the vertical distance 
separating any two points on a line, to the horizon- 
tal distance separating the same two points. 
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! Desalination 


Desalination, also called desalting, is the removal 
of salt from seawater. It provides essential water for 
drinking and industry in desert regions or wherever 
the local water supply is brackish. Desalination plants 
are active in over one hundred countries around 
the world. Saudi Arabia produces about one-fourth 
of the world’s capacity of desalinated water. Israel 
possesses the largest desalination plant at its reverse 
osmosis plant in Ashkelon. Opened in 2005, it produ- 
ces 130 cubic yards (100 million cubic meters) of water 
each year. Most of this water was produced through 
distillation. However, other methods, including 
reverse osmosis and electrodialysis, are becoming 
increasingly important. 


Desalination has been used for many centuries. In 
the fourth century BC, Aristotle (384-322 BC) told of 
Greek sailors desalting water using evaporation tech- 
niques. Sand filters were also used. Another technique 
used a wool wick to siphon the water. The salts were 
trapped in the wool. During the first century AD, the 
Romans employed clay filters to trap salt. Distillation 
was widely used from the fourth century on—salt 
water was boiled and the steam collected in sponges. 
The first scientific paper on desalting was published by 
Arab chemists in the eighth century. By the 1500s, 
methods included filtering water through sand, distil- 
lation, and the use of white wax bowls to absorb the 
salt. The techniques have become more sophisticated, 
but distillation and filtering are still the primary meth- 
ods of desalination for most of the world. The first 
desalination patent was granted in 1869, and in that 
same year, the first land-based steam distillation plant 
was established in England, to replenish the fresh 
water supplies of the ships at anchor in the harbor. 


At its simplest, distillation consists of boiling the 
seawater to separate it from dissolved salt. The water 
vapor rises to a cooler region where it condenses as 
pure liquid water. Heat for distillation usually comes 
from burning fossil fuels. To reduce costs and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


pollution, desalination plants are designed to use as 
little fuel as possible. Many employ flash distillation, 
in which heated seawater is pumped into a low pres- 
sure chamber. The low pressure causes the water to 
vaporize, or flash, even though it is below its boiling 
temperature. Therefore, less heat is required. Multi- 
stage flashing passes the seawater through a series of 
chambers at successively lower pressures. For even 
greater efficiency, desalination plants can be linked 
with electrical power plants. Heat from the hot gasses 
that turn the generators is recycled to warm the incom- 
ing seawater. Distillation is widely used in the Middle 
East, where fossil fuel is plentiful but fresh water is 
scarce. 


Reverse osmosis uses high pressure to force pure 
water out of saltwater. Normal osmosis occurs when 
pure water and saltwater are separated by a semi- 
permeable membrane, which permits only water to 
flow through. Under these conditions, the pure water 
will move into the saltwater side, but if the saltwater is 
squeezed under high enough pressure, fresh water 
moves out of it. Pressures on the order of 60 atmos- 
pheres (800 to 1,200 psi [pounds per square inch]) are 
required to push pure water out of seawater. Reverse 
osmosis is widely used to desalinate brackish water, 
which is less salty than seawater and therefore requires 
pressures only about half as great. 


Like reverse osmosis, electrodialysis is presently 
best suited for desalinating brackish water. Salts consist 
of ions, which are atoms that have acquired electrical 
charge by losing or gaining electrons. Because of their 
charge, ions are attracted to oppositely charged electro- 
des immersed in the saltwater. They move toward the 
electrodes, leaving a region of pure water behind. 
Special membranes prevent the ions from drifting 
back into the purified water as it is pumped out. 


The desalination of seawater and brackish water is 
still being researched throughout the world. In the 
United States, desalinization research is being per- 
formed by such federal organizations as the Bureau of 
Reclamation within the Department of the Interior. In 
2005, the Long Beach Seawater Desalination Research 
and Development Facility opened in California. 
The facility, which produces about 300,000 gallons 
(1.1 million liters) of desalinated water each day, will 
provide the latest information and data on cost-effec- 
tive and environmentally sound techniques for the 
desalination of seawater. 


Ongoing research seeks to improve existing desali- 
nation methods and develop new ones. The costs of 
distillation could be greatly reduced if clean, renew- 
able energy were used to heat the water. Solar, 
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geothermal, and oceanic temperature differences are 
among the energy sources being studied. Reverse 
osmosis could be used on a larger scale, and with salt- 
ier water, through development of semi-permeable 
membranes able to withstand higher pressures for 
longer times. All desalination methods leave extremely 
salty residues. New methods for disposing of these 
must be developed as the world’s use of desalination 
grows. 


| Desert 


A desert is an arid land area where more water is 
lost through evaporation than is gained from precip- 
itation. Deserts include the familiar hot, dry desert of 
rock and sand that is almost barren of plants, the 
semiarid deserts of scattered trees, scrub, and grasses, 
coastal deserts, and the deserts on the polar ice caps of 
the Antarctic and Greenland. 


Most deserts are the result of large-scale climatic 
patterns. As Earth turns on its axis, hot air rises over 
the equator then flows northward and southward. The 
air currents cool in the upper regions and descend as 
high pressure areas in two subtropical zones. North 
and south of these zones are two more areas of ascend- 
ing air and low pressures. Still farther north and south 
are the two polar regions of descending air. As air 
rises, it cools and loses its moisture. As it descends, it 
warms and picks up moisture, drying out the land. 
This downward movement of warm air has produced 
two belts of deserts. The belt in the northern hemi- 
sphere is along the Tropic of Cancer and includes the 
Gobi Desert in China, the Sahara Desert in North 
Africa, the deserts of southwestern North America, 
and the Arabian and Iranian deserts in the Middle 
East. The belt in the southern hemisphere is along 
the Tropic of Capricorn and includes the Patagonia 
Desert in Argentina, the Kalihari Desert of southern 
Africa, and the Great Victoria and Great Sandy 
Deserts of Australia. 


Coastal deserts are form when cold water moves 
from the Arctic and Antarctic regions toward the 
equator and comes into contact with the edges of 
continents. The cold water is augmented by upwellings 
of cold water from ocean depths. The air cools as it 
moves across cold water, carrying fog and mist but 
little rain. This pattern of air flow is responsible for 
coastal deserts in southern California, Baja California, 
southwest Africa, and Chile. 
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Desertification 


Mountain ranges also influence the formation of 
deserts by creating rain shadows. As moisture-laden 
air flows upward over windward slopes, it cools and 
loses its moisture. Dry air descending over the leeward 
slopes evaporates moisture from the soil, creating a 
desert. The Great Basin Desert in the western United 
States was formed from a rain shadow produced by 
the Sierra Nevada. Desert areas also form in the inte- 
rior of continents when prevailing winds are far from 
large bodies of water and have lost much of their 
moisture. 


Desert plants have evolved methods to conserve 
water. Some flowering desert plants are ephemeral and 
live for only a few days. Their seeds or bulbs can lie 
dormant in the soil for years, until a heavy rain enables 
them to germinate, grow, and bloom. Woody desert 
plants can either have long root systems to reach 
groundwater sources or spreading shallow roots to 
take up moisture from dew or occasional rains. Most 
desert plants have small or rolled leaves to reduce the 
surface area from which transpiration of water can 
take place, while others drop their leaves during dry 
periods. Some leaves have waxy coatings that prevent 
water loss. Many desert plants are succulents, which 
store water in leaves, stems, and roots. Thorns and 
spines of the cactus are used to protect a plant’s water 
supply from animals. 


Desert animals have also developed protective 
mechanisms to allow them to survive in deserts. 
Most desert animals and insects are small, so they 
can remain in cool underground burrows or hide 
under vegetation during the day and feed at night 
when it is cooler. Desert amphibians are capable of 
dormancy during dry periods, but when it rains, they 
mature rapidly, mate, and lay eggs. Many birds and 
rodents reproduce only during or following periods of 
winter rain that stimulate vegetative growth. Some 
desert rodents (e.g., the North American kangaroo 
rat and the African gerbil) have large ears with little 
fur to allow them to sweat and cool down. They also 
require very little water. The desert camel can survive 
nine days on water stored in its stomach. Many larger 
desert animals have broad hooves or feet to allow 
them to move over soft sand. Desert reptiles such as 
the horned toad can control their metabolic heat pro- 
duction by varying their rate of heartbeat and the rate 
of body metabolism. Some snakes have developed a 
sideways shuffle that allows them to move across 
soft sand. Deserts are difficult places for humans to 
live, but some people do live in deserts, for example 
the Aborigines in Australia and the Tuaregs in the 
Sahara. 
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Desert soils are usually naturally fertile because 
little water is available to leach nutrients. Crops can be 
grown on desert lands with irrigation, but evaporation 
of the irrigation water can result in the accumulation 
of salts on the soil surface, making the soil unsuitable 
for further crop production. Burning, deforestation, 
and overgrazing of lands on the semiarid edges of 
deserts are enabling deserts to encroach on the nearby 
arable lands in a process called desertification. 
Desertification in combination with shifts in global 
atmospheric circulation has resulted in the southern 
boundary of the Sahara Desert advancing 600 mi 
(1,000 km) southward. A desertification study con- 
ducted for the United Nations in 1984 determined 
that 35% of Earth’s land surface was threatened by 
desertification processes. 


f Desertification 


Desertification is the gradual degradation of pro- 
ductive arid or semi-arid land into biologically unpro- 
ductive land. The French botanist, André Aubreville, 
coined the term in 1949 to describe to the transforma- 
tion of productive agricultural land in northern Africa 
to desertlike, uncultivable fallow land. Loss of bio- 
logical and ecological viability occurs when natural 
variations, like extended drought related to climate 
change, and unsustainable human activities such as 
over-cultivation and poor irrigation practices, strip 
dry lands of their stabilizing vegetation, soil nutrients, 
and natural water distribution systems. Earth’s arid 
and semi-arid regions are, by definition, areas with 
scarce precipitation; even very small changes can 
quickly destroy the fragile ecosystems and soil hori- 
zons that, under normal conditions, remain produc- 
tive with very little water. Desertification does not, per 
se, result in the development of a desert. Though 
decertified land and deserts are both dry, the barren, 
gullied wastelands left by desertification barely resem- 
ble the subtle biological productivity of healthy desert 
ecosystems. In some cases, careful land stewardship 
has successfully reversed desertification, and has 
restored degraded areas to a more productive condi- 
tion. In the worst cases, however, semi-desert and 
desert lands have lost their sparse complement of 
plants and animals, as well as their ability to support 
agriculture. 


Desertification is a particularly pressing social 
and environmental issue in regions where natural dry- 
ness and human poverty coincide. Earth’s deserts and 
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The burning of forests, like this one in the Amazon Basin of Brazil, contributes to the process of desertification. (National Center 
for Atmospheric Research.) 


semi-arid grasslands occur in the subtropical bands 
between 15° and 30° north and south where extended 
periods of high pressure persist under the trade winds. 
Northern and southern Africa, the Arabian peninsula, 
southern Asia, Australia, southern South America and 
the North American Southwest lie in the subtropical 
zones. Desertification is usually discussed in the context 
of dry regions and ecosystems, but it can also affect 
prairies, savannas, rainforests, and mountainous hab- 
itats. Global climate change can alter the boundaries of 
these naturally dry regions, and change the precipita- 
tion patterns within them. Arid and semi-arid regions 
with large, impoverished populations of subsistence 
farmers, like northern Africa, or with large-scale com- 
mercial agriculture, like the American Southwest, are 
particularly susceptible to destructive desertification. 


Sometimes desertification is the result of purely 
natural processes. Long-term changes in climatic 


conditions have led to decreased precipitation in a 
number of regions. The northern Sahara, for example, 
has experienced numerous fluctuations between arid 
and wet conditions over the past 10,000 years, as have 
the basins of the American West. Radar images col- 
lected aboard the space shuttle Endeavor show exten- 
sive river systems buried beneath more recent Saharan 
sands, and preserved fossil vegetation and lake shore- 
lines suggest that forests surrounded filled lakes in 
northern Nevada and Utah. Cyclical atmospheric 
and oceanographic variations, like the El Nifio phe- 
nomenon in the southern Pacific, may also trigger 
extended regional drought. Environmental scientists 
warn that anthropogenic (human-induced) global 
climate change could also lead to desertification to 
previously unaffected regions. Until the twentieth 
century, humans were able to simply move their agri- 
cultural activity away from land rendered unusable by 
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desertification. However, rapid twentieth century 
population growth, and a corresponding need for 
high agricultural productivity, has rendered that strat- 
egy untenable. 


The Sahelian drought and United Nations 
convention to combat desertification 


Desertification first attracted major international 
attention in the 1970s when a decade of severe drought 
in the Sahel region of Africa brought starvation to the 
impoverished populations of countries along the south- 
ern border of the Sahara Desert. Sparse stabilizing 
vegetation died, and the Saharan sands encroached, 
covering depleted agricultural land. Reduced water vol- 
ume in rivers compromised irrigation and hydroelectric 
generation. Dust storms brought health problems and 
ruined equipment and buildings. Livestock died of star- 
vation. More than 100,000 sub-Saharan Africans died 
of thirst and starvation between 1972 and 1984, and 
more than 750,000 people in Mali, Mauritania, and 
Niger were completely dependent on international 
food aid during 1974. 


The United Nations convened the Conference on 
Desertification (UNOCD) in 1977 in Nairobi, Kenya 
in response to the Sahelian crisis. The conference 
brought together 500 delegates from 94 countries. 
The delegates approved 28 recommendations for slow- 
ing or reversing desertification, with the hope of sta- 
bilizing the area of land degraded by desertification, 
and preventing further crises. Scientists advising the 
1977 convention estimated that desertification threat- 
ened 11.6 million mi* (30 million km?), or 19% of 
Earth’s land surface, in 150 nations worldwide. 
Despite the action undertaken in the years following 
the UNOCD, and numerous examples of “local suc- 
cesses,” the United Nations Environment Programme 
(UNEP) concluded in 1991 that the threats and effects 
of desertification had worsened worldwide. The 1994 
United Nations Convention to Combat Desertification 
(UNCCD), which advocates a program of locally- 
implemented efforts to reverse and/or prevent the 
desertification, was proposed at the 1992 United 
Nations Conference on Desertification (UNCOD) in 
Rio de Janeiro. By March 2002, 179 nations had agreed 
to the UNCCD treaty that directly affects 250 million 
people, and threatens to impact at least one billion. 


Desertification in North America 


Arid lands in parts of North America are among 
those severely affected by desertification; almost 90% 
of such habitats are considered to be moderately to 
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severely desertified. The arid and semi-arid lands of 
the western and southwestern United States are highly 
vulnerable to this kind of damage. The perennial 
grasses and shrubs that dominate arid-land vegetation 
provide good forage for cattle, but overstocking leads 
to overgrazing and degradation of the natural vegeta- 
tion cover, which, in turn, contributes to erosion and 
desertification. In addition, excessive withdrawals of 
groundwater to irrigate crops and supply cities is 
exceeding the ability of the aquifers to replenish, result- 
ing in a rapid decline in height of the water table. 
Groundwater depletion by over-pumping of the sand- 
stone Ogalalla aquifer in the Southwestern United 
States has contributed to desertification in Nebraska, 
Kansas, Oklahoma and Texas. Moreover, the salts left 
behind on the soil surface after the irrigation water has 
evaporated results in land degradation through salini- 
zation, creating toxic conditions for crops and contam- 
inating groundwater. Salination resulting from decades 
of heavy irrigation has compromised the soil quality in 
California’s San Joaquin Valley, which produces much 
of the produce sold in the United States. 


Studies of pre-industrial, aboriginal people in the 
western and southwestern United States suggest even 
small numbers of people could induce long-lasting 
ecological changes, including desertification. For 
example, Native Americans reliant on mesquite 
beans for food planted mesquite throughout the 
Chihuahuan Desert of Arizona, New Mexico, Texas, 
and northern Mexico. Stands of mesquite developed 
around campsites and watering holes, and replaced the 
local grasses and other vegetation. The Pueblan cul- 
ture, which flourished in the southwestern United 
States beginning around 800 AD, used the meager 
stands of trees for housing material, resulting in local 
deforestation. 


Processes of desertification 


Desertification is a process of continuous, gradual 
ecosystem degradation, during which plants and ani- 
mals, and geological resources such as water and soil, 
are stressed beyond their ability to adjust to changing 
conditions. Because desertification occurs gradually, 
and the processes responsible for it are understood, it 
can often be avoided by planning or reversed before 
irreparable damage occurs. The physical characteris- 
tics of land undergoing desertification include pro- 
gressive loss of mature, stabilizing vegetation from 
the ecosystem, or loss of agricultural crop cover during 
periods of drought or economic infeasibility, and a 
resulting loss of unconsolidated topsoil. This process 
is called deflation. Erosion by wind and water then 
winnows the fine-grained silt and clay particles from 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the soil; dramatic dust storms like those observed 
during the 1930’s Dust Bowl in the American mid- 
west, and in northern Africa, were essentially com- 
posed of blowing topsoil. Continued irrigation of 
desertified land increases soil salinity, and contami- 
nates groundwater, but does little to reverse the loss of 
productivity. Finally, ongoing wind and water erosion 
leads to development of gullies and sand dunes across 
the deflated land surface. 


The forces causing these physical changes to occur 
may be divided into natural, human or cultural, and 
administrative causes. Among the natural forces are 
wind and water erosion of soil, long-term changes in rain- 
fall patterns, and other changes in climatic conditions. The 
role of drought is variable and related in part to its dura- 
tion; a prolonged drought accompanied by poor land 
management may be devastating, while a shorter drought 
might not have lasting consequences. As such, drought 
thus stresses the ecosystem without necessarily degrading 
it permanently. Rainfall similarly plays a variable role that 
depends on its duration, the seasonal pattern of its occur- 
rence, and its spatial distribution. 


The list of human or cultural influences on deser- 
tification includes vegetation loss by overgrazing, 
depletion of groundwater, surface runoff of rainwater, 
frequent burning, deforestation, the influence of inva- 
sive non-native species, physical compaction of the 
soil by livestock and vehicles, and damage by strip- 
mining. Desertification caused by human influences 
has a long historical record; there is evidence of such 
damage caused around the Tigris and Euphrates rivers 
in ancient Mesopotamia. Administrative influences 
contributing to desertification include encouragement 
of the widespread cultivation of a single crop for 
export, particularly if irrigation is required, and the 
concentration of dense human populations in arid 
lands. Poor economic conditions, like the Great 
Depression in United States in the 1930s, also contrib- 
ute to degradation of croplands. During that crisis, 
American farmers were simultaneously confronted 
with bankruptcy and a decade-long drought, and 
they left millions of acres of plowed, bare cropland 
unplanted. According to the 1934 Yearbook of 
Agriculture, “Approximately 35 million acres of for- 
merly cultivated land have essentially been destroyed 
for crop production. 100 million acres now in crops 
have lost all or most of the topsoil; 125 million acres of 
land now in crops are rapidly losing topsoil.” 


Considering these factors together, desertification 
can be viewed as a process of interwoven natural, 
human, and economic forces causing continuous deg- 
radation over time. Therefore, ecosystem and agricul- 
tural degradation caused by desertification must be 
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confronted from scientific, social and economic 
angles. Fortunately, scientists believe that severe 
desertification, which renders the land irreclaimable, 
is rare. Most desertified areas can be ecologically 
reclaimed or restored to agronomic productivity, if 
socioeconomic and cultural factors permit restoration. 


Land management 


Land management measures that combat deserti- 
fication focus on improving sustainability and long- 
term productivity. Though damaged areas cannot 
always be restored to their pre-desertified conditions, 
they can often be reclaimed by designing a new state 
that can better withstand cultural and climatic 
stresses. Specific measures include developing a resil- 
ient vegetation cover of mixed trees, shrubs, and 
grasses suitable to local conditions that protects the 
soil from wind and water erosion and compaction. 
Redistribution of water resources, and redesign of 
water delivery systems, can reduce the effects of sali- 
nation, groundwater depletion, and wasteful water 
use. Finally, limiting the agricultural demands made 
on drought-prone arid and semi-arid lands can be 
accomplished by encouraging farmers to grow 
drought-tolerant plants, and to move water-hungry 
crops, like cotton and rice, to more suitable climates. 


Land management methods that halt or reverse 
desertification have been known in the United States 
since the end of the nineteenth century, but they have 
only recently been put into widespread use. United 
States federal policies do support soil conservation 
in croplands and rangelands, but only about one 
third of such land is under federal protection. 
The United States government has strongly supported 
the autonomy of private landowners and corporations 
who, in turn, have often traded sustainable land-use 
practices for short-term profits. Even the ravages of 
the dust bowl did not result in widespread anti-deser- 
tification measures. 


In the developing world, particularly in Africa, 
where poverty and political unrest are common, prog- 
ress toward mitigation of desertification and its dev- 
astating social costs has been slow. Many of the 
world’s poorest people, who live in countries with the 
weakest and most corrupt governments, rely on unsus- 
tainable agriculture and nomadic grazing to subsist. 
Many African countries, including Niger, Mali, and 
Senegal, have experienced positive results with imple- 
mentation of a system of local self-regulation. This 
strategy, encouraged by the United Nations, involves 
a pastoral association or a community assuming 
responsibility for maintaining a water source and its 
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Determinants 


KEY TERMS 


Arid land—Land receiving less than 10 in (25 cm) 
of rainfall annually, with a high rate of evaporation 
and supporting a thin vegetation cover, chiefly of 
grasses and shrubs. 

Gradualism—A slow rate of change, implying that 
processes are spread out over time as well as space. 
Sahel region—A semi-arid region along the south- 
ern border of the Sahara Desert in western Africa 
with a dry savanna type of vegetation. In recent 
years this region has been encroached on by the 
Sahara Desert, partly as a result of poor land 
management. 


surrounding rangeland, while receiving free veterinary 
and health services. By these and similar means, cul- 
tural habits, subsistence needs, economic concerns, 
and ecological conservation can be addressed in a 
single, integrated program. Furthermore, such pro- 
grams help local communities reduce their dependence 
on ineffective or corrupt centralized governments, and 
on the international aid community. Such comprehen- 
sive anti-desertification programs have been very suc- 
cessful on a limited scale, but progress has been slow 
because of the extreme poverty and sociopolitical 
powerlessness of the communities involved. The key 
to the success of any anti-desertification program is 
the need to adapt to local conditions, including those 
associated with climate, ecology, culture, government, 
and historical land-use. 


See also Ecological integrity; Ecological monitor- 
ing; Ecological productivity; Crop rotation; 
Deforestation; Forestry; Land use; Water conservation. 
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| Determinants 


A determinant is a single number that can be 
calculated from any square matrix. In linear algebra, 
which is the mathematics of systems of linear equa- 
tions, a matrix is a rectangular array of numbers, and a 
square matrix is a matrix having as many columns as it 
has rows. Although a century ago determinants were a 
major concern of linear algebra, today they are mar- 
ginal to the field. Nevertheless, they still have a num- 
ber of important uses. The most commonly calculated 
determinants are for 2x2 and 3x3 matrices, and are as 
follows. 


Ifa 2x2 matrix A is given by 


a4, yp 


21 ag 


then the determinant of A, written detA or |Al|, is 
given by a)1a22 — @)2a2,. If a 3x3 matrix A is given by 


444 Aig 4g 
421 422 423 


431 432 433 


then detA is given by 11822433 + a1249383) + 
413421432 — 411423432 — 412421433 — 41302203). 


Significantly more complex formulas must be 
used to calculate the determinants of larger matrices. 


The determinant has several useful properties. 
Several are as follows. First, if detA does not equal 0, 
then the matrix A has an inverse (that is, the system of 
equations corresponding to A has a solution); if 
detA = 0, then A is singular (that is, has no inverse; 
the system of equations has no solution). 
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Second, detA of a square matrix of order n gives 
the volume of a parallel pipe in n-dimensional space 
whose edges are given by the rows of A. This property 
is put to practical use in the Jacobian determinant, 
used in the calculation of multiple integrals in the 
calculus. Jacobian determinants crop up in medical 
imaging and numerous other areas of engineering 
and physics. 


Third, the eigenvalues of the A can be found by 
solving for the roots of the characteristic polynomial 
P(A) = det(x/ — A). Eigenvalues are frequently calcu- 
lated in engineering and science applications. 


Larry Gilman 


I Deuterium 


Deuterium is an isotope of hydrogen (H) with 
atomic mass of 2. It is represented by the symbols 7H 
or D. Deuterium is also known as heavy hydrogen. 
The nucleus of the deuterium atom, consisting of a 
proton and a neutron, is known as a deuteron and is 
represented in nuclear equations by the symbol d. 


Discovery 


The possible existence of an isotope of hydrogen 
with atomic mass of two was suspected as early as the 
late 1910s after British chemist Frederick Soddy 
(1877-1956) had developed the concept of isotopes. 
Such an isotope was of particular interest to chemists. 
Since the hydrogen atom is the simplest of all atoms— 
consisting of a single proton and a single electron—it 
is the model for most atomic theories. An atom just 
slightly more complex—one that contains a single 
neutron—also could potentially contribute valuable 
information to existing atomic theories. 


Among those who sought for the heavy isotope of 
hydrogen was Harold Urey (1893-1981), at the time 
professor of chemistry at Columbia University. Urey 
began his work with the realization that any isotope of 
hydrogen other than hydrogen-1! (also known as pro- 
tium) must exist in only minute quantities. The evi- 
dence for that fact is that the atomic weight of 
hydrogen is only slightly more than 1.000. The frac- 
tion of any isotopes with mass greater than that value 
must, therefore, be very small. Urey designed an 
experiment, therefore, that would allow him to detect 
the presence of heavy hydrogen in very small 
concentrations. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Urey’s search for deuterium 


Urey’s approach was to collect a large volume of 
liquid hydrogen and then to allow that liquid to evap- 
orate very slowly. His hypothesis was that the lighter 
and more abundant protium isotope would evaporate 
more quickly than the heavier hydrogen-2 isotope. 
The volume of liquid hydrogen remaining after evap- 
oration was nearly complete would be relatively rich in 
the heavier isotope. 


In the actual experiment, Urey allowed 4.2 qt (41) of 
liquid hydrogen to evaporate until only 0.034 oz (1 ml) 
remained. He then submitted that sample to analysis by 
spectroscopy. In spectroscopic analysis, energy is added 
to a sample. Atoms in the sample are excited and their 
electrons are raised to higher energy levels. After a 
moment at these higher energy levels, the electrons 
return to their ground state, giving off their excess energy 
in the form of light. The bands of light emitted in this 
process are characteristics for each specific kind of atom. 


By analyzing the spectral pattern obtained from 
his 0.034-o0z (1-ml) sample of liquid hydrogen, Urey 
was able to identify a type of atom that had never 
before been detected, the heavy isotope of hydrogen. 
The new isotope was soon assigned the name deute- 
rium. For his discovery of the isotope, Urey was 
awarded the 1934 Nobel Prize in chemistry. 


Properties and preparation 


Deuterium is a stable isotope of hydrogen with a 
relative atomic mass of 2.014102 compared to the 
atomic mass of protium, 1.007825. Deuterium occurs 
to the extent of about 0.0156%deg; in a sample of 
naturally occurring hydrogen. Its melting point is 
-426 °F(-254°C)—compared to -434°F (-259°C) for 
protium—and its boiling point is -417°F (-249°C)— 
compared to -423°F (-253°C) for protium. Its macro- 
scopic properties of color, odor, taste, and the like are 
the same as those for protium. 


Compounds containing deuterium have slightly 
different properties from those containing protium. 
For example, the melting and boiling points of heavy 
water are, respectively, 38.86°F (3.81°C) and 214.56°F 
(101.42°C). In addition, deutertum bonds tend to be 
somewhat stronger than protium bonds. Thus chemical 
reactions involving deuterium-containing compounds 
tend to go more slowly than do those with protium. 


Deuterium is now prepared largely by the electrol- 
ysis of heavy water, that is, water made from deute- 
rium and oxygen (DO). Once a great rarity, heavy 
water is now produced rather easily and inexpensively 
in very large volumes. 


1299 


winiia}naq 


Developmental processes 


Uses 


Deuterium has primarily two uses, as a tracer in 
research and in thermonuclear fusion reactions. A 
tracer is any atom or group of atoms whose participa- 
tion in a physical, chemical, or biological reaction can 
be easily observed. Radioactive isotopes are perhaps 
the most familiar kind of tracer. They can be tracked 
in various types of changes because of the radiation 
they emit. 


Deuterium is an effective tracer because of its 
mass. When it replaces protium in a compound, its 
presence can easily be detected because it weights twice 
as much as a protium atom. In addition, as mentioned 
above, the bonds formed by deuterium with other 
atoms are slightly different from those formed by 
protium with other atoms. Thus, it is often possible 
to figure out what detailed changes take place at var- 
ious stages of a chemical reaction using deuterium as a 
tracer. 


Fusion reactions 


Scientists now theorize that energy produced in 
the sun and other stars is released as the result of a 
series of thermonuclear fusion reactions. The term 
fusion refers to the fact that two small nuclei, such as 
two hydrogen nuclei, fuse—or join together—to form 
a larger nucleus. The term thermonuclear means that 
such reactions normally occur only at very high tem- 
peratures, typically a few millions of degrees Celsius. 
Interest in fusion reactions arises not only because of 
their role in the manufacture of stellar energy, but also 
because of their potential value as sources of energy on 
Earth. 


Deuterium plays a critical role in most thermonu- 
clear fusion reactions. In the solar process, for exam- 
ple, the fusion sequence appears to begin when two 
protium nuclei fuse to form a single deuteron. The 
deuteron is used up in later stages of the cycle by 
which four protium nuclei are converted to a single 
helium nucleus. 


In the late 1940s and early 1950s scientists found a 
way of duplicating the process by which the sun’s 
energy is produced in the form of thermonuclear 
fusion weapons, the so-called hydrogen bomb. The 
detonating device in this type of weapon was lithium 
deuteride, a compound of lithium metal and deute- 
rium. The detonator was placed on the casing of an 
ordinary fission (atomic) bomb. When the fission 
bomb detonated, it set off further nuclear reactions 
in the lithium deuteride which, in turn, set off fusion 
reactions in the larger hydrogen bomb. 
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KEY TERMS 


Deuteron—A proton and a neutron; the nucleus of 
a deuterium atom. 


Protium—rThe name given to the isotope of hydro- 
gen with atomic mass of one. 


For more than five decades, scientists have been 
trying to develop a method for bringing under control 
the awesome fusion power of a hydrogen bomb for use 
in commercial power plants. One of the most promis- 
ing approaches appears to be a process in which two 
deuterons are fused to make a proton and a triton (the 
nucleus of a hydrogen-3 isotope). The triton and 
another deuteron then fuse to produce a helium 
nucleus, with the release of very large amounts of 
energy. So far, the technical details for making this 
process a commercially viable source of energy has not 
been completely worked out. However, the best 
approach seems to involve using a super-hot gas called 
plasma that is contained within a magnetic field. As of 
2001, British scientists with the United Kingdom 
Atomic Energy Authority state that making smaller 
versions of previously used fusion reactors could help 
succeed in making the first commercial fusion reactor. 
Their pioneering work continues into 2007. 


See also Nuclear fusion; Radioactive tracers. 
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l Developmental processes 


Developmental processes are the series of biolog- 
ical changes associated with information transfer, 
growth, and differentiation during the life cycle of 
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organisms. Information transfer is the transmission of 
deoxyribonucleic acid (DNA) and other biological 
signals from parent cells to daughter cells. Growth is 
the increase in size due to cell expansion and cell 
division. Differentiation is the change of unspecialized 
cells in a simple body pattern to specialized cells in 
more complex body patterns. While nearly all organ- 
isms, even single-celled bacteria, undergo develop- 
ment of some sort; the developmental process of 
complex multicellular organisms is emphasized here. 
In these organisms, development begins with the man- 
ufacture of male and female sex cells. It proceeds 
through fertilization and formation of an embryo. 
Development continues following birth, hatching, or 
germination of the embryo and culminates in aging 
and death. 


History 


Until the mid-1800s, many naturalists supported a 
theory of development called epigenesis, which held 
that the eggs of organisms were undifferentiated, but 
had a developmental potential which could be directed 
by certain external forces. Other naturalists supported 
a theory of development called preformationism, 
which held that the entire complex morphology of 
mature organisms is present in miniature form in the 
egg, a developmental form called the homunculus. 


These early theories of development relied on little 
experimental evidence. Thus, biologists often 
criticized the original theory of epigenesis because it 
seemed to propose that mystical forces somehow 
directed development, a view clearly outside the 
realm of science. Biologists also rejected preforma- 
tionism, since studies of cytology and embryology 
clearly showed that development is much more than 
the simple growth of a preformed organism. 


The modern view is that developmental processes 
have certain general features of both concepts. Thus, 
we know that the simple cells of an egg are preformed 
in the sense that they contain a preformed instruction 
set for development which is encoded in their genes. 
Similarly, we know that the egg is relatively formless, 
but has the potential to develop into a complex organ- 
ism as it grows. Thus modern developmental biology 
views development as the expression of a preformed 
genetic program which controls the epigenetic devel- 
opment of an undifferentiated egg into a morpholog- 
ically complex adult. 


Nearly every multicellular organism passes 
through a life cycle stage where it exists as a single 
undifferentiated cell or as a small number of undiffer- 
entiated cells. This developmental stage contains 
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molecular information which specifies the entire 
course of development encoded in its many thousands 
of genes. At the molecular level, genes are used to 
make proteins, many of which act as enzymes, bio- 
logical catalysts which drive the thousands of different 
biochemical reactions inside cells. 


Adult multicellular organisms can consist of one 
quadrillion (a one followed by 15 zeros) or more cells, 
each of which has the same genetic information. 
(There are a few notable exceptions, such as the red 
blood cells of mammals, which do not have DNA, and 
certain cells in the unfertilized eggs of amphibians, 
which undergo gene amplification and have multiple 
copes of some genes.) F. C. Steward first demon- 
strated the constancy of DNA in all the cells of a 
multicellular organism in the 1950s. In a classical ser- 
ies of experiments, Steward separated a mature carrot 
plant into individual cells and showed that each cell, 
whether it came from the root, stem, or leaf, could be 
induced to develop into a mature carrot plant which 
was genetically identical to its parent. Although such 
experiments cannot typically be done with multicellu- 
lar animals, animals also have the same genetic infor- 
mation in all their cells. 


There are additional aspects of information trans- 
fer during development which do not involve DNA 
directly. In addition to DNA, a fertilized egg cell con- 
tains many proteins and other cellular constituents 
which are typically derived from the female. These 
cellular constituents are often asymmetrically distrib- 
uted during cell division, so that the two daughter cells 
derived from the fertilized egg have significant bio- 
chemical and cytological differences. In many species, 
these differences act as biological signals which affect 
the course of development. There are additional spa- 
tial and temporal interactions within and among the 
cells of a developing organism which act as biological 
signals and provide a form of information to the devel- 
oping organism. 


Growth 


Organisms generally increase in size during devel- 
opment. Growth is usually allometric, in that it occurs 
simultaneously with cellular differentiation and 
changes in overall body pattern. Allometry is a disci- 
pline of biology which specifically studies the relation- 
ships between the size and morphology of an organism 
as it develops and the size and morphology of different 
species. 


A developing organism generally increases in 
complexity as it increases in size. Moreover, in an 
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Developmental processes 


evolutionary line, larger species are generally more 
complex that the smaller species. The reason for this 
correlation is that the volume (or weight) of an organ- 
ism varies with the cube of its length, whereas gas 
exchange and food assimilation, which generally 
occur on surfaces, vary with the square of its length. 
Thus, an increase in size requires an increase in cellular 
specialization and morphological complexity so that 
the larger organism can breathe and eat. 


Depending on the circumstances, natural selec- 
tion may favor an increase in size, a decrease in size, 
or no change in size. Large size is often favored 
because it generally makes organisms faster, giving 
them better protection against predators, and making 
them better at dispersal and food gathering. In addi- 
tion, larger organisms have a higher ratio of volume to 
surface area, so they are less affected by environmental 
variations, such as temperature variation. Large 
organisms tend to have a prolonged development, 
presumably so they have more time to develop the 
morphological complexities needed to support their 
large size. Thus, evolutionary selection for large size 
leads to a prolongation of development as well as 
morphological complexity. 


Sometimes the coordination between growth and 
differentiation goes awry, resulting in a developmental 
abnormality. One such abnormality is an undifferen- 
tiated mass of cells called a tumor. A tumor may be 
benign, in which case it does not invade adjacent cells; 
alternatively, it may be malignant, or cancerous, in 
which case the proliferating cells invade their neigh- 
bors. Cancers often send colonies of tumor cells 
throughout the body of an individual, a process called 
metastasis. 


Cancers can be caused by damaging the DNA, the 
molecular information carrier, of a single cell. This 
damage may be elicited by a variety of factors such 
as carcinogenic chemicals, viral infection, or ultravio- 
let radiation. In addition, some cancers may arise from 
unprovoked and spontaneous damage to DNA. Basic 
studies of the different developmental processes may 
lead to a better understanding of cancer and how it 
might be prevented or cured. 


Differentiation 


Differentiation is the change of unspecialized cells 
in a simple body pattern to specialized cells in a more 
complex body pattern. It is highly coordinated with 
growth and includes morphogenesis, the development 
of the complex overall body pattern. 
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KEY TERMS 


Differentiation—Developmental change of unspe- 
cialized cells in a simple body pattern to special- 
ized cells in a more complex body pattern. 


Gene expression—Molecular process in which a 
gene is transcribed into a specific RNA (ribonucleic 
acid), which is then translated into a specific 
protein. 


Morphogenesis—Development of the complex 
overall body form of an organism. 


Ontogeny—Entire developmental life history of an 
organism. 


Phyologeny—Evolutionary history or lineage of an 
organism or group of related organisms. 


The so-called “Central Dogma of Biology” says 
that differences in gene expression over time and 
depending on the location of the cell in the organism 
causes cellular and morphological differentiation. 
Since DNA makes RNA, and RNA makes protein, 
there are three opportunities for a cell to modulate 
gene expression: 1) by altering the transcription 
of DNA into RNA; 2) by altering the translation of 
RNA into protein; and 3) by altering the activity of the 
protein, which is usually an enzyme. Since DNA and 
RNA are themselves synthesized by proteins, the gene 
expression patterns of all cells are regulated by highly 
complex biochemical networks. 


Aging is also a phase of development. Indeed, 
genes that can exert multiple effects (pleiotropic 
genes) increase reproductive success when expressed 
early in development, but cause the onset of old age 
when expressed later in development. 
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t Dew point 


The dew point is that temperature below which the 
water vapor in a body of air cannot all remain vapor. 
When a body of air is cooled to its dew point or below, 
some fraction of its water vapor shifts from gaseous to 
liquid phase to form fog or cloud droplets. If a smooth 
surface is available, vapor condenses directly onto it as 
drops of water (dew). The dew point of a body of air 
depends on its water vapor content and pressure. 
Increasing the fraction of water vapor in air (1.e., its 
relative humidity) raises its dew point; the water mole- 
cules are more crowded in humid air and thus more 
likely to coalesce into a liquid even at a relatively warm 
temperature. Decreasing the pressure of air lowers its 
dew point; lowering pressure (at constant temperature) 
increases the average distance between molecules and 
makes water vapor less likely to coalesce. 


If the dew point of a body of air is below 32°F 
(0°C), its water vapor will precipitate not as liquid 
water but as ice. In this case, the dew point is termed 
the frost point. 


Air at ground level often deposits dew on objects 
at night as it cools. In this case, the dew point of the air 
remains approximately constant while its temperature 
drops. When the dew point is reached, dew forms. 
Ground mist and fog may also form under these 
conditions. 


The dew point can be measured using an instrument 
called a dew-point hygrometer. Invented in 1751, this 
consists essentially of a glass with a thermometer 
inserted. The glass is filled with ice water and stirred. As 
the temperature of the glass drops, the air in contact with 
it is chilled; when it reaches its dew point, water con- 
denses on the glass. The temperature at which condensa- 
tion occurs gives the dew point of the surrounding air. 


See also Atmosphere, composition and structure; 
Atmospheric pressure; Atmospheric temperature; 
Clouds; Evaporation; Evapotranspiration; Precipitation; 
Weather forecasting. 


l Diabetes mellitus 


Diabetes mellitus, what is informally called dia- 
betes, is a group of diseases characterized by high 
levels of glucose in the blood resulting from defects 
in insulin production (insulin deficiency), insulin 
action (insulin resistance), or both. Insulin is a 
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hormone produced by the pancreas. When eaten, 
foods are converted to a type of sugar called glucose 
that enters the bloodstream. Insulin is needed to move 
glucose into the body cells where it is used for energy, 
and excesses are stored in the liver and fat cells. 
Insufficient amounts of working insulin cause blood 
sugar levels to rise and large amounts of glucose are 
excreted in the urine. Consistently high levels of glu- 
cose in the bloodstream damage the nerves and blood 
vessels, and can lead to heart disease, stroke, high 
blood pressure, blindness, kidney disease, amputa- 
tions, and dental disease. 


The exact cause of diabetes is unknown, although 
genetics and environmental factors such as obesity and 
lack of exercise appear to play roles. Diabetes can be 
associated with serious complications and death, but 
people with diabetes can take an active role in control- 
ling the disease and lowering the risk of complications. 


History of diabetes 


The history of diabetes mellitus dates back to 
ancient Egypt, where its symptoms were described 
around 2000 BC. The Greeks later gave the disease 
its name in the first century AD. The word diabetes 
means siphon, which describes a major symptom of 
the condition, frequent urination. Mellitus means 
honey, and depicts one of the early signs of diabetes, 
sugar in the urine. 


Incidence of diabetes 


Over 18 million people in the United States had 
diabetes as of 2005, or about 7% of the population. 
About one-third of diabetes victims are unaware that 
they have the disease. Higher rates of diabetes occur in 
certain populations: 13% of African Americans, 10.2% 
of Latino Americans, and 15.1% of Native Americans 
has diabetes. Prevalence of diabetes increases with age. 
Approximately 176,500 people less than 20 years of age 
have diabetes (which is about one in every 400 to 600 
children and adolescents [about 0.2%]), but about 
9.6% of all people age 20 years or older has diabetes 
and approximately 20.9% of all people age 60 and older 
has diabetes. In the United States, 8.8% of all women 
and 10.5% of all men have diabetes. Over 1.5 million 
people over the age of 20 years are newly diagnosed 
with diabetes each year. Over 450,000 deaths each year 
in the United States are attributed to diabetes. 


Types of diabetes 
There are three major types of diabetes: type 1, 


type 2, and gestational diabetes. Type 1 diabetes was 
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Diabetes mellitus 


previously called insulin-dependent diabetes or juve- 
nile-onset diabetes. Type | diabetes develops when the 
body’s immune system destroys pancreatic beta cells, 
the only cells that produce insulin. The body, in turn, 
produces little or no insulin, resulting in insulin defi- 
ciency. Without insulin, the body is unable to use 
glucose for energy and begins to break down fats for 
fuel. Ketones are formed when fat is burned for 
energy. Excess ketones build up in the blood and 
lower the blood pH value leading to ketoacidosis. 


Symptoms of type | diabetes usually appear sud- 
denly and include increased thirst, frequent urination, 
increased hunger, tiredness, and weight loss. Risk fac- 
tors for type | diabetes include autormmune, genetic, 
and environmental factors. Although it usually begins 
when people are under the age of 30 years, type 1 
diabetes may occur at any age. Almost 10% of the 
United States diabetes population has type | diabetes. 


Type 2 diabetes was previously called noninsulin- 
dependent or adult onset diabetes. It begins as insulin 
resistance, a disorder in which normal-to-excessive 
amounts of insulin is made by the body, but the cells 
cannot use insulin properly. The ability to make insu- 
lin gradually decreases with time due to the progres- 
sive nature of the disease. In its early stages, type 2 
diabetes often has no symptoms. When they do occur, 
symptoms may initiate gradually and include fatigue, 
dry skin, numbness or tingling in hands or feet, fre- 
quent infections, slow healing of cuts and sores, prob- 
lems with sexual function, and increased hunger and 
thirst. With type 2 diabetes, hyperosmolar coma can 
develop from blood glucose levels (often referred to as 
blood sugar) becoming dangerously high. If the ele- 
vated blood sugar is not adequately controlled, it can 
cause severe dehydration, a serious condition requir- 
ing immediate treatment. Type 2 diabetes is associated 
with obesity, family history of diabetes, prior history 
of gestational diabetes, impaired glucose tolerance, 
physical inactivity, and race/ethnicity. Type 2 diabetes 
is diagnosed in children and adolescents in increasing 
numbers. About 85% of the U.S. diabetic population 
has type 2 diabetes. 


Gestational diabetes occurs during pregnancy and 
affects 4% of all pregnant women. During pregnancy, 
the placenta supplies the baby with glucose and water 
from the mother’s blood. Hormones made by 
the placenta are needed for pregnancy, but can keep 
the mother’s insulin from functioning efficiently. As 
the pregnancy continues, more of these hormones are 
manufactured. When the mother is not able to make 
enough insulin to compensate for the increased hor- 
mone levels and to maintain normal blood glucose, 
gestational diabetes develops. Treatment is required to 
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normalize maternal blood glucose levels to avoid com- 
plications in the fetus. After pregnancy, up to 10% of 
women with gestational diabetes are found to have 
type 2 diabetes. Women who have had gestational 
diabetes have a 20 to 50% chance of developing dia- 
betes in the next five to ten years. 


Pre-diabetes 


Before type 2 diabetes fulminates (fully develops), 
people with diabetes usually have a pre-diabetic con- 
dition in which blood glucose levels are higher than 
normal, but not yet high enough for a diagnosis of 
diabetes. At least 16 million people in the United 
States between the ages of 40 to 74 years have pre- 
diabetes. Pre-diabetes is sometimes referred to as insu- 
lin resistance, impaired glucose tolerance or impaired 
fasting glucose. With pre-diabetes, a person is likely to 
develop diabetes and may already be experiencing the 
adverse health effects Research has shown that long 
term damage to the heart and circulatory system may 
already be occurring during pre-diabetes. Diet, 
increased activity level, and medication may help to 
prevent or delay type 2 diabetes from developing. If 
untreated, most people with pre-diabetes develop type 
2 diabetes within three to ten years. 


Tests for diabetes 


There are three test methods used to diagnose 
diabetes and each must be confirmed, on a subsequent 
day, by any one of the three methods. The first method 
includes symptoms of diabetes (increased urination, 
increased thirst, unexplained weight loss) plus a casual 
plasma glucose concentration (blood test taken any 
time of day without regard to time since last meal) of 
equal to or greater than 200 mg. The second test 
method is a fasting plasma glucose (no caloric intake 
for at least eight hours) of equal to or greater than 126 mg. 
The third method is a two-hour after meal blood sugar 
of equal to or greater than 200 mg during an oral 
glucose tolerance test. Testing for diabetes should be 
considered in all individuals at age 45 years and above 
(particularly if overweight), and if normal, should be 
repeated every three years. Testing should be consid- 
ered at a younger age or carried out more frequently in 
individuals who are overweight and who have addi- 
tional risk factors among the following: 


- First-degree relative with diabetes, 
- Habitually physically inactive lifestyle, 


«Member of high-risk ethnic population (African- 
American, Hispanic-American, Native American, 
Asian American, Pacific Islander), 
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KEY TERMS 


Autoimmune response—Misdirected immune res- 
ponse in which the body’s immune system acciden- 
tally recognizes the body’s own cells as foreign and 
destroys them. Type 1 diabetes results from an auto- 
immune response in which the body destroys the 
beta cells in the pancreas. 

Gestational diabetes—A type of diabetes that occurs 
in pregnancy. 

Glucose—Simple sugar made from other carbohy- 
drates that is circulated in the blood at a narrow limit 
of concentration. Also known as blood sugar. 
Hyperosmolar coma—A coma related to high levels 
of glucose in the blood and requiring emergency 
treatment. Ketones are not present in the urine; can 
occur in Type 2 diabetes that is out of control. 
Impaired fasting glucose—A condition in which 
fasting glucose levels are greater than 110 mg, but 
less than 126 mg. Now known as pre-diabetes. 
Impaired glucose tolerance—A condition in 
which blood glucose levels rise after meals to levels 


- Previous delivery of baby weighing greater than 9 Ib 
(4.1 kg) or history of gestational diabetes, 


- High blood pressure, 


- HDL cholesterol less than 35 mg or a triglyceride 
level greater than 250 mg, 


« PCOS (polycystic ovarian syndrome), 


- Impaired glucose tolerance or impaired fasting glu- 
cose, and 


- History of vascular disease. 


Other tests used in the management of diabetes 
include c-peptide levels and hemoglobin Alc levels. 
C-Peptide levels determine if the body is still produc- 
ing insulin. C-Peptide is the connecting peptide por- 
tion of the insulin molecule that is produced in the 
pancreas. C-Peptide and insulin are secreted into the 
bloodstream in equal amounts by the pancreas. 
Measurement of C-Peptide is a reliable indicator of 
the amount of insulin produced by the person’s pan- 
creas. HbAIc (hemoglobin Alc) measures the average 
blood sugar control over a two to three month period. 
The Alc goal recommended by the American Diabetes 
Association is less than 7%, which correlates with 
average blood sugars of less than 150 mg. 
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that are higher than normal. Now called _pre- 
diabetes. 


Insulin deficiency—A condition in which little or no 
insulin is produced by the body. 


Insulin resistance—Inability to use the insulin made 


by the body 


Ketoacidosis—Formation of ketones (acetones) in 
the blood from lipid (fat) metabolism and a high 
blood acid content. Occurs in uncontrolled Type 1 
diabetes. 


Ketones—Acids indicating insufficient insulin that 
converts fat into glucose in the blood. 


Type 1 diabetes—A condition in which the body 
makes little or no insulin (insulin deficiency). 
People with this type of diabetes must take injections 
of insulin. 


Type 2 diabetes—A condition in which the body 
makes insulin but the cells cannot use it well (insulin 
resistance). It is treated with diet, exercise, and dia- 
betes medication. 


Treatment for diabetes 


Diabetes is treated with meal planning, exercise, 
medication, and blood glucose monitoring. Meal plan- 
ning involves eating the right amount of food at the right 
time. Carbohydrates have the greatest impact on blood 
sugars. Keeping track of carbohydrates and spreading 
them throughout the day helps to control blood sugars. 
Exercise helps to reduce stress, control blood pressure 
and blood fats, and improves insulin resistance. 


Diabetes medications include oral agents and 
insulin. There are several classes of oral medications. 
Sulfonylureas and meglitinides help the pancreas to 
produce more insulin. Alpha-glucosidase inhibitors 
slow down the digestion and absorption of starches 
and sugars. Biguanides stop the liver from releasing 
extra sugar when it is not needed. Thiozolidinediones 
treat insulin resistance. 


Various types of insulin are available and have 
different action times designed to match to physiolog- 
ical needs of the body for persons who no longer make 
enough insulin. The body requires a continuous, low 
level of insulin acting to meet baseline needs. Long- 
acting insulins provide the baseline or basal insulin 
needs. The body also requires insulin to cover carbo- 
hydrates eaten. Short-acting insulins provide coverage 
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Diagnosis 


for meal boluses. With the wide variety of diabetes 
medications, the physician can determine a treatment 
plan that works best for the individual. 


Blood glucose monitoring serves as the corner- 
stone tool for measuring the effects of food, exercise, 
and diabetes medications. Patients can check their 
blood sugars at various times of the day to keep track 
of how well the current treatment plan is keeping the 
sugars under control. Results of tests are recorded and 
taken to the physician’s office for the doctor to evaluate 
trends and adjust the treatment plan. 


Additional management of diabetes is geared 
toward prevention of complications. Eye problems may 
have no symptoms in their early, treatable stages; there- 
fore annual dilated eye examinations are needed. Urine 
should be checked annually for the protein microalbu- 
min. Poor circulation, nerve damage, and difficulty fight- 
ing infections can make foot problems serious 
considerations for people with diabetes. Daily self-foot 
examinations and foot exams at each physician visit can 
help identify problems early. Blood fat (lipids—choles- 
terol and triglyceride) levels should be checked annually. 


See also Acids and bases; Metabolic disorders; 
Metabolism. 
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i Diagnosis 


Diagnosis, from gnosis, the Greek word for knowl- 
edge, is the process of identifying a disease or disorder 
in a person by examining the person through a physical 
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examination and studying the results of medical tests 
and laboratory and radiological techniques. 


The diagnosis, in the field of medicine, begins 
when the patient is presented to the doctor with a set 
of symptoms or perceived abnormalities such as pain, 
nausea, fever, or other untoward feeling. Often the 
diagnosis is relatively simple, and the physician can 
arrive at a clinical conclusion and prescribe the proper 
treatment. At other times, the symptoms may be subtle 
and seemingly unrelated, making the diagnosis diffi- 
cult to finalize and requiring laboratory work. 


The diagnosis is based on data the physician 
obtains from three sources, the first being the patient. 
This includes the patient’s perception of his or her 
symptoms, medical history, family history, occupation, 
and other relevant facts. The physician then narrows 
the diagnosis with a second set of information obtained 
from the physical examination of the patient. The third 
source is the data obtained from medical tests, such asa 
blood test, x ray, or an electrocardiogram. 


Patient information 


The physician begins the examination by asking 
about the patient’s symptoms. The patient may be 
asked to describe the symptoms and how long he or 
she has been experiencing them. If the patient is in 
pain, information is collected about the location, 
type, and duration of the pain. Other symptoms that 
may be present but may not have been noticed by the 
patient must be explored. 


The patient’s occupation may have a bearing on 
his or her illness. Perhaps he or she works around 
chemicals that may cause illness. A job of repetitive 
bending and lifting may result in muscle strain or 
back pain. A police officer or fire fighter may have 
periods of boredom interrupted by periods of stress or 
fear. 


The physician must learn when the symptoms first 
appeared and whether they have worsened over time 
or remained the same in intensity. If the patient has 
more than one symptom, the physician must know 
which appeared first and in what order the others 
appeared. The doctor will also ask if the symptoms 
are similar to ones the patient has experienced in the 
past or if they are entirely new. 


The medical history of the patient’s family also 
may be helpful. Some diseases are hereditary and 
some, though not hereditary, are more likely to occur 
if the patient’s parent or other close relative has had 
such a disease. For example, the person whose father 
has had a heart attack is more likely to have a heart 
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attack than is a person whose family has been free of 
heart disease. 


Personal habits, such as smoking or drinking large 
amounts of alcohol, also contribute to disease. Lack of 
exercise, lack of sleep, and an unhealthy diet are all 
involved in bringing about symptoms of disease. 


The physical examination 


In addition to exploring the patient’s clinical his- 
tory, the physician will carry out a physical examina- 
tion to further narrow the list of possible conditions. 
The patient’s temperature, blood pressure, and rate of 
respiration will be measured. He or she will be weighed 
and his or her height measured. The physician will use 
an otoscope to examine the eardrums and to look into 
the throat for signs of inflammation, infection, or 
other abnormal conditions. 


The heart and lungs can be examined superficially 
using a stethoscope. Abnormalities in the heartbeat or 
in the functioning of the heart valves can be heard in 
this way, and the presence of water or other fluid in the 
lungs can be heard as noises called rales. The physician 
also can study the sounds made by the intestines by 
listening to them through the stethoscope. 


Using his/her fingers, a technique called palpa- 
tion, the physician probes the abdomen for signs 
of pain or an abnormal lump or growth. He/she also 
feels the neck, the axillary area (armpit) and other 
locales to locate any enlarged lymph nodes, a sign of 
an infection. Such probing also may bring to light the 
presence of a tender area previously unknown to the 
patient. 


If the patient is complaining of an injury, the 
physician can carefully palpate around the injury to 
determine its size. He/she can bend an leg or arm to 
assess the integrity of the joint. Using other maneu- 
vers, the physician can determine whether a ligament 
has been torn and if it may need surgical correction. 


The laboratory examination 


Having learned the patient’s clinical history and 
made his/her physical examination, the physician may 
then decide to submit specimens from the patient to a 
laboratory for testing. Fluids such as blood, urine, 
stomach fluid, or spinal fluid can be collected. 


Basic laboratory tests of blood include a count of 
the number of white and red blood cells. An elevated 
number of white blood cells indicates an infection is 
present, but does not pinpoint the location of the 
infection. Blood also carries hormones and other 
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components that are directly affected by disease or 
inflammation. 


Far from the laboratory of the 1960s, the modern 
clinical laboratory is one of automation and high tech- 
nology. Whereas before the laboratory technician was 
required to mix together the chemicals for each test, 
newer technology requires only that a blood specimen 
be placed in one end of a machine. The blood is carried 
through the machine, minute amounts of the chemi- 
cals are added as needed, and the results printed out. 
This technology also enables the measurement of 
blood or urine components in amounts much smaller 
than previous technology allowed—often at micro- 
gram levels. (A microgram is one millionth of a 
gram.) To measure such a minute amount, the chem- 
istry involved is precise and the reading of the results is 
beyond the capability of the human eye. 


Both blood and urine may contain evidence of 
alcohol, illicit drugs, or toxic substances that the patient 
has taken. Infectious organisms from the blood or urine 
can be grown in culture dishes and examined to deter- 
mine what they are. Bacteria in blood or urine are often 
too sparsely distributed to be seen under the micro- 
scope, but bacteria in a blood specimen wiped across 
a plate of culture medium will grow when the plate is 
placed in an incubator at body temperature. 


The physician also may want to obtain x rays of 
an injured area to rule out the possibility of a fractured 
bone. The presence of a heart condition can often be 
determined by taking an electrocardiogram (ECG), 
which measures the electrical activity of the heart. 
Changes in the ECG can indicate the presence of 
heart disease or give evidence of a past heart attack. 
CAT (computerized axial tomography) scans use 
x rays to produce images of one layer of hard or soft 
tissue, a procedure useful in detecting small tumors. 
Magnetic resonance imaging (MRI) uses radio waves 
in a magnetic field to generate images of a layer of the 
brain, heart, or other organ. Ultrasound waves are 
also sometimes used to detect tumors. 


Physicians can collect other kinds of information 
by injecting substances into the patient. Injection of 
radiopaque liquids, which block the passage of x rays, 
allow x-ray examination of soft tissues, such as the 
spinal cord, that are normally undetectable on x-ray 
photographs. Metabolic disorders can sometimes be 
pinpointed using a procedure called scintigraphy, 
in which a radioactive isotope is circulated through 
the body. A gamma camera is then used to record the 
concentration of the isotope in various tissues and 
organs. 
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Dialysis 


KEY TERMS 


Culture medium—A substance that supports the 
growth of bacteria so they may be identified. 


Invasive—A technique that involves entering the 
body. 

Pathology—The study of changes in body tissues 
brought about by disease or injury. 


Other laboratory specimens can be obtained by 
invasive techniques. If the physician finds a suspicious 
lump or swelling and needs to know its nature, he or 
she can remove part of the lump and send it to the 
laboratory to be examined. The surgical removal of 
tissue for testing is called a biopsy. In the laboratory, 
the specimen is sliced very thin, dyed to accentuate 
differences in tissues, and examined under the micro- 
scope. This enables the physician to determine 
whether the lump is malignant (cancerous) or benign 
(noncancerous). If it is cancer, further tests can deter- 
mine if it is the primary tumor or if it has grown 
(metastasis) as a result of being spread from the pri- 
mary tumor. Other tests can determine what kind of 
cancer it is. 


The method of actually looking into the body 
cavity used to mean a major surgical procedure called 
a laparotomy. In that procedure, an incision was made 
in the abdomen so the physician could look at each 
organ and other internal structure in order and deter- 
mine the presence of disease or parasite. Now the 
laparotomy is carried out using a flexible scope called 
a laparoscope, which is inserted into the body through 
a small incision. The scope is attached to a television 
monitor that gives the physician an enlarged view of 
the inside of the body. The flexibility of the scope 
allows it to be guided around the organs, and a light 
attached to the scope helps the physician see each 
organ. In addition, the laparoscope is equipped with 
the means to collect biopsy specimens or suction blood 
out of the abdomen. Minor surgery can also be carried 
out to stop a bleeding blood vessel or remove a small 
growth from an organ. 


Once the above steps the physician deems neces- 
sary have been carried out, he or she will then study the 
evidence collectively and arrive at a diagnosis. Once 
having determined the diagnosis, the physician can 
prescribe the proper treatment. 


Larry Blaser 
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I Dialysis 


Dialysis, also called kidney dialysis and hemodial- 
ysis, is the medical process of filtering waste products 
that have accumulated in the blood of patients whose 
kidneys are functioning at low levels. Normally, 
the kidneys perform the vital function of filtering 
waste materials out of the blood. When the kidneys 
stop functioning, death due to waste buildup occurs 
quickly. 


In the kidney machine, blood is removed from a 
person’s arm, passed through a dialyzing system (what 
is called an artificial kidney, or dialyzer). Within the 
dialyzer, the blood flows through a semipermeable 
membrane where special fluid, on the other side of 
the membrane, removes the waste products. The 
blood is then returned to the patient’s body through 
a vein. The machine functions much as a natural kid- 
ney does with one important exception. A natural 
kidney has a mechanism known as reverse dialysis 
for returning to the body certain small molecules 
(primarily glucose) that should not be excreted. 
The kidney machine is unable to do so, and glucose 
that it removes must be replaced by intravenous 
injection. 


Early history: Graham and Abel 


The principle behind the process was discovered 
by Scottish chemist Thomas Graham (1748-1843) in 
about 1861. Graham found that the rate at which 
some substances, such as inorganic salts, pass through 
a semipermeable membrane is up to 50 times as great 
as the rate at which other substances, such as proteins, 
do so. Scientists now know that such rate differences 
depend on the fact that the openings in semipermeable 
membranes are very nearly the size of atoms, ions, and 
small molecules. That makes possible the passage of 
such small particles while greatly restricting the pas- 
sage of large particles. 


In a typical dialysis experiment, a bag made of a 
semipermeable membrane is filled with a solution to 
be dialyzed. The bag is then suspended in a stream of 
running water. Small particles in solution within the 
bag gradually diffuse across the semipermeable mem- 
brane and are carried away by the running water. 
Larger molecules are essentially retained within the 
bag. By this process, a highly efficient separation of 
substances can be achieved. 


The kidney is a dialyzing organ. By the process 
described above, it filters waste products such as urea 
out of the blood and forces them into the urine, 
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Man with damaged kidneys on a dialysis machine. The blood is removed from his arm, passed through the machine, and 
returned to his body. (© Giovaux Communication/Phototake NYC.) 


through which they are excreted from the body. 
Proteins and other important large molecules are 
retained in the blood. 


A person whose kidneys have been damaged by 
disease or physical injury requires some artificial 
method for cleansing her or his blood. A device for 
carrying out this task—the artificial kidney machine— 
was developed in the early 1910s largely through the 
efforts of John J. Abel and his colleagues at the Johns 
Hopkins University. 


In 1912, Abel was investigating byproducts in the 
blood, and needed a device to filter out these substan- 
ces. With colleagues Benjamin Turner and Leonard 
Rowntree, he built a machine that circulated blood 
through celloidin tubing immersed in a saline-dextrose 
solution and wrapped around a rotating drum. Urea 
and other toxins passed out into the solution, and 
oxygen passed into the blood. Abel tested this process, 
which he called vividiffusion, on rabbits and dogs, and 
published the findings in 1914. A major problem, 
however, was the tendency of the blood to clot while 
circulating through the tubes. Abel had used hirudin, 


an anticoagulant obtained from leeches, to prevent 
clotting. Once the effective anticlotting agent heparin 
became widely available, dialysis was ready for clinical 
use. 


Middle history: Kolff 


Several pioneers developed early versions of dial- 
ysis machines during World War II when many 
injured soldiers and civilians suffered kidney damage 
and died. In 1937, a young Dutch physician, Willem 
Kolff (1911-), working in Groningen, Holland, had 
already put together a crude dialyzing machine and 
worked to refine it. After the Germans occupied the 
Netherlands in 1941, Kolff moved to Kampen where, 
in spite of wartime shortages, he constructed a dialysis 
machine using cellophane tubing and beer cans. He 
first used his device on a human patient in March 1943 
and, although all but one of the 15 patients he treated 
from 1943 to 1944 died, he persevered. By the end of 
the war, Kolff had refined his machine and he began 
to promote its use, bringing dialyzers to The Hague, 
Amsterdam, and London. Meanwhile, with no 
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knowledge of Kolff's work, Nils Alwall of Sweden and 
G. Murray of Canada were also developing a dialysis 
machine. In 1947, Kolff brought blueprints for his 
latest machine to doctors at Peter Bent Brigham 
Hospital, Harvard Medical School in Boston, 
Massachusetts. These doctors, along with John 
Merrell, Karl Walter, and George Thorn, developed 
kidney dialysis into a standard treatment, using it to 
support patients in their pioneering kidney transplan- 
tations in 1954. 


Modern history: Scribner 


Kidney transplants, the first organs ever to be 
transplanted, were made possible because of dialysis, 
which kept the patient alive until the transplanted 
kidney began functioning or by maintaining patients 
awaiting a donor organ. Long-term dialysis was not 
possible, however, until 1960, because each time a 
patient was attached to a dialysis machine, both an 
artery and a vein had to be punctured, leading to 
eventual vessel deterioration. Dr. Belding Scribner of 
Seattle, Washington, overcame this problem when he 
designed a Teflon® and Silastic® shunt (two parallel 
tubes with a U-connection) that could be inserted into 
a patient’s artery and vein and left in place for months 
or even years. 


Today, hemodialysis, a refined version of this tech- 
nique, allows the patient the option of home treatment 
with the aid of a family member or friend, or by 
specialists at a dialysis center. Patients also have the 
option of using peritoneal dialysis, in which the abdo- 
men lining (peritoneal membrane) filters waste from 
the blood into a cleansing solution called dialystate. 
Continuous Ambulatory Peritoneal Dialysis, the most 
common of three types, requires no machine and can 
be done by the patient. The dialystate, contained in a 
plastic bag, is transported through a permanent cath- 
eter inserted into the abdomen. The catheter is then 
plugged and, after four to six hours, the patient 
removes the plug, draining the solution containing 
waste matter back into the bag, which is then disposed 
of. This process is repeated continuously. Continuous 
Cyclic Peritoneal Dialysis is a similar function done by 
a machine connected to the catheter and performed at 
night while the patient sleeps. This procedure lasts 
from 10 to 12 hours every night. Intermittent 
Peritoneal Dialysis can also be done at home with a 
similar machine, but is usually performed in hospital 
several times a week for a total of 36 to 42 hours. Some 
sessions may last 24 hours. 


See also Osmosis. 
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| Diamond 


A diamond is a precious stone (mineral) that is 
considered a clear and generally colorless crystalline 
form of pure carbon, with the same carbon composi- 
tion as graphite, but with a different structure. It is the 
hardest of naturally occurring substances. Diamonds 
are usually found in igneous rock formations and 
alluvial deposits. Most diamonds are billions of 
years old. They are often used in industrial and 
scientific applications. The density of diamond is 
about 2.0 ounces per cubic inch (3.5 grams per cubic 
centimeter). 


Diamonds, of course, are used as jewelry, espe- 
cially in engagement and wedding rings. Natural and 
synthetic diamonds are also commonly used to cut a 
wide variety of materials. Manufacturers, medical sur- 
geons, and many other groups and organizations use 
diamond knives, drills, saws, and other diamond- 
cutting devices to cut and shape their products and 
materials. Makers of marble, granite, and other natu- 
ral stone products use diamond blades to cut, grind, 
and polish their unfinished products. 


The word diamond comes from the Greek word 
adamas, meaning invincible. Diamonds were first 
found (it is believed) in the sands of India. Alexander 
the Great (356-323 BC) introduced them to Europe in 
327 BC. 


French chemist Antoine Laurent Lavoisier (1743- 
1794) showed in the eighteenth century that, when air 
is present, diamonds are combustible, producing car- 
bon dioxide. English chemist Sir Humphrey Davy 
(1778-1829) demonstrated in 1814 that the sole prod- 
uct of the combustion of diamonds in oxygen is carbon 
dioxide. He also proved that diamond and charcoal 
both consist of carbon atoms, so they are chemically 
identical. This was the first demonstration that two 
materials with the same chemical composition need 
not have the same physical properties. 


Most people probably believe that diamonds only 
come from South Africa. However, diamonds are 
found around the world, except for the continents of 
Europe and Antarctica. Before the twentieth century, 
only a few diamond deposits were known. Between the 
fourth century BC and the sixth century AD, India 
was the only source of diamonds. Diamonds virtually 
disappeared from Europe for about one thousand 
years during the Middle Ages. In 1725, diamonds 
were discovered in Brazil. Then, in the 1870s, they 
were also found in South Africa. By this time, the 
supply of diamonds increased dramatically as the 
worldwide demand for diamonds also increased. 
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Diamonds are formed in the compression of coal. (© Myron Jay Dorf/Corbis.) 


Today, diamonds are mined in about 25 countries. 
According to the American Museum of Natural 
History, as of 2005, about 130 million carats of dia- 
monds are mined annually throughout the world. 


Diamonds are a globally traded commodity used 
for a variety of industrial and artistic purposes. In 
December 2000, the United Nations General 
Assembly unanimously adopted a resolution articulat- 
ing the role of diamonds in fuelling international con- 
flict and dedicated to breaking the link between the 
illicit transaction of rough diamonds and armed con- 
flict. Two years later, in 2002, the UN approved the 
Kimberley Process, which further attempts to prevent 
conflicts in the diamond market. In 2003, U.S. 
President George W. Bush enacted an executive 
order imposed trade sanctions against Sierra Leone 
due to human rights violations with respect to its 
diamond trade with the United States. These conflict 
diamonds are facing increasing import-export trade 
restrictions. Overall, however, the U.S. Government 
Accountability Office stated in September 2006 that 
despite sanctions and enforcement conflict diamonds 
continue to illegally come into the United States in 
large numbers. 


The atoms making up a mineral may be arranged 
either randomly, or in an orderly pattern, if—as with 
diamonds—a mineral’s atoms show long-range organ- 
ization, the mineral is termed a crystalline mineral. 
The objects commonly called crystals are crystalline 
minerals of relatively large size that happen to have 
developed smooth faces. Diamonds are the hardest 
mineral (10 on the Mohs’ scale), with the highest 
refractive index of 2.417 among all transparent miner- 
als, and has a high dispersion of 0.044. Diamonds are 
brittle. Under UV light, the diamond frequently exhib- 
its luminescence with different colors. It has a density 
of 3.52 g/cm*. The mass of diamonds is measured in 
carats; | carat = 0.2 grams. Diamonds rarely exceed 
15 carats. Diamonds are insoluble in acids and alkalis, 
and may burn in oxygen at high temperatures. 


Nitrogen is the main impurity found in diamonds, 
and influences its physical properties. Diamonds are 
divided into two types, with type I containing 0.001- 
0.23% nitrogen, and type II containing no nitrogen. If 
nitrogen exists as clusters in type I diamonds, it does 
not affect the color of the stone (type Ia), but if nitro- 
gen substitutes carbon in the crystal lattice, it causes a 
yellow color (Ib). Stones of type I] may not contain 


Diamond 


impurities (IIa), or may contain boron substituting 
carbon, producing a blue color and semiconductivity 
of the diamond. 


Diamonds form only at extremely high pressure 
(over 45000 atmospheres) and temperatures over 
2012°F (1100°C) from liquid ultrabasic magmas or 
peridotites. Diamonds, therefore, form at great depths 
in the Earth’s crust. They are delivered to the surface by 
explosive volcanic phenomena with rapid cooling rates, 
which preserve the diamonds from transformation. 
This process happens in kimberlites (a peridotitic type 
of breccia), which constitutes the infill of diamond- 
bearing pipes. Also found with diamonds are olivine, 
serpentine, carbonates, pyroxenes, pyrope garnet, mag- 
netite, hematite, graphite and ilmenite. Near the sur- 
face, kimberlite weathers, producing yellow loose mass 
called yellow ground, while deeper in Earth, it changes 
to more dense blue ground. Diamonds are extremely 
resistive to corrosion, so they can be found in a variety 
of secondary deposits where they arrived after several 
cycles of erosion and sedimentation (alluvial diamond 
deposits, for example). Even in diamond-bearing rock, 
the diamond concentration is one g in 8 to 30 tons of 
rock. 


Most diamonds are used for technical purposes 
due to their hardness. Gem quality diamonds are 
found in over 20 counties, mainly in Africa. The big- 
gest diamond producer is South Africa, followed by 
Russia. Usually, diamonds appear as isolated octahe- 
dron crystals. Sometimes they may have rounded cor- 
ners and slightly curved faces. Microcrystalline 
diamonds with irregular or globular appearance are 
called Bort (or boart), while carbonado are roughly 
octahedral, cubic or rhombic dodecahedral, blackish, 
irregular microcrystalline aggregates. Both are valued 
for industrial applications because they are not as 
brittle as diamond crystals. Frequently, diamonds 
have inclusions of olivine, sulfides, chrome-diopside, 
chrome-spinels, zircon, rutile, disthene, biotite, 
pyrope garnet and ilmenite. Transparent crystals are 
usually colorless, but sometimes may have various 
yellowish tints. Rarely, diamonds may be bright yel- 
low, blue, pale green, pink, violet, and even reddish. 
Some diamonds are covered by translucent skin with a 
stronger color. Diamonds become green and radio- 
active after neutron irradiation, and yellow after fur- 
ther heating. They become blue after irradiation with 
fast electrons. Diamonds have different hardnesses 
along their different faces. Diamonds from different 
deposits also have different hardnesses. This quality 
allows for the polishing of faceted diamonds by dia- 
mond powder. 
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Most diamond gems are faceted into brilliant cuts. 
Due to the high reflective index, all light passing 
through the face of such facetted diamonds is reflected 
back from the back facets, so light is not passing 
through the stone. This can be used as a diagnostic 
property, because most simulants (except cubic zirco- 
nia) do not have this property. Diamonds do have 
many simulants, including zircon, corundum, phena- 
kite, tourmaline, topaz, beryl, quartz, scheelite, spha- 
lerite, and also synthetic gemstones such as cubic 
zirconia, yttrium-aluminum garnet, strontium tita- 
nate, rutile, spinel, and litium niobate. Diamonds 
have high thermal conductivity, which allows it to be 
readily and positively distinguished from all simulated 
gemstones. The most expensive diamonds are those 
with perfect structure and absolutely colorless or 
slightly bluish-white color. Yellow tint reduces the 
price of the diamond significantly. Bright colored dia- 
monds are extremely rare, and have exceptionally high 
prices. 


In January 2003, a number of international con- 
cerns came to a preliminary consensus on the 
Kimberley Process Certification Scheme to curtail 
international trade in what are termed conflict 
diamonds. 


As of early 2003, nearly 50 countries agreed to use 
and require standardized, tamper-proof packaging 
and official certificates attesting to the source of the 
enclosed diamonds when shipping rough uncut dia- 
monds. Such controls are designed to stem illegal trade 
in diamonds and to reduce the ability of despotic 
regimes to exploit diamond trade to perpetuate their 
political and or military power (e.g., the protocols 
prohibit trade in contraband diamonds from rebel 
sources in Sierra Leone). Without proper certification, 
many nations and industrial sources have agreed not 
to import or purchase diamonds. 


See also Mineralogy. 
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| Diatoms 


Diatoms are microscopic, single-celled algae 
found in both fresh water and marine ecosystems. 
Many diatom species are planktonic, although some 
are found clinging to surfaces or in sediments. 
Diatoms are surrounded by intricate glass-like outer 
shells or frustrules partially composed of silicon. 
Different species of diatom can be identified based 
upon the structure of frustrules, which are extremely 
beautiful when examined under a microscope. 


Diatoms belong to the taxonomic phylum 
Bacillariophyta. There are approximately 10,000 
known diatom species. Of all algae phyla, diatom species 
are the most numerous. Diatoms frustules are used to 
differentiate species. Diatom frustules are composed of 
very pure hydrated silica within a layer of organic, 
carbon containing material. Frustules are comprised of 
two parts: the larger upper portion of the frustule is 
called the epitheca and the smaller lower piece is the 
hypotheca. The epitheca fits over the hypotheca like the 
lid fits over a shoebox. The singular diatom cell lives 
protected inside the frustule halves like a pair of shoes 
snuggled within a shoe box. 


Frustules are very ornate, having intricate designs 
delineated by patterns of holes or pores. The pores 
that perforate the frustules allow gases, nutrients, 
and metabolic waste products to be exchanged 
between the watery environment and the algal cell. 
The frustules themselves may exhibit bilateral symme- 
try or radial symmetry. Bilaterally symmetric diatoms 
are elongated and referred to as pennate. Radially 
symmetric diatom frustules are called centric. Centric 
diatoms tend to be round and flattened, like apple 
pies. Because they are composed of silica, a very inert 
material, diatom frustules remain well preserved over 
vast periods of time within sediments. 


Diatom frustules found in sedimentary rock are 
microfossils. Because they are so easily preserved, dia- 
toms have an extensive fossil record. Specimens of 
diatom algae extend back to the cretaceous period, 
over 135 million years ago. Some kinds of rock 
are formed nearly entirely of fossilized diatom frus- 
tules. Rock that has rich concentrations of diatom 
fossils is known as diatomaceous earth, or diatomite. 
Diatomaceous earth, existing today as large deposits 
of chalky white material, is mined for commercial use 
in abrasives and in filters. The fine abrasive quality of 
diatomite is useful in cleansers, like bathtub scrubbing 
powder. Also, many toothpaste products contain fos- 
sil diatoms. The fine porosity of frustules also makes 
refined diatomaceous earth useful in fine water filters, 
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Diatom plankton. (© Dougals P. Wilson/Corbis.) 


KEY TERMS 


Bacillariophyta—The biological phylum of organ- 
isms composed of diatoms. 


Carbon fixation—The removal of atmospheric car- 
bon in the form of carbon dioxide gas in air to be 
converted into organic molecules like sugar by 
primary producers. 


Chloroplast—Green organelle in higher plants and 
algae in which photosynthesis occurs. 


Diatom—A microscopic, single-celled alga having 
complex two-sided cell walls composed of silicon. 


Diatomite—Sedimentary rock rich in fossilized 
diatoms, also called diatomaceous earth. 


Frustule—The silicon containing, complex, ornate 
cell wall structures of diatomous algae. 


acting like microscopic sieves that catch very tiny 
particles suspended in solution. 


Sediments containing fossilized diatoms provide 
important information about past environmental con- 
ditions. Diatom deposits indicate environmental con- 
ditions. Certain conditions are more favorable to 
different species of diatoms. Changes in both the rate 
of deposition and the species composition or the sedi- 
ments provide clues about prehistoric climates. 


Ecologically vital, diatoms account for just under 
one quarter of photosynthetic production of organic 
material on Earth. In addition, they may be found in 
extremely high concentrations, or blooms, where their 
abundance makes them important food sources in 
aquatic ecosystems. They are a major food source for 


1313 


swoj}eig 


Dielectric materials 


many microorganisms, aquatic animal larvae, and 
grazing animals like mollusks (snails). 


Diatoms most often reproduce by simple asexual 
reproduction. During division, the diatom cell divides, 
the epitheca and hypotheca separate, one daughter cell 
remaining in each half. The two cells then produce a 
new hypotheca or epitheca, whichever is needed. 
Diatoms do reproduce sexually, but not with the 
same frequency. 
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| Dielectric materials 


Dielectric materials are substances that have very 
low conductivity. That is, they are electrical insulators 
through which an electrical current flows only with the 
greatest of difficulty. Technically, a dielectric can be 
defined as a material with electrical conductivity of 
less than one millionth of a mho (a unit of electrical 
conductance) per centimeter. A dielectric is also rep- 
resented as a siemens (which is the reciprocal of its 
resistance in ohms). A material with a conductance of 
one siemens has an electrical potential difference of 
one volt, which produces a one-ampere current; thus, 
siemens = ampere/volts. 


In theory, dielectrics can include solids, liquids, and 
gases, although in practice only the first two of these three 
states of matter have any practical significance. Some of 
the most commonly used dielectrics are various kinds of 
rubber, glass, wood, and polymers among the solids; and 
hydrocarbon oils and silicone oils among the liquids. 


The dielectric constant 


A common measure of the dielectric properties of 
a material is the dielectric constant. The dielectric 
constant can be defined as the tendency of a material 
to resist the flow of an electrical current across the 
material. The lower the value of the dielectric 
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KEY TERMS 


Amplifier—A device for increasing the amount of 
electrical current in a system. 


Capacitor—A device for receiving and storing an 
electrical charge, consisting of two parallel con- 
ducting surfaces separated by a dielectric material. 


Conductivity—The tendency of a substance to 
allow the passage of an electrical current. 


Polymer—A chemical compound formed by the 
combination of many smaller units. 


Rectifier—A device that converts alternating cur- 
rent (AC) into direct current (DC). 


Transducer—A device for converting energy from 
one form to another. 


constant, the greater its resistance to the flow of an 
electrical current. 


The standard used in measuring the dielectric con- 
stant is a vacuum, which is assigned the value of one. 
The dielectric constants of some other common materi- 
als are as follows: dry air (at one atmosphere of pres- 
sure): 1.0006; water: 80; glass: 4 to 7; wax: 2.25; amber: 
2.65; mica: 2.5 to 7; benzene: 2.28; carbon tetrachloride: 
2.24; and methyl alcohol: 33.1. Synthetic polymers are 
now widely used as dielectrics. The dielectric constants 
for these materials range from a low of about 1.3 
for polyethylene and 2.0 for polytetrafluoroethylene 
(Teflon®) to a high of about 7.2 to 8.4 for a mela- 
mine-formaldehyde resin. 


Uses 


Almost any type of electrical equipment employs 
dielectric materials in some form or another. Wires 
and cables that carry electrical current, for example, 
are always coated or wrapped with some type of insu- 
lating (dielectric) material. Sophisticated electronic 
equipment such as rectifiers, semiconductors, trans- 
ducers, and amplifiers contain, or are fabricated from, 
dielectric materials. The insulating material sand- 
wiched between two conducting plates in a capacitor 
is also made of some dielectric substance. 


Liquid dielectrics are also employed as electrical 
insulators. For example, transformer oil is a natural or 
synthetic substance (mineral oil, silicone oil, or 
organic esters, for example) that has the ability to 
insulate the coils of a transformer both electrically 
and thermally. 
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Synthetic dielectrics 


A number of traditional dielectric materials are 
still widely used in industry. For example, paper 
impregnated with oil is often still the insulator of 
choice for coating wires that carry high-voltage cur- 
rent. However, synthetic materials have now become 
widely popular for many applications once filled by 
natural substances, such as glass and rubber. The 
advantage of synthetic materials is that they can be 
designed to produce very specific properties for speci- 
alized uses. These properties include not only low 
dielectric constant, but also strength, hardness, resist- 
ance to chemical attack, and other desirable qualities. 


Among the polymers now used as dielectrics are 
the polyethylenes, polypropylenes, polystyrenes, poly- 
vinyl chlorides, polyamides (Nylon), polymethyl 
methacrylates, and polycarbonates. 


Breakdown 


When a dielectric material is exposed to a large 
electrical field, it may undergo a process known as 
breakdown. In that process, the material suddenly 
becomes conducting, and a large current begins to 
flow across the material. The appearance of a spark 
may also accompany breakdown. The point at which 
breakdown occurs with any given material depends on 
a number of factors, including temperature, the geo- 
metric shape of the material, and the type of material 
surrounding the dielectric. The ability of a dielectric 
material to resist breakdown is called its intrinsic elec- 
tric strength. 


Breakdown is often associated with the degrada- 
tion of a dielectric material. The material may oxidize, 
physically break apart, or degrade in some other way 
that will make conductance more likely. When break- 
down does occur, then, it is often accompanied by 
further degradation of the material. 


See also Electronics; Oxidation state. 
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fl Diesel engine 


Diesel engines are a class of internal combustion 
engine in which the fuel is burned internally and the 
combustion products are used as the working fluid. 
Unlike the spark-ignited (SI) engines found in the 
majority of early twenty-first century automobiles in 
which the premixed fuel-air mixture is ignited by an 
electric spark, diesel engines are characterized by a 
spontaneously initiated combustion process where 
the ignition is brought about by very high temperature 
compressed air. A small amount of diesel fuel is 
injected at the end of the compression stroke into the 
cylinder where the fuel auto-ignites. Because of their 
higher actual operating efficiencies, as compared with 
SI engines that require pre-ignition, diesel engines are 
primarily used in heavy-duty vehicles such as trucks, 
ships, and locomotives. 


Diesel engines were first developed by German 
inventor Rudolf Diesel (1858-1913) in the late nine- 
teenth century. He patented his invention on February 
23, 1893, and demonstrated it at the 1900 World’s Fair 
using peanut oil. The original concept was to build a 
multifuel engine and to use coal as a primary fuel. 
However, for some reason, coal-fueled diesel engines 
so far have gained only occasional interest from the 
industry (e.g., when fuel-oil prices are high), most of 
the diesel engines currently being used rely on petro- 
leum fuels. They are four-stroke cycle engines, and 
operate from several hundred up to around one thou- 
sand rpm (revolutions per minute). In addition to 
pistons, cylinders, crankshaft, and various valves, die- 
sel engines are also equipped with controlled fuel injec- 
tion systems, exhaust systems, cooling systems, and so 
on. Sufficient lubrication is required to prevent exces- 
sive wear of various parts in engines. Since pre-ignition 
is not required, the compression step can be continued 
to reach a higher pressure or a higher compression 
ratio than that in SI engines. This results in com- 
pressed air with a temperature exceeding the ignition 
point of the injected fuel for auto-ignition. To achieve 
high combustion efficiency, the fuel jets must draw in 
and mix well with air, ignite, and burn, all within less 
than one millisecond, when they impact on the cold 
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Diesel engine 


INTAKE STROKE 


Exhaust valve 
closed 


Intake valve 


open closed 


the cylinder 
through the 
intake valve, 


Bottom- 
dead- 
center 
(B.D.C.) 


COMPRESSION STROKE 


Exhaust valve Intake valve 
closed 


POWER STROKE EXHAUST STROKE 


Exhaust valve Intake valve Exhaust valve Intake valve 
open closed open closed 


Exhaust 
to 
exhaust 
manifold 


Fuel sprayed 
into the 
cylinder at the 
end of the 
compression 
stroke 


The combustion cycle of the diesel engine. (Hans & Cassidy. Courtesy of Gale Group.) 


combustion chamber walls. Engine performance is 
closely related to compression ratio, piston speed, 
supercharging, turbo-charging, etc., and engine size 
is normally in terms of power rating (1.e., horsepower 
(hp); for instance, 20,000 hp applicable for ship pro- 
pulsion). In principle, the same engine frame can be 
designed for different output by varying the number of 
cylinders (10, 12, 16 cylinders, and so on) (Figure 1). 


In reality, because the fuel-air mixture is burned 
and the products of combustion are emitted, the proc- 
ess for work production via combustion in diesel 
engines is complex and not cyclical. However, in 
order to analyze it, the actual operation is frequently 
represented approximately by a cyclical process, called 
Diesel cycle. From the point of view of thermodynam- 
ics, the working fluid is assumed to be air, the com- 
pression and expansion stages are assumed to be 
adiabatic (without the loss or gain of heat) and rever- 
sible, and the combustion and exhaust strokes are 
replaced by constant-pressure heat-absorption and 
constant-volume heat-rejection stages. As shown in 
Figure 1, a typical pressure-volume (P-V) diagram 
for air-standard diesel engine operation, after the 
intake, air is compressed adiabatically along the path 
1-2 and its temperature is increased substantially. At 
point 2 where the piston begins to reverse its motion, 
the fuel is injected and added slowly so that combus- 
tion is initiated and sustained at constant pressure 
following the path 2-3. After completion of the com- 
bustion, there is the work stroke, i.e., along the path 
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3-4 where the high-temperature and high-pressure 
products of combustion are expanded to produce 
mechanical work. Then, the exhaust valve is opened, 
the spent combustion products and waste heat are 
exhausted, and the pressure is rapidly reduced as the 
path 4-1. This, therefore, completes typical four 
strokes in each cycle of engine operation. The thermal 
efficiency of the cycle can be obtained from the net work 
produced divided by the heat absorbed during the entire 
cyclical process. 


Overall, diesel engines can be viewed as a piston- 
and-cylinder assembly and the work-producing 
machine. Their operation cycle is similar to that in SI 
engines that are based on the Otto (after German inven- 
tor Nikolaus August Otto [1832-1891] who invented 
the first internal-combustion engine produced in the 
mid 1860s) cycle. However, the latter require an exter- 
nal combustion initiator and have combustion occur- 
ring under an almost constant-volume condition, which 
is different from the path 2-3 as shown in Figure 1. In 
these engines, the chemical (molecular) energy of the 
fuel (hydrocarbons) is released by a combustion proc- 
ess. Energy is evolved as heat and part of the heat is 
subsequently converted into useful work or mechanical 
energy. Because of the loss of heat during the process, 
research and development efforts have been made con- 
stantly in chamber design, new coatings for rings and 
liner, emission control, alternative fuels, and associated 
compressor and turbine technologies to improve the 
conversion efficiency. As can be expected, diesel engines 
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Figure 1. A typical pressure-volume (P-V) diagram for air- 
standard cycle of diesel engines. (///ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Adiabatic—A process during which no heat is 
transferred between the system and surroundings 
is described as adiabatic. 


Heat engine—A device converts heat to mechan- 
ical work in a periodic process. 


Reversible—A process occurs in such a way that 
both the system and its surroundings can be 
returned to their initial states. 
Supercharging—Methods to increase the inlet 
manifold air pressure above ambient pressure so 
that power output in engines is increased. 
Thermal efficiency—tThe ratio of net work to ther- 
mal energy input. 

Turbocharging—An approach to utilizing high- 
temperature exhaust gas by expanding it through 
a turbine for driving the supercharging compressor. 


will continue finding a variety of applications in the 
future, such as power generation as well as land, 
marine, and aircraft transport. 
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[ Diethylstilbestrol (DES) 


Diethylstilbestrol (DES) is a synthetic, nonsteroi- 
dal estrogen (a hormone that stimulates the develop- 
ment of sexual characteristics and which helps induce 
menstruation). DES was first made in 1938. Initially 
the substance was seen as a great scientific break- 
through, since estrogen was known to be important 
in women for successful reproduction. Wide-scale use 
of DES by pregnant women to prevent miscarriage 
beginning in the 1940s ended in 1971 when a link was 
established between the drug and development of a 
rare cancer called clear-cell adenocarcinoma of the 
vagina. Moreover, the heritability of risk has been 
found; the daughters of women who took DES face a 
higher risk of certain cancers and of structural abnor- 
malities in the genital area. 


The development of DES by British scientist 
Edward Dodds (1899-1973) was one in a long line of 
twentieth century medical advances which reflected 
new understanding of the female reproductive system. 
While doctors had observed pregnancy, childbirth, mis- 
carriages, and infertility for centuries, they did not gain 
an understanding of the hormonal functions behind 
these processes until the twentieth century. Through a 
series of discoveries, researchers learned that the proc- 
ess of pregnancy required a complicated series of hor- 
monal triggers to occur successfully. They also learned 
that hormones were critical for the development of 
sexual characteristics in both men and women. 


An early breakthrough was the successful isola- 
tion in 1923 of estrogen, a sex hormone produced in 
women and, to a lesser extent, in men. Initially, the 
natural form of estrogen was extracted from animal 
ovaries, a process that was time-consuming and 
expensive. By 1936, the first synthetic estrogen was 
manufactured from plant steroids. In 1942, DES was 
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Diethylstilbestrol (DES) 


approved by the U.S. Food and Drug Administration 
for use by menopausal women and for several other 
purposes. The drug was not approved for use by preg- 
nant women until 1947, following reports that the 
drug could reduce the incidence of miscarriage. 


At the time DES was first used for pregnant 
women, the substance was seen as a new weapon 
against infertility, stillbirths, and prematurity; at that 
time stillbirths and premature births were thought to 
be caused by a failure of the placenta to produce 
sufficient quantities of progesterone. 


In the observation of practicing physicians, the 
substance appeared to cause no harm. Examination 
of more than 10,000 infants who died of unrelated 
causes during this time did not reveal any DES-linked 
abnormalities. In retrospect, problems did not become 
apparent until the DES infants were no longer infants. 


Signs of trouble 


The largest number of DES prescriptions were 
ordered in 1953. By the middle 1950s, a series of 
studies suggested that DES did not actually help pre- 
vent miscarriages. Yet the drug continued to be given 
to pregnant women throughout the 1960s. Then, in the 
late 1960s, doctors noticed a series of cases of vaginal 
cancer in teenage girls and women in their twenties. 
This was troubling, because vaginal cancer had previ- 
ously been seen primarily in much older women. By 
1971, researchers had definitely linked DES to the 
vaginal cancer cases, and a report of the association 
appeared in the influential New England Journal of 
Medicine. That same year, the FDA prohibited the 
use of DES during pregnancy. 


A total of about 600 cases of cancer of the cervix 
and vagina have been diagnosed in DES daughters. 
Daughters also are at higher risk of structural abnor- 
malities of the reproductive tract and of poor preg- 
nancy outcome. About one-half of all DES daughters 
experience an ectopic pregnancy, a premature birth, or 
a miscarriage. In addition, DES daughters are at a 
higher risk of infertility than women whose mothers 
did not take the drug. 


The most common health problem reported by 
DES daughters is adenosis of the vagina. Adenosis is 
the abnormal development of glandular tissue. This 
occurs in 30% or more of DES daughters. About 25% 
of DES daughters have physical abnormalities of the 
cervix or vagina. Vaginal cancer occurs in less than 1 
per 1,000 females whose mothers took DES. 


Daughters of women who took DES are not the 
only ones at higher risk of health problems. Mothers 
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KEY TERMS 


Adenocarcinoma—Cancer of the glandular tissue. 


Adenosis—Abnormal development or disease of 
the glands. 


Cervix—the front portion, or neck, of the uterus. 


Endometrium—The blood-rich interior lining of 
the uterus. 


Epithelium—tThe layer of cells that covers external 
and internal surfaces of the body. The many types 
of epithelium range from flat cells to long cells to 
cubed cells. 


Mullerian ducts—Paired structures present in the 
early embryo from which some of the reproductive 
organs develop. 


who took DES face a slightly increased risk of breast 
cancer, and anecdotal evidence suggests that DES sons 
have a higher risk of testicular and semen abnormal- 
ities. Infertility and a higher risk of some types of 
cancer have also been reported among some DES sons. 


Effects on the developing embryo 


Various theories to account for the effects of DES 
have been presented. What is clear is that the diseases 
associated with DES derive from structural damage 
of the fetus caused by the drug. The drug is most 
damaging when taken early in pregnancy, when 
the reproductive organs are formed. (Researchers 
have found that daughters of mothers who took DES 
in their eighteenth week of pregnancy or later had 
fewer abnormalities.) One explanation suggests that 
DES exposure causes abnormal development of the 
Mullerian ducts, paired structures present in the early 
embryo. During a normal pregnancy, the Mullerian 
ducts form the female reproductive tract, including the 
uterus, the fallopian tubes, the vagina, and the cervix. 
DES causes the persistence of a type of glandular, or 
secreting, epithelial cell in the vagina. During normal 
development, this type of cell is transformed to a 
squamous, or flattened, cell. The persistence of this 
type of cell, researchers speculate, could make affected 
women more susceptible to a cancer-promoting fac- 
tor. They have also suggested that vaginal cancer does 
not develop until after menstruation begins because 
this susceptible tissue reacts to estrogens released nat- 
urally in women who menstruate. 


To explain the higher rate of premature deliveries 
and infertility in DES daughters, scientists point to the 
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abnormal development of the cervix or endometrium 
in the embryo. Another possible explanation is that 
DES somehow causes defects in the connective tissue 
of the fetal cervix and uterus, so that these organs 
cannot develop normally. 
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[ Diffraction 


Diffraction is the deviation of a traveling wave 
(light, sound, or other) from a straight path that 
occurs when the wave passes around an obstacle or 
through an opening. The importance of diffraction in 
any given situation depends on the relative size of the 
obstacle or opening and the wavelength of the wave 
striking it. The diffraction grating is an important 
device that uses the diffraction of light to produce 
spectra, that is, to spatially separate mixed light into 
its frequency components so that they can be meas- 
ured independently. Diffraction is also fundamental in 
other applications such as x-ray diffraction studies of 
crystals and holography. 


Fundamentals 


All waves are subject to diffraction when they 
encounter an obstacle. Consider the shadow of a flag- 
pole cast by the sun on the ground. From a distance the 
darkened zone of the shadow gives the impression that 
light traveling in a straight line from the sun was 
blocked by the pole. But careful observation of the 
shadow’s edge will reveal that the change from dark 
to light is not abrupt. Instead, there is a gray area along 
the edge that was created by light that was “bent” or 
diffracted at the side of the pole. Moreover, the edge of 
the pole’s shadow grows fuzzier as one traces it from the 
base to the tip; the farther the shadow from the shadow- 
casting object, the more pronounced the diffraction. 
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When a source of waves, such as a light bulb, 
sends a beam through an opening or aperture, a dif- 
fraction pattern will appear on a screen placed behind 
the aperture. The diffraction pattern will look some- 
thing like the aperture (a slit, circle, square) but it will 
be surrounded by some diffracted waves that give it a 
fuzzy appearance. 


If both source and screen are far from the aper- 
ture, the amount of fuzziness is determined by the 
wavelength of the source and the size of the aperture. 
With a large aperture most of the beam will pass 
straight through, with only the edges of the aperture 
causing diffraction, and there will be less “fuzziness.” 
But if the size of the aperture is comparable to the 
wavelength, the diffraction pattern will widen. For 
example, an open window can cause sound waves to 
be diffracted through large angles. 


Fresnel diffraction refers to the case when either 
the source or the screen are close to the aperture. 
When both source and screen are far from the aper- 
ture, the term Fraunhofer diffraction is used. As an 
example of the latter, consider starlight entering a 
telescope. The diffraction pattern of the telescope’s 
circular mirror or lens is known as Airy’s disk, which 
is seen as a bright central disk in the middle of a 
number of fainter rings. This indicates that the image 
of a star will always be widened by diffraction. When 
optical instruments such as telescopes have no defects, 
the greatest detail they can observe is said to be dif- 
fraction-limited. 


Applications 
Diffraction gratings 


The diffraction of light has been taken advantage 
of to produce one of science’s most useful tools, the 
diffraction grating. Instead of just one aperture, a 
large number of thin slits or grooves—as many as 
25,000 per inch—are etched into a material. In making 
these sensitive devices it is important that the grooves 
are parallel, equally spaced, and have equal widths. 


The diffraction grating transforms an incident 
beam of light into a spectrum. This happens because 
each groove of the grating diffracts the beam, but 
because all the grooves are parallel, equally spaced 
and have the same width, the diffracted waves mix or 
interfere constructively so that the different compo- 
nents can be viewed separately. Spectra produced by 
diffraction gratings are extremely useful in applica- 
tions from studying the structure of atoms and mole- 
cules to investigating the composition of stars. 


1319 


uoIRAYIG 


Diffraction grating 


KEY TERMS 


Airy’s disk—The diffraction pattern produced by a 
circular aperture such as a lens or a mirror. 


Bragg’s law—An equation that describes the dif- 
fraction of light from plane parallel surfaces. 


Diffraction limited—The ultimate performance of 
an optical element such as a lens or mirror that 
depends only on the element's finite size. 


Diffraction pattern—The wave pattern observed 
after a wave has passed through a diffracting 
aperture. 


Diffractometer—A device used to produce diffrac- 
tion patterns of materials. 


Fresnel diffraction—Diffraction that occurs when 
the source and the observer are far from the diffrac- 
tion aperture. 


Interference pattern—Alternating bands of light 
and dark that result from the mixing of two waves. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


X-ray diffraction—A method using the scattering of 
x rays by matter to study the structure of crystals. 


X-ray diffraction 


X rays are light waves that have very short wave- 
lengths. When they irradiate a solid, crystal material 
they are diffracted by the atoms in the crystal. But 
since it is a characteristic of crystals to be made up of 
equally spaced atoms, it is possible to use the diffrac- 
tion patterns that are produced to determine the loca- 
tions and distances between atoms. Simple crystals 
made up of equally spaced planes of atoms diffract x 
rays according to Bragg’s Law. Current research using 
x-ray diffraction utilizes an instrument called a diffrac- 
tometer to produce diffraction patterns that can be 
compared with those of known crystals to determine 
the structure of new materials. 


Holography 


When two laser beams mix at an angle on the 
surface of a photographic plate or other recording 
material, they produce an interference pattern of alter- 
nating dark and bright lines. Because the lines are 
perfectly parallel, equally spaced, and of equal width, 
this process is used to manufacture holographic dif- 
fraction gratings of high quality. In fact, any hologram 
(holos—whole: gram—message) can be thought of asa 
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complicated diffraction grating. The recording of a 
hologram involves the mixing of a laser beam and 
the unfocused diffraction pattern of some object. In 
order to reconstruct an image of the object, an illumi- 
nating beam is diffracted by plane surfaces within the 
hologram, following Bragg’s Law, such that an 
observer can view the image with all of its three- 
dimensional detail. 


See also Hologram and holography; Wave 
motion. 


John Appel 


l Diffraction grating 


A diffraction grating is an optical device consist- 
ing of many closely spaced parallel slits or grooves. In 
a transmission type of grating, light passes through the 
narrow transparent slits that lie between the dark lines 
on a glass or plastic plate. In a reflecting grating, light 
is reflected by the many parallel, narrow, smooth sur- 
faces and absorbed or scattered by the lines cut in the 
reflecting surface of the grating. 


During the 1870s, Henry Rowland, a physics pro- 
fessor at Johns Hopkins University, developed a 
machine that used a fine diamond point to rule glass 
gratings with nearly 15,000 parallel lines per inch. 
Today, there are carefully ruled gratings that have as 
many as 100,000 lines per inch. On the other hand, you 
can obtain inexpensive replica gratings reproduced on 
film with 13,400 lines per inch. To diffract very short 
electromagnetic waves, such as x rays, the distance 
between the lines in the grating must be comparable 
to the distance between atoms. Gratings with these 
small separations are obtained by using the regularly 
arranged rows of closely spaced ions found in the 
lattice structure of salt crystals. 


Like a prism, a diffraction grating separates the 
colors in white light to produce a spectrum. The spec- 
trum, however, arises not from refraction but from the 
diffraction of the light transmitted or reflected by the 
narrow lines in the grating. When light passes through 
a narrow opening, it is diffracted (spread out) like 
water waves passing through a narrow barrier. With 
a transmission type diffraction grating, light waves are 
diffracted as they pass through a series of equally 
spaced narrow openings. (A similar effect takes place 
if light is reflected from a reflecting grating.) The beam 
formed by the combination of diffracted waves from a 
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number of openings in a transmission grating forms a 
wave front that travels in the same direction as the 
original light beam. This beam is often referred to as 
the central maximum. 


If the light is not monochromatic, the direction of 
the diffracted beams will depend on the wavelength. 
The first order beam for light of longer wavelength, 
such as red light, will travel at a greater angle to the 
central maximum than the first order beam for light of 
a shorter wavelength, such as blue light. As a result, 
white light diffracted by the grating will form a spec- 
trum along each ordered beam. If light from a glowing 
gas, such as mercury vapor, passes through a diffrac- 
tion grating, the separate spectral lines characteristic 
of mercury will appear. 


Knowing the distance between the slits in the 
grating and the geometry of the interference pattern 
produced by the diffracted light, it is possible to meas- 
ure the wavelength of the light in different parts of the 
spectrum. For this reason, diffraction gratings are 
often used in spectroscopes to examine the spectral 
lines in light emitted by substances undergoing chem- 
ical analysis or collected from astronomical objects. 


An ordinary compact disc, when held at an angle 
to a light source, will produce a spectrum character- 
istic of a reflection grating. The narrow, closely spaced 
grooves in the disc diffract the reflected light and 
produce the interference pattern that separates light 
into colors. A simple transmission grating can be made 
by looking at the light from a showcase filament with 
your eyes nearly closed. Light passing through the 
narrow openings between your eyelashes will be dif- 
fracted and give rise to an interference pattern with its 
characteristic bright and dark bands. 


See also Wave motion. 


i Diffusion 


Diffusion is the movement of molecules along a 
concentration gradient, from an area of high concen- 
tration to one of low concentration. Diffusion pro- 
ceeds until the two concentrations are equal. 
Diffusion occurs in both gases and liquids. 


Molecules always diffuse from areas of high con- 
centration to areas of low concentration. The reverse 
can only occur if an artificial force is applied. The 
difference between the concentration of a substance 
in one area compared to another area is the concen- 
tration gradient. For example, placing ink on the 
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surface of water establishes a concentration gradient 
in which the surface of the water has a high concen- 
tration of ink, and the rest of the water has a low 
concentration. As the ink diffuses, it moves from the 
area of high concentration to the area of low concen- 
tration, eventually resulting in a solution with equal 
concentrations of ink. 


Diffusion takes place not only in liquid solutions, 
but in gases. The odor of bread wafting through a 
house is an example of the diffusion of bread-smell 
chemicals from a high concentration (the area by the 
oven) to a lower concentration (an upstairs bedroom 
that is far away from the oven). 


Diffusion also occurs in cells. Cells are bounded 
by a double membrane composed of lipids. This mem- 
brane is punctured intermittently with tiny pores. The 
membrane of a cell is thus selectively permeable: it 
keeps out certain substances but lets others pass 
through. The substances that pass through move in 
either direction, either into or out of the cell, depend- 
ing on the concentration gradient. For example, very 
small ions pass through the lipid membrane through 
tiny pores in the membrane. Ions move down the 
concentration gradient that exists between the cyto- 
plasm of the cell and the environment outside the cell, 
called the extracellular fluid. The extracellular fluid 
usually contains less ions than the highly concentrated 
cytoplasm, so ions tend to move from the cytoplasm, 
down the concentration gradient, into the extracellu- 
lar fluid. This process is called simple diffusion. 


Substances such as glucose or urea cannot pass 
easily into the cell because their molecules are too 
large, or because they are electrically charged. In 
these cases, the substances need assistance in getting 
across the membrane. Special molecules called carrier 
molecules, situated within the cell membrane, bind to 
glucose and other substances and bring about their 
passage into the cell. Because these substances are 
moving down a concentration gradient, but are 
assisted by carrier molecules, this type of diffusion is 
called carrier-facilitated diffusion. 


The special case of diffusion of water into and out 
of cells is called osmosis. Because osmosis is the dif- 
fusion of water, it is the movement of water from an 
area with a high concentration of water molecules to 
an area with a low concentration of water molecules; 
that is, water diffuses from an area in which water is 
abundant to an area in which water is scarce. Osmosis 
in cells is usually defined in different terms, however. It 
is the movement of water from a low concentration of 
salts to an area with a high concentration of salts, 
across a semi-permeable membrane. 
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Simple diffusion (top) and carrier-facilitated diffusion (bottom) in a red blood cell. (Hans & Cassidy. Courtesy of Gale Group.) 
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Diffusion (of gases) see Gases, properties of 


I Digestive system 


The digestive system is a group of organs respon- 
sible for the conversion of food into absorbable chem- 
icals that are then used to provide energy for growth 
and repair. A number of other names also describe the 
digestive system. Some of those names include the gut, 
digestive tube, alimentary canal, gastrointestinal (GI) 
tract, intestinal tract, and intestinal tube. The digestive 
system consists of the mouth, esophagus, stomach, 
and small and large intestines, along with several 
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glands, such as the salivary glands, liver, gall bladder, 
and pancreas. These glands secrete digestive juices 
containing enzymes that break down the food chemi- 
cally into smaller, more absorbable molecules. In 
addition to providing the body with the nutrients 
and energy it needs to function, the digestive system 
also separates and disposes of waste products ingested 
with the food. 


Food is moved through the alimentary canal by a 
wavelike muscular motion known as peristalsis, which 
consists of the alternate contraction and relaxation of 
the smooth muscles lining the tract. In this way, food is 
passed through the gut in much the same manner as 
toothpaste is squeezed from a tube. Churning is 
another type of movement that takes place in the 
stomach and small intestine, which mixes the food so 
that the digestive enzymes can break down the food 
molecules. 


Food in the human diet consists of carbohydrates, 
proteins, fats, vitamins, and minerals. The remainder 
of the food is fiber and water. The majority of minerals 
and vitamins pass through to the bloodstream without 
the need for further digestive changes, but other 
nutrient molecules must be broken down to simpler 
substances before they can be absorbed and used. 


Ingestion 
Food taken into the mouth is first prepared for 


digestion in a two step process known as mastication. 
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The digestive process 
begins in the mouth, 
where ingested food is 
chewed and softened 
by saliva for about a 
minute. A swallowable 
amount of food is 
separated off from the 
mass by the tongue 
and made into a ball 
called a bolus at the 
back of the mouth. 


Bolus 


Pharynx 


Esophagus 


Stomach 


Gall bladder 


Bile duct 


Duodenum 


intestine 


Pancreas 


Small 
intestine 


Appendix 


Rectum 


In swallowing, the bolus is forced back into the pharynx by 
the tongue; a flap of tissue called the epiglottis covers the 
opening to the larynx and the soft palate closes over the 
opening to the nasal cavity to prevent food from entering 
these respiratory passageways. 


Nasal cavity 


Soft palate 
Tongue 
Epiglottis 


Bolus 


Aprocess called peristalsis takes about three minutes to 
move the bolus into the stomach: muscles that run lengthwise 
on the esophagus contract, shortening the passageway 
ahead of the bolus, and muscles that circle the esophagus 
constrict behind it, pushing it ahead. 


The inner lining of the stomach is wrinkled 
with folds called rugae. As more and more 
food enters the stomach, the rugae smooth 
out, stretching the capacity of the stomach 
to more than a quart (liter). 


Over a two-to-four-hour period, the muscular wall of 

the stomach churns and mashes its contents, and gastric 
juices break down connective tissues within ingested 
meat and kill bacteria, reducing the food to a semisolid 
mixture called chyme. 


Although water, salts, and alcohol pass into the bloodstream 
through the stomach, the major site for nutrient absorpton is 
the small intestine. The breakdown of food is completed by 
enzymes secreted by the pancreas, and by bile secreted by 
the liver and the gall bladder. 


The inner lining of the small 
intestine is composed of up to 
five million tiny, finger like 
projections called villi, which 
increase the rate of nutrient 
absorption by extending the 
surface of the small intestine 
to about five times that of the 
surface of the skin. 


The material that makes the one-to-four-hour journey through the 
small intestine without being digested and absorbed and arrives 
at the large intestine is mostly waste; in a process taking from 10 
hours to several days, water, vitamins, and salts are removed 
and passed on to the bloodstream, and the rest, consisting of 
undigested food, bacteria, small amounts of fat, and cells from 
the walls of the digestive tract, is passed into the rectum, where 


itis eliminated from the body. 
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The digestive process. (Hans & Cassidy. Courtesy of Gale Group.) 


Villus 
Artery 


Vein 


+ Lymph 


vessel 


1323 


wia}sds aAl}sasiq 


Digestive system 


In the first stage, the teeth tear and break down food 
into smaller pieces. In the second stage, the tongue 
rolls these pieces into balls (boluses). Sensory recep- 
tors on the tongue (taste buds) detect taste sensations 
of sweet, salt, bitter, and sour, or cause the rejection of 
bad-testing food. The olfactory nerves contribute to 
the sensation of taste by picking up the aroma of the 
food and passing the sensation of smell on to the brain. 


The sight of the food also stimulates the salivary 
glands. Altogether, the sensations of sight, taste, and 
smell cause the salivary glands, located in the mouth, 
to produce saliva, which then pours into the mouth to 
soften the food. An enzyme in the saliva called amy- 
lase begins the break down of carbohydrates (starch) 
into simple sugars, such as maltose. Ptyalin is one of 
the main amylase enzymes found in the mouth; ptyalin 
is also secreted by the pancreas. 


The bolus of food, which is now a battered, mois- 
tened, and partially digested ball of food, is swallowed, 
moving to the throat at the back of the mouth (phar- 
ynx). In the throat, rings of muscles force the food into 
the esophagus, the first part of the upper digestive 
tube. The esophagus extends from the bottom part of 
the throat to the upper part of the stomach. 


The esophagus does not take part in digestion. Its 
job is to get the bolus into the stomach. There is a 
powerful muscle (the esophageal sphincter), at the 
junction of the esophagus and stomach, which acts 
as a valve to keep food, stomach acids, and bile from 
flowing back into the esophagus and mouth. 


Digestion in the stomach 


Chemical digestion begins in the stomach. The 
stomach, a large, hollow, pouched-shaped muscular 
organ, is shaped like a lima bean. When empty, the 
stomach becomes elongated; when filled, it balloons out. 


Food in the stomach is broken down by the action 
of the gastric juice containing hydrochloric acid and a 
protein-digesting enzyme called pepsin. Gastric juice is 
secreted from the linings of the stomach walls, along 
with mucus, which helps to protect the stomach lining 
from the action of the acid. The three layers of powerful 
stomach muscles churn the food into a fine semi-liquid 
paste called chyme. From time to time, the chyme is 
passed through an opening (the pyloric sphincter), 
which controls the passage of chyme between the stom- 
ach and the beginning of the small intestine. 


Gastric juice 


There are several mechanisms responsible for the 
secretion of gastric juice in the stomach. The stomach 
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begins its production of gastric juice while the food is 
still in the mouth. Nerves from the cheeks and tongue 
are stimulated and send messages to the brain. The 
brain in turn sends messages to nerves in the stomach 
wall, stimulating the secretion of gastric juice before the 
arrival of the food. The second signal for gastric juice 
production occurs when the food arrives in the stomach 
and touches the lining. This mechanism provides for 
only a moderate addition to the amount of gastric juice 
that was secreted when the food was in the mouth. 


Gastric juice is needed mainly for the digestion of 
protein by pepsin. If a hamburger and bun reach the 
stomach, there is no need for extra gastric juice for the 
bun (carbohydrate), but the hamburger (protein) will 
require a much greater supply of gastric juice. The 
gastric juice already present will begin the break 
down of the large protein molecules of the hamburger 
into smaller molecules: polypeptides and peptides. 
These smaller molecules in turn stimulate the cells of 
the stomach lining to release the hormone gastrin into 
the bloodstream. 


Gastrin then circulates throughout the body, and 
eventually reaches the stomach, where it stimulates the 
cells of the stomach lining to produce more gastric 
juice. The more protein there is in the stomach, the 
more gastrin will be produced, and the greater the 
production of gastric juice. The secretion of more 
gastric juice by the increased amount of protein in 
the stomach represents the third mechanism of gastric 
juice secretion. 


Alexis St. Martin’s stomach 


An understanding of the complex mechanisms of 
gastric Juice secretion began with American army doc- 
tor William Beaumont (1785-1853). He was able to 
directly observe the process of digestion in the stomach 
from the wound of a soldier named Alexis St. Martin. 


In 1822, Beaumont treated the soldier for an acci- 
dental gunshot wound. This wound left a large hole 
in the left side of St. Martin’s body, tearing away parts 
of the ribs, muscles, and stomach wall. When the 
wound healed, the stomach wall had grown to the 
outer body wall, leaving a permanent hole from the 
outer body to the interior of the stomach. When St. 
Martin ate, bandages were needed to keep the food 
in place. For the first time in medical history, a physi- 
cian was able to study the inner workings of the stom- 
ach. Beaumont’s observations and experiments on 
St. Martin’s stomach extended over 11 years. 


In that time, he observed the secretion of gastric 
juice and placed the fluid from St. Martin’s stomach 
on a piece of meat. There he could observe the 
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The human digestive system. (Argosy. The Gale Group.) 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Salivary glands 


Esophagus 


Stomach 


Duodenum 


Colon 


Small intestine 


1325 


wia}sds aAl}sasiq 


Digestive system 


digestion of protein. He was also able to observe the 
churning movements of the stomach when food 
entered it. Beaumont’s investigation of St. Martin’s 
stomach laid the groundwork for later investigations 
into the complexities of the digestive process. 


Digestion and absorption in the small 
intestine 


While digestion continues in the small intestine, it 
also becomes a major site for the process of absorp- 
tion, that is, the passage of digested food into the 
bloodstream, and its transport to the rest of the body. 


The small intestine is a long, narrow tube, about 
20 ft (6 m) long, running from the stomach to the large 
intestine. The small intestine occupies the area of the 
abdomen between the diaphragm and hips, and is 
greatly coiled and twisted. The small intestine is lined 
with muscles that move the chyme toward the large 
intestine. The mucosa, which lines the entire small 
intestine, contains millions of glands that aid in the 
digestive and absorptive processes of the digestive 
system. 


The small intestine, or small bowel, is sub-divided 
by anatomists into three sections, the duodenum, the 
jejunum, and the ileum. The duodenum is about 1 ft 
(0.3 m) long and connects with the lower portion of the 
stomach. When fluid food reaches the duodenum it 
undergoes further enzymatic digestion and is sub- 
jected to pancreatic juice, intestinal juice, and bile. 


The pancreas is a large gland located below the 
stomach that secretes pancreatic juice into the duodenum 
via the pancreatic duct. Three enzymes in pancreatic juice 
digest carbohydrates, lipids, and proteins. Amylase (the 
enzyme found in saliva) breaks down starch into simple 
sugars such as maltose. The enzyme maltase in intestinal 
juice completes the break down of maltose into glucose. 


Lipases in pancreatic juice break down fats into 
fatty acids and glycerol, while proteinases continue the 
break down of proteins into amino acids. The gall 
bladder, located next to the liver, secretes bile into 
the duodenum. While bile does not contain enzymes, 
it contains bile salts and other substances that help to 
emulsify (dissolve) fats, which are otherwise insoluble 
in water. Breaking the fat down into small globules 
allows the lipase enzymes a greater surface area for 
their action. 


Chyme passing from the duodenum next reaches 
the jejunum of the small intestine, which is about 3 ft 
(0.91 m) long. Here, in the jejunum, the digested 
breakdown products of carbohydrates, fats, proteins, 
and most of the vitamins, minerals, and iron are 
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absorbed. The inner lining of the small intestine is 
composed of up to five million tiny, fingerlike projec- 
tions called villi. The villi increase the rate of absorp- 
tion of the nutrients into the bloodstream by extending 
the surface of the small intestine to about five times 
that of the surface area of the skin. 


There are two transport systems that pick up the 
nutrients from the small intestine. Simple sugars, 
amino acids, glycerol, and some vitamins and salts 
are conveyed to the liver in the bloodstream. Fatty 
acids and vitamins are absorbed and then transported 
through the lymphatic system, the network of vessels 
that carry lymph and white blood cells throughout the 
body. Lymph eventually drains back into the blood- 
stream and circulates throughout the body. 


The last section of the small intestine is the ileum. 
It is smaller and thinner-walled than the jejunum, and 
it is the preferred site for vitamin Bz absorption and 
bile acids derived from the bile juice. 


Absorption and elimination in the large 
intestine 


The large intestine, or colon, is wider and heavier 
then the small intestine, but much shorter—only about 
4 ft (1.2 m) long. It rises up on one side of the body (the 
ascending colon), crosses over to the other side (the 
transverse colon), descends (the descending colon), 
forms an s-shape (the sigmoid colon), reaches the 
rectum, and anus, from which the waste products of 
digestion (feces or stool), are passed out, along with 
gas. The muscular rectum, about 5 in (13 cm) long, 
expels the feces through the anus, which has a large 
muscular sphincter that controls the passage of waste 
matter. 


The large intestine extracts water from the waste 
products of digestion and returns some of it to the 
bloodstream, along with some salts. Fecal matter con- 
tains undigested food, bacteria, and cells from the 
walls of the digestive tract. Certain types of bacteria 
of the large intestine help to synthesize the vitamins 
needed by the body. These vitamins find their way to 
the bloodstream along with the water absorbed from 
the colon, while excess fluids are passed out with the 
feces. 


Liver 


The liver is the largest organ in the body and plays 
a number of vital roles, including metabolizing the 
breakdown products of digestion, and detoxifying 
substances that are harmful to the body. The liver 
also provides a quick source of energy when the need 
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arises and it produces new proteins. Along with the 
regulation of stored fats, the liver also stores vitamins, 
minerals, and sugars. The liver controls the excretion 
and production of cholesterol and metabolizes alcohol 
into a mild toxin. The liver also stores iron, maintains 
the hormone balance, produces immune factors to 
fight infections, regulates blood clotting, and produces 
bile. 


The most common liver disorder in the United 
States and other developed countries is cirrhosis of 
the liver. The main cause for this disease is alcoholism. 
Cirrhosis is characterized by the replacement of 
healthy liver cells by fibrous tissue. The replacement 
process is gradual and extends over a period of two to 
ten years to complete. There is no cure for the disease. 
Symptoms may not be noticed in its early develop- 
ment, but in its advanced stages there are a number 
of symptoms and the condition can lead to coma. 
Close medical attention is required to treat the disease. 


Another common liver disorder is hepatitis. It is 
an inflammation of the liver caused by viruses. The 
most noticeable symptom of this disease is jaundice, 
that is, the skin, eyes, and urine turn yellow. The nine 
viruses known to cause hepatitis include Hepatitis A, 
B, C, D, and E; the recently discovered F and G 
viruses; and two herpes viruses (Epstein-Barr and 
cytomegalovirus). 


Gallbladder 


The gallbladder lies under the liver and is con- 
nected by various ducts to the liver and the duodenum. 
The gallbladder is a small hollow organ resembling a 
money pouch. Its main function is to store bile until it 
is concentrated enough to be used by the small intes- 
tine. The gall bladder can store about 2 oz (57 g) of 
bile. Bile consists of bile salts, bile acids, and bile pig- 
ments. In addition, bile contains cholesterol dissolved 
in the bile acids. If the amount of cholesterol in the bile 
acids increases or the amount of acid decreases, then 
some of the cholesterol will settle out of the acid to 
form gallstones that accumulate and block the ducts to 
the gallbladder. 


Infection in the gallbladder can be another cause 
for gallstones. Gallstones may be in the gallbladder for 
years without giving any signs of the condition, but 
when they obstruct the bile duct they cause consider- 
able pain and inflammation. Infection and blockage of 
the bile flow may follow. Surgical removal of the 
gallbladder may be necessary to treat this condition. 
Since the liver both produces and stores sufficient 
amounts of bile, the loss of the gallbladder does not 
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interfere with the digestive process provided fat intake 
in the diet is regulated. 


If the gallstones contain mainly cholesterol, drug 
treatment for gallstones may be possible. Nevertheless, 
if there is too much other material in the gallstones, 
surgery may still be necessary. Even after drugs and 
diet have treated the condition successfully, the condi- 
tion can return. The drug treatment takes years to 
dissolve the gallstones. 


Appendix 


The appendix is a hollow finger-like projection 
that hangs from the occum at the junction between 
the small intestine and the large intestine. The appen- 
dix does not function in humans; however, in some 
animals, such as rabbits, the appendix is rather large 
and helps in the digestion of cellulose from bark and 
wood, which rabbits eat. The appendix in humans is 
therefore a vestigial organ, which may have had uses 
for earlier types of ancestral human digestive processes 
before the evolution of Homo sapiens. 


If food gets trapped in the appendix, an irritation 
of its membranes may occur leading to swelling and 
inflammation, a condition known as appendicitis. If 
the condition becomes serious, removal of the appen- 
dix is necessary to avoid a life-threatening condition if 
it were to rupture. 


Pancreas 


When food reaches the small intestine, the pancreas 
secretes pancreatic juices. When there is no food in the 
small intestine, the pancreas does not secrete its juices. 
The economy of this process puzzled researchers who 
wondered what the mechanism for this control might 
be. In 1902, Sir William Bayliss (1860-1924) and Ernest 
Starling (1866-1927), two British physiologists, con- 
ducted experiments to find the answer. They reasoned 
that the same mechanism that initiated gastric juices 
when food first enters the mouth might be the same 
mechanism for releasing the flow of pancreatic juices. 


These researchers made an extract from the lining 
of the small intestine and injected it into an experi- 
mental animal. The extract caused the animal to 
secrete large amounts of pancreatic juice. They con- 
cluded that the extract from the intestinal lining must 
have some substance responsible for the flow, which 
they named secretin. The experiment gave the first real 
proof for the existence of hormones, substances 
secreted by one group of cells that travel around the 
body which target other groups of cells. 
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KEY TERMS 


Amylase—A digestive enzyme found in saliva and 
the pancreas that breaks down carbohydrates to sim- 
ple sugars. 

Bile—A greenish yellow liquid secreted by the liver 
and stored in the gall bladder that aids in the diges- 
tion of fats and oils in the body. 

Gastric juice—Digestive juice produced by the 
stomach wall that contains hydrochloric acid and 
the enzyme pepsin. 

Gastrin—A hormone produced by the stomach lin- 
ing in response to protein in the stomach that produ- 
ces increased gastric juice. 


Helicobacter pylori—Recently discovered bacteria 
that live in gastric acids and are believed to be a 
major cause of most stomach ulcers. 


Lower esophageal sphincter—A strong muscle ring 
between the esophagus and the stomach that keeps 


Insulin is another important hormone secreted by 
a group of cells within the pancreas called the islets of 
Langerhans, which are part of the endocrine system 
rather than the digestive system. Insulin released into 
the bloodstream targets liver and muscle cells. It 
allows them to take excess sugar from the blood and 
store it in the form of glycogen. When the pancreas 
does not produce sufficient insulin to store dietary 
sugar, the blood and urine levels of sugar reach dan- 
gerous levels. Diabetes mellitus is the resultant disease. 
Mild cases can be controlled by a properly regulated 
diet, but severe cases require the regular injection of 
insulin. 


Disorders of the digestive system 


Several disorders of the esophagus are esophagitis, 
esophageal spasm, and esophageal cancer. Esophagitis 
(heartburn) is an inflammation of the esophagus usu- 
ally caused by the reflux of gastric acids into the esoph- 
agus and is treated with (alkalis) antacid. Esophageal 
spasm is also caused by acid reflux and is sometimes 
treated with nitroglycerine placed under the tongue. 
Esophageal cancer can be caused by smoking and is 
generally fatal. 


Disorders of the stomach include hiatal hernia, 
ulcers, and gastric cancer. A hiatal hernia occurs 
when a portion of the stomach extends upwards into 
the thorax through a large opening in the diaphragm. 
People over the age of 50 years often contract the 
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gastric juice, and even duodenal bile from flowing 
upwards out of the stomach. 


Lymphatic system—The transport system linked to 
the cardiovascular system that contains the immune 
system and also carries metabolized fat and fat solu- 
ble vitamins throughout the body. 


Mucosa—The digestive lining of the intestines. 


Nutrients—Vitamins, minerals, proteins, lipids, and 
carbohydrates needed by the body. 


Peristalsis—The wavelike motion of the digestive 
system that moves food through the digestive 
system. 


Villi—Finger-like projections found in the small 
intestine that add to the absorptive area for the 
passage of digested food to the bloodstream and 
lymphatic system. 


illness. Stomach ulcers are sores that form in the lining 
of the stomach. They may vary in size from a small 
sore to a deep cavity, surrounded by an inflamed area, 
sometimes called ulcer craters. Stomach ulcers and 
ulcers that form in the esophagus and in the lining of 
the duodenum are called peptic ulcers because they 
need stomach acid and the enzyme pepsin to form. 
Duodenal ulcers are the most common type. They 
tend to be smaller than stomach ulcers and heal more 
quickly. Ulcers that form in the stomach lining are 
called gastric ulcers. As of 2005, about six million 
people in the United States have ulcers and 20% of 
those have gastric ulcers. About 10% of all adults in 
the United States will have an ulcer at some point in 
their lives. Those people who are at most risk for ulcers 
are those who smoke, middle-age and older men, 
chronic users of alcohol, and those who take anti- 
inflammatory drugs, such as aspirin and ibuprofen. 


Until 1993, the general belief in the medical com- 
munity concerning the cause of stomach ulcers was 
that there were multiple factors responsible for their 
development. By 1993 there was mounting evidence 
that an S-shaped bacterium, Helicobacter pylori, could 
be one of the factors causing ulcers. Helicobacter 
pylori live in the mucous lining of the stomach near 
the surface cells and may go undetected for years. 
Researchers argued that irritation to the stomach 
caused by the bacteria weakened the lining, making it 
more susceptible to damage by acid and resulting in 
the formation of ulcers. 
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Barry James Marshall (1951-—), an Australian gas- 
troenterologist, was the chief proponent of the theory 
that stomach ulcers are caused by H. pylori infections, 
rather than a multiple factor explanation, such as 
stress or poor diet. Although Marshall was discour- 
aged by his colleagues from pursuing this line of 
research, he demonstrated his hypothesis by swallow- 
ing a mixture containing H. pylori. Marshall soon 
developed gastritis, which is the precursor condition 
to ulcers. 


The treatment of ulcers has undergone a radical 
change with Marshall’s discovery that stomach ulcers 
are caused by H. pyloriinfections. Ulcer patients today 
are being treated with antibiotics and antacids rather 
than special diets or expensive medicines. It is believed 
that about 80% of stomach ulcers may be caused by 
the bacterial infection, while about 20% may be from 
other causes, such as the use of anti-inflammatory 
medicines. 


Resources 
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Digital and analog see Digital Recording 


Digital audio tape see Magnetic recording/ 
audiocassette 


4 Digital recording 


Digital recording is the preservation of audio or 
visual signals as a series of binary numbers that can be 
stored on magnetic tape, optical disc, or other digital 
storage media. Similar techniques are used to record a 
wide range of scientific, monetary, and engineering data. 


To make a digital recording, an analog-to-digital 
converter transforms the electrical audio waveform 
from a microphone or an analog visual image into 
digital information. Images may also be generated 
digitally by a digital camera, without any intermediate 
analog signal. The system that plays back or reads out 
the sound or image translates the binary code back 
into analog signals using a digital-to-analog converter. 
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Digital tape players, compact disc players, video disc 
players, and CD-ROM (Compact Disc—Read-Only 
Memory) players in home computers utilize digital- 
to-analog converters to play back audio and video 
codes. Analog-to-digital and digital-to-analog con- 
verters are implemented on single chips. 


Analog versus digital recording 


Analog recordings were the only ones widely 
made until the digital revolution of the 1970s. They 
used a variety of methods that are now more or less 
outdated, like long-playing (LP) records, eight-track 
tapes (on either metal or magnetic tape), and audio- 
cassette tapes. From early in the twentieth century 
until the 1970s, the analog system seemed ideally 
suited to recording; however, with the computer revo- 
lution that occurred late in the century, the high speed 
and other characteristics of digital processing made 
digital recording not only possible but increasingly 
superior for many applications, as did steadily falling 
costs due to mass production of computers, optical 
discs, laser players, and other devices. Digital record- 
ing, when properly implemented, more easily achieves 
high fidelity (accuracy of reproduction) because it 
provides a wide dynamic range and low noise and 
distortion. 


Digital recording formats 


The most familiar audio system, the compact disc, 
uses a laser beam player to read the digital information 
coded on the disc. Digital audio tape (DAT) became 
available in the late 1980s. It uses magnetic tape and a 
specialized DAT recorder with a microprocessor to con- 
vert audio signals to digital data during recording and to 
switch the data back to analog signals for playback. DAT 
systems are available to the average consumer but are 
used extensively by professionals. In the early 2000s, they 
have fallen gradually out of favor because of their greater 
expense relative to optical media and compact, high- 
capacity hard drives such as those found in personal 
MP3 players. Digital compact cassette recorders can 
play both DAT tapes and the analog tape cassettes that 
are more common; again, however, this is a technology 
that is fading rather than growing. 


Video systems parallel audio methods. Compact 
discs for video recordings were initially considered 
impractical because of the sheer quantity of data to 
be encoded, so larger-diameter laser discs were devel- 
oped. Laser discs (also called videodiscs) store audio 
information in digital form and video as analog data. 
Analog videotapes in Beta and VHS formats (both 
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analog forms) were, however, for many years easier to 
mass-produce at smaller cost. Another part of the 
video problem was that video could be recorded on 
compact discs, but the level of fidelity of the disc was 
better than any television could reproduce. The video 
recording industry had to wait for televisions to catch 
up. In the late 1990s, high-definition television 
(HDTV) became available, and the digital video disc 
(DVD) and DVD players rapidly became more popu- 
lar in anticipation of better television technology. The 
DVD (digital video disc or digital versatile disc) can 
accommodate all the sound and video needed for a 
movie because it holds about five billion bytes of data; 
high-density and multi-layer versions may soon hold 
several times as much (prototypes already do, but as of 
2006 they were not yet widespread in the consumer 
market). A typical CD-ROM for home computer use 
stores only 700 million bytes. 


Digital cameras were also introduced in 1997, the 
same year that DVD players were first widely sold. 
Improvement of HDTV was given a push by govern- 
ment; a phase-out of nondigital TV signals is to occur 
over 10 years (beginning in 1998) to be replaced by the 
digital images from satellites, digital network broad- 
casts, and DVD sources. Cable systems are also con- 
verting to digital signals. 


Advances in the home computer industry are 
closely linked with audio and video digital recording 
systems. First, home computers have increasingly 
included audio and video playback systems. Second, 
the mergers of audio and video giants with Internet 
firms have shown that all these services may soon be 
provided directly to our homes through one cable, 
phone line, or other shared system. And third, the 
technology for putting more and better information 
on a compact disc has made the disc the leading 
medium for sound recordings (as the compact disc), 
video (in the form of DVDs), and information (CD- 
ROMs and recordable and erasable CDs for data, 
sound, and video). Erasable and recordable compact 
discs are called CD-Es and CD-Rs, respectively; fol- 
lowing their introduction in the late 1990s, the equip- 
ment for using them (with home sound systems and 
computers) quickly became affordable. The DVD also 
has a close relative for computer data storage called 
the DVD disc drive that replaces the CD-ROM in some 
personal computers (PCs). Eventually, technology may 
produce a single type of disc that can be encoded and 
played back by computer, audio recorder/players, and 
video recorder/players (depending, of course, on the 
information on the disc); or, discs themselves may be 
supplanted by nonvolatile random-access memory 
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chips, doing away altogether with moving parts in the 
recording and playback process. 


Advantages and complexities of digital 
recording 


Recording, particularly of music and video 
images, consumes large amounts of digital memory. 
Consumer-style tape recording, though convenient 
and easy, could not easily store large quantities of 
digital data and play it back at high speed until the 
development of the DAT tape. (Ordinary audiocas- 
settes could be, and were, used to store digital data on 
occasion, but with low efficiency.) On CDs and other 
disc formats read by laser, the physical structure uses 
“lands” or slightly raised areas and the low stretches or 
“pits” between them to encode the zeros and ones. 


The sampling frequency used in converting from 
analog to digital is critical to sound recording. The 
analog signal is measured or sampled many times per 
second—tens of thousands of times—and these sam- 
ples constitute a picture or recording of the changing 
analog wave over time. Increasing the sampling fre- 
quency improves the sound quality by providing a 
more perfect picture of the analog waveform, but 
requires greater data storage. The system of using a 
binary word (set of bits) to stand for each regularly 
spaced sample of an analog waveform is called pulse 
code modulation. Pulse code modulation is actually an 
old development in the history of recordings. It was 
developed in 1939 by A. H. Reeves, but it took elec- 
tronic technology many years to find practical uses for 
Reeves’ invention. 


Resolution is another important specification and 
describes the number of bits used to represent the 
amplitude of an instant on the recording. Each bit 
doubles the possibility for representing instantaneous 
amplitude levels. Typically, 14-bit resolution is used to 
give a range of 16,384 possibilities for representing 
instantaneous amplitude values. 


Recording media are all imperfect, thanks to 
specks of dust or other contamination that prevents 
equipment from imprinting the data on the medium. 
In analog recording, imperfections take the form of 
audible noise; in digital recording, they cause errors in 
the bit stream, which may translate to noise or to failed 
playback. To deal with this problem, error correction- 
codes are built into the data stream. Some of these 
error correction codes can be very complex, and they 
also cause the data to consume more storage space. 
The result, however, is highly reliable playback of 
discs at reasonable levels of dust and scratching. 
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KEY TERMS 


Bit and byte—A bit is the smallest element repre- 
senting data in a computer’s memory. A byte con- 
sists of eight bits that the computer processes as a 
unit. 

High density—In recording systems, the ability to 
store large audio, video, or information files in a 
small space. 


Analog systems also have the disadvantage that, 
when a recording is played back and rerecorded, dis- 
tortion is increased. Each subsequent copy will be audi- 
bly worse. In a digital recording system, this distortion 
does not occur. The master recording may have mini- 
mal quantization errors, but these do not compound 
when copies are made: copying is simply a matter of 
copying a string of numbers. In this case, the zero-or- 
one character of the digital world works to an advant- 
age because the copy is equally absolute unless the 
digital recording is reconverted to an analog signal. 
Thousands of copies can be made from a digital master 
without distortion; similarly, digital media on CDs can 
be played back thousands of times without distortion. 


The future of digital recording 


Recordable and erasable CDs are giving the com- 
pact disc greater versatility. Compact disc recorders 
allow the user to record audio from various sources on 
CDs. The recorders require attentive use because the 
recording procedure depends on the type, quality, and 
input device of the source material. If the source is a 
CD that can be played on a machine with digital 
optical output, it can be connected directly to the CD 
recorder as input and be dubbed like an audiotape. 
The recorder evaluates the sonic range of the original 
and digitally synchronizes it; if tracks are recorded 
from several CDs, the recorder must resynchronize 
with each track. 


Erasable CDs followed recordable CDs quickly. 
Erasable CDs (CD-RWs and DVD-RWs) can be over- 
written at will, with manufacturers claiming cycle life- 
times of 1,000 erasures. High-density CDs are also 
being developed and are anticipated by the music 
industry because they can store music detail more 
completely. Enhanced audio CDs include music vid- 
eos, lyrics, scores that the home musician can play, and 
interviews with the musicians. Enhanced audio CDs 
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can be played on a CD-ROM drive and viewed on a 
monitor or connected television set. 


Since 2001, when the iPod was introduced, digital 
music (with, more recently, integrated video) has 
become the definitive listening experience for scores 
of millions of people. Relatively few people, and fewer 
each day, are listening to music stored in any analog 
form. Digital sound was once advertised as music’s 
future; by 2006, it was more accurate to recall analog 
recording as music’s past. 
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Digital signals see Analog signals and digital 
signals 


I Digitalis 


Digitalis is a drug that has been used for centuries 
to treat heart disease. The active ingredient in the drug 
is glycoside, a chemical compound that contains a 
sugar molecule linked to another molecule. The glyco- 
side compound can be broken down into a sugar and 
nonsugar compound. Though current digitalis drugs 
are synthetic, that is, artificially made, early forms of 
the drug were derived from a plant. 


Digitalis is a derivative of the plant Digitalis pur- 
purea, or purple foxglove. The plant’s name, Digitalis 
(from the Latin digit, finger) describes the finger- 
shaped purple flowers it bears. English physician 
William Withering (1741-1799), who experimented 
with the extract in fowls and humans, first observed 
the effects of the plant extract on the heart in the late 
eighteenth century. 


Withering’s keen interest in botany led him to collect 
plant specimens, as did his love for one of his patients 
(whom he married), a flower painter. Withering noted 
that old country women used foxglove to treat dropsy 
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(edema), an accumulation of fluids caused by a failing 
heart. Willing to consider these old wives’ tales, 
Withering embarked on a detailed study of digitalis. He 
determined the most effective treatment form—a powder 
made from dried leaves picked just before the plant 
blossomed—and, of critical importance, the correct dos- 
age for different cardiac conditions. Equally important, 
Withering established clear standards for when to dis- 
continue administration of the drug, which can be toxic 
when used in excessive amounts. 


Withering reported his results in a treatise enti- 
tled, “The Foxglove and an Account of its Medical 
Properties, with Practical Remarks on Dropsy.” His 
explanations of the effects of foxglove on the heart 
have not stood up to the test of time, but his prediction 
that it could be “converted to salutary ends” certainly 
has. Indeed, digitalis remains the oldest drug in use for 
the treatment of heart disease, as well as the most 
widespread, in use today. 


The active principles of digitalis eluded researchers 
until the mid-1800s. French scientists Augustin 
Homolle and Théodore Ouevenne won a cash prize in 
1844 from the Societe de Pharmacie in Paris (France) 
when they isolated digitalin. Oscar Schmiedeberg 
(1838-1921) isolated the highly potent digitoxin in 
1875. English chemist Sydney Smith obtained digoxin 
from woolly foxglove (Digitalis lanata) in 1930. 


The digitalis drugs come in many forms, differing 
in their chemical structure. As a group, they are classi- 
fied as cardiac inotropes. Cardiac, of course, refers to 
the heart. An inotrope is a substance that has a direct 
effect on muscle contraction. Positive inotropism is an 
increase in the speed and strength of muscle contrac- 
tion, while negative inotropism is the opposite. Digitalis 
has a positive inotropic effect on the heart muscle. 


How digitalis is used 


Digitalis is used to bolster the ailing heart in con- 
gestive heart failure. In this condition, the heart 
muscle has stretched while straining to pump blood 
against a back pressure. The back pressure may be 
caused by high blood pressure, or it may be the result 
of a leak caused by a faulty aortic valve or a hole in the 
wall (septum) dividing the right and left halves of the 
heart. When these conditions occur, the heart muscle, 
or myocardium, must exert greater and greater pres- 
sure to force blood through the body against the 
resistant force. Over time, the strain will stretch the 
heart muscle, and the size of the heart increases. As 
the heart muscle changes in these ways, its pumping 
action becomes less and less effective. Congestive 
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heart failure occurs when the myocardium has been 
stretched too far. At this juncture the patient must 
have a heart transplant or he/she will die. 


The administration of digitalis, however, can fore- 
stall the critical stage of the disease. Digitalis has a 
direct and immediate effect on the myocardium. By a 
mechanism not well understood, digitalis increases the 
levels of intracellular calcium, which plays an important 
role in the contraction of the muscles. Almost as soon as 
the drug has been administered, the heart muscle begins 
to contract faster and with greater force. As a result, its 
pumping efficiency increases and the supply of blood to 
the body is enhanced. Digitalis also tends to bring about 
a decrease in the size of the ventricles of the failing heart 
as well as a reduction in wall tension. 


In addition to its immediate effect on the heart 
muscle, the drug affects the autonomic nervous sys- 
tem, slowing the electrical signal that drives the heart- 
beat. As heart contractions become more efficient, the 
heart rate slows. For this reason, the drug is said to 
have a negative chronotropic effect (the prefix chrono 
refers to time). 


As digitalis stabilizes the myocardium, appropri- 
ate steps can also be taken to correct the original cause 
of the disease, if possible. The patient’s blood pressure 
can be lowered with medications, or heart surgery can 
be performed to replace a faulty valve or patch a hole 
in the septum. When it is not possible to improve 
cardiac function by other means, the patient can be 
maintained on digitalis for many years. 


Risks and side effects 


The effect of digitalis is dose related. The higher 
the dose, then the more pronounced the cardiac reac- 
tion. The immediate and direct effect of the drug dic- 
tates that the physician closely monitor the patient and 
adjust the digitalis dosage as needed to provide the 
corrective effect. At the same time, the physician 
should be careful not to institute a toxic reaction. 
Digitalis is a very potent and active drug and can 
quickly create an overdose situation if the patient is 
not closely watched. In the case of an overdose, the 
patient’s heart will begin to beat out of rhythm 
(arrhythmia) and very rapidly (tachycardia). In addi- 
tion, the drug may affect the nervous system and cause 
headaches, vision problems such as blurring and light 
sensitivity, and sometimes convulsions. 


Withering already recognized the toxicity of digi- 
talis and warned against the careless administration of 
the drug in too high a dose. Despite Withering’s warn- 
ings, physicians in the early nineteenth century often 
overdosed their patients. Consequently, the drug was 
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KEY TERMS 


Aortic valyve—The one-way valve that allows 
blood to pass from the heart’s main pumping cham- 
ber, the left ventricle, into the body’s main artery, 
the aorta. 


Cardiologist—A physician who specializes in the 
diagnosis and treatment of heart disease. 


Myocardium—tThe heart muscle. 


Oxygenation—The process, taking place in the 
lungs, by which oxygen enters the blood to be 
transported to body tissues. 


Septum—The wall that divides the right side of the 
heart (which contains used blood that has been 
returned from the body) from the left side of the 
heart (which contains newly oxygenated blood to 
be pumped to the body). 


considered too dangerous for the greater part of the 
nineteenth century and was used little. Later in the 
same century, however, the beneficial properties of 
digitalis were reassessed, and the drug became an 
essential element in the cardiologist’s pharmacopeia. 


Other drugs to treat diseases have been developed 
over time, of course, but none has replaced digitalis as 
the standard therapy for heart failure. A drug of 
ancient lineage, digitalis remains one of the most reli- 
able and most used medicines. 
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Larry Blaser 


| Dik-diks 


Dik-diks (genus Madoqua) are small (dog-sized) 
African antelopes in the subfamily Neotraginae of the 
family Bovidae, which includes cattle, sheep, and goats, 
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A Kirk’s dik-dik. (Renee Lynn. The National Audubon Society 
Collection/Photo Researchers, Inc.) 


as well as antelopes, gazelles, and impalas. Other dwarf 
antelopes including beiras, grysboks, and steenboks, 
are also classified with the dik-diks in the subfamily 
Neotraginae. Like all bovids, dik-diks have even-toed 
hooves, horns, and a four-chambered stomach. There 
are four species of dik-dik—Kirk’s (M._ kirkii), 
Giinther’s (MM. guentheri), Salt’s (M. saltiana), silver 
(M. piacentinii), as well as a number of subspecies. 


Dik-diks weigh only up to 12 lb (6 kg), stand a 
little over 1 ft (40 cm) in height at the shoulders, and 
are less than 2 ft (67 cm) in length. They are found in 
the Horn of Africa, East Africa, and in some parts of 
southwest Africa. In spite of their small size, dik-diks 
are heavily hunted for their skin, which is used to make 
gloves. These small antelopes have big eyes, a pointed 
snout, and a crest of erect hair on their forehead. They 
can withstand prolonged high temperatures because of 
their ability to cool down by nasal panting. 


Habitat and diet 


Dik-diks live in arid bush country and eat a diet of 
fallen leaves, green leaves, and fruit. This diet is 
digested with the aid of microorganisms in the dik- 
dik’s four-chambered stomach and by the regurgitation 
and rechewing of food (chewing the cud). Because of 
their small size, the dik-dik’s rumination process is 
much faster than in larger hoofed animals. With the 
reduction of forest habitat in Africa over the past 
12 million years, it is believed that the small size of 
animals like the dik-dik has been favorable to their 
survival. 


The dik-dik, like all cud-chewing animals, has a 
specialized jaw and tooth structure that is adaptable to 
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its diet. The front part of the dik-dik jaw is large 
compared to the brain area of its skull. The jaws 
come together elongated, and there are no teeth at 
the end of the upper jaw. The overall structure func- 
tions like a shovel that can tear off great quantities of 
food at a fast pace and then chop it up for the rumi- 
nation process. 


Social organization 


A male and a female dik-dik form a permanent pair 
bond and together they occupy a territory 12-75 acres 
(5-30 ha) in size. The female is slightly larger than the 
male, which reflects her greater role in caring for her 
offspring. Dik-diks give birth twice a year (coinciding 
with the rainy seasons) to one offspring at a time. For 
the first few weeks after its birth, the young dik-dik lies 
hidden in the bush. Its mother makes contact by bleat- 
ing sounds which are answered by the offspring. 


Like other dwarf antelopes, dik-diks have efficient 
scent glands that are used to mark their territory. 
These glands are located in the front part of the eyes 
(suborbital glands) and on their hooves. Dik-diks are 
therefore able to mark both the ground and bushes of 
their territory with their scents. 


Territorial behavior 


Another distinctive aspect of dik-dik territorial 
behavior is a ritual that accompanies defecation and 
urination. The female urinates first, then defecates on 
a pile of dung that marks their territory. The male 
waits behind her while she squats during this activity. 
He then sniffs, scrapes, squats, and deposits his urine 
and feces over the female’s. Some scent marking of 
neighboring plants is also part of this ritual. There can 
be between 6-13 such locations around a dik-dik pair’s 
territory. 


The male dik-dik defends the territory from both 
male and female intruders. Generally, conflicts over 
territory are infrequent. While rival males will engage 
in a rushing ritual, they rarely attack one another 
physically. The offspring of a dik-dik pair is allowed 
to remain in the territory until it reaches maturity, 
which is about six months for females and twelve 
months for male offspring. The male dik-dik usually 
intervenes when the mature male offspring tries to 
approach the mother. The adult male challenge leads 
to submissive behavior by the younger male. 
Eventually, the male or female offspring are driven 
from the territory but they quickly bond with another 
young dik-dik in an unclaimed territory. 
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KEY TERMS 


Bovids—A family of mammals (Bovidae) that is 
characterized by having even-toed hooves, horns, 
a four-chambered stomach, and a cud-chewing 
habit. 


Rumination—Fermentation of plant materials by 
microorganisms in the four-chambered stomach 
of bovids, including periods of regurgitation and 
rechewing (cud chewing). 
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tl Dinosaur 


Dinosaurs are a group of now-extinct terrestrial 
reptiles, order Dinosauria, that lived from about 
225 million years ago to 66 million years ago, during 
the Mesozoic era. Dinosaurs ranged from chicken- 
sized creatures such as the 2 Ib (1 kg) predator 
Compsognathus to colossal, herbivorous animals known 
as sauropods, which were larger than any terrestrial 
(land-dwelling) animals that have lived before or since. 
Some dinosaurs were enormous, awesomely fierce 
predators, while others were mild-mannered herbi- 
vores, or plant eaters, that reached an immense size. 
The word “dinosaur” is derived from two Greek 
words, meaning “terrible lizard.” The term refers to 
some of the huge and awesome predatory dinosaurs— 
the first of these extinct reptiles to be discovered that 
were initially thought to be lizardlike in appearance 
and biology. But Richard Owen (1804-1892), the 
British expert in comparative anatomy, also coined 
the word in awe of the complexity of this wide variety 
of creatures that lived so long ago and yet were so well- 
adapted to their world. 
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Museum worker cleaning fossilized remains of an Albertosaurus, Royal Tyrell Museum, Alberta, Canada (© Michael S. Yamashita/ 
Corbis.) 


Dinosaurs were remarkable and impressive ani- 
mals but are rather difficult to define as a zoological 
group. They were terrestrial animals that had upright 
legs, rather than legs that sprawled outward from the 
body. Their skulls had two temporal openings on each 
side (in addition to the opening for the eyes), as well as 
other common and distinctive features. The dinosaurs 
were distinguished from other animals, however, by 
distinctive aspects of their behavior, physiology, and 
ecological relationships. Unfortunately, relatively lit- 
tle is known about these traits because we can only 
learn about dinosaurs using their fossil traces, which 
are rare and incomplete. It is clear from the available 
evidence that some species of dinosaurs were large 
predators, others were immense herbivores, and still 
others were smaller predators, herbivores, or scav- 
engers. Sufficient information is available to allow 
paleontologists to assign scientific names to many of 
these dinosaurs and to speculate about their evolu- 
tionary and ecological relationships. 


Although they are now extinct, the dinosaurs were 
among the most successful large animals ever to live on 
Earth. The dinosaurs arose during the interval of 
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geologic time known as the Mesozoic (middle life) era, 
often called the “golden age of reptiles” or “the age of 
dinosaurs.” Radiometric dating of volcanic rocks asso- 
ciated with dinosaur fossils suggests they first evolved 
225 million years ago, during the late Triassic period 
and became extinct 66 million years ago, at the end of 
the Cretaceous period. Dinosaurs lived for about 160 
million years and were the dominant terrestrial animals 
on Earth throughout the Jurassic and Cretaceous peri- 
ods—a span of over 100 million years. 


Interestingly, mammal-like animals co-existed 
almost continuously with the dinosaurs and prospered 
after the last of the dinosaurs became extinct. 
Although they co-existed with dinosaurs, mammals 
were clearly subordinate, never developing large 
forms, for example. It was not until the disappearance 
of the last dinosaurs that an adaptive radiation of 
larger species of mammals occurred, and they then 
became the dominant large animals on Earth. 


It is not known exactly what caused the last dino- 
saurs to become extinct. Many paleontologists think it 
likely that the large asteroid impact that formed the 
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A dinosaur foot print in Tuba City, Arizona. (JLM Visuals.) 


112-mile-wide Chicxulub (pronounced CHICKS-a- 
loob) crater in Mexico contributed to their demise. 
Others argue that large volcanic eruptions in Asia 
were a factor. It is possible that multiple factors con- 
tributed to the extinction of the dinosaurs. It must be 
stressed, however, that dinosaurs were remarkably 
successful animals. These creatures were dominant 
on Earth for an enormously longer length of time 
than the few tens of thousands of years that humans 
have been a commanding species, or the few millions 
that the genus Homo has existed at all. The popular 
myth that dinosaurs became extinct because their 
bodies became too large for their brains is false. 


Biology of dinosaurs 


The distinguishing characteristics of the dinosaurs 
include the structure of their skull and other bones. 
Dinosaurs typically had 25 vertebrae, plus three verte- 
brae that were fused to form their pelvic bones. The 
dinosaurs displayed an enormous range of forms and 
functions, however, and they filled a wide array of 
ecological niches. Some of the dinosaurs were, in 
fact, quite bizarre in their shape and, undoubtedly, 
their behavior. 


The smallest dinosaurs were chickenlike carni- 
vores that were only about 1 ft (30 cm) long and 
weighed 5-6 lb (2-3 kg). The largest dinosaurs reached 
a length of over 100 ft (30 m) and weighed 80 tons 
(73 metric tons) or more—more than any other terres- 
trial animal has ever achieved. The largest blue whales 
can weigh more than this, about 110 tons (100 metric 
tons), representing the largest animals ever to occur on 
Earth. The weight of these aquatic animals is partially 
buoyed by the water that they live in; whales do not 
have to fully support their immense weight against 
the forces of gravity, as the dinosaurs did. When 
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compared with the largest living land animal, the 
African elephant, which weighs as much as 7.5 tons 
(6.8 metric tons), the large species of dinosaurs were 
enormous creatures. 


Most species of dinosaurs had long tails and long 
necks, but this was not the case for all species. Most of 
the dinosaurs walked on all four legs, although some 
species were bipedal, using only their rear legs for 
locomotion. Their forelegs were greatly reduced in 
size and probably were used only for grasping. The 
tetrapods that walked on four legs were all peaceful 
herbivores. In contrast, many of the bipedal dinosaurs 
were fast-running predators. 


The teeth of dinosaur species were highly diverse. 
Many species were exclusively herbivorous, and their 
teeth were correspondingly adapted for cutting and 
grinding vegetation. Other dinosaurs were fierce pred- 
ators, and their teeth were shaped like serrated knives, 
which seized and stabbed their prey and cut it into 
smaller pieces that could be swallowed whole. 


Until recently, it was widely believed that dino- 
saurs were rather stupid, slow-moving, cold-blooded 
(or poikilothermic) creatures. Some scientists now 
believe, however, that dinosaurs were intelligent, 
social, quick-moving, and probably warm-blooded 
(or homoiothermic) animals. This is a controversial 
topic, and scientific consensus has not been reached on 
whether or not some of the dinosaurs were able to 
regulate their body temperature by producing heat 
through metabolic reactions. It is absolutely undeni- 
able that dinosaurs were extremely capable animals. 
This should not be a surprise to us, considering the 
remarkable evolutionary successes that they attained. 


Fossils and other evidence of the dinosaurs 


Humans never co-existed with dinosaurs, yet a 
surprising amount is known about these remarkable 
reptiles. Evidence about the existence and nature of 
dinosaurs is entirely indirect; it has been gleaned from 
fossilized traces that these animals left in sediment 
deposits. 


The first indications suggesting the existence of 
the huge, extinct creatures that we now know as dino- 
saurs were traces of their ancient footprints in sedi- 
mentary rocks. Dinosaurs left their footprints in soft 
mud as they moved along marine shores or riverbanks. 
That mud was subsequently covered over as a new 
layer of sediment accumulated, and it later solidified 
into rock. Under very rare circumstances, this process 
preserved traces of the footprints of dinosaurs. 
Interestingly, the footprints were initially attributed 
to giant birds because of their superficial resemblance 
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to tracks made by the largest of the living birds, such 
as the ostrich and emu. 


The first fossilized skeletal remains to be identified 
as those of giant, extinct reptiles were discovered by 
miners in western Europe. These first discoveries were 
initially presumed to be astonishingly gigantic, extinct 
lizards. Several naturalists recognized substantial ana- 
tomical differences between the fossil bones and those 
of living reptiles, however, and so the dinosaurs were 
“discovered.” The first of these finds consisted of 
bones of a 35—50 ft (10-15 m) long carnivore named 
Megalosaurus; this was the first dinosaur to be named 
scientifically. A large herbivore named /guanodon was 
found at about the same time in sedimentary rocks in 
mines in England, Belgium, and France. 


Discoveries of fantastic, extinct mega-reptiles in 
Europe were soon followed by even more exciting 
finds of dinosaur fossils in North America and else- 
where. These events captured the fascination of both 
naturalists and the general public. Museums started to 
develop extraordinary displays of re-assembled dino- 
saur skeletons, and artists prepared equally extraordi- 
nary depictions of dinosaurs and their hypothesized 
appearances and habitats. 


This initial hey-day of dinosaur fossil discoveries 
occurred in the late nineteenth and early twentieth 
centuries. During this period, many of the most 
important finds were made by North American pale- 
ontologists who discovered and began to mine rich 
deposits of fossils in the prairies. There was intense 
scientific interest in these American discoveries of fos- 
silized bones of gargantuan, seemingly preposterous 
animals, such as the awesome predator Tyrannosaurus 
and the immense herbivore Apatosaurus (initially 
known as Brontosaurus). Unfortunately, the excite- 
ment and scientific frenzy led to competition among 
some of the paleontologists, who wanted to be known 
for discovering the biggest, fiercest, or weirdest dino- 
saurs. The most famous rivals were two American 
scientists, Othniel C. Marsh and Edwin Drinker Cope. 


Other famous discoveries of fossilized dinosaur 
bones were made in the Gobi Desert of eastern Asia. 
Some of the finds include nests with eggs that contain 
fossilized embryos used to study dinosaur develop- 
ment. Some nests contain hatchlings, suggesting that 
dinosaur parents cared for their young. In addition, 
the clustering of the nests of some dinosaurs suggests 
social behavior including communal nesting, possibly 
for mutual protection against marauding predatory 
dinosaurs. In the valley of Ukhaa Tolgod, Mongolia, 
the skeleton of an adult oviraptor was found hunched 
over her nest of eggs, just like any incubating bird. 
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A find of dinosaur eggs in an Argentinian desert in 
1998 is one of the largest collections ever discovered. It 
consists of hundreds of 6 in (15 cm) eggs of Titanosaurs, 
45 ft (13.7 m) long relatives of Apatosaurus. The eggs 
were laid 70-90 million years ago, and skeletons of 
about 36 15-in (38-cm) long babies were also found in 
the mudstone. The paleontologists named the site “Auca 
Maheuvo,” after a local volcano and the Spanish words 
for “more eggs.” They hope to assemble an “ontological 
series” of eggs and embryos from the fossils to show all 
the stages of baby dinosaur development. Other scien- 
tists have speculated that this type of dinosaur gave birth 
to live young, and the discovery of the egg bonanza 
resolves that question. 


Fossilized dinosaur bones have been discovered 
on all continents. Discoveries of fossils in the Arctic 
and in Antarctica suggest that the climate was much 
warmer when dinosaurs roamed Earth. It is also likely 
that polar dinosaurs were migratory, probably travel- 
ing to high latitudes to feed and breed during the 
summer and returning to lower latitudes during the 
winter. These migrations may have occurred mostly in 
response to the lack of sunlight during the long polar 
winters, rather than the cooler temperatures. 


Although the most important fossil records of 
dinosaurs involve their bones, there is other evidence 
as well. In addition to footprints, eggs, and nests, there 
have also been finds of imprints of dinosaur skin, feces 
(known as coprolites), rounded gizzard stones (known 
as gastroliths), and even possible stomach contents. 
Fossilized imprints of feathers associated with dino- 
saurs called Sinosauropteryx and Protarchaeiopteryx 
found in the Liaoning Province of China show not 
only long flight and tail feathers but downy under feath- 
ers. In addition, fossilized plant remains are sometimes 
associated with deposits of dinosaur fossils, and these 
can be used to infer something about the habitats of 
these animals. Inferences can also be based on the geo- 
logical context of the locations of fossils, such as their 
proximity to ocean shores or geographical position for- 
polar dinosaurs. These types of information have 
been studied and used to infer the shape, physiology, 
behavior, and ecological relationships of extinct 
dinosaurs. 


Major groups of dinosaurs 


There is only incomplete knowledge of the evolu- 
tionary relationships of dinosaurs with each other and 
with other major groups of reptiles. This results from 
the fact that dinosaurs, like any other extinct organism, 
can only be studied through their fossilized remains, 
which are often rare and fragmentary. Nevertheless, 
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some dinosaur species bear clear resemblances to each 
other but are also obviously distinct from certain other 
dinosaurs. 


The dinosaurs evolved from a group of early reptiles 
known as thecodonts, which arose during the Permian 
period (290-250 million years ago) and were dominant 
throughout the Triassic (250-208 million years ago). It 
appears that two major groups of dinosaurs evolved 
from the thecodonts, the ornithischian (bird hips) dino- 
saurs and the saurischian (lizard hips) dinosaurs. These 
two groups are distinguished largely on the basis of the 
anatomical structure of their pelvic or hip bones. 


Both of these dinosaur lineages originated at 
about the same time. Both evolved into many species 
that were ecologically important and persisted until 
about 66 million years ago. Both groups included 
quadrupeds that walked on all four legs, as well as 
bipeds that walked erect on their much-larger hind 
legs. All of the ornithischians had birdlike beaks on 
their lower jaws and all were herbivores. Most of the 
carnivorous, or predatory, dinosaurs were sauri- 
schians, as were some of the herbivorous species. 
Interestingly, despite some resemblance between orni- 
thischian dinosaur and bird physiology, it appears 
that the first birds actually evolved from saurischians. 


Carnivorous dinosaurs 


The carnosaurs were a group of saurischian pred- 
ators, or theropods, that grew large and had enormous 
hind limbs but tiny fore limbs. Tyrannosaurus rex was 
the largest carnivore that has ever stalked Earth; its 
scientific name is derived from Greek words for 
“tyrant reptile king.” This fearsome, bipedal predator 
of the Late Cretaceous could grow to a length of 45 ft 
(14 m) and may have weighed as much as 9 tons (8.2 
metric tons). Tyrannosaurus rex (T. rex) had a massive 
head and a mouth full of about 60 dagger-shaped, 6-in 
long (15-cm-long), very sharp, serrated teeth, which 
were renewed throughout the life of the animal. This 
predator probably ran in a lumbering fashion using its 
powerful hind legs, which may also have been wielded 
as sharp-clawed, kicking weapons. It is thought that 
T. rex may have initially attacked its prey with power- 
ful head-butts and then torn the animal apart with its 
enormous, 3 ft long (1 m long) jaws. Alternatively, 
T. rex may have been a scavenger of dead dinosaurs. 
The relatively tiny fore legs of 7. rex probably only 
had little use. The long and heavy tail of T. rex was 
used as a counter-balance for the animal while it was 
running and as a stabilizing prop while it was standing. 


Albertosaurus was also a large theropod of the Late 
Cretaceous. A/bertosaurus was similar to Tyrannosaurus, 
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but it was a less massively built animal at about 25 ft 
(8 m) long and 2 tons (1.8 metric tons) in weight. 
Albertosaurus probably moved considerably faster than 
Tyrannosaurus. 


Allosaurus was a gigantic, bipedal predator of the 
Late Jurassic. Allosaurus could grow to a length of 36 
ft (12 m) and a weight of 2 tons (1.8 metric tons). The 
jaws of Allosaurus were loosely hinged, and they could 
detach to swallow large chunks of prey. 


Spinosaurus was a “fin-back” (or “sail-back’’) 
dinosaur of the Late Cretaceous period that was dis- 
tantly related to Allosaurus. Spinosaurus had long, 
erect, skin-covered, bony projections from its verte- 
brae that may have been used to regulate body temper- 
ature or perhaps for behavioral displays to impress 
others or attract a mate. Spinosaurus could have 
achieved a length of 40 ft (13 m) and a weight of 7 
tons (6.3 metric tons). These animals had small, sharp 
teeth and were probably carnivores. Dimetrodon and 
Edaphosaurus, early Permian pelycosaurs (mammal- 
like reptiles, not dinosaurs), are sometimes confused 
with Spinosaurus as they also had sail-like back spines. 


Not all of the fearsome dinosaurian predators or 
theropods were enormous. Deinonychus, for example, 
was an Early Cretaceous dinosaur that grew to about 
10 ft (3 m) and weighed around 220 Ib (100 kg). 
Deinonychus was one of the so-called running lizards, 
which were fast, agile predators that likely hunted in 
packs. As a result, Deinonychus was probably a fear- 
some predator of animals much larger than itself. 
Deinonychus had one of its hind claws enlarged into a 
sharp, sickle-like, slashing weapon, which was wielded 
by jumping on its prey and then kicking, slashing, and 
disemboweling the victim. The scientific name of 
Deinonychus is derived from the Greek words for ter- 
rible claw. 


The most infamous small theropod is Velociraptor, 
or “swift plunderer,” a 6-ft-long (2-m-long) animal of 
the Late Cretaceous. Restorations of this fearsome, 
highly intelligent, pack-hunting, killing machine were 
used in the movie Jurassic Park. 


Oviraptosaurs (egg-stealing reptiles) were rela- 
tively small, probably highly intelligent theropods 
that were fast-running hunters of small animals, and 
some are believed to have also been specialized pred- 
ators of the nests of other dinosaurs. The best known 
of these animals is Late Cretaceous Oviraptor. Ingenia, 
a somewhat smaller oviraptorsaur, was about 6 ft 
(2 m) long, weighed about 55 lb (25 kg), and also 
lived during the Late Cretaceous. Microvenator of 
the early Cretaceous was less than 3 ft (1 m) long and 
weighed about 12 lb (6 kg). 
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Herbivorous dinosaurs 


The sauropods were a group of large saurischian 
herbivores that included the world’s largest-ever ter- 
restrial animals. This group rumbled along on four, 
enormous, pillar-like, roughly equal-sized legs, with a 
long tail trailing behind. Sauropods also had very long 
necks, and their heads were relatively small, at least in 
comparison with the overall mass of these immense 
animals. The teeth were peglike and were mostly used 
for grazing, rather than for chewing their diet of plant 
matter. Digestion was probably aided by large stones 
in an enormous gizzard, in much the same way that 
modern, seed-eating birds grind their food. The sau- 
ropods were most abundant during the Late Jurassic. 
They declined afterwards and were replaced as domi- 
nant herbivores by different types of dinosaurs, espe- 
cially the hadrosaurs. 


Apatosaurus was a large sauropod that lived dur- 
ing the Late Jurassic and reached a length of 65 ft 
(20 m) and a weight of 30 tons (27 metric tons). 
Diplodocus was a related animal of the Late Jurassic, 
but it was much longer in its overall body shape. 
A remarkably complete skeleton of Diplodocus was 
found that was 90 ft (27 m) long overall, with a 25 ft 
(8 m) neck and a 45 ft (14 m) tail, and an estimated 
body weight of 11 tons (10 metric tons). In compar- 
ison, the stouter-bodied Apatosaurus was slightly 
shorter but considerably heavier. Brachiosaurus also 
lived during the Late Jurassic and was an even bigger 
herbivore, with a length as great as 100 ft (30 m) and an 
astonishing weight that may have reached 80 tons (73 
metric tons), although conservative estimates are closer 
to 55 tons (50 metric tons). Supersaurus and Ultrasaurus 
were similarly large. Seismosaurus may have been lon- 
ger than 160 ft (50 m), and Argentinosaurus (recently 
discovered in Patagonia, South America) may set a new 
weight record of 100 tons (91 metric tons). 


Stegosaurus was a 30 ft long (9 m long), Late 
Jurassic tetrapod with a distinctive row of triangular, 
erect, bony plates running along its back. These may 
have been used to regulate heat. Stegosaurus had 
sharp-spiked projections at the end of its tail, which 
were lashed at predators as a means of defense. 
Dacentrurus was a 13-ft-long (4-m-long), Jurassic-age 
animal related to Stegosaurus, but it had a double row 
of large spikes along the entire top of its body, from 
the end of the tail to the back of the head. 


The ceratopsians were various types of “horned” 
dinosaurs. Triceratops was a three-horned dinosaur 
and was as long as 33 ft (10 m) and weighed 6 tons 
(5.4 metric tons). Triceratops lived in the late 
Cretaceous, and it had a large bony shield behind 
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the head with three horns projecting from the 
forehead and face, which were used as defensive weap- 
ons. Anchiceratops was a 7-ton (6.3-metric-ton) ani- 
mal that lived somewhat later. It was one of the last of 
the dinosaurs and became extinct 66 million years 
ago at the end of the Cretaceous period. There were 
also rhinoceros-like, single-horned dinosaurs, such 
as the 20-ft-long (6-m-long), 2-ton (1.8-metric-ton) 
Centrosaurus of the late Cretaceous. Fossilized skele- 
tons of this animal have been found in groups, suggest- 
ing that it was a herding dinosaur. The horned 
dinosaurs were herbivores, and they had parrot-like 
beaks useful for eating vegetation. 


Ankylosaurus was a late Cretaceous animal that 
was as long as 36 ft (11 m) and weighed 5 tons (4.5 
metric tons). Ankylosaurus was a stout, short-legged, 
lumbering herbivore. This animal had very heavy and 
spiky body armor and a large bony club at the end of 
its tail that was used to defend itself against predators. 


The duck-billed dinosaurs or hadrosaurs included 
many herbivorous species of the Cretaceous period. 
Hadrosaurs are sometimes divided into groups based 
on aspects of their head structure; they could have a 
flattish head, a solid crest on the top of their head, or 
an unusual, hollow crest. Hadrosaurs were the most 
successful of the late Cretaceous dinosaurs in terms of 
their relative abundance and wide distribution. 


Hadrosaurs apparently were social animals; they 
lived in herds for at least part of the year and migrated 
seasonally in some places. Hadrosaurs appear to have 
nested communally, incubated their eggs, and brooded 
their young. Hadrosaurs had large hind legs and could 
walk on all four legs or bipedally if more speed was 
required; these animals were probably very fast 
runners. 


Hadrosaurus was a 5-ton (4.5-metric-ton), late 
Cretaceous animal and was the first dinosaur to be 
discovered and named in North America—in 1858 
from fossils found in New Jersey. Corythosaurus was 
a 36 ft-long (11 m-long), 4 ton (3.6 metric ton), Late 
Cretaceous herbivore that had a large, hollow, helmet- 
like crest on the top of its head. Parasaurolophus of the 
late Cretaceous was similar in size, but it had a curved, 
hollow crest that swept back as far as 10 ft (3 m) from 
the back of the head. It has been suggested that this 
exaggerated helmet may have worked like a snorkel 
when this animal was feeding underwater on aquatic 
plants; however, more likely uses of the swept-back 
helmet were in species recognition and resonating the 
loud sounds made by these hadrosaurs. Edmontosaurus 
was a large, non-helmeted hadrosaur that lived in the 
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Great Plains during the late Cretaceous and was as 
long as 40 ft (13 m) and weighed 3 tons (2.7 metric 
tons). Anatosaurus was a 3 ton (2.7 metric-ton) hadro- 
saur that lived as recently as 66 million years ago and 
was among the last of the dinosaurs to become extinct. 
The hadrosaurs probably were a favorite prey for some 
of the large theropods, such as Tyrannosaurus rex. 


Other extinct orders of Mesozoic-age 
reptiles 


Several other orders of large reptiles lived at the 
same time as the dinosaurs and are also now extinct. 
The pterosaurs (order Pterosauria) were large, flying 
reptiles that lived from the late Triassic to the late 
Cretaceous. Some species of pterosaurs had wingspans 
as great as 40 ft (12 m), much wider than any other 
flying animal has ever managed to achieve. Functional 
biologists studying the superficially awkward designs 
of these animals have long wondered how they flew. 
Some species of pterosaurs are thought to have fed on 
fish, which were scooped up as the pterosaur glided 
just above the water surface. 


The ichthyosaurs (Ichthyosauria), plesiosaurs 
(Plesiosauria), and mosasaurs (Mososauria) were 
orders of carnivorous marine reptiles that became 
extinct in the Late Cretaceous. The ichthyosaurs were 
shark-like in form, except that their vertebral column 
extended into the lower part of their caudal (or tail) fin, 
rather than into the upper part like the sharks. Of 
course, ichthyosaurs also had well-developed, bony 
skeletons, whereas sharks have a skeleton composed 
entirely of cartilage rather than bone. The plesiosaurs 
were large animals reaching a length as great as 45 ft 
(14m). These marine reptiles had paddle-shaped limbs, 
and some species had very long necks. Mosasaurs were 
large lizards that had fin-shaped limbs and looked 
something like a cross between a crocodile and an eel; 
but they grew to lengths of more than 30 ft (9 m). 


Theories about the extinction of dinosaurs 


There are many theories about what caused the 
extinction of the last of the dinosaurs, which occurred 
at the end of the Cretaceous period, about 66 million 
years ago. Some of the more interesting ideas include: 
the intolerance of these animals to rapid climate change, 
the emergence of new species of dominant plants that 
contained toxic chemicals the herbivorous dinosaurs 
could not tolerate, an inability to compete successfully 
with the rapidly evolving mammals, insatiable destruc- 
tion of dinosaur nests and eggs by mammalian preda- 
tors, and widespread disease to which dinosaurs were 
not able to develop immunity. All of these hypotheses 
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Adaptive radiation—An evolutionary phenom- 
enon in which a single, relatively uniform popula- 
tion gives rise to numerous, reproductively isolated 
species. Adaptive radiation occurs in response to 
natural selection, in environments in which there 
are diverse ecological opportunities, and little 
competition to filling them. 


Homoiothermic—Refers to “warm-blooded” ani- 
mals that regulate their body temperature inde- 
pendently of the ambient, environmental 
temperature. 


Mass extinction—The extinction of an unusually 
large number of species in a geologically short 
period of time. 


Poikilothermic—Refers to animals that do not 
have a physiological mechanism to control their 
internal body temperature and so adopt the temper- 
ature of the ambient environment. “Cold-blooded” 
animals. 


are interesting, but the supporting evidence for any one 
of them is not enough to convince most paleontologists. 


Interestingly, at the time of the extinction of the 
last of the dinosaurs, there were also apparently mass 
extinctions of other groups of organisms. These 
included the reptilian order Pterosauria, along with 
many groups of plants and invertebrates. In total, 
perhaps three quarters of all species and one half of 
all genera may have become extinct at the end of the 
Cretaceous. A popular hypothesis for the cause of this 
catastrophic, biological event was the impact of a 
meteor hitting Earth. The impact of an estimated 
6 mi-wide (10 km-wide) meteorite could have spewed 
an enormous quantity of fine dust into the atmosphere, 
which could have caused climate changes that most 
large animals and other organisms could not tolerate. 
As with the other theories about the end of the dino- 
saurs, this one is controversial. Other scientists believe 
the extinctions of the last dinosaurs were more gradual 
and were not caused by—or were not caused solely 
by—the shorter-term effects of a rogue meteorite. 


Dinosaurs share many anatomical characteristics 
with Aves, the birds, a group that is now known to 
have evolved from a dinosaur ancestor. In fact, there 
are excellent fossil remains of evolutionary links 
between birds and dinosaurs. The 3 ft-long (1 m-long), 
Late Jurassic fossil organism Archaeopteryx looked 
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remarkably like Compsognathus but had a feathered 
body and could fly or glide. Fossils of feathered (but 
flightless) dinosaur species have been discovered in 
China since 2000, adding weight to the view that feath- 
ers evolved first as a temperature-regulation mecha- 
nism—as they still are by birds, including flightless 
birds—and only later were used for flight. Moreover, 
some of the living, flightless birds such as emus and 
ostriches and recently extinct birds such as elephant 
birds and moas bear a remarkable resemblance to cer- 
tain types of dinosaurs. Because of the apparent con- 
tinuity of anatomical characteristics between dinosaurs 
and birds, some paleontologists believe that the dino- 
saurs did not actually become extinct. Instead, the dino- 
saur lineage survives today in a substantially modified 
form as the group Aves, the birds. 


See also Evolution; Fossil and fossilization; 
Paleontology. 
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Diode 


A diode is an electronic device through which 
electrons can flow in only one direction. Because of 
its ability to control current flow, a diode is commonly 
used as a rectifier, a device that transforms alternating 
current into direct current. 


In general, two types of diodes exist. Until the 
invention of solid-state devices such as the transistor, 
diodes were vacuum tubes containing two metal com- 
ponents. Later diodes are solid state devices consisting 
of adjacent regions of n-type and p-type (negatively- 
doped and positively-doped) semiconductor. 


The working element in a vacuum tube diode is a 
metal wire or cylinder known as the cathode. 
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Surrounding the cathode or placed at some distance 
from it is a metal plate. The cathode and plate are 
sealed inside a glass tube from which all air is removed. 
The cathode is also attached to a heater, which when 
turned on, causes the cathode to glow. As the cathode 
glows, it emits electrons. 


If the metal plate is maintained at a positive 
potential difference compared to the cathode, elec- 
trons will flow from the cathode to the plate. If the 
plate is negative compared to the cathode, however, 
electrons are repelled and there is no electrical current 
from cathode to plate. Thus, the diode acts as a rec- 
tifier, allowing the flow of electrons in only one direc- 
tion, from cathode to plate. 


One use of such a device is to transform alternat- 
ing current to direct current. Alternating current is 
current that flows first in one direction and then the 
other. But alternating current fed into a diode can 
move in one direction only, thereby converting the 
current to a one-way or direct current. 


Newer diodes are made from n-type semiconduc- 
tors and p-type semiconductors. N-type semiconduc- 
tors contain small impurities that provide an excess of 
electrons (negative charge carriers, hence n-type) with 
the capability of moving through a system. P-type 
semiconductors contain small impurities that provide 
an excess of positively charged “holes”—gaps in the 
atomic structure where electrons would normally be— 
capable of moving through the semiconductor crystal 
(positive charge carriers, hence p-type). 


A semiconductor diode is made by joining a sand- 
wich of n-type semiconductor and p-type semiconduc- 
tor through an external circuit containing a source of 
electrical current. The current is able to flow from the 
n-semiconductor to the p-semiconductor, but not in 
the other direction. In this sense, the n-type semicon- 
ductor corresponds to the cathode and the p-type 
semiconductor to the plate in the vacuum tube diode. 
The semiconductor diode has most of the same func- 
tions as the older vacuum diode, but it operates much 
more efficiently and takes up much less space than 
does a vacuum diode. 


See also Electrical conductivity; Electric current. 


I Dioxin 
Dioxins are a class of organic compounds, with a 


basic structure that includes two oxygenatoms joining 
a pair of benzene rings. Chlorinated dioxins have some 
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amount of substitution with chlorine for hydrogen 
atoms in the benzene rings. A particular chemical, 
2,3,7,8-tetrachlorodibenzo-p -dioxin (abbreviated as 
TCDD, or as 2,3,7,8- TCDD), is one of 75 chlorinated 
derivatives of dibenzo-p -dioxin. There is a very wide 
range of toxicity within the larger group of dioxins and 
chlorinated dioxins, but TCDD is acknowledged as 
being the most poisonous dioxin compound to certain 
species of animals. 


Dioxins have no particular uses. They are not man- 
ufactured intentionally, but are synthesized incidentally 
during some industrial processes. For example, under 
certain conditions relatively large concentrations of 
dioxins are inadvertently synthesized during industrial 
reactions involving 2,4,5-trichlorophenol. A well-known 
case of this phenomenon is in the manufacturing of the 
phenoxy herbicide, 2,4,5-T (2,4,5-trichlorophenoxy 
acetic acid). This chemical (which is no longer used) 
was once manufactured in large amounts, and much 
of the material was badly contaminated by TCDD. 
Concentrations in the range of 10-50 parts per million 
(ppm, or mg per liter) occurred in 2,4,5-T manufactured 
for use during the Vietnam War. However, there was 
a much smaller contamination (less than 0.1 ppm) 
in 2,4,5-T manufactured after 1972, in accordance 
with regulations enacted by the U.S. Environmental 
Protection Agency. 


TCDD is also a trace contaminant of other prod- 
ucts manufactured from trichlorophenol, including 
hexachlorophene, once commonly used as a topical 
antibacterial treatment. TCDD is incidentally synthe- 
sized when wood pulp is bleached using chlorine- 
based oxidants. The low-temperature combustion of 
chlorine-containing organic materials (for example, in 
cigarettes, burning garbage dumps, and barbecues) 
also produce dioxins, including TCDD. The inciner- 
ation of municipal waste synthesizes small quantities 
of TCDD, although the relatively high temperatures 
reduce the yield of dioxins compared with the smol- 
dering kinds of combustion just mentioned. Dioxins 
are also synthesized naturally in trace quantities, 
mostly during forest fires. 


TCDD is a persistent chemical in the environ- 
ment, and because it is virtually insoluble in water, 
but highly soluble in fats and oils, it strongly biomag- 
nifies and occurs in especially large concentrations in 
predators at the top of the ecological food web. 
Moreover, TCDD is globally distributed, meaning 
that any chemical analysis of a biological tissue, espe- 
cially of the fat of an animal, will detect residues of this 
dioxin (assuming that the analytical chemistry is sen- 
sitive enough). 
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TCDD is the most toxic of the chlorinated diox- 
ins, while octachlorodioxin may be the least toxic. 
However, there are large differences in the susceptibil- 
ity of species to suffering toxicity from TCDD. The 
guinea pig, for example, is extremely sensitive to 
TCDD, thousands of times more so than the hamster. 


Short-term or acute toxicity is often indicated by a 
laboratory assay known as lethal dose (LD)so, or the 
dose of a chemical required to kill one-half of a test 
population of organisms over a period of several days. 
Guinea pigs have a LD for TCDD in food of only 
0.0006 mg/kg (0.0006 mg of TCDD per kg body 
weight). In comparison, rats have a LDs, for TCDD 
in food of 0.022-0.045 mg/kg, while hamsters have a 
LDso of 1 mg/kg. 


Depending on the dose and biological sensitivity, 
the symptoms of TCDD toxicity in mammals can 
include severe weight loss, liver damage, lesions in 
the vascular system, stomach ulcers, a persistent acne 
known as chloracne, birth defects, and ultimately, 
death. 


Much of what is known about the toxicity of 
TCDD to humans has come from studies of industrial 
exposures of chemical workers, people living near a 
toxic waste dump at Times Beach, Missouri, and an 
accidental event at Seveso, Italy, in 1976. The latter 
case involved an explosion at a chlorophenol plant 
that released an estimated 2.2-11 lbs (1-5 kg) of 
TCDD to the surroundings, and caused residues as 
large as 51 ppm to occur in environmental samples. 
This accident caused the deaths of some livestock 
within 2-3 days, but remarkably it was not until 
2.5 weeks had passed that about 700 people were evac- 
uated from the severely contaminated residential area 
near the factory. The exposure of humans to TCDD at 
Seveso caused 187 diagnosed cases of chloracne, but 
there were apparently no _ statistically detectable 
increases in the rates of other human diseases, or of 
deformities of children born to exposed women. 


Overall, studies of humans suggest that they are 
among the least-sensitive mammals to suffering toxic- 
ity from TCDD. While chloracne is a common symp- 
tom of an acute human exposure to TCDD, the 
evidence showing increased rates of TCDD-related 
disease, mortality, cancer, or birth defects are equivo- 
cal, and controversial. Some scientists believe there is 
no evidence that a human has ever died from an acute 
exposure to TCDD. However, there is unresolved sci- 
entific controversy about the possible effects of longer- 
term, chronic exposures of humans to TCDD, which 
might result in increased rates of developmental 
abnormalities or cancers. Unless large, these effects 
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Acute toxicity—A poisonous effect produced by a 
single, short-term exposure to a toxic chemical, 
resulting in obvious tissue damage, and even 
death of the organism. 


Chronic toxicity—This is a poisonous effect that is 
produced by a long period of exposure to a moder- 
ate, sub-acute dose of some toxic chemical. 
Chronic toxicity may result in anatomical damages 
or disease, but it is not generally the direct cause of 
death of the organism. 


Epidemiology—tThe study of the incidence, control, 
and transmission of diseases in large populations. 


would be difficult to detect, because of the great envi- 
ronmental and genetic variations that must be over- 
come in epidemiological studies of humans. 


Dioxin was one of the defioliants that became 
infamous during and in the decades following the 
Vietnam War. To deprive their enemy of food and 
cover during this conflict, the U.S. military sprayed 
large quantities of herbicides. More than 547,000 
square miles of terrain were sprayed at least once. 
The most commonly used herbicide was a 50:50 mix- 
ture of 2,4,5-T and 2,4-D, known as Agent Orange. 
More than 46 million Ib (21 million kg) of 2,4,5-T and 
55 million lb (25 million kg) of 2,4-D were sprayed 
during this extensive military program. 


An important aspect of the military use of herbi- 
cides in Vietnam was contamination of the 2,4,5-T by 
TCDD. A concentration as large as 45 ppm was meas- 
ured in Agent Orange, but the average concentration 
was about 2 ppm. In total, 243-375 lb (110-170 kg) of 
TCDD was sprayed with herbicides onto Vietnam. 


Because TCDD is known to be extremely toxic to 
some laboratory animals, there has been tremendous 
controversy over the possible short and long-term 
effects of exposure of soldiers and civilians to TCDD 
in Vietnam. Although claims have been made of effects 
in exposed populations, the studies have not been con- 
vincing to many scientists, and there is still controversy. 
The apparent, mainstream opinion from the most rig- 
orous epidemiological studies suggests that large toxic 
effects have not occurred, which is encouraging. It is 
also likely that the specific effects of TCDD added little 
to the very substantial ecological effects caused by the 
use of military use of herbicides, and other weapons of 
mass destruction, during the Vietnam War. 
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l Diphtheria 


Diphtheria is a serious disease caused by the bac- 
terium Corynebacterium diptheriae. Usually, the bac- 
teria initially infect the throat and pharynx. During 
the course of the infection, a membranelike growth 
appearing on the throat can obstruct breathing. 
Some strains of this bacterium release a toxin, a sub- 
stance that acts as a poison in the body. This toxin, 
when released into the bloodstream, travels to other 
organs of the body and can cause severe damage. 


Diphtheria was first formally described as a disease 
in 1826. In 1888, Corynebacterium diptheriae was identi- 
fied as the cause of the disease. A few years later, 
researchers discovered the antitoxin, or antidote, to the 
diphtheria toxin. If the antitoxin is given to a person with 
diphtheria in the early stages of the infection, the anti- 
toxin neutralizes the toxin. This treatment, along with an 
aggressive vaccination program, has virtually eliminated 
the disease in the United States. Other countries that do 
not have an aggressive vaccination program see numer- 
ous cases of diphtheria, many of which end in death. 


Incidence of diphtheria 


Since most children in the United States are vacci- 
nated against diphtheria, the domestic incidence of the 
disease is very low. When diphtheria does occur, it tends 
to strike adults, because fewer adults than children have 
been immunized against the disease. In developing 
countries, where fewer than 10% of the children are 
vaccinated against diphtheria, about five thousand 
deaths are still caused each year by this disease. 
Diphtheria is highly contagious. The disease is prevalent 
in densely-populated areas, especially during the winter 
months when more people crowd together indoors. 
Transmission of the bacteria occurs when an infected 
person sneezes or coughs and a susceptible person 
breathes in the saliva or mucus droplets form the air. 
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Diphtheria toxin 


Interestingly, diphtheria toxin is produced by 
strains of Corynebacterium diptheriae that have them- 
selves been infected with a special type of virus called 
a bacteriophage. The particular bacteriophage that 
infects C. diptheriae carries with it the gene that pro- 
duces the diphtheria toxin. Strains of C. diptheriae 
without the bacteriophage do not produce the toxin. 


The diphtheria toxin consists of two subunits, A 
and B. The B subunit binds to the plasmamembrane of 
a cell. Once it is bound to the membrane, it pulls the A 
subunit into the cell. The A subunit is the active seg- 
ment of the toxin, producing most of the effects. Once 
inside the cell, the A subunit disrupts protein synthe- 
sis; once this mechanism is disrupted, the cell cannot 
survive for long. Diphtheria toxin thus kills cells. Cells 
in the throat and respiratory tract are killed first; if the 
toxin spreads in the bloodstream to other organs— 
such as the heart, kidney, and brain—severe and even 
fatal damage can result. 


Symptoms 


The incubation period—the time from exposure 
to the bacteria to the first symptoms—is one to seven 
days. The first symptoms of diphtheria are fatigue, a 
low-grade fever, and a sore throat. As the disease 
progresses, the throat swells, sometimes so much that 
the patient has noticeable neck swelling. The bacteria 
infect the throat first before spreading to the larynx 
(voice box) and trachea (windpipe). At the site of 
infection, the throat is red and sore. In reaction to 
the infection, the throat tissues release a discharge 
containing fibrous material and immune cells. This 
discharge covers the throat tissues and appears as 
a grayish, membranelike material. The throat and 
trachea continue to swell; if not relieved, the swelling 
may obstruct the airway, leading to death by 
suffocation. 


Sometimes diphtheria bacteria infect the skin first. 
When this type of infection occurs, skin lesions 
appear. For reasons that are not clear, the diphtheria 
characterized by infection is more contagious than the 
disease characterized by respiratory infection. The 
skin-type of diphtheria is more common in tropical 
and sub-tropical countries. 


Treatment 


Diphtheria is treated with antibiotics and an anti- 
toxin that can neutralize the toxin that has not yet bound 
to a cell membranes; it cannot neutralize the toxin that 
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Antitoxin—A antidote to a toxin that neutralizes its 
poisonous effects. 

Bacteriophage—A virus that infects bacteria. 
When a bacteriophage that carries the diphtheria 
toxin gene infects diphtheria bacteria, the bacteria 
produce diphtheria toxin. 

Schick test—A test that checks for the presence of 
diphtheria antitoxin in the body. 


Toxin—A poisonous substance. 


has already bound to and penetrated a cell. For 
this reason, antitoxin must be administered early in 
infection. In fact, some experts recommend giving doses 
of antitoxin if diphtheria is even suspected, since the 
additional time spent waiting for confirming lab results 
allows for more of the toxin to spread and penetrate the 
cells. 


Vaccine 


The diphtheria vaccine consists of a small amount 
of the toxin that has been altered so as not to cause toxic 
effects. The vaccine works by prompting the body’s 
immune system to make antitoxin against the altered 
vaccine toxin. The diphtheria toxin is combined with the 
tetanus toxin and the pertussis (whooping cough) toxin 
in one vaccine, abbreviated DPT. The DPT is given in 
four doses. In the United States, infants are given their 
first DPT dose at about six to eight weeks of age. 
If all four doses are administered before age four, the 
child should have a DPT “booster” before beginning 
kindergarten. This shot “boosts” the immunity to the 
disease. 


A person can be tested for their immunity to 
diphtheria by the Schick test, which demonstrates the 
presence of antitoxin within the body. In this test, a 
small amount of diphtheria toxin is placed under the 
skin of the forearm. If the site develops a reaction— 
such as redness or swelling—the person has not devel- 
oped the antitoxin from a previous infection or a 
vaccine, and is therefore susceptible to diphtheria. If 
no reaction is present, the person had already devel- 
oped the antitoxin. The Schick test is useful for adults 
who cannot find their immunization records or do not 
know if they had diphtheria in childhood. 


See also Childhood diseases. 
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Diplopia see Vision disorders 


l Dipole 


Dipole, literally, means “two poles.” It refers to 
two electrical charges, one negative and the other pos- 
itive. Dipoles are common in atoms whenever electrons 
(negatively charged) are unevenly distributed around 
nuclei (positively charged), and in molecules whenever 
electrons are unevenly shared between two atoms in a 
covalent bond. A dipole can also be created artificially 
by charging two ends of an object with opposite 
charges. One class of radio antennas, used for both 
transmitting and receiving, is the dipole antenna. 


When a dipole is present, the atom or covalent 
bond is said to be polarized, or divided into negative 
and positive regions. This is indicated by the use of 
partial negative (6—) and partial positive (6+) signs. 
The magnitude and direction of the electrical charge 
separation is indicated by using an arrow, drawn from 
the positive pole in a molecule to the negative pole. 


In covalent bonds, permanent dipoles are caused 
when two different atoms share their electrons 
unevenly. The atom that is more electronegative— 
the one that holds electrons more tightly—pulls the 
electrons closer to itself, creating a partial negative 
charge there. The less electronegative atom becomes 
partially positive as a result because it has lost partial 
possession of the electrons. The electric strength of a 
dipole generally increases as the electronegativity dif- 
ference between the atoms in the bond increases. This 
strength, called a dipole moment, can be measured 
experimentally. The size of a dipole moment is 
expressed in Debye units in honor of the Dutch chem- 
ist, Peter Debye (1884-1966). 
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True shape of 
HzO molecule 


Incorrect shape 
of H2O molecule 


+e ++ 
8+ H— O —H 8+ 
6- 


Resultant dipole 
moment: 1.87 D 


Resultant dipole 
moment: 0 D 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The dipole moments of a series of molecules are 
listed below: 


Dipole moment 


Molecule (in Debye units, D) 
HF 1.91D 
HC1 1.03 D 
HBr 0.78 D 
HI 0.38 D 


The measurement of dipole moments can help 
determine the shape of a molecule. The net dipole 
moment of a water molecule (H2O) represents the 
overall electrical charge distribution in that molecule. 
(See Figure 1.) 


The H,0 molecule is bent; its dipole vectors do not 
cancel. The water molecule therefore has a net resul- 
tant dipole moment of 1.87 D. If the molecule were 
linear, the measured dipole moment would be zero; its 
individual dipoles in the two oxygen-hydrogen cova- 
lent bonds would cancel each other out. 


Individual atoms (and ions) are naturally polar- 
ized if their electrons happen to move irregularly 
about their nuclei, creating, at least temporarily, lop- 
sided charge distributions with 6+ and 6- portions. 
Natural collisions occurring between atoms can 
induce this temporary deformity from an atom’s nor- 
mal spherical, symmetric shape. Larger atoms are 
considered to be “softer” than smaller, “harder” 
atoms—more easily disturbed. Larger atoms are then 
more likely to be polarized or to have stronger dipoles 
than smaller atoms. 


The presence of dipoles helps to explain how atoms 
and molecules attract each other. Figure 2 shows how 
the electrically positive side of one xenon atom (Xe) 
lines up and pulls towards the negative side of another 
xenon atom. Likewise, the positive side of one H-C1 
molecule is attracted to the negative side of another 
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Direct variation 


Attraction between two xenon atoms 


a+ 


e@ Sri + & 


Attraction between two HCI molecules 


6+ H — Cl Suiitiit 64+ H — Cl 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


H-Cl1 molecule. When many atoms and molecules are 
present in matter, these effects continue on indefinitely 
from atom to atom and molecule to molecule. 


Dipole forces tend to organize matter and pull it 
together. Atoms and molecules most strongly 
attracted to each other will tend to exist as solids. 
Weaker interactions tend to produce liquids. The gas- 
eous state of matter will tend to exist when the atoms 
and molecules are non-polar, or when virtually no 
dipoles are present. 


Direct current see Electric current 


| Direct variation 


If one quantity increases (or decreases) each time 
another quantity increases (or decreases), the two 
quantities are said to vary together. The most common 
form of this is direct variation in which the ratio of the 
two amounts is always the same. For example, speed 
and distance traveled vary directly for a given time. If 
you travel at 4 mph (6.5 km/h) for three hours, you go 
12 miles (19.5 km), but at 6 mph (9.5 km/h) you go 
18 miles (28.5 km) in three hours. The ratio of distance 
to speed is always 3 in this case. 


The common ratio is often written as a constant in 
an equation. For example, if s is speed and d is dis- 
tance, the relation between them is direct variation for 
d= ks, where k is the constant. In the example above, 
k = 3, so the equation becomes d = 3s. For a different 
time interval, a different k would be used. 


Often, one quantity varies with respect to a power 
of the other. For example, of y = kx’, then y varies 
directly with the square of x. More than two variables 
may be involved in a direct variation. Thus if z = kxy, 
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we say that z is a joint (direct) variation of z with x and y. 
Similarly, if z = kx’/y, we say that z varies directly with 
x and inversely with y. 


Directrix see Conic sections 


Disaccharide see Carbohydrate 


i Disease 


Disease can be defined as a change in the body 
processes that impairs its normal ability to function. 
Every day the physiology of the human body demands 
that oxygenation, acidity, salinity, and other functions 
be maintained within a very narrow spectrum. A devi- 
ation from the norm can be brought about by organ 
failure, toxins, heredity, radiation, or invading bacte- 
ria and viruses. 


Normally the body has the ability to fight off or to 
neutralize many pathogenic organisms that may gain 
entrance through an opening in the skin or by other 
means. The immune system mobilizes quickly to rid 
the body of the offending alien and restore or preserve 
the necessary internal environment. Sometimes, how- 
ever, the invasion is one that is beyond the body’s 
resistance, and the immune system is unable to over- 
come the invader. A disease may then develop. When 
the internal functions of the body are affected to the 
point that the individual can no longer maintain the 
required normal parameters, symptoms of disease will 
appear. 


The infection brought about by a bacterium or 
virus usually generates specific symptoms; that is, a 
series of changes in the body that are characteristic of 
that invading organism. Such changes may include 
development of a fever (an internal body temperature 
higher than the norm), nausea, headache, copious 
sweating, and other readily discernable signs. 


Much more important to the physician, though, 
are the internal, unseen changes that may be wrought 
by such an invasion. These abnormalities may appear 
only as changes from the norm in certain chemical 
elements of the blood or urine. That is the reason 
patients are asked to contribute specimens for analysis 
when they are ill, especially when their symptoms are 
not specific to a given disease. The function of organs 
such as the liver, kidneys, thyroid gland, pancreas, and 
others can be determined by the levels of various ele- 
ments in the blood chemistry. 
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For a disease that is considered the result of a 
pathogenic invasion, the physician carries out a bacte- 
rial culture. Certain secretions such as saliva or mucus 
are collected and placed on a thin plate of culture 
material. The bacteria that grow there over the next 
day or so are then analyzed to determine which species 
are present and thus, which antibiotic would be most 
effective in eradicating them. 


Viruses present special challenges, since they can- 
not be seen under a microscope and are difficult 
to grow in cultures. Also, viruses readily adapt to 
changes in their environment and become resistant 
to efforts to treat the disease they cause. Some viral 
diseases are caused by any number of forms of the 
same virus. The common cold, for example, can be 
caused by any one of some 200 viruses. For that reason 
it is not expected that any vaccine in the near future 
will be developed against the cold virus. A vaccine 
effective against one or two of the viruses will be 
completely useless against the other 198 or 199 forms. 


The agents that cause a disease, the virus or bac- 
terium, are called the etiologic agents of the disease. 
The etiologic agent for strep throat, for example, is a 
bacterium within the Streptococcus genus. Similarly, 
the tubercle bacillus is the etiologic agent of 
tuberculosis. 


Modern medicine has the means to prevent many 
diseases that plagued civilization in the recent past. 
Polio, a crippling disease brought about by the polio- 
myelitis virus, was neither preventable nor curable 
until the middle 1950s. Early in that decade an out- 
break of polio affected an abnormally large number of 
young people. Research into the cause and prevention 
of polio immediately gained high priority, and, by the 
middle of the decade, Dr. Jonas Salk had developed a 
vaccine to prevent polio. Currently all young children 
in developed countries can be vaccinated against the 
disease. 


Similar vaccines have been developed over the 
years to combat other diseases that previously were 
lethal. Whooping cough, tetanus, diphtheria, and 
other diseases that at one time meant certain death to 
victims, can be prevented. The plague, once a dreaded 
killer of thousands, no longer exists among the human 
population. An effective vaccine has eradicated it as a 
dread disease. 


The resistance to disease is called immunity. A few 
people are naturally immune to some diseases, but 
most have need of vaccines. This type of immunity, 
attained by means of a vaccine, is called artificial 
immunity. Vaccines are made from dead bacteria and 
are injected into the body. The vaccine causes the 
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formation of antibodies, which alert the immune sys- 
tem in the event a live bacterium invades. 


The body’s immune system, responsible for 
guarding against invading pathogens, may itself be 
the cause of disease. Conditions such as rheumatoid 
arthritis and Lupus are considered to be the result of 
the immune system mistaking its own body for foreign 
tissue and organizing a reaction to it. This kind of 
disease is called an autoimmune disease—auto, mean- 
ing one’s own, and immune referring to the immune 
system. Scientists have found that little can be done to 
combat this form of disease. The symptoms can be 
treated to ease the patient’s discomfort or preserve 
his life, but the autoimmune reaction seldom can be 
shut down. 


Disease prevention has now become a very chal- 
lenging medical specialty. The physicians or preven- 
tive medicine specialists are trained in epidemiology, 
biostatistics, environmental and occupational health 
services, administration, as well as clinical prevention. 
They are, therefore, uniquely qualified to work with 
both individuals and the community to prevent dis- 
ease. They initiate several programs in infectious dis- 
ease prevention and control, sexually transmitted 
diseases, and in the prevention of chronic diseases. 
These health care professionals seek to identify health 
hazards in the work place and the community. They 
are active in patient care and like to say their patients 
are their community. 


There are several components to the disease pre- 
vention program. In order to prevent disease, the pre- 
vention technologies have to be first delivered to the 
patient; the community at large. In the clinical preven- 
tion model, the traditional model for disease preven- 
tion, the health care provider and the patient have to 
interact. Early detection and treatment rely on that 
interaction. Screening for diseases, along with vacci- 
nation and early diagnosis all occur within this setup. 


The second component of this prevention pro- 
gram is behavioral prevention strategies. The preven- 
tive medicine specialists use a broad array of strategies 
to encourage lifestyle changes such as exercise, no 
smoking, and healthful diets. To accomplish these 
behavioral changes, the patient’s knowledge and atti- 
tudes may require changing. 


Environmental prevention strategies form the 
third component of the prevention program. 
Providing safe drinking water, fluoridation of drink- 
ing water, lead abatement, regulations on public 
smoking, seat-belt laws, and safer highways all come 
under this banner. 
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Dissociation 


KEY TERMS 


Culture—A means of growing bacteria and viruses 
in a flask or ona plate. The culture medium usually 
is agar, a form of gelatin, that may be enriched with 
broth or blood. 


Pathogen—A shortened form of pathogenetic, 
meaning an agent that causes a disease. 


Physiology—The functioning of the organs of the 
body. Pathophysiology is their functioning in a dis- 
eased state. 


In order to incorporate these changes into the 
community, societal commitment is required. 
However, once these changes are made, they require 
very little effort from the individual and can have far- 
reaching effect. 


Primary disease prevention is aimed at reducing 
risk factors or controlling the causative factors for a 
health problem. These include risk factors such as 
smoking (to prevent lung cancer), environmental 
exposure to lead (to prevent mental retardation in 
children), and sex education (to reduce sexually trans- 
mitted diseases). Health services such as vaccinations, 
routine physical examinations and providing preven- 
tive therapy tools such as fluoridated water also fall 
under this category. Secondary disease prevention 
involves early detection and treatment such as mam- 
mography for detecting breast cancer or contact trac- 
ing for detecting and treating persons with acquired 
immune deficiency syndrome (AIDS) and other sexu- 
ally transmitted diseases. 


See also Epidemic; 
Syndrome. 


Epidemiology; Etiology; 


Larry Blaser 


[| Dissociation 


Dissociation is the process by which a molecule 
separates into ions. It may also be called ionization, 
but because there are other ways to form ions, the term 
dissociation is preferred. Substances dissociate to dif- 
ferent degrees, ranging from substances that dissociate 
very slightly, such as water, to those that dissociate 
almost completely, such as strong acids and bases. The 
extent to which a substance dissociates is directly 
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related to its ability to conduct an electric current. A 
substance that dissociates only slightly (as in the case 
of a weak acid like vinegar) is a weak electrolyte, as it 
conducts electricity poorly. A substance that is almost 
completely dissociated (such as table salt, NaCl, 
or hydrochloric acid, HCl) conducts electricity very 
well. The ability to conduct electricity is based 
on the ionic makeup of a substance. The more ions 
a substance contains, the better it will conduct 
electricity. 


Dissociation of water 


Pure water dissociates only slightly. About one 
water molecule out of every 10 million is dissociated 
and the rest remain in nondissociated (or molecular) 
form. This ionization of water (sometimes called self- 
or auto-ionization) can be summarized by the follow- 
ing formula. Pure water produces very few ions from 
its dissociation and so is a poor electrolyte, or con- 
ductor of electricity. 


The following equation describes the process in 
which a water molecule ionizes (separates into ions) to 
form a hydrogen ion (proton) and a hydroxide ion. 


HO — H+ + OH- 


Another way to describe the dissociation of water 
is as follows: 


H,O + H,O0 = H;0, + OH™ 


where two water molecules form a hydronium ion 
(essentially a water molecule with a proton attached) 
and a hydroxide ion. 


Dissociation of acid and bases 


Acids are molecules that can donate protons 
(hydrogen or H * ions) to other molecules. An alter- 
nate view is that an acid is a substance that will cause 
an increase in the concentration of hydrogen ions in a 
solution. 


The dissociation of a strong acid (such as hydro- 
chloric acid, HCl) is essentially 100%. 


Hcl —H * + Cl 


In this case, nearly every HCl molecule is dissoci- 
ated (separated into ions). When any substance disso- 
ciates, both positive and negative ions will be formed. 
In this case, the positive ion (cation) is a proton, and 
the negative ion (anion) is the chloride ion. A strong 
acid is a strong electrolyte and a good conductor of an 
electric current. In the case of a strong base, nearly 
100% of the molecules are dissociated as well, and 
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Figure 1. Illustration of the solvation process, in which the negative end of a water molecule faces the positive sodium ion and 
the positive end faces the negative ion. (//lustration by Hans & Cassidy. Courtesy of Gale Group.) 


strong bases (such as sodium hydroxide, NaOH) are 
also strong electrolytes. 


NaOH —Na* + OH™ 


A weak acid, such as hydrofluoric acid is only 
slightly dissociated. Many more of the molecules 
exist in the molecular (undissociated or unionized) 
form than in the ionized form. Since it forms fewer 
ions, a weak acid will be a weak electrolyte. 


HF — H* + F™ 


In the case of a weak base, such as aluminum 
hydroxide, Al(OH)3, only a small percent of molecules 
ionize, producing few ions, and making weak bases 
weak electrolytes as well. 


Al(OH); — Al + 37 + 30H~ 


In any dissociation reaction, the total charges will 
mathematically cancel each other out. The case above 
has a positive three charge on the aluminum ion and a 
negative one charge on each of the three hydroxide 
ions, for a total of zero. 


Dissociation of salts 


Salts are the product of the neutralization reaction 
between an acid and a base (the other product of this 
neutralization reaction being water). Salts that are solu- 
ble in water dissociate into their ions and are electrolytes. 
Salts that are insoluble or only slightly soluble in water 
form very few ions in solution and are nonelectrolytes 
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or weak electrolytes. Sodium chloride, NaCl, is a water- 
soluble salt that dissociates totally in water. 


NaCl — Nat + Cl 


The process by which this takes place involves the 
surrounding of each positive sodium ion and each 
negative chloride ion by water molecules. Water mol- 
ecules are polar and have two distinct ends, each witha 
partial positive or negative charge. Since opposite 
charges attract, the negative end of the water molecule 
will face the positive sodium ion and the positive end 
will face the negative ion. This process, illustrated in 
Figure 1, is known as solvation. 
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Distance 


| Distance 


Distance has two different meanings. It is a number 
used to characterize the shortest length between two 
geometric figures, and it is the total length of a path 
between two people, places, or things. In the first case, 
the distance between two points is the simplest instance. 
For instance, if one person is standing 8 ft (2.5 m) away 
from another person, then the distance the two people 
are standing apart from each other is 8 feet. 


The absolute distance between two points, some- 
times called the displacement, can only be a positive 
number. It can never be a negative number, and can 
only be zero when the two points are identical. (Distance 
differs from displacement in this sense because if one 
were to walk from point A to point B, and then return 
back to point A by reversing their steps, then displace- 
ment equals 0 but distance would be the length from A 
to B doubled.) Only one straight line exists between any 
two points, such as, P, and P>. The length of this line is 
the shortest distance between P; and Pp. 


In the case of parallel lines, the distance between 
the two lines is the length of a perpendicular segment 
connecting them. If two figures such as line segments, 
triangles, circles, cubes, etc. do not intersect, then the 
distance between them is the shortest distance between 
any pair of points, one of which lies on one figure and 
one of which lies on the other. 


To determine the distance between two points, a 
person must first consider a coordinate system. An xy 
coordinate system consists of a horizontal axis (x) and 
vertical axis (v). Both axes are infinite for positive and 
negative values. The crossing point of the lines is the 
origin (O), at which both x and y values are zero. 


The coordinates of point P , is defined as (x), 1), 
and point P by (x2, y2). The distance, the length of the 
connecting straight line (P;, P2), which is the shortest 
distance between the two points, is given by the equa- 
tiond = r= X9)” + (y; - yo)”. In many types of 
physics and engineering problems, for example, this 
equation is used in tracking the trajectory of an atomic 
particle or in determining the lateral motion of a sus- 
pension bridge in the presence of high winds. 


Path length 


The other meaning of distance is the length of a 
path. This is easily understood if the path consists 
entirely of line segments, such the perimeter of a pen- 
tagon. The distance is the sum of the lengths of the line 
segments that make up the perimeter. For curves that 
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KEY TERMS 


Absolute distance—The displacement between 
two points, independent of orientation. 


Hessian normal form—A definition of a line such 
that the line cuts the plane into positive and neg- 
ative regions; this form attaches sign (+/-) to dis- 
tance so that a distance measurement indicates 
displacement and orientation of the measured 
object from the line. 


Oriented distance—A distance that indicates 
direction by sign. 
Path length—The length of a path, generally deter- 


mine by calculus. 


are not line segments, a continuous path can usually be 
approximated by a sequence of line segments. Using 
shorter line segments produces a better approxima- 
tion. The limiting case, when the lengths of the line 
segments go to zero, is the distance. A common exam- 
ple would be the circumference of a circle, which is a 
distance around the circle. 


Distance is used commonly in everyday life. It 
describes how far someone drives to work, to school, 
or to the shopping mall. Distance is described in astron- 
omy as how many light-years from the Earth to a partic- 
ular celestial body such as Pluto or a star. It also 
describes the amount of space between atoms within 
the science of chemistry. Distance is used very frequently 
and, thus, is very important to the functioning of society. 


Kristin Lewotsky 


[ Distillation 


Distillation is the process of separating liquids by 
boiling them, and then condensing the resulting vapor. 
Islamic alchemist, astronomer, and physicist Abu Musa 
Jabir ibn Hayyan (c. 721-c. 815) is generally considered 
today as the inventor of the modern distillation process. 
Distillation is one of the most important processes for 
separating the components of a solution. The solution 
is heated to form a vapor of the more volatile compo- 
nents in the system, and the vapor is then cooled, con- 
densed, and collected as drops of liquid. By repeating 
vaporization and condensation, individual components 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Thermometer 


Cool water out 


Distillation 
flask 


Vapor 


Solution 


Receiver 


Distillate 


Cold water in 


A typical laboratory distillation setup. (Hans & Cassidy. Courtesy of Gale Group.) 


in the solution can be recovered in a pure state. 
Whiskey, essences, and many pure products from the 
oil refinery industry are processed via distillation. 


General principles 


Distillation has been used widely to separate volatile 
components from nonvolatile compounds. The under- 
lying mechanism of distillation is the differences in vol- 
atility between individual components. With sufficient 
heat applied, a gas phase is formed from the liquid 
solution. The liquid product is subsequently condensed 
from the gas phase by removal of the heat. Therefore, 
heat is used as the separating agent during distillation. 
Feed material to the distillation apparatus can be liquid 
and/or vapor, and the final product may consist of liquid 
and vapor. A typical apparatus for simple distillation 
used in chemistry laboratories is one in which the still pot 
can be heated with a water, steam, or oil bath. When 
liquids tend to decompose or react with oxygen during 
the course of distillation, the working pressure can be 
reduced to lower the boiling points of the substances and 
hence the temperature of the distillation process. 


In general, distillation can be carried out either 
with or without reflux involved. For the case of sin- 
gle-stage differential distillation, the liquid mixture is 
heated to form a vapor that is in equilibrium with the 
residual liquid. The vapor is then condensed and 
removed from the system without any liquid allowed 
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to return to the still pot. This vapor is richer in the more 
volatile component than the liquid removed as the 
bottom product at the end of the process. However, 
when products of much higher purity are desired, part 
of the condensate has to be brought into contact with 
the vapor on its way to the condenser and recycled to 
the still pot. This procedure can be repeated for many 
times to increase the degree of separation in the original 
mixture. Such a process is normally called rectification. 


Applications 


Distillation has long been used as the separation 
process in the chemical and petroleum industries because 
of its reliability, stmplicity, and low-capital cost. It is 
employed to separate benzene from toluene, methanol 
or ethanol from water, acetone from acetic acid, and 
many multi-component mixtures. Fractionation of 
crude oil and the production of deuterium also rely on 
distillation. 


Today, with over 40,000 distillation towers in oper- 
ation, distillation makes about 95% of all current indus- 
trial separation processes; however, distillation systems 
also have relatively high energy consumption. Significant 
effort, therefore, has been made to reduce the energy 
consumption and to improve the efficiency in distillation 
systems. This includes incorporating new analytical sen- 
sors and reliable hardware into the system to achieve 
advanced process control, using heat rejected from a 
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Distributive property 


KEY TERMS 


Activity coefficient—The ratio of the partial pres- 
sure of a component in the gas phase to the product 
of its mole fraction in the liquid phase and its vapor 
pressure as a pure liquid which is an important 
factor encountered in many vapor-liquid separation 
processes. 


Bubble point—For a saturated liquid, because any 
rise in temperature will form bubbles of vapor, the 
liquid is said at its bubble point. 


Dew point—The point at which air or a gas begins 
to condense to a liquid. 


Differential distillation—During distillation, only a 
very small portion of the liquid is flashed each time 
and the vapor formed on boiling the liquid is 
removed at once from the system. 


Distillate—The product withdrawn continuously at 
the top of the distillation column. 


Reflux—Part of the condensate from the condenser 
is returned to the top tray of the distillation column 
as reflux to provide liquid flow above the feed point 
for increasing separation efficiency. 


condenser of one column to reboil other columns, and 
coupling other advanced process such as adsorption and 
crystallization with distillation to form energy-saving 
hybrid operation systems. 


Pang-Jen Kung 


[ Distributive property 


The distributive property is a property of some 
binary mathematical operations, which are operations 
that affect two elements. Multiplication distributes 
over addition. That is,a x (b +c) =axbt+axc 
and(b +c)xa=bxa+cxa forall real or complex 
numbers a, b, and c. 


The distributive property is implicit in the common 
multiplication algorithm. For example, 27 x 4 means 4 
x (2 tens + 7 ones). To complete the multiplication, you 
use the distributive property: 4 x (20 + 7) = (4 x 20) + 
(4 x 7) = 80 + 28 = 108. 


We use the distributive property more than once in 
carrying out such computations as (3x + 4)(x + 2). 
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Thus (3x + 4)(x + 2) = (3x + 4)x + (3x + 4)2 where 
3x + 4is “distributed over” x + 2 and then (3x + 4)x + 
(3x + 4)2 = 3x7 + 4x) + (6x + 8) = 3x* + 10x + 8 
where x and 2 are distributed over 3x + 4. 


l Disturbance, ecological 


An ecological disturbance is an event of intense 
environmental stress causing large changes in the 
affected ecosystem. Ecological disturbances can result 
from natural causes or from the activities of humans. 


Natural ecological disturbances may be caused by 
physical stressors such as volcanic eruptions, hurri- 
canes, tornadoes, earthquakes, and over geological 
time, glacial advance, and retreat. Humans can also 
cause physical disturbances through development of 
land or coasts, pollution or long-term impacts on the 
environment, such as global warming. Forest fires, 
either natural or human-induced are another example 
of ecological disturbance. Biological stresses, such as 
when a severe infestation of defoliating insects causes 
substantial mortality of trees in a forest or of agricul- 
tural crops represent a type of ecological disturbance. 
Other examples include parasites and epidemics. 


Ecologic disturbance can occur at a variety of 
spatial scales. The most extensive disturbances involve 
landscape-scale events, such as glaciation, which can 
affect entire continents. Tornadoes, hurricanes and 
wildfires can also affect very large areas; sometimes 
wildfires extend over millions of acres. 


Some disturbances are much more local in their 
effects. For example, the primary disturbance regime in 
old-growth forests is associated with the death of indi- 
vidual, large trees caused by disease, insect attack, or a 
lightning strike. This sort of microdisturbance event 
results in a gap in the otherwise closed forest canopy. 
This encourages the growth of plant and animal com- 
munities different from those usually found on the 
dark, moist forest floor. Further ecological changes 
occur when the dead tree falls to the ground and slowly 
rots. Diverse processes of ecological recovery occur in 
response to the within-stand patch dynamics associated 
with the deaths of large trees in old-growth forests. 


Whenever an ecosystem is affected by a substan- 
tial disturbance event, individuals and even entire spe- 
cies may be weakened or killed off. Other ecological 
damages can also occur, such as changes in hydrologic 
processes or soil contamination. However, once the 
actual disturbance has occurred, ecological succession 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A forest in Homestead, Florida, that was destroyed by Hurricane Hugo. (JLM Visuals.) 


occurs. If the ecological disturbance has not greatly 
affected the abiotic factors of the area, a similar eco- 
system to the one that existed prior to the disturbance 
may result. 


In a number of regions around the world, human 
activities produce dramatic ecological disturbances. 
Clear-cutting of tropical rainforests, the damming or 
polluting of rivers and streams, the introduction of 
various chemicals and particulates into the atmos- 
phere from industrial facilities have major effects on 
many ecosystems. In cases where the ecological dis- 
turbance is ongoing, succession is forestalled, and the 
damaged ecosystems may fail to recover. 


See also Stress, ecological. 


Diurnal cycles refer to processes or events that 
typically reoccur each day. Most daily cycles are 
caused by the rotation of Earth, which spins once 
around its axis about every 24 hours. The term diurnal 


comes from the Latin word diurnus, meaning daily. 
Diurnal temperature, diurnal cycles, diurnal tidal, and 
solar cycles affect global processes. 


A diurnal temperature cycle consists of daily 
increases and decreases in temperature. The daily rota- 
tion of Earth causes the progression of daytime and 
nighttime, and the amount of sunlight falling on a given 
area (known as solar insolation). Insolation fluctua- 
tions give rise to both air and surface temperature 
changes. Except in unusual terrain, the daily maximum 
temperature generally occurs between the hours of 2 
PM and 5 PM, and then decreases until sunrise the next 
day. The angle of the sun to the surface of Earth 
increases until around noon when the angle is the larg- 
est (i.e., the sunlight most direct). The intensity of the 
sun increases with the sun’s angle, so that the sun is 
most intense around noon. However, there is a time 
difference between the daily maximum temperature 
and the maximum intensity of the sun, called the lag 
of the maximum. This discrepancy occurs because air is 
heated predominantly by reradiating energy from 
Earth’s surface. Although the sun’s intensity decreases 
after 12 PM, the energy trapped within Earth’s surface 
continues to increase into the afternoon and supplies 
heat to Earth’s atmosphere. The reradiating energy lost 


Division 


from Earth must surpass the incoming solar energy in 
order for the air temperature to cool. 


Diurnal tides consist of one low tide and one high 
tide within a 24-hour period. Oceans and the solid 
earth both respond to tides, although ocean tides are 
much larger than earth tides. 


Solar diurnal cycles occur because Earth’s axis is 
tilted 23.5 degrees and is always pointed towards the 
north star, Polaris. The tilt of Earth in conjunction 
with the Earth’s rotation around the sun affects the 
amount of sunlight received at any location on Earth. 


Diurnal cycles are of interest to biologists and 
physicians because a number of physiological and 
behavioral functions are correlated to diurnal cycles. 
For example, the release of the cortical hormones is 
controlled by adrenocorticotropic (ACTH) from the 
anterior pituitary gland. The level of ACTH has a 
diurnal periodicity, that is, it undergoes a regular, 
periodic change during the 24-hour time period. 
ACTH concentration in the blood rises in the early 
morning, peaks just before awaking, and reaches its 
lowest level shortly before sleep. 


| Division 

Division is the mathematical operation that is the 
inverse of multiplication. If one multiplies 47 by 92 
and, then, divides by 92, the result is the original 47. In 
general, (ab)/b = a. Likewise, if one divides first and, 
then, multiplies, the two operations nullify each other: 
(a/b)b = a. This latter relationship can be taken as the 
definition of division: a/b is a number which, when 
multiplied by b, yields a. 


In the real world using ordinary arithmetic, divi- 
sion is used in two basic ways. The first is to partition a 
quantity of something into parts of a known size, in 
which case the quotient represents the number of parts, 
for example, finding how many three-egg omelets can 
be made from a dozen eggs. The second is to share a 
quantity among a known number of shares, as in find- 
ing how many eggs will be available per omelet for each 
of five people. In the latter case, the quotient represents 
the size of each share. For omelets, if made individually 
one could use two eggs each for the five people and still 
have two eggs left over, or you could put all the eggs in 
one bowl, so each person would get 2.4 (12/5) eggs. 


The three components of a division situation 
can represent three distinct categories of things. While 
it would not make sense to add dollars to earnings- 
per-share, one can divide dollars by earnings-per-share 


1354 


and have a meaningful result (in this case, shares). This is 
true, too, in the familiar rate-distance-time relationship 
R = D/T. Here the categories are even more distinct. 
Distance is measured with a tape; time by a clock; and 
rate is the result of these two quantities. 


Another example would be in preparing a quarterly 
report for share holders; a company treasurer would 
divide the total earnings for the quarter by the number 
of shares in order to compute the earnings-per-share. On 
the other hand, if the company wanted to raise 
$6,000,000 in new capital by issuing new shares, and if 
shares were currently selling for $18'/s, the treasurer 
would use division to figure out how many new shares 
would be needed, i.e., about 330,000 shares. 


Division is symbolized in two ways, with the sym- 
bol + and with a bar, horizontal or slanted. In a/b or 
a + b, ais called the dividend; b, the divisor; and the 
entire expression, the quotient. 


Division is not commutative; 6/4 is not the same as 
4/6. It is not associative; (8 + 4) + 2 is not the same as 
8 + (4 = 2). For this reason, care must be used when 
writing expressions involving division, or interpreting 
3 
them. An expression such as 4 is meaningless. It can be 
7 
given meaning by making one bar noticably longer 
3 
than the other 4 to indicate that 3/4 is to be divided 
7 
by 7. The horizontal bar also acts as a grouping sym- 


bol. In the expressions avis 3/4 x’ = 1 the 
8+2 7 x+1 


division indicated by the horizontal bar is the last 
operation to be performed. 


In computing a quotient, one uses an algorithm, 
which finds an unknown multiplier digit by digit or 
term by term. 


75 x-—1 
4)3.00 x+1)x2—1 
28 +x 
~ 20 —-x—1 

20 —-x—1 


In the algorithm on the left, one starts with the digit 7 
(actually 0.7) because it is the biggest digit one can use so 
that 4 x 71s 30 or less. That is followed by 5 (actually 0.05) 
because it is the biggest digit whose product with the 
divisor equals what remains of the dividend, or less. 
Thus, one has found (0.7 + 0.05) which, multiplied by 4 
equals 3. In the algorithm on the right, one does the same 
thing, but with polynomials. One finds the polynomial of 
largest degree whose product with the divisor is equal to 
the dividend or less. In the case of polynomials, /ess is 
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measured by the degree of the polynomial remainder 
rather than its numerical value. Had the dividend been 
x’ - 4, the quotient would still have been x - 1, with a 
remainder of -3, because any other quotient would have 
left a remainder whose degree was greater than or equal to 
that of the divisor. 


These last two examples point out another way in 
which division is a less versatile operation than multi- 
plication. If one is working with integers, one can 
always multiply two of them and have an integer for 
a result. That is not so with division. Although 3 and 4 
are integers, their quotient is not. Likewise, the prod- 
uct of two polynomials is always a polynomial, but the 
quotient is not. Occasionally it is, as in the example 
above, but had one tried to divide x? - 4 by x + 1, the 
best one could have done would have been to find a 
quotient and remainder, in this case a quotient of x - 1 
and a remainder of -3. Many sets that are closed with 
respect to multiplication (i.e., multiplication can 
always be completed without going outside the set) 
are not closed with respect to division. 


One number that can never, ever be used as a 
divisor is zero. The definition of division says that 
(a/b)b = a, but the multiplicative property of zero 
says that (a/b) x 0 = 0. Thus, when one tries to divide 
a number such as 5 by zero, one is seeking a number 
whose product with 0 is 5. No such number exists. 
Even if the dividend were zero as well, division by 
zero would not work. In that case, one would have 
(0/0)0 = 0, and 0/0 could be any number whatsoever. 


Unfortunately, division by zero is a trap one can 
fall into without realizing it. If one divides both sides 
of the equation x* - 1 = 0 by x - 1, the resulting 
equation, x + | = 0, has one root, namely -1. The 
original equation had two roots, however, -1 and 1. 
Dividing by x - 1 caused one of the roots to disappear, 
specifically the root that made x - 1 equal to zero. 


The division algorithm shown above on the left 
converts the quotient of two numbers into a decimal, 
and if the division does not come out even, it does so 
only approximately. If one uses it to divide 2 by 3, 
for instance, the quotient is 0.33333... with the 3s 
repeating indefinitely. No matter where one stops, 
the quotient is a little too small. To arrive at an exact 
quotient, one must use fractions. Then the answer, a/ 
b, looks exactly like the problem, a/b, but since one 
uses the bar to represent both division and the separa- 
tor in the ratio form of a rational number, that is the 
way it is. 


The algorithm for dividing rational numbers and 
leaving the quotient in ratio form is actually much 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Dividend—The number that is divided or parti- 
tioned in a quotient. 


Divisor—The number of parts into which a divi- 
dend is partitioned. 


Quotient—The result of dividing one number by 
another. 


Remainder—tThe part of the dividend left over 
when an exact quotient cannot be computed. 


simpler. To divide a number by a number in ratio 
form, one simply multiplies by its reciprocal. That is, 


(a/b) + (c/d) = (a/b)(d/c). 
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J. Paul Moulton 


DNA see Deoxyribonucleic acid (DNA) 


| DNA databanks 


With the advent of significant biotechnological 
advances in molecular biology, particularly with the 
completion of the human genome sequence, a better 
understanding of the genetic material (DNA) has 
allowed scientists to utilize this information in a vari- 
ety of applications. One of these ways has been to 
initiate and establish large-scale DNA databanks. A 
DNA databank is essentially a storage facility that 
maintains DNA extracted from a variety of sources 
from an individual including blood, saliva, hair, skin, 
or other kinds of tissue (muscle, liver, etc). Since DNA 
in the proper storage conditions can be maintained 
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The Armed Forces Pathology Institute DNA Repository holds the DNA of all active service men and women and civilians who 
work with the military in particularly dangerous and volatile areas. (© Karen Kasmauski/Corbis.) 


indefinitely, creating DNA databanks can serve a vari- 
ety of purposes that include screening for disease 
genes, paternity testing, identity matching for criminal 
investigations, and research-related studies. 


The initial incentive for creating DNA databanks 
was to have a repository to send out samples for molec- 
ular genetics testing to screen for genetic predispositions 
to disease or inheriting disease genes. Currently, the 
United States lacks a DNA databank with a national, 
centralized repository system. Other countries such as 
Iceland, the United Kingdom, and Estonia have estab- 
lished large, centralized DNA databanks on a national 
level. An essential method to better understanding dis- 
ease as it relates to the human genome has been to link 
DNA databanks to clinical information so_ that 
researchers can elucidate the mechanisms of heritable 
disease, susceptibility to disease, and identify ways to use 
the genome for therapeutic applications. 
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A national DNA databank in the United States 
has been controversial due to the ethical, legal, and 
social implications. These issues revolve around the 
fear that a national DNA databank will compromise 
an individual’s privacy and give law officials too much 
accessibility to an individual’s genetic information. 
Furthermore, having DNA stored in a national 
DNA databank risks misuse of the DNA in the future, 
even if initially there are carefully considered restric- 
tions and the appropriate informed consent. Genetic 
information is analogous to anthropometric or bio- 
metric medical information. However, it is much more 
robust in terms of the information it contains. 


Although a national DNA databank does not 
exist in the United States, most states collect DNA 
from convicted murderers and sex offenders. All 
states have a law regarding the storage of specific 
DNA information from any individual arrested or 
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convicted of a felony in a database and a small per- 
centage of states require the DNA profiles of all 
felons to be in this database. DNA has linked mur- 
derers to the crimes they committed retrospectively, 
in some cases decades after the murder was commit- 
ted. In these cases, a national DNA databank would 
have significant ramifications in law enforcement. 
DNA identified at the scene of the crime could be 
matched to an individual within hours after the sam- 
ple is analyzed. This would only be possible if the 
entire country underwent DNA fingerprinting and 
these findings were stored in a centralized database 
that law enforcement officers could use to match to 
DNA found at a crime scene. This would allow rapid 
identification of suspects and lead to a larger number 
of arrests. The cost for such a large-scale endeavor is 
considerable. 


Currently, DNA databanks for forensic purposes 
utilize a standard DNA-typing system based on the 
Federal Bureau of Investigation (FBI) panel (13) of 
specific DNA markers called short tandem-repeat loci, 
or STRs. STRs are DNA sequences that are repeated a 
different number of times in different individuals. 
These repetitive sequences are inherited and can be 
used to identify an individual with a high degree of 
certainty. The DNA data is processed using a univer- 
sal system known as the Combined DNA Index 
System, or CODIS. All states are expected to comply 
with this system and criminals who cross state lines, if 
their DNA information is stored in the database of 
genetic profiles, can be identified by any referral center 
that has the expertise and access to the system. The 
DNA information stored is predominantly for the 
purposes of identification, no other genetic informa- 
tion is stored on the databases. CODIS DNA profiles 
are used for a dual law enforcement purpose. While 
one purpose is to store profiles of convicted felons 
based on states requirements, the other is to collect 
and store unidentified DNA profiles that are from 
specimens obtained at crime scenes. Although the 
states maintain their own databanks, the FBI coordi- 
nates crosstalk between states through a searchable 
National DNA Index System, of NDIS. 


CODIS began in 1990 and the FBI’s authority to 
establish a national index was established in the DNA 
Identification Act of 1994 (Public Law 103 322). 
CODIS leads to arrests by establishing a genetic con- 
nection between different violent crimes or by match- 
ing a suspect’s DNA to DNA obtained from a crime 
scene using known convicted felons genetic profiles 
from the database. Over 1,000 crime investigations 
have benefited from CODIS since its inception. 
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See also Crime scene investigation; Deoxyribonu- 
cleic acid (DNA); DNA Fingerprinting; DNA technol- 
ogy; Forensic science. 


Bryan Cobb 


I DNA fingerprinting 


Genetic, genomic, or DNA fingerprinting is the 
term applied to a range of techniques that are used to 
show similarities and dissimilarities between the DNA 
present in different individuals. 


Genetic fingerprinting is an important tool in the 
arsenal of forensic investigators. Genetic fingerprint- 
ing allows for positive identification, not only of body 
remains, but also of suspects in custody. Genetic fin- 
gerprinting can also link suspects to physical evidence. 


Sir Alec Jeffreys at the University of Leicester 
developed DNA fingerprinting in the mid 1980s. The 
sequence of nucleotides in DNA is similar to a finger- 
print, in that it is unique to each person. DNA finger- 
printing is used for identifying people, studying 
populations, and forensic investigations. 


The mechanics of genetic fingerprinting 


The nucleus of every cell in the human body contains 
deoxyribonucleic acid (DNA), a biochemical molecule 
that is made up of nearly three-billion building blocks 
called nucleotides. DNA consists of four different 
nucleotides, adenine (A), thymine (T), guanine (G), and 
cytosine (C), which are linked together in a sequence that 
is unique to every individual. The sequence of A, T, G, 
and C in human DNA can be found in more combina- 
tions or variations than there are humans. The technol- 
ogy of DNA fingerprinting is based on the assumption 
that no two people have the same DNA sequence. 


The DNA from a small sample of human tissue can 
be extracted using biochemical techniques. Then the 
DNA can be digested using a series of enzymes known 
as restriction enzymes, or restriction endonucleases. 
These molecules can be thought of as chemical scissors, 
which cut the DNA into pieces. Different endonucleases 
cut DNA at different parts of the nucleotide sequence. 
For example, the endonuclease called Smal cuts the 
sequence of nucleotides CCCGGG between the third 
cytosine (C) and the first guanine (G). 


After being exposed to a group of different restric- 
tion enzymes, the digested DNA undergoes gel 
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electrophoresis. In this biochemical analysis technique, 
test samples of digested DNA are placed in individual 
lanes on a sheet of an agarose gel that is made from 
seaweed. A separate lane contains control samples of 
DNA of known lengths. The loaded gel is then placed in 
a liquid bath and an electric current is passed through 
the system. The various fragments of DNA are of dif- 
ferent sizes and different electrical charges. The pieces 
move according to their size and charge with the smaller 
and more polar ones traveling faster. As a result, the 
fragments migrate down the gel at different rates. 


After a given amount of time, the electrical current 
in the gel electrophoresis instrumentation is shut off. 
The gel is removed from the bath and the DNA is 
blotted onto a piece of nitrocellulose paper. The DNA 
is then visualized by the application of radioactive probe 
that can be picked up on a piece of x-ray film. The result 
is a film that contains a series of lines showing where the 
fragments of DNA have migrated. Fragments of the 
same size in different lanes indicate the DNA has been 
broken into segments of the same size. This demon- 
strates a similarity between the sequences under test. 


Different enzymes produce different banding pat- 
terns and normally several different endonucleases are 
used in conjunction to produce a high definition banding 
pattern on the gel. The greater the number of enzymes 
used in the digestion, the finer the resultant resolution. 


In genetic or DNA fingerprinting, scientists focus 
on segments of DNA in which nucleotide sequences 
vary a great deal from one individual to another. For 
example, 5—10% of the DNA molecule contains regions 
that repeat the same nucleotide sequence many times, 
although the number of repeats varies from person to 
person. Jeffreys targeted these long repeats called vari- 
able number of tandem repeats (VNTRs) when he first 
developed DNA fingerprinting. The DNA of each per- 
son also has different restriction fragment sizes, called 
restriction fragment length polymorphisms (RFLPs), 
which can be used as markers of differences in DNA 
sequences between people. Today, technicians also use 
short tandem repeats (STRs) for DNA fingerprinting. 
STRs are analyzed using polymerase chain reaction or 
PCR, a technique for mass-producing sequences of 
DNA. PCR allows scientists to work with degraded 
DNA. 


Genetic fingerprinting as a forensic tool 


Genetic fingerprinting is now an important tool in 
the arsenal of forensic chemists. It is used in forensics 
to examine DNA samples taken from a crime scene 
and compare them to those of a suspect. Criminals 
almost always leave evidence of their identity that 
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contains DNA at the crime scene—hair, blood, 
semen, or saliva. These materials can be carefully col- 
lected from the crime scene and fingerprinted 


Although DNA fingerprinting is scientifically 
sound, the use of DNA fingerprinting in courtrooms 
remains controversial. There are several objections to 
its use. Lawyers who misrepresent the results of DNA 
fingerprints may confuse jurors. DNA fingerprinting 
relies on the probability that individuals will not pro- 
duce the same banding pattern on a gel after their 
DNA has been fingerprinted. Establishing this proba- 
bility relies on population statistics. Each digested 
fragment of DNA is given a probability value. The 
value is determined by a formula relating the combi- 
nation of sequences occurring in the population. There 
is concern that not enough is known about the distri- 
bution of banding patterns of DNA in the population 
to express this formula correctly. Concerns also exist 
regarding the data collection and laboratory proce- 
dure associated with DNA fingerprinting procedures. 
For example, it is possible that cells from a laboratory 
technician could be inadvertently amplified and run 
on the gel. However, because each person has a unique 
DNA sequence and this sequence cannot be altered by 
surgery or physical manipulation, DNA fingerprint- 
ing is an important tool for solving criminal cases. 


A famous example from the 1990s concerns O.J. 
Simpson. Blood recovered from the murder scene of 
his wife matched Simpson’s blood. Even though the 
odds of the blood sample belong to someone else was 
extremely remote, the jury remained unconvinced that 
the sample has not been tampered with. Simpson was 
ultimately acquitted of the murder charge. 


Historical uses of genetic fingerprinting 


Jeffreys was first given the opportunity to demon- 
strate the power of DNA fingerprinting in March of 
1985 when he proved a boy was the son of a British 
citizen and should be allowed to enter the country. In 
1986, DNA was first used in forensics. In a village near 
Jeffreys’ home, a teenage girl was assaulted and 
strangled. No suspect was found, although body fluids 
were recovered at the crime scene. When another girl 
was strangled in the same way, a 19-year-old caterer 
confessed to one murder but not the other. DNA anal- 
ysis showed that the same person committed both mur- 
ders, and the caterer had falsely confessed. Blood 
samples of 4,582 village men were taken, and eventually 
the killer was revealed when he attempted to bribe some- 
one to take the test for him. 


The first case to be tried in the United States using 
DNA fingerprinting evidence was of African-American 
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Tommie Lee Edwards. In November 1987, a judge did 
not permit population genetics statistics that compared 
Edwards to a representative population. The judge 
feared the jury would be overwhelmed by the technical 
information. The trial ended in a mistrial. Three months 
later, Andrews was on trial for the assault of another 
woman. This time the judge did permit the evidence of 
population genetics statistics. The prosecutor showed 
that the probability that the chance that Edwards’ 
DNA would not match the crime evidence was one in 
10 billion. Edwards was convicted. 


DNA fingerprinting has been used repeatedly to 
identify human remains. In Cardiff, Wales, skeletal 
remains of a young woman were found, and a medical 
artist was able to make a model of the girl’s face. She 
was recognized by a social worker as a local run-away. 
Comparing the DNA of the femur of the girl with 
samples from the presumptive parents, Jeffreys declared 
a match between the identified girl and her parents. In 
Brazil, Wolfgang Gerhard, who had drowned in a boat- 
ing accident, was accused of being the notorious Nazi of 
Auschwitz, Josef Mengele. Disinterring the bones, 
Jeffreys and his team used DNA fingerprinting to con- 
clude that the man actually was the missing Mengele. 


In addition to forensics, genetic fingerprinting has 
been used to unite families. In 1976, a military junta in 
a South American country killed over 9,000 people, 
and the orphaned children were given to military cou- 
ples. After the regime was overthrown in 1983, Las 
Abuelas (The Grandmothers) were determined to 
bring these children to their biological families. 
Using DNA fingerprinting, they found the families 
of over 200 children. Best-selling murder mystery 
writer Kathy Reichs was involved in this effort, in 
her professional capacity as a forensic pathologist. 


DNA has been used to solve several historical mys- 
teries. On July 16, 1918, the czar of Russia and his family 
were shot, doused with sulfuric acid, and buried in a 
mass grave. In 1989, the site of burial was uncovered, 
and bone fragments of nine skeletons were assembled. 
Genetic fingerprinting experts from all over the world 
pieced together the puzzle that ended in a proper burial 
to the Romanov royal family in Saint Petersburg in 1998. 


See also Amino acid; Gene; Genetic engineering; 
Forensic science. 
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l DNA recognition instruments 


With the advent of molecular detection techni- 
ques, the variety of forensic tools has grown consid- 
erably. The ability to detect deoxyribonucleic acid 
(DNA) and even to match the nucleic acid to its source 
can allow the forensic scientist to identify an individ- 
ual, or to determine if the individual was at the scene of 
a particular investigation. 


DNA recognition instruments allow rapid identi- 
fication of the origin of DNA in an environmental or 
medical sample. Recognition of the source of DNA is 
important in pathogen (disease-causing agent) identi- 
fication and in various public health, diagnostic, and 
military forensic applications. 


DNA recognition instruments utilize two main 
methods for detection and identification. These are 
nucleic acid hybridization and the polymerase chain 
reaction (PCR). Hybridization of nucleic acids allows 
differentiation of sequences that differ by as little as 
one base pair. Hybridization relies on the fact that 
single stranded DNA reforms a double stranded 
helix with a complementary strand. 


Engineers and biologists are designing new technol- 
ogies to make DNA recognition rapid and accurate, with 
increased sensitivity of the assays, improved identifica- 
tion, and reduction of false positive results. Optical iden- 
tification methods are primarily used in PCR-based 
instruments; however, new magnetic and electrochemical 
methods were developed for hybridization-based assays. 


The great advantages of hybridization-based instru- 
ments are that they do not require any DNA amplifica- 
tion, are highly sensitive, and give rapid results. 


Scientists in industry are currently producing instru- 
ments that are based on measuring electrical conductiv- 
ity. One is known as the eSensor. The system consists of 
bioelectronic chips, reader, and special software. The 
chips contain capture probes and signaling probes. 
After an interaction with a target sequence, signaling 
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probes induce electric current, which is detected and 
interpreted by the sensor’s software. For example, 
chips for identifying pathogens such as the bacteria 
responsible for anthrax are under development. 


The newest technologies in PCR-based instru- 
ments involve instrument miniaturization and meth- 
ods for handling and detecting multiple pathogens in 
multiple samples. 


The advanced nucleic acid analyzer (ANAA) was 
the first DNA recognition instrument designed for 
work in the field. It was portable, but still large and 
was superseded by a hand-held ANAA (HANAA). 


A different technology, but still PCR-based, uses 
a high-performance liquid chromatography to sepa- 
rate the PCR products and identify mutations. The 
advantage of the system is that it can detect mutations 
in any genes that could have been altered for designing 
biological weapons, thus, potentially complementing 
any other detection methods. 


DNA recognition instruments are used in general 
monitoring of the environment, investigation of suspi- 
cious objects, and in diagnostics. In all of these applica- 
tions, detection must be rapid and accurate in order to 
introduce prevention measures or allow rapid treatment. 


See also Crime scene investigation; Deoxyribonu- 
cleic acid (DNA); DNA Fingerprinting; DNA technol- 
ogy; Forensic science. 
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l DNA replication 


DNA, an abbreviation for deoxyribonucleic acid, is 
a double-stranded, helical molecule (visually, it resembles 
a ladder that is twisted into a spiral staircase shape) that 
forms the molecular basis for heredity. For the manufac- 
ture of a new double helix of DNA to occur in the process 
of DNA replication, this molecule must first unwind 
itself to allow the information-encoding building blocks 
of the DNA (the bases) to become accessible. 


The base pairing within DNA is specific; the base 
called adenine pairs with the base called thymine, and 
the base cytosine pairs only with the base called gua- 
nine. Put another way, the pairing is complementary. 
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When a stretch of the DNA double helix separates into 
the two strands of bases due to the action of enzymes, 
each of the exposed strands acts as a template for the 
formation of a new strand that contains the compli- 
mentary sequence of bases. The process, which 
involves the coordinated activity of several different 
enzymes, produces two completely new and identical 
daughter strands of DNA. 


This method of replication is known as the semi- 
conservative model. A competing hypothesis, which 
was eventually disproved, was the conservative hypoth- 
esis; it predicted that separating of the strands of the 
double helix was unnecessary, and that two new 
strands could form along side the existing strands 
even when they were linked together. Experiments con- 
ducted by Matthew Meselson and Franklin W. Stahl in 
the late 1950s that traced the incorporation of radio- 
active compounds into the newly forming DNA estab- 
lished beyond all doubt that the conservative model 
was incorrect. 


[ DNA synthesis 


Deoxyribonucleic acid (DNA) synthesis is a process 
by which strands of the building blocks of DNA (nucleic 
acids) are created. In a cell, DNA synthesis takes place in 
a process known as replication. Using genetic engineer- 
ing and enzyme chemistry, scientists have also developed 
human-made methods for synthesizing DNA. 


The DNA molecule was discovered by Francis 
Crick, James Watson, and Maurice Wilkins. In 1953, 
Watson and Crick used x-ray crystallography data 
from Rosalind Franklin to show that the structure of 
DNA is a double helix, which resembles a ladder 
whose long strands are twisted so that the structure 
somewhat resembles a spiral staircase. For this work, 
Watson, Crick, and Wilkins received the Nobel Prize 
for physiology or medicine in 1962. 


DNA is a long chain polymer made up of chemical 
building blocks called nucleotides. It is the genetic mate- 
rial in most living organisms that carries information 
related to protein synthesis. Typically, DNA exists as 
two chains of nucleotides that are chemically linked 
following base pairing rules. Each nucleotide is made 
up of a type of sugar molecule, a phosphate group, and 
one of four nitrogen-containing bases. The bases are 
adenine (A), guanine (G), thymine (T), and cytosine 
(C). The bases can form bonds with one another, but 
only in a very specific way. Adenine links with thymine 
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and guanine links with cytosine. The linked bases are 
oriented towards the inside of the DNA molecule, akin 
to the rungs of a ladder. The sugar portion of the 
molecule makes up the long strands, analogous to the 
sides of the ladder. The phosphate group holds the 
whole structure together by connecting the sugars. The 
order in which the nucleotides are linked is known as the 
sequence that is determined by DNA sequencing. 


In a eukaryotic cell, DNA is synthesized prior to 
cell division by a process called replication. At the start 
of replication the two strands of DNA are separated by 
various enzymes. Each strand then serves as a template 
for producing a new strand. Replication is catalyzed by 
an enzyme known as DNA polymerase. This molecule 
brings complementary nucleotides to each of the DNA 
strands. The nucleotides connect to form new DNA 
strands, which are exact copies of the original strand 
known as daughter strands. Since each daughter strand 
contains half of the parent DNA molecule, this process 
is known as semi-conservative replication (this means 
that half of the new DNA molecule is derived from the 
older strand, with the other half being newly made). The 
process of replication is important because it provides a 
method for cells to transfer an exact duplicate of their 
genetic material from one generation of cell to the next. 


After the nature of DNA was determined, scientists 
began to examine the cellular genes. When a certain 
gene was isolated, it became desirable to synthesize 
copies of that molecule. One of the first ways in which 
a large amount of a specific DNA was synthesized was 
though genetic engineering. Genetic engineering begins 
by combining a gene of interest with a bacterial plas- 
mid. A plasmid is a small stretch of DNA that is found 
in many bacteria. The resulting hybrid DNA is called 
recombinant DNA. This new recombinant DNA plas- 
mid is then injected into a bacterial cell. The cell is then 
cloned by allowing it to grow and multiply in a culture. 
As the cells multiply so do the copies of the inserted 
gene. When the bacteria has multiplied enough, the 
multiple copies of the inserted gene can then be isolated. 
This method of DNA synthesis can produce billions of 
copies of a gene in a couple of weeks. 


In 1985, researchers developed a new process 
for synthesizing DNA called polymerase chain reaction 
(PCR). This method is much faster than previous known 
methods producing billions of copies of a DNA strand in 
just a few hours. It begins by putting a small section of 
double stranded DNA in a solution containing DNA 
polymerase, nucleotides, and primers. The solution is 
heated to separate the DNA strands. When it is cooled, 
the polymerase creates a copy of each strand. The process 
is repeated every five minutes in an automated machine 
until the desired amount of DNA is produced. 
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l DNA technology 


DNA technology has revolutionized modern sci- 
ence. Deoxyribonucleic acid (DNA), or an organism’s 
genetic material—inherited from one generation to the 
next—holds many clues that have unlocked some of 
the mysteries behind human behavior, disease, evolu- 
tion, and aging. 


Recent advances in DNA technology including 
cloning, PCR, recombinant DNA technology, DNA 
fingerprinting, gene therapy, DNA microarray tech- 
nology, and DNA profiling have already begun to 
shape medicine, forensic sciences, environmental sci- 
ences, and national security. 


In 1956, the structure and composition of DNA 
was elucidated and confirmed previous studies more 
than a decade earlier demonstrating DNA is the 
genetic material that is passed down from one gener- 
ation to the next. A novel tool called PCR (polymerase 
chain reaction) was developed not long after DNA 
was descovered. PCR represents one of the most sig- 
nificant discoveries or inventions in DNA technology 
and it lead to a 1993 Nobel Prize award for American 
born Kary Mullis (1949-). 


PCR is the amplification of a specific sequence of 
DNA so that it can be analyzed by scientists. 
Amplification is important, particularly when it is 
necessary to analyze a small sequence of DNA in 
quantities that are large enough to perform other 
molecular analyses such as DNA sequencing. Not 
long after PCR technology was developed, genetic 
engineering of DNA through recombinant DNA tech- 
nology quickly became possible. Recombinant DNA 
is DNA that has been altered using bacterial derived 
enzymes called restriction endonucleases that act like 
scissors to cut DNA. The pattern that is cut can be 
matched to a pattern cut by the same enzymes from a 
different DNA sequence. The sticky ends that are 
created bind to each other and a DNA sequence can 
therefore be inserted into another DNA sequence. 


Restriction endonucleases are also important in 
genetic fingerprinting. In this case, enzymes that rec- 
ognize specific DNA sequences can produce fragments 
of DNA by cutting different parts of a long strand of 
DNA. If there are differences in the sequence due to 
inherited variation—meaning that there are extra 
DNA or specific sequences altered such that the 
restriction enzymes no longer recognize the site, vari- 
able patterns can be produced. If these patterns are 
used to compare two different people, they will have a 
different fragment pattern or fingerprint. Genetic 
fingerprinting can be used to test for paternity. In 
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forensics, genetic fingerprinting can be used to identify 
a criminal based on whether their unique DNA 
sequence matches to DNA extracted from a crime 
scene. This technology can also allow researchers to 
produce genetic maps of chromosomes based on these 
restriction enzyme fingerprints. Becasue there are 
many different enzymes, many different fingerprints 
can be ascertained. 


Recombinant DNA technology can also be 
applied to splicing genes into molecular devices that 
can transport these genes to various cellular destina- 
tions. This technique, also called gene therapy, has 
been used to deliver corrected genes into individuals 
that have defective genes that cause disease. Gene 
splicing has also been applied to the environment as 
well. Various bacteria have been genetically modified 
to produce proteins that break down harmful chemical 
contaminants such as DDT. Genetically engineered 
plants and crops have been produced that can produce 
substances that kill insects. Similarly, fruits can be 
engineered to have genes that produce proteins that 
slow the ripening process in an effort to extend their 
shelf life. Industry continues to expand the number of 
genetically engineered crop varieties, even in the face 
of persistent concerns over the accidental spread of the 
genetically determined trait to unintended plants such 
as weeds. 


DNA microarray technology, also known as the 
DNA chip, is the latest in nanotechnology that allows 
researchers the have ability to study the genome in a 
high throughput manner. It can be used for gene 
expression profiling which gives scientists insights 
into what genes are being up or down-regulated. 
Various genetic profiles can be determined in order 
to estimate cancer risk or to identify markers that may 
be associated with disease. It has the ability only to 
detect changes in gene expression that are large 
enough to be detected above a baseline level. 
Therefore, it does not detect subtle changes in gene 
expression that might cause disease or play a role in 
the development of disease. It can also be used for 
genotyping, although clinical diagnostic genotyping 
using microarray technology is still being investigated. 
As of 2006, the clinical use of the DNA chip remains 
more potential than reality. 


Genes from other species can also be used to add 
new traits to a particular organism. For example, 
bacteria, mice, and plants have all had luminescent 
(light glowing) genes from jelly fish added to their 
genomes. Another reason for adding genes to a foreign 
organism is to manufacture various nutritional or 
pharmaceutical products. Some cows have been modi- 
fied so that they can produce human insulin or 
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vitamins in their milk in bulk. Pigs have been modified 
to overcome a number of transplantation problems so 
that some limited transplantation of organs can be 
carried out from pigs to humans, also called 
xenotransplation. 


DNA technology, especially when applied to foods 
and reproductive medicine, continues to generate con- 
troversy. It will likely continue to be a large part of 
public debate and have an impact on every aspect 
of medical diagnostics, therapeutics, forensics, and 
genetic profiling. 
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/ DNA vaccine 


The use of a vaccine constructed of a protein has 
traditionally been to induce the formation of an anti- 
body to the particular protein. Antibodies are crucial 
to an organism’s attempt to stop an infection caused 
by a microorganism. 


In the early 1990s, scientists observed that plasmid 
DNA (DNA that is present in bacteria that is not part 
of the main body of DNA) could affect test animals. 
Work began on constructing vaccines that were made 
of DNA instead of protein. 


Instead of injecting a protein into the body to 
induce antibody formation, the stretch of DNA that 
codes for the antigen is injected into the body. When 
the DNA is expressed in the body and the encoded 
protein forms, the protein functions as the antigen and 
antibody formation occurs. 
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In another tact to DNA vaccines, the injected 
DNA codes for a vital component of the disease- 
causing microorganism. Antibodies that form to that 
protein will attack the infecting target microorganisms. 


The DNA can be injected in a salt solution using a 
hypodermic syringe. Alternatively, the DNA can be 
coated onto gold beads, which are then propelled at 
high speed into the body using an apparatus dubbed 
the gene gun. The latter is most often done with plant 
cells. The production of the actual protein that stim- 
ulates antibody formation inside the organism elimi- 
nates the chances of infection, as can occur with some 
viral vaccines that use intact and living viruses. 


DNA vaccines have several advantages over the 
traditional vaccine methods. The immune response 
produced is very long, as the inserted DNA continues 
to be expressed and code for the production of protein. 
So, the use of booster injections to maintain immunity 
is not required. Second, a single injection can contain 
multiple DNA sequences, providing multiple vaccines. 
This advantage is especially attractive for childhood 
vaccinations, which currently require up to 18 visits to 
the physician over a decade. DNA vaccines are stable, 
even after a long time at room temperature. Finally, as 
the proteins that are crucial to diseases are deciphered, 
the genes for those proteins can be used in DNA 
vaccines. 


The injection of DNA does not damage the host’s 
genetic material. So far, the presence of the added 
DNA has not stimulated an immune response of a 
host against its own components. This reaction, 
termed an autoimmune response, could be possible if 
some host DNA coded for a protein that was very 
similar to the protein coded for by the added DNA. 


As encouraging as these results are, the technol- 
ogy does have limitations. For example, so far immun- 
ity can develop only to protein. Many infections in the 
body occur within a covering of sugary material, 
which makes the underlying protein components of 
the infecting microbe almost invisible to the immune 
system. 


Despite the limitations, DNA vaccines against 
diseases show promise. As of 2002, a vaccine against 
infectious hematopoietic necrosis virus in salmon and 
trout is being tested. The viral infection causes the 
deaths of large numbers of commercially raised sal- 
mon and trout, and is an economic problem for com- 
mercial fisheries. Humans have displayed immune 
responses to diarrhea-causing viruses, malarial para- 
sites and tuberculosis using DNA vaccines. In late 
2004, the results of a trial of a DNA vaccine against 
malaria were published. While the vaccine bestowed 
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protection was low, the production of antibodies was 
very high in those who were successfully vaccinated. In 
another development, a 2005 study reported that a 
DNA vaccine against acquired immunodeficiency syn- 
drome (AIDS) does not necessarily protect from infec- 
tion by the human immunodeficiency virus (HIV) but 
does protect against development of AIDS. These 
encouraging results point out the potential for DNA 
vaccines, as well as indicating the work that still needs 
to be done before such vaccines become routine. 


See also Nucleic acid. 
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| Dobsonflies 


Dobsonflies are species of medium- to large-sized 
insects in the order Neuroptera, family Corydalidae. 


The life cycle of dobsonflies is characterized by a 
complete metamorphosis, with four developmental 
stages: egg, larva, pupa, and adult. Adult dobsonflies 
are usually found near freshwater, especially streams, 
either resting on vegetation or engaged in an awkward, 
fluttering flight. Sometimes adult dobsonflies can be 
abundant at night around lights, even far from water. 
The immature stages of dobsonflies are aquatic and 
are usually found beneath stones or other debris in 
swiftly flowing streams. 


Dobsonflies have rather soft bodies. The adults of 
North American species generally have body lengths 
of 0.75-1.5 inches (2-4 cm) and wing spans of 2 inches 
(5 cm) or greater. These insects have four wings with 
distinctive, many-veined membranes. The wings are 
held tentlike over the back when the insect is at rest. 
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Dobsonflies have piercing mouthparts. Male dobson- 
flies have large mandibles about three times longer 
than the head and projecting forward. Female dob- 
sonflies have much smaller mandibles. Adult dobson- 
flies are active at night and are not believed to feed, so 
the function of the exaggerated mandibles of the male 
insects are unknown. Dobsonflies lay their eggs on 
vegetation near water, and the larvae enter the water 
soon after hatching. 


Larval dobsonflies are sometimes known as hell- 
grammites and are predators of other aquatic inverte- 
brates. Larval dobsonflies are quite large, often longer 
than 3 inches (8 cm) or more, with distinctive, tracheal 
gills projecting from the segments of their large abdo- 
men. Larval dobsonflies are sometimes used as bait for 
trout fishing. 


Various species of dobsonflies occur in North 
America. The species Corydalus cornutus is common 
but not abundant in eastern parts of the continent, 
while the genus Dysmicohermes is widespread in west- 
ern regions. 


Dog see Canines 


l Dogwood tree 


Dogwood refers to certain species of trees 
and shrubs in the dogwood family (Cornaceae). The 
dogwoods are in the genus Cornus, which mostly occur 
in temperate and boreal forests of the Northern 
Hemisphere. 


Species in the dogwood family have seasonally 
deciduous foliage. The leaves are simple, usually 
untoothed, and generally have an opposite arrange- 
ment on the twig. The flowers of dogwoods develop in 
the early springtime, often before the leaves. The flow- 
ers are small and greenish, and are arranged in clusters 
at the terminus of twigs. The flowers are sometimes 
surrounded by whitish leaves that are modified as 
petallike, showy bracts, giving the overall impression 
of a single, large flower. The fruit is a drupe, that is, a 
hard-seeded structure surrounded by an edible pulp. 


Several North American species of dogwood 
achieve the size of small trees. The flowering dogwood 
(Cornus florida) of the eastern United States can grow 
as tall as 43 feet (13 m), and is a species of rich hard- 
wood forests. The flowering dogwood is an attractive 
species often cultivated for its large and showy, white- 
bracted inflorescences, its clusters of scarlet fruits, and 
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A dogwood in bloom, Georgia. (ULM Visuals.) 


the purplish coloration of its autumn foliage. The 
Pacific dogwood (C. nuttallii) is a component of coni- 
fer-dominated rainforests of the Pacific coast, and is 
also a popular ornamental species, for reasons similar 
to the flowering dogwood. Other tree-sized dogwoods 
of the western United States include western dogwood 
(C. occidentalis) and black-fruited dogwood (C. sessi- 
lis), while stiff cornel dogwood (C. stricta) occurs in 
the east. 


Many other species of dogwoods are shrub sized, 
including alternate-leaved dogwood (C. alternifolia) 
and roughleaf dogwood (C. drummondii) of eastern 
North America. The widespread red-osier dogwood 
(C. stolonifera) is sometimes cultivated for its attractive, 
red twigs, which contrast well with the snows of winter. 


The bunchberry or dwarf cornel (C. canadensis) is 
a diminutive species of dogwood that grows in the 
ground vegetation of northern forests. 


The wood of tree-sized dogwoods is very hard, 
and has a few specialized uses, for example, in the 
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manufacturing of shuttles for fabric mills, golf-club 
heads, and other uses where a very durable material 
is required. However, the major economic benefit of 
dogwoods is through their attractive appearance, 
which is often exploited in horticulture. 


Dogwood stems are an important food for wild 
animals such as rabbits, hares, and deer that browse 
on woody plants during the winter. In addition, many 
species of birds and mammals feed on the fruits of 
various species of dogwoods. 


Anthracnose disease 


Dogwood anthracnose is a disease that affects the 
flowering and Pacific dogwood (Cornus florida and 
C. nuttallii). Pacific dogwood infections have been 
reported in Washington, Oregon, Idaho, and British 
Columbia. In the eastern states, flowering dogwood 
infections have been reported in Massachusetts, 
Connecticut, New York, New Jersey, Pennsylvania, 
and Delaware. More recently, anthracnose has been 
detected in Maryland, Virginia, West Virginia, North 
and South Carolina, Tennessee, and Georgia. 


The disease is caused by the anthracnose fungus, 
Discula sp. Infection most often occurs during cool, 
wet spring and fall weather, but may occur throughout 
the growing season. Trees weakened by drought or 
cold are most likely to suffer severely from the disease. 
When heavy infection occurs for several years, wood- 
land and ornamental dogwoods frequently die. 


The origin of anthracnose disease has not been 
determined. It may have been introduced, or it may 
have resulted from an altered host/parasite relation- 
ship that transformed an innocuous fungus into a 
significant pathogen. 


Cultivated dogwoods that are well cared for are 
better able to withstand anthracnose during years of 
widespread infestation. To build up their resistance, 
dogwoods should be watered during periods of 
drought. Mulching may help conserve water, as well 
as protect trees from physical injury. Overhead water- 
ing may contribute to leaf infections. 


The only way the disease can be effectively con- 
trolled is if the disease is detected before extensive 
dieback has occurred. The removal of diseased twigs 
and branches helps to reduce potential sources of 
infection. It may also help to remove any fallen leaves. 
Succulent growth, which is encouraged by high nitro- 
gen fertilization, can lead to trunk canker formation. 
To encourage trees to grow, a balanced fertilizer may 
be applied in early spring. 
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Applications of the fungicides chlorothalonil and 
mancozeb in the spring protect against leaf infections. 
When conditions favor development of the disease 
later in the growing season, additional applications 
of fungicides may be beneficial. 


Randall Frost 


Dolphins see Cetaceans 


| Domain 


The domain, in mathematics, of a relation is the 
set that contains all the first elements, x, from the 
ordered pairs (x,y) that make up the relation. In math- 
ematics, a relation is defined as a set of ordered pairs 
(x,y) for which each y depends on x in a predetermined 
way. If x represents an element from the set X, and y 
represents an element from the set Y, the Cartesian 
product of X and Y is the set of all possible ordered 
pairs (x,y) that can be formed with an element of X 
being first. A relation between the sets X and Y is a 
subset of their Cartesian product, so the domain of the 
relation is a subset of the set X. 


For example, suppose that X is the set of all men 
and Y is the set of all women. The Cartesian product 
of X and Y is the set of all ordered pairs having men 
first and women second. One of the many possible 
relations between these two sets is the set of all ordered 
pairs (x,y) such that x and y are married. The set of all 
married men is the domain of this relation, and is a 
subset of X. The set of all second elements from the 
ordered pairs of a relation is called the range of the 
relation, so the set of all married women is the range of 
this relation, and is a subset of Y. The variable asso- 
ciated with the domain of the relation is called the 
independent variable. The variable associated with 
the range of a relation is called the dependent variable. 


Many important relations in science, engineering, 
business, and economics can be expressed as functions 
of real numbers. A function is a special type of relation 
in which none of the ordered pairs share the same first 
element. A real-valued function is a function between 
two sets X and Y, both of which correspond to the set 
of real numbers. The Cartesian product of these two 
sets is the familiar Cartesian coordinate system, with 
the set X associated with the x-axis and the set Y 
associated with the y-axis. The graph of a real-valued 
function consists of the set of points in the plane that 
are contained in the function, and thus represents a 
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subset of the Cartesian plane. The x-axis, or some 
portion of it, corresponds to the domain of the func- 
tion. Since, by definition, every set is a subset of itself, 
the domain of a function may correspond to the entire 
x-axis. In other cases the domain is limited to a portion 
of the x-axis, either explicitly or implicitly. 


Example 1 


Let X and Y equal the set of real numbers. Let the 
function, f, be defined by the equation y = 3x” + 2. 
Then, the variable x may range over the entire set of 
real numbers. That is, the domain of f is given by the 
set D = {x| -o0 <x > co}, read “D equals the set of all 
x such that negativeinfinity is less than or equal to x 
and x is less than or equal to infinity.” 


Example 2 


Let X and Y equal the set of real numbers. Let the 
function f represent the location of a falling body during 
the second 5 seconds of descent. Then, letting t represent 
time (t), the location of the body, at any time between 
5 and 10 seconds after descent begins, is given by 
f(t) = 1/2gt*, where g is the acceleration due to gravity 
(g). In this example, the domain is explicitly limited to 
values of t between 5 and 10, that is, D = {t| 5<t> 5}. 


Example 3 


Let X and Y equal the set of real numbers. Consider 
the function defined by y = mx”, where y is the area of a 
circle and x is its radius. Since the radius of a circle 
cannot be negative, the domain, D, of this function is 
the set of all real numbers greater than or equal to zero, 
D = {x| x > 0}. In this example, the domain is limited 
implicitly by the physical circumstances. 


Example 4 


Let X and Y equal the set of real numbers. Consider 
the function given by y = 1/x. The variable x can take 
on any real number value but zero, because division by 
zero is undefined. Hence the domain of this function is 
the set D = {x| x % 0}. Variations of this function exist, 
in which values of x other than zero make the denomi- 
nator zero. The function defined by y = 1/2 - x is an 
example; x = 2 makes the denominator zero. In these 
examples the domain is again limited implicitly. 


Other Definitions in Science 


In biology, the term domain is the highest level of 
scientifically classifying organisms. The classifications 
below domain are kingdom, phylum (or division), 
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class, order, family, genus, species, and subspecies. In 
physics, domain is a region that has uniform magnet- 
ism throughout; that is, all its atoms are magnetically 
oriented in the same direction. 


See also Cartesian coordinate plane. 
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[ Donkeys 


Domestic donkeys, members of the order 
Perissodactyla, are large single-hoofed, horselike mam- 
mals with elongated heads. Donkeys usually stand 
between 9.5 and 11 hands high measured at the withers, 
that is, 38-44 inches (95-110 cm) tall. Because of the 
large amount of interbreeding among different donkey 
species, donkeys differ markedly in appearance. They 
can be brown, gray, black, roan (a mixture of white and 
usually brown hair), or broken colored (a combination 
of brown or black and white markings). Also known as 
asses, donkeys originated in Africa. They are very well 
suited to hot dry climates, but are sensitive to the cold. 
Donkeys are intelligent, calm, and require little food in 
relation to the amount of work they are able to 
perform. 


Members of the order Perissodactyla, the odd- 
toed ungulates, are medium-sized to very large ani- 
mals. The third digit of their limbs is the longest, and 
all four of their limbs are hoofed. These fast-running 
herbivores have a life expectancy of around 40 years. 
Today, there are only three families of odd-toed ungu- 
lates, the tapirs, the rhinoceros, and the horses. 
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Donkeys belong to the horse family Equidae, 
which has only one genus (Equus) and six species. 
The African wild ass (Equus africanus) is thought to 
be the ancestor of donkeys. 


The domestic donkey can be traced back to three 
subspecies of African wild ass. The first subspecies, the 
Nubian wild ass, used to be found throughout Egypt 
and the Sudan. Today, these asses are very rare; in 
fact, only a few survive in zoos. The Nubian wild ass is 
a small yellow-gray animal with a dark strip across its 
shoulder and one long stripe down its back. The two 
stripes together are known as the cross, and can be 
found in many of its ancestors. The second subspecies, 
the North African wild ass, is now extinct. The third 
species, the Somali wild ass, is larger and taller than 
the Nubian wild ass. These asses are grayish with a 
pink hue and have stripes on their legs. Their manes 
are very dark and stand upright, and these asses have a 
nearly black tassel on their tails. Like their cousins, 
they are declining in numbers. Indeed, there are only a 
few hundred of these animals in Somalia and a few 
thousand in Ethiopia. 


In around 4000 BC, inhabitants of the Nile Valley 
of Egypt first domesticated Nubian wild asses. Thus, 
donkeys were domesticated a long time before horses 
were. Later, Nubian wild asses were domesticated in 
Arabia and throughout Africa as well. 


Eventually, Somali wild asses were also domesti- 
cated, and the two subspecies of asses were mixed. 
Human use of donkeys as pack animals during war- 
time and for transporting trade goods during times of 
peace accelerated the breeding of various subspecies of 
donkeys. Today’s donkeys have characteristics of both 
Nubian and Somali wild asses. 


It is thought that the Etruscans, traveling from 
Turkey to Italy, brought the first donkeys to Europe in 
around 2000 BC, and that donkeys were brought 
to Greece by way of Turkey. In Greece, donkeys 
were commonly used for work in vineyards because 
of their sure-footedness. Soon, people throughout the 
Mediterranean used donkeys to help cultivate grapes. 
The Romans used donkeys throughout their empire, 
for pack animals and for grape cultivation, which they 
promoted as far north as France and Germany. The 
Romans also brought donkeys to Britain when they 
invaded that island. 


Donkeys and horses existed in North America 
before the last ice age, over 10,000 years ago, but 
then became extinct. They did not reappear in North 
America until the Spanish brought them on their 
explorations in the 1600s. One hundred years later, 
the Spanish brought donkeys to South America. 
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Donkeys have a long work history. Aside from 
being used as pack animals and in grape cultivation, 
donkeys have been used to draw wagons, pull water 
from wells, and help grind grain. These animals were 
popular because of their efficiency and hardiness. In 
fact, few domestic animals require as little food as 
donkeys for the amount of work they can accomplish. 
Their diet is relatively simple; they survive very well on 
grass and hay. Furthermore, they can work into their 
old age, about 40 years. Contrary to popular myth, 
donkeys are cautious, brave, and very intelligent. Like 
their ancestors, donkeys can be aggressive if the need 
arises. When they are attacked, they form a circle and 
fend off predators by kicking and biting. 


Interestingly, the name “donkey” is the word that 
most English speaking people have for asses. It is derived 
from the Old English word “dun,” referring to the ani- 
mal’s gray-brown color, and “ky,” a suffix for small. 
Thus, the early English people used the word “dunky” 
to describe the pony-sized, dun-colored animal. 
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I Dopamine 


Dopamine is a neurotransmitter (a chemical used to 
send signals between nerve cells) in the same family as 
epinephrine (adrenaline). Dopamine is one of the pri- 
mary neurotransmitters and it affects motor functions 
(movement), emotions, learning, and behavior. It was 
originally identified as the brain chemical associated 
with pleasure. A decrease in the amount of dopamine 
in specific sections of the brain has been implicated as a 
possible cause of Parkinson disease, while an excess of 
dopamine in some regions of the brain has been sug- 
gested as a possible cause of schizophrenia. Dopamine is 
also thought to play a role in depression, attention 
deficit hyperactivity disorder, high blood pressure, and 
drug addiction. Recently, dopamine has been used as a 
treatment for victims of heart attacks. 
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A representation of how an antipsychotic drug inhibits dopamine released by presynaptic neurons from reaching receptors on 


postsynaptic neurons. (Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 1. The chemical structure of dopamine. (/l/ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


Basic definitions and chemical information 


Dopamine is one of a group of chemicals known as 
catecholamine neurotransmitters. Catecholamines are 
a group of chemicals that include epinephrine (adrena- 
lin); histamine, which is responsible for many of 
the symptoms of allergies; and serotonin, a molecule 
that has been suggested as aiding in sleep. This group 
of compounds is sometimes collectively known as 
the biogenic amines. Neurotransmitters are chemicals 
used by the body to signal or send information between 
nerve cells or nerve and muscle cells. The chemical 
structure of dopamine is shown in Figure 1. The NH) 
group on the molecule is the amine group in 
the term biogenic amines. This entire group of chem- 
icals has been implicated in depression and general 
moods. 


Dopamine and Parkinson disease 


Parkinson disease is a disorder of the nervous 
system that is characterized by slow movements and 
difficulty initiating movements, a shuffle when walk- 
ing, and increased muscular rigidity. It is estimated to 
affect as many as one million Americans and is far 
more prevalent in the elderly. The main cause of 
Parkinson disease is thought to be a lack of dopamine 
in a region of the brain known as the substantia nigra. 
Whether the cells in that area do not produce enough 
dopamine or whether there are too few of the dopa- 
mine-producing cells is a matter of debate and active 
research. A chemical known as Levodopa or L-dopa, 
which our bodies rapidly metabolize to dopamine, is 
the main treatment. Levodopa reduces the symptoms 
of the disease, but does not stop the progression of the 
disease. A lack of dopamine in some areas of the brain 
also has been implicated in depression. 


Dopamine and schizophrenia 


Schizophrenia is a form of psychosis or loss of 
contact with reality. It is estimated to affect about 
1% of the population, or over 2.5 million Americans. 
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A great deal of research is being done on the origins of 
schizophrenia. One widely accepted theory is that it is 
caused by an excess of dopamine or dopamine recep- 
tors. Receptors are proteins on the surfaces of cells 
that act as signal acceptors for the cells. They allow 
cells to send information, usually through neurotrans- 
mitter molecules. This hypersensitivity to dopamine 
(the prefix “hyper” means over or excessive) is treated 
by using chemicals that block (or inactivate) the recep- 
tors for the dopamine signals. However, there are a 
number of different types of dopamine receptors and 
there are many differences among individuals in the 
structures of these receptors. Drugs usually block all 
of the receptors, not just the ones related to schizo- 
phrenic symptoms, resulting in many side effects. 
Other approaches to the treatment of schizophrenia 
have focused on decreasing the amounts of dopamine 
in the brain. In doing so, however, symptoms of 
Parkinson disease often result, since less dopamine 
(or the ability to respond to dopamine) is present. 
The origins of schizophrenia are unclear; dopamine 
excess is probably not the sole cause of the disease, 
as strong evidence for genetic and environmental fac- 
tors exists as well. To date, treatments that focus on 
excess dopamine sensitivity have been the most 
successful. 


Dopamine as heart medicine 


Since dopamine can increase blood pressure, it is 
used as a treatment for shock (low blood pressure 
throughout the body) which carries the risk of damage 
to major organs in patients who have suffered serious 
heart attacks. Dopamine causes small blood vessels to 
constrict, thus raising the blood pressure throughout 
the body. Chemically related molecules such as adre- 
naline act similarly and both are often used to help 
patients. 


Dopamine and attention deficit 
hyperactivity disorder 


Attention deficit hyperactivity disorder (ADHD), a 
syndrome that affects as many as 3.5 million American 
children, and many adults as well, is characterized by an 
inability to pay attention, over-activity, and impulsive 
behaviors. ADHD has been associated with certain 
forms of the dopamine D4 receptor, and with individual 
differences in the gene that encodes the dopamine trans- 
porter, a molecule that binds and carries dopamine. 
ADHD often is treated with stimulatory drugs such as 
Ritalin, which increase the availability of dopamine in 
the brain. 
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KEY TERMS 


Neurotransmitter—A chemical used to send infor- 
mation between nerve cells or nerve and muscle 
cells. 


Psychosis—A loss of contact with reality. It may be 
caused by drugs, chemical imbalances, or even 
severe stress or depression. 


Receptors—Protein molecules on a cells surface 
that acts as a “signal receiver’ and allows commu- 
nication between cells. 


Dopamine and drug addiction 


Alcohol, nicotine, and a variety of other drugs 
including marijuana, cocaine, amphetamines, and her- 
oin all appear to raise the level or the availability of 
dopamine in different parts of the brain. Pathways of 
nerve cells that produce dopamine and contain dop- 
amine receptors are affected by all of these drugs. 
There is evidence that certain forms of the dopamine 
D4 receptor may predispose a person to drug addic- 
tion. Based on this information, researchers are 
attempting to develop drugs to treat addictions. 


Dopamine and aging 


Although individuals vary greatly in the amount 
of dopamine activity in their brains, in general dopa- 
mine appears to decline with age in those parts of the 
brain responsible for thinking. In particular, as people 
age, the number of dopamine D2 receptors decreases 
significantly. Thus, dopamine may be involved with 
the age-related loss of intellectual skills. 
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l Doppler effect 


The Doppler effect is named after Austrian phys- 
icist Johann Christian Doppler (1803-1853). Doppler 
observed and explained the changes in pitch and fre- 
quency of sound and light waves, as well as all other 
types of waves, caused by the motion of moving 
bodies. The general rule of the Doppler effect is that 
the wave frequencies of moving bodies rise as they 
travel toward an observer and fall as they recede 
from the point of observation. 


While Doppler, in 1842, demonstrated the phe- 
nomenon named after him in the area of sound waves, 
in the same year he also predicted that light waves 
could be shown to exhibit the same response to 
the movement of bodies similar to those of sound 
waves. 


Doppler effect in sound waves 


The response of sound waves to moving bodies is 
illustrated by the locomotive whistle of a moving train 
as heard by observers standing near the track. When 
the train blows its whistle while it is at rest, stationary 
listeners who are either ahead of the engine or behind 
it will hear the same pitch made by the whistle, but if 
the train is moving, then as it advances, those who are 
ahead of it will hear a higher pitch and those behind 
will hear a lower pitch. 


The faster the train moves the greater will be the 
effect on the pitch. Also, if the train remains at rest but 
the listeners either move toward the sounding train 
whistle or away from it, the effect will be the same. 
Those who move toward the train will hear a higher 
pitch, while those who travel away from the train will 
hear a lower pitch. 


When the train is at rest it is the center of the 
sound waves it generates in circles around itself. As it 
moves forward, it ceases to be the center of the sound 
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TRAIN STATION 


The pitch of a train whistle 
is higher to those waiting 
for it to arrive 


The Doppler effect. (Hans & Cassidy. Courtesy of Gale Group.) 


waves it produces. The sound waves move in the same 
direction of the train’s motion. The train is chasing or 
crowding its waves up front, compressing them, so 
that the listener in front of the direction of its move- 
ment hears more waves per second, thus producing the 
effect of a higher frequency. The listener standing 
behind the train hears a lower pitch because the 
waves have spread out behind the forward motion of 
the train. Thus, there are fewer waves per second. The 
listener is now hearing a lower frequency than is 
actually being produced by the whistle. 


In 1845, the Doppler effect received further confir- 
mation in an elaborate experiment devised by a Dutch 
meteorologist, Christopher Heinrich Buys-Ballot. He 
placed a band of trumpet players on an open railroad 
flatcar and had it ride by listeners with perfect pitch 
who recorded their impressions of the notes produced 
by the whistle. Their written recordings of the pitches 
clearly demonstrated the Doppler wave effect. 


Doppler effects in light waves 


The Doppler effect in light waves can be observed 
by the spectral analysis of light emitted by luminous 
objects. The light from a stationary distant object 
whose chemical composition is known is refracted at 
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TRAIN STATION 


The pitch of a train whistle 
is lower to those it has passed 


a specific band of light on a spectroscope. That band is 
known as its index of refraction. If the light, instead, 
appears at another frequency band in the spectro- 
scope, it can be inferred from the Doppler effect that 
the body is in motion. When the light appears at a 
higher frequency band, then the body is no longer 
stationary but moving toward the observer. The 
Doppler effected light wave is displaced toward the 
higher frequency band, which is the blue end of the 
spectroscope. If the known body’s light waves appear 
at a lower frequency band of the spectroscope, 
towards the red end, then the body is now in motion 
away from the observer. 


With the use of the spectroscope, astronomers 
have been able to deduce the chemical composition 
of the stars. The Doppler effect enables them to deter- 
mine the movements of stars and galaxies throughout 
the Universe. In our own galaxy, all stars will be 
shifted either to the blue or red end because of a slight 
Doppler effect, indicating either a small movement 
toward or away from Earth. In 1923, Edwin Hubble, 
an American astronomer, found that the light from all 
the galaxies outside our own were shifted so much 
toward the red as to suggest that they were all speeding 
away from our own at very great velocities. At the 
same time he saw that the recession of galaxies nearer 
to us was much less than those further away. 
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KEY TERMS 


Hubble’s law—The law that states a galaxy’s 
redshift is directly proportional to its distance from 
Earth. 


Index of refraction—The ratio of the speed of light 
as it travels through any two media. 


Redshift—The lengthening of the frequency of light 
waves as they travel away from an observer caused 
by the Doppler effect. 


Spectroscope—An instrument for forming and 
examining light as it is refracted through an optical 
spectrum. 


In 1929, Hubble and Milton Humason established 
a mathematical relationship that enabled astronomers 
to determine the distance of galaxies by determining 
the amount of the galaxy’s red shifts. This mathemat- 
ical relationship is known as Hubble’s law or Hubble’s 
constant. Hubble’s law shows that the greater the 
velocity of recession, the further away from Earth 
the galaxy is. 


The concept of the expanding universe and of 
the Big Bang, that is, the sudden expansion of the 
universe from an originally compressed state, owes 
much of its existence to Hubble’s work, which in 
turn is an important development of the Doppler 
effect in light waves. Recent research based on the 
Doppler shifts of distant galaxies has confirmed not 
only that the Universe is expanding, but that its expan- 
sion is accelerating. 


Other uses of the Doppler effect 


In addition to its uses in science, the Doppler 
effect has many practical applications. In maritime 
navigation, radio waves are bounced off orbiting sat- 
ellites to measure shifts, which indicate changes in 
location. In highway traffic speeding detection, radar 
employs the Doppler effect to determine automobile 
speeds. There are also a number of medical applica- 
tions of the Doppler effect found in various forms of 
ultrasonography, which employ ultrasonic waves 
(sound waves too high too hear, generally in the mega- 
herz range) to produce images of the body’s interiors. 
Doppler radar is used in meteorology and military 
systems. 


See also Wave motion. 
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[ Dories 


Dories are bony fish in the family Zeidae. A dory 
has an oval body with a back that rises so that the main 
part of the body is higher than the head. The body 
itself is relatively thin and compressed and appears 
oval in side view. 


Another distinguishing mark of the dories is a dark 
spot on each side of the body surrounded by a yellow 
ring. Dories typically are found in the middle depths of 
the seas where they live. Dories have extensible jaws, 
which can be extended outward as they capture their 
prey. This ability may explain why dories have rela- 
tively small teeth for a carnivore. Dories move slowly 
toward their prey, then display a burst of speed while 
extending their jaws to finish the kill. 


The best known of the dories is Zeus faber, the 
John dory, which is found in the Atlantic Ocean 
from northern Europe to the tip of Africa, in the 
Mediterranean, and in the Pacific Ocean. The tasty 
John dory is a popular target for commercial fisher- 
men. Specimens of Zeus faber can reach sizes of up to 
3.3 ft 1 m). In Australia, the silver dory (Cyttus aus- 
tralis) is also a popular commercial fish. Despite the 
usual aversion people have to the “fishy” taste and 
smell of seafood that is not freshly caught, the John 
dory is said to taste better when aged several days after 
being caught. 

The American John dory, Zeus ocellata, can be 
found all along the Atlantic coast of North America 
reaching 2.3 ft (0.7 m). Unlike its European counter- 
part, it is not a popular commercial species. 


Fishermen often call the John dory “St. Peter’s 
fish,” a name that refers to the Apostle Peter who was 
at one time a fisherman. Two dark spots appear on the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


john dory as on other dories, one on each side of the 
body, which are said to be St. Peter’s fingerprints. 


| Dormouse 


Dormice are approximately 26 species of rodents 
that make up the family Myoxidae. Dormice typically 
live in trees, bushes, hedgerows, gardens, and rock 
piles. They have a superficial resemblance to squirrels 
(family Sciuridae), but they are smaller and differ in 
many other anatomical and behavioral characters. 


Dormice have soft fur, and a long, bushy tail. 
Their forefeet have four digits, the hindfeet have five, 
and all have claws that aid in climbing. If a predator 
grabs a dormouse by the tail, that appendage is shed, 
giving the dormouse a chance to escape. Dormice are 
nocturnal animals, mostly foraging on plant materials, 
but also opportunistically taking arthropods and the 
contents of bird nests. In fact, in some places preda- 
tion by dormice is believed to cause significant reduc- 
tions in the populations of breeding birds. 


Dormice become quite fat by the end of the 
autumn, approximately doubling their normal summer 
weight. Dormice spend most of the winter sleeping in 
their nest, except for relatively warm and sunny days, 
when they awake and eat food that they have stored. 


The fat dormouse (Glis glis) is a rather arboreal 
species that occurs widely from Spain and France to 
western Russia, and has been introduced to southern 
England. The usual natural habitat is angiosperm and 
mixed-wood forests. However, the fat dormouse also 
occurs in proximity to rural and suburban humans, 
and often nests in buildings. The fat dormouse is 
sometimes considered an important agricultural pest, 
especially in orchards where they may eat large quan- 
tities of valuable crops such as walnuts, or take small 
bites out of large numbers of softer fruits, making the 
produce unsaleable. They are particularly regarded as 
a problem in Britain, where the populations of these 
animals are not well controlled by natural predators. 


The fat dormouse is the largest of the dormice and 
it is sometimes eaten by people, some of whom con- 
sider the flesh of this animal to be a delicacy. In some 
respects, this epicurean taste for the fat dormouse is a 
leftover from the cuisine of the ancient Romans, who 
used to breed this dormouse in special pens for con- 
sumption when the animals were at their fattest. 


The hazel mouse, or common dormouse 
(Muscardinus avellanarius) is the smallest species in 
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this family, and occurs through much of Europe, 
Asia Minor, and western Russia. The usual habitat 
of these arboreal animals is forests and hedgerows, 
especially if there is a dense canopy of shrubs. 


The garden, or orchard dormice (Eliomys quercinus 
and E. melanurus) occur in Europe, western Russia, 
Asia Minor, and northern Africa. These animals live 
in forests, swamps, and rocky habitats. 


The tree, or forest dormouse (Dryomys nitedula) 
occurs in forests and shrubby habitats of much of 
Europe and Asia Minor. The Japanese dormouse 
(Glirulus japonicus) only occurs in montane forests 
on the islands of Japan in eastern Asia. The mouse- 
like or masked mouse-tailed dormouse (Myomimus 
personatus) is a rare species that is only known from 
a few specimens collected in central Asia and Asia 
Minor. The African dormice (Graphiurus spp.) are 
three species that occur in a wide range of habitats in 
sub-Saharan Africa. 


l Dosimetry 


Dosimetry measures the amount of radiation 
energy absorbed over a given period of time by an 
object such as the human body or a part of that object 
(e.g., an organ or tumor). 


A device that measures cumulative radiation expo- 
sure is a dosimeter. A Geiger counter is a radiation 
detector, but not a dosimeter, because it gives only a 
moment-to-moment reading of radiation intensity. A 
strip of photographic film, however, whose degree of 
exposure indicates how much radiation it has absorbed 
(up to its saturation limit), can act as a dosimeter. 
Filmstrip dosimeters are, in fact, still used to measure 
exposure to ionizing radiation. By grading the sensitiv- 
ity of a specially formulated film strip from one end to 
the other, it can be made to indicate net, cumulative 
radiation exposure as a bar of darkening that grows 
from the most sensitive end of the film to the least 
sensitive end. Such “badge dosimeters” are common 
in the nuclear weapons and nuclear-power industries. 
However, they have the disadvantage that they must be 
developed to be read, and so do not give the bearer 
immediate knowledge of their exposure level. 


Another type of dosimeter is the pen ionization 
dosimeter. These devices contain a long, narrow 
chamber filled with a few cubic centimeters of non- 
conducting gas. A metallic contact touches the interior 
of the chamber at each end. When the dosimeter is to 
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Dosimetry 


A worker holds a dosimeter which displays level of 
radiations about 30 times above the normal line in front of 
“sarcophagus” covering the damaged fourth reactor of the 
Chernobyl nuclear power plant in April, 2006. (Genia Savilov/ 
AFP/Getty Images.) 


be used, an initial electric charge is placed on the gas 
tube. This creates an imbalance of electrons between 
the two ends. Since the gas in the tube is normally 
nonconducting, electrons cannot pass through it to 
even out the charge imbalance. However, ionizing 
radiation passing through the gas forcibly frees elec- 
trons from atoms in the gas, and so partially ionizes 
the gas. The negatively charged electrons are free to 
flow toward the end of the tube having a positive 
charge. The more ionizing radiation the pen dosimeter 
is exposed to, therefore, the more of its initial charge is 
enabled to leak through the gas tube. The amount of 
charge lost is a measure of the amount of radiation 
that has passed through the tube. A pen dosimeter can 
be read by its bearer at any time, and so gives a current 
reading of exposure; however, pen dosimeters read- 
ings can be affected by mechanical shock or vibration. 


A more modern dosimeter design is the thermolumi- 
nescent dosimeter (TLD). A TLD contains a tiny crystal 
of lithium fluoride (sometimes mounted in a finger-ring) 
that undergoes cumulative structural changes as it is 
exposed to ionizing radiation. When heated, the crystal 
glows, giving off an amount of light that is proportional 
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to its radiation exposure. This light is observed by an 
electronic sensor in a readout unit and recorded digitally. 
This data can be stored in a central database, a conven- 
ient feature if an organization wishes to systematically 
monitor radiation exposure of a large body of personnel 
or share data in forensic investigations. Databasing of 
TLD data has been used, for example, by Canada to 
monitor the exposure of its troops to radiation from 
depleted-uranium munitions used by NATO in Bosnia. 
TLDs, unlike film badges, can be re-used; however, they 
must be inserted in a reader that heats the crystal and 
records the light emitted, a process that may take 20 to 30 
seconds and erases the data in the crystal. 


An even more recent dosimeter design is the opti- 
cally stimulated luminescence dosimeter (OSLD). In 
this design, a thin film of crystalline aluminum oxide 
undergoes cumulative structural changes as it is 
exposed to ionizing radiation; when an exposure read- 
ing is desired, the crystal is exposed to green laser light. 
The amount of blue light emitted by the film in 
response is proportional to its radiation exposure. 
Unlike a TLD, an OSLD can supply an instant read- 
out that can be repeated if necessary. 


Solid-state devices that measure radiation by 
detecting ionization leakage current through a transis- 
tor device also exist. Radiation detectors and dosim- 
eters based on such solid-state technology have been 
available since the 1980s, but have not edged out 
other dosimeter technologies in terms of cheapness, 
sensitivity, and accuracy. 


Dosimetry for laser light, radio waves, and ultra- 
sound is more difficult than dosimetry of ionizing radi- 
ation. One method of measuring dose delivered to a 
volume of tissue is to measure the temperature increase 
of the tissue; the more increase, the more radio or sound 
energy has been absorbed. However, these techniques 
do not work for tissue embedded in living organisms 
(where temperature measurement is difficult and where 
heat is rapidly conducted away) or for whole-body 
exposure, as biologically tolerable doses of laser, radio, 
and sound energy produce undetectably slight changes 
in body temperature. Absorption by the body of radio 
waves is particularly different from absorption of ioniz- 
ing radiation; the body acts as a complex antenna whose 
performance is strongly affected by its posture and ori- 
entation and by nearby objects. Dosimetry for radio and 
ultrasound therefore relies heavily on computational 
models rather than on direct measurements. 


See also Radiation; Radiation detectors; Radiation 
exposure. 
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[ Double-blind study 


New drugs undergo double-blind testing to deter- 
mine whether they are effective. The test is called 
double-blind because neither the doctor who is admin- 
istering the medication nor the patient who is taking it 
knows whether the patient is getting the experimental 
drug or a neutral substitute, called a placebo. 


By having both the physician and the patients 
unaware of the nature of the treatment, impartiality 
is assured. This is very important in assessing the true 
efficacy and health benefits of a drug. 


Getting a new drug approved is a long, complex 
process, which is necessary in order to ensure the drug 
is safe and effective and does what the manufacturer 
says it will do. The testing is done to satisfy the United 
States Food and Drug Administration (FDA), the 
government bureau that administers laws affecting 
the purity and safety of food and drugs. 


A new medication first undergoes testing to 
ensure that it is safe for humans to consume; put 
another way, the drug must be nontoxic at the dosages 
used. The drug then is tested to make certain it is 
effective against a specific disease in humans. Early 
testing must have shown it was effective against a 
bacterium or virus in the test tube (in vitro testing), 
but conditions are different in the real-life world of the 
human body (in vivo). After passing toxicity and effi- 
cacy testing, the drug is placed in a double-blind study 
to compare it to other drugs used for similar purposes. 


Thousands of patients in medical centers through- 
out the nation are assigned to the experimental group, 
which receives the new drug, or the control group, 
which receives the placebo (A placebo is a treatment 
that is similar to the actual treatment in appearance 
and taste, but which has no therapeutic value.) or 
other older medication. Neither the patient nor his or 
her doctor know which group the patient is in. 


The patient receives medication as stipulated by 
the doctor. A double-blind study can take years to 
complete, so that a sufficient number of patients can 
be analyzed. 


A safety committee oversees the study and deter- 
mines which group each patient is in. If they notice 
that many patients become ill with the new drug, they 
can stop the test. If the new drug is proving exception- 
ally effective, they can stop the test to allow the drug to 
be given to all patients. 


Double bond see Chemical bond 
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| Double helix 


The term double helix refers to the structure of 
deoxyribonucleic acid (DNA), which consists primar- 
ily of two linear strands of building blocks, termed 
nucleotides, which are linked to each other in a defined 
pattern. The result is visually similar to a ladder; the 
rungs of the ladder are the linkages between the 
nucleotides. As well, the nature of the nucleotide link- 
age imparts a right-handed twist to the ladderlike 
sturcture, so that the final structure looks something 
like a sprial staircase. 


Genes, which are specific regions of DNA, contain 
the instructions for synthesizing every protein. Because 
life cannot exist without proteins, the discovery of 
DNA’s structure unveiled the secret of life: protein 
synthesis. In fact, the so-called central dogma of molec- 
ular biology is that DNA is used to build ribonucleic 
acid (RNA), which is used to build proteins, which in 
turn play a role in building DNA and RNA. 


The double-helix molecular structure of deoxyri- 
bonucleic acid (DNA) was published in 1953 by James 
Dewey Watson (who was an American postdoctoral 
student from Indiana University at the time) and 
Francis Harry Compton Crick, a researcher at the 
Cavendish Laboratory in Cambridge University, 
England. Prior to Watson and Crick’s discovery, it 
was known that DNA contained four kinds of nucleo- 
tides. A nucleotide contains a five-carbon sugar called 
deoxyribose, a phosphate group, and one of four nitro- 
gen-containing bases: adenine (A), guanine (G), thy- 
mine (T), and cytosine (C). Thymine and cytosine are 
smaller, single-ringed structures called pyrimidines; 
adenine and guanine are larger, double-ringed struc- 
tures called purines. Watson and Crick drew upon this 
and other scientific knowledge in concluding that 
DNA’s structure possessed two nucleotide strands 
twisted into a double helix, with bases arranged in 
pairs such as A T, T A, GC, C G. Along the entire 
length of DNA, the double-ringed adenine and guanine 
nucleotide bases were probably paired with the single- 
ringed thymine and cytosine bases. Using paper cut- 
outs of the nucleotides, Watson and Crick shuffled and 
reshuffled combinations. Later, they used wires and 
metal to create their model of the twisting nucleotide 
strands that form the double-helix structure. According 
to Watson and Crick’s model, the diameter of the 
double helix measures 2.0 nanometers (2 x 10° meters). 
Each turn of the helix is 3.4 nm long, with 10 bases in 
each chain making up a turn. 


Before Watson and Crick’s discovery, no one 
knew how hereditary material was duplicated prior 
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Down syndrome 


Computer generated artwork of a DNA double helix structure 
unwinding. (Phantatomix/Photo Researchers, Inc.) 


to cell division. Using their model, it is now under- 
stood that enzymes can cause a region of a DNA 
molecule to “unwind” one nucleotide strand from the 
other, exposing bases that are then available to 
become paired up with free nucleotides stockpiled in 
cells. A half-old, half-new DNA strand is created in a 
process that is called “semiconservative replication.” 
When free nucleotides pair up with exposed bases, 
they follow a base-pairing rule which requires that A 
always pairs with T, and G always with C. This rule is 
constant in DNA for all living things, but the order in 
which one base follows another in a nucleotide strand 
differs from species to species. Thus, Watson and 
Crick’s double-helix model accounts for both the 
sameness and the immense variety of life. 


It is fair to say that Watson and Crick’s discovery 
of the double helix would not have been possible with- 
out significant prior discoveries. In his 1968 book, The 
Double Helix, A Personal Account of the Discovery of 
the Structure of DNA, Watson wrote that the “race” to 
unveil the mystery of DNA was chiefly “a matter of 
five people:” Maurice Wilkins, Rosalind Franklin, 
Linus Pauling, Crick, and Watson. Wilkins, an Irish 
biophysicist who shared the 1962 Nobel Prize in 
Physiology or Medicine with Crick and Watson, 
extracted DNA gel fibers and analyzed them using 
x ray diffraction. The diffraction showed a helical 
molecular structure, and Crick and Watson used that 
information in constructing their double-helix model. 
Franklin, working in Wilkins’ laboratory, between 
1950 and 1953, produced improved x ray data using 
purified DNA samples, and through her work con- 
firmed that each helix turn is 3.4 nm. Although her 
work suggested DNA might have a helix structure, she 
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did not postulate a definite model. Pauling, an 
American chemist and twice Nobel laureate, in 1951 
discovered the three-dimensional shape of the protein 
collagen. Pauling discovered that each collagen poly- 
peptide or amino acid chain twists helically, and that 
the helical shape is held by hydrogen bonds. With 
Pauling’s discovery, scientists worldwide began racing 
to discover the structure of other biological molecules, 
including the DNA molecule. 


t Down syndrome 


Down syndrome is the most common cause of 
mental retardation. It is caused by the presence of an 
extra chromosome. Chromosomes contain sequences 
of deoxyribonucleic acid (DNA) called genes, which 
represent the genetic information that exists within a 
cell. Twenty-three distinctive pairs of chromosomes 
(46 in total), are located within the nucleus (a region 
of the cell that is bounded by a sepcialized membrane, 
and which houses the genetic material). When a sperm 
cell fertilizes an egg cell, the newly created zygote 
normally receives 23 chromosomes from each parent. 
The contribution of genetic information from each 
parent is what makes each baby a distinctive blend of 
both parental characteristics. But, in Down syndrome, 
a mistake during division of the sperm or egg cell 
produces a cell with an extra chromosome 21. This 
event occurs during cell division and is referred to as 
nondisjunction, or the failure of all chromosomes to 
separately properly resulting in retention of one of the 
chromosomes in one of the two new daughter cells. 
This event is also called trisomy 21 and accounts for 
approximately 95% of all Down syndrome patients. 


Ina very rare number of Down syndrome cases, the 
original egg and sperm cells begins with the correct 
number of chromosomes but shortly after fertilization 
during the phase where cells are dividing rapidly, a 
single cell can divide abnormally, creating a line of 
cells with an extra chromosome 21. This is called a cell 
line mosaicism. The individual with this type of Down 
syndrome has two types of cells: some with 46 chromo- 
somes (the normal number), and some with 47 chromo- 
somes (causing Down syndrome symptomatology). 
Individuals who are mosaic for trisomy 21 typically 
have less severe signs and symptoms of the disorder. 


Another relatively rare genetic abnormality that 
can cause Down syndrome is called a chromosome 
translocation. This is an event that unlike the numerical 
abnormality causing trisomy 21, there is a structural 
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An older sibling plays with her younger sister who has Down syndrome. (A. Sieveing. A. Sieveing/Petit Format/Photo 
Researchers, Inc.) 


abnormality. Exchange of material from two different 
chromosomes during the production of sex cells can 
take place such that there is a whole chromosome 21 
attached to another chromosome but the chromosome 
number is normal. These types of translocations, involv- 
ing chromosome 21, occur in about 3-4% of cases of 
Down syndrome. 


Down syndrome occurs in about one in every 800 
liveborns. It affects an equal number of male and 
female babies. The majority of cases of Down syn- 
drome occur due to a nondisjunction event that occurs 
in the maternal sex cells. As the maternal age increases, 
the risk of having a Down syndrome baby increases 
significantly. For example, at younger ages, the risk is 
about one in 1,250. By the time the woman is 35 years 
old, the risk increases to one in 385; by age 40 the risk 
increases to one in 100; and by age 45 the risk is 
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one in 25. There is no known maternal age-related 
increased risk if down syndrome results from either a 
cell line mosaicism or translocation. 


Causes and symptoms 


While Down syndrome is a chromosomal disorder, 
a baby is usually identified at birth through observa- 
tion of a set of common physical characteristics. Babies 
with Down syndrome tend to be overly quiet, less 
responsive, with weak, floppy muscles. Furthermore, 
a number of physical signs may be present. These 
include a flat appearing face; smaller than normal 
head; flat bridge of the nose; smaller than normal, 
low-set nose; small mouth, with a protruding tongue; 
upward slanting eyes; extra folds of skin located at the 
inside corner of each eye, near the nose (epicanthal 
folds); small, outwardly rotated ears; small, wide 
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Down syndrome 


KEY TERMS 


Chromosomes—The structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. The normal number of chro- 
mosomes in humans is 46 (23 pairs). 


Developmental delay—A condition where an indi- 
vidual has a lower-than-normal IQ, and thus is 
developmentally delayed. 


Egg cell—The female’s reproductive sex cell. 
Embryo—A stage in development after fertilization. 


Karyotype—The specific chromosomal makeup of a 
particular cell. 


Mosaic—A term referring to a genetic situation in 
which a different cells do not have the exact same 
composition of chromosomes. In Down syndrome, 
this may mean that some of the individual’s cells have 
the normal 46 number of chromosomes, while other 
cells have an abnormal number, or 47 chromosomes. 


hands; an unusual, deep crease across the center of the 
palm (simian crease); malformed fifth finger; wide 
space between the big and the second toes; unusual 
creases on the soles of the feet; and, later in childhood, 
shorter than normal height. 


Other types of defects often accompany Down 
syndrome. About one third of all children with 
Down syndrome have heart defects. These heart 
defects are characteristic of Down syndrome, includ- 
ing abnormal openings (or holes) in the walls which 
separate the heart’s chambers (atrial septal defect, 
ventricular septal defect). These defects result in 
abnormal patterns of blood flow within the heart, 
resulting in inefficient oxygen delivery. 


Malformations of the gastrointestinal tract are 
present in about 5—-7% of children with Down syn- 
drome. The most common malformation is a nar- 
rowed, obstructed duodenum (the part of the intestine 
into which the stomach empties). This disorder, called 
duodenal atresia, interferes with the baby’s milk or 
formula leaving the stomach and entering the intestine 
for digestion. The baby often vomits forcibly after 
feeding, and cannot gain weight appropriately until 
the defect is surgically repaired. 


Developmental milestones in a child with Down 
syndrome are delayed. Due to weak, floppy muscles 
(hypotonia), babies learn to sit up, crawl, and walk 


1378 


Nondisjunction—A genetic term referring to an 
event that takes place during cell division in 
which one of the newly created cells has 24 chro- 
mosomes and the other cell has 22, rather than the 
normal 23. 


Sperm—Substance secreted by the testes during sex- 
ual intercourse. Sperm includes spermatozoon, the 
mature male cell which is propelled by a tail and has 
the ability to fertilize the female egg. 


Translocation—A genetic term referring to a situa- 
tion during cell division in which a piece of one 
chromosome breaks off and sticks to another 
chromosome. 


Trisomy—The condition of having three identical 
chromosomes, instead of the normal two. 


Zygote—The cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 


much later than their normal peers. Talking is also 
delayed. The extent of delayed brain development 
is considered to be mild-to-moderate. Most people with 
Down syndrome can learn to perform regular tasks and 
can have relatively easy jobs (with supervision). 


As people with Down syndrome age, they face an 
increased risk of developing Alzheimer disease, a 
degenerative disease that affects the brain. This occurs 
several decades earlier than the risk of developing 
Alzheimer disease in the general population. As peo- 
ple with Down syndrome age, they also have an 
increased chance of developing a number of other ill- 
nesses, including cataracts, thyroid problems, diabe- 
tes, leukemia, and seizure disorders. 


There is no cure for Down syndrome. However, 
some of the clinical manifestations can be treated. 
For example, heart defects and duodenal atresia can 
often be corrected with surgical repair. In general, 
Down syndrome people tend to be easy going and 
good natured. The prognosis in Down syndrome is 
variable, depending on the types of complications 
(heart defects, susceptibility to infections, leukemia) of 
each affected individual. The severity of the develop- 
mental delay also varies. Without the presence of heart 
defects, about 90% of children with Down syndrome 
survive past their teenage years. In fact, people with 
Down syndrome can live until they are 50 years old. 
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Diagnosis and prevention 


Down syndrome can be diagnosed at birth, when 
the characteristic physical signs of Down syndrome 
are noted and chromosome analysis can also be per- 
formed to confirm the diagnosis and determine 
the recurrence risks. 


At-risk pregnancies are referred for genetic counsel- 
ing and prenatal diagnosis. Screening tests are available 
during a pregnancy to determine if the fetus has Down 
syndrome. During 14-17 weeks of pregnancy, a sub- 
stance called AFP (alpha-fetoprotein) can be measured. 
AFP is normally found circulating in a pregnant wom- 
an’s blood, but may be unusually high or low with 
certain disorders. Carrying a baby with Down syndrome 
often causes AFP to be lower than normal. This infor- 
mation alone, or along with measurements of two other 
hormones, is considered along with the mother’s age to 
calculate the risk of the baby being born with Down 
syndrome. 


A common method to directly determine whether 
the fetus has Down syndrome, is to test tissue from the 
fetus. This is usually done either by amniocentesis, or 
chorionic villus sampling (CVS). In amniocentesis, a 
small amount of the fluid in which the baby is floating 
is withdrawn with a long, thin needle. In chorionic 
villus sampling, a tiny tube is inserted into the opening 
of the uterus to retrieve a small sample of the chorionic 
villus (tissue that surrounds the growing fetus). 
Chromosome analysis follow both amniocentesis and 
CVS to determine whether the fetus is affected. 


Resources 
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i Dragonflies 


Dragonflies are large flying insects in the order 
Odonata. Dragonflies can be as large as 3 in (7.5 cm) in 
length, with a wing span of up to 8 in (20 cm). The 
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A spotted skimmer dragonfly taking a drink. (J.H. Robinson. 
The National Audubon Society Collection/Photo Researchers.) 


fossilized remains of a huge dragonfly-like insect that 
had a wingspread of more than 2 ft (70 cm) is known 
from the Carboniferous period, some 300 million 
years ago. 


Dragonflies are very distinctive insects, with large 
eyes that almost cover the entire head, a short thorax, 
a long slender abdomen, and glassy membranous 
wings. Dragonflies are classified in the suborder 
Anisoptera since their hindwings are larger than their 
forewings, and the wings are habitually held straight 
out when at rest. They feed on other insects, which 
they catch in flight. 


Dragonflies are usually found around streams and 
ponds, where they feed, mate, and lay their eggs. The 
mating habits of dragonflies are conspicuous and 
unusual. The male generally sets up a territory over a 
part of a stream or pond which he patrols for most of 
the day. When a newly emerged female flies into the 
territory, the male flies above her and lands on her 
back, bends his abdomen far forward and deposits 
sperm on the underside of his second abdominal seg- 
ment, which is the site of his penis. Then, grasping the 
female behind the head with a pair of forceps-like 
structures at the end of his abdomen, he flies off with 
her in tandem. When she is ready to mate, she curls her 
abdomen down and forward to place its end under 
the male’s second abdominal segment, which has 
structures to hold it in place while the sperm are trans- 
ferred to her reproductive tract. The pair may fly 
around in this unusual “wheel” configuration for sev- 
eral minutes. Egg-laying begins within a short time, 
with the male either continuing to hold the female 
while she dips her abdomen into the water to lay the 
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Drift net 


KEY TERMS 


Globe-skimmer—One of the most widely distrib- 
uted of all dragonflies. 


Naiad—The aquatic larval stage of dragonflies. 


Thorax—The body region of insects that supports 
the legs and wings. 


eggs, or waiting above her and then regrasping her 
after each egg-laying session. The eggs hatch into 
aquatic larval form (naiad) after a few days. 


Like the adults, the wingless naiads feed on insects 
and other small aquatic animals. The lower lip (labium) 
of the larvae is retractable with jaws that can be thrust 
out in front of the head to catch and pull the prey back 
to the chewing mandibles. The naiads have gills in the 
last segments of the abdomen and ventilate the gills by 
pumping water in and out. The contraction of the 
pumping muscles also allows the larvae to “jet” forward 
rapidly out of harm’s way. During the winter, the larvae 
live in the water, where they grow, shedding the external 
skeleton (molting) several times. In the spring, the larvae 
climb out of the water, molt again, and the newly-trans- 
formed adult dragonflies emerge and unfurl their wings. 


Some 5,000 species of dragonflies are known, liv- 
ing in every continent except Antarctica, and on most 
islands as well. The principal families of dragonflies 
are the high-flying darners, the Aeshnidae, and the 
skimmers, the Libellulidae. 


Resources 
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Dream see Sleep 


| Drift net 


Drift nets, also called gill nets, are lengthy, free- 
floating, 26-49 ft (8-15 m) deep nets, each as long as 
55 mi (90 km). Drift nets are used to snare fish by their 
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gills in pelagic, open-water regions. Because drift nets 
are not very selective of species, their use results in a 
large by-catch of non-target fish, sharks, turtles, sea- 
birds, and marine mammals. Drift nets are an ecolog- 
ically destructive fishing technology. 


Ecological damage caused by drift nets 


Drift-net fisheries have been mounted in all of the 
world’s major fishing regions, and unwanted by-catch 
is always a serious problem. This has proven true for 
pelagic fisheries for swordfish, tuna, squid, and salmon. 
One example is the drift-net fishery for swordfish in the 
Mediterranean. This industry kills excessive numbers 
of striped dolphin and sperm whale, and smaller num- 
bers of fin whale, Cuvier’s beaked whale, long-finned 
pilot whale, and Risso’s, bottlenose, and common dol- 
phins, along with other non-target marine wildlife. As 
a result of concerns about the excessive by-catch in 
this swordfish fishery during the early 1990s, the 
European Union banned the use of drift nets longer 
than 1.5 mi (2.5 km) (prior to this action, the average 
set was 26 mi[12 km] in length). However, some fishing 
nations have objected to this regulation and do not 
enforce it. 


There are few monitoring data that actually dem- 
onstrate the non-target by-catch by drift nets. One 
measurement was made during a one-day monitoring 
of a typical drift-net set of 11 mile/day (19 km/day) in 
the Caroline Islands of the south Pacific. That single net, 
in one day, entangled 97 dolphins, 11 larger cetaceans, 
and 10 sea turtles. World-wide during the late 1980s, 
pelagic drift nets were estimated to have annually killed 
as many as one million dolphins, porpoises, and other 
cetaceans, along with millions of seabirds, tens of thou- 
sands of seals, thousands of sea turtles, and untold 
numbers of sharks and other large, non-target fish. 


Great lengths of drift nets and other fishing nets are 
lost at sea every year, especially during severe storms. 
Because the nets are manufactured of synthetic materi- 
als that are highly resistant to degradation, they con- 
tinue to snare fish, sharks, mammals, birds, turtles, and 
other creatures for many years, as so-called ghost nets. 
Because these ghost nets never stop fishing, they pose an 
important threat to many types of marine animals. 


In response to mounting concerns about unsustain- 
able by-catches of non-target species of marine animals, 
which in some cases are causing population declines, 
significant regulation has been proposed by various gov- 
ernmental organization. In 1993, the United Nations 
banned the use of drift nets longer than 1.5 mi (2.5 km) 
and this ban was supported by the United States. In 2006, 
the European Union supported plans to completely 
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KEY TERMS 


By-catch—A harvest of species of animals that are 
not the target of the fishery, caught during fishing 
directed towards some other, commercially desir- 
able species. 


Gill net—A net that catches fish by snaring their gill 
covering. 


phase out drift nets by 2007. In the mean time, they 
support legislation requiring the use of pingers on drift 
nets, which act as a deterrent to many marine mammals. 
Unfortunately, there has been a great deal of resistance 
from the fishing industry and certain fishing nations to 
the implementation of even this regulation. In addition, 
enforcement has proven difficult; illegal, or “pirate” fish- 
ers continue to use the extremely destructive, older-style 
drift nets. 
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l Drongos 


Drongos are 22—24 species of handsome birds that 
make up the family of perching birds known as 
Dicruridae. Drongos occur in Africa, southern and 
southeastern Asia, and Australasia. Their usual hab- 
itats are open forests, savannas, and some types of 
cultivated areas with trees. 


Drongos are typically colored black with a beauti- 
ful, greenish or purplish iridescence. The wings of these 
elegant, jay-sized birds are relatively long and pointed, 
and the tail is deeply forked. The tail of some species is 
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very long, with the outer feathers developing extremely 
long filaments with a “racket” at the end. The beak is 
stout and somewhat hooked, and is surrounded by 
short, stiff feathers known as rictal bristles, a common 
feature on many fly-catching birds other than drongos. 
The sexes are identical in color and size. 


Drongos are excellent and maneuverable fliers, 
though not over long distances. They commonly feed 
by catching insects in flight, having discovered their 
prey from an exposed, aerial perch. Some species follow 
large mammals or monkeys, feeding on insects that are 
disturbed as these heavier animals move about. 


Drongos sing melodiously to proclaim their terri- 
tory, often imitating the songs of other species. They 
are aggressive in the defense of their territory against 
other drongos as well as against potential predators. 
Some other small birds deliberately nest close to dron- 
gos because of the relative protection that is afforded 
against crows, hawks, and other predators. 


Drongos lay three to four eggs in a cup-shaped 
nest located in the fork of a branch. The eggs are 
mostly incubated by the female, but both sexes share 
in the feeding and caring of the young. 


The greater racket-tailed drongo (Dicrurus para- 
diseus) of India, Malaya, and Borneo has a very long 
tail, which is about twice the length of the body of the 
bird. More than one-half of the length of the tail is 
made up of the extended, wire-like shafts of the outer- 
two tail feathers, which end in an expanded, barbed 
surface—the racket. These seemingly ungainly tail- 
feathers flutter gracefully as these birds fly, but do 
not seem to unduly interfere with their maneuverabil- 
ity when hunting flying insects. The greater racket- 
tailed drongo is also famous for its superb mimicry 
of the songs of other species of birds. 


Another well-known species is the king-crow or 
black drongo (Dicrurus macrocercus) of India, so- 
named because of its aggressive dominance of any 
crows that venture too near, and of other potential 
predators as well. Like other drongos, however, the 
king-crow is not a bully—it only chases away birds 
that are potentially dangerous. 


l Drosophila melanogaster 


Throughout the nineteenth century and for the first 
half of the twentieth century, the fruit fly Drosophila 
melanogaster, was the principle tool for genetic studies 
in eukaryotes. These studies provided the basis of much 
of our understanding of fundamental aspects of 
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Fruit fly (Drosophila melanogaster) resting on a piece of ripe 
fruit. (Oliver Meckes. Photo Researchers, Inc.) 


eukaryotic genetics. Discoveries have shown that the 
conservation of genetically-determined traits between 
the fruit fly and mammals is much greater than ever 
expected, from structure proteins to processes such as 
development, behavior, sleep, and other physiological 
responses. 


Drosophila melanogaster, is a tiny fly, only 0.08-0.12 
in (2-3 mm) in length and is often found around grapes 
and rotten bananas. Their small size also means that a 
large number of Drosophila can be maintained in a 
research lab without occupying a great deal of space. 
Another virtue is that they reproduce frequently, fur- 
nishing a new generation in less than two weeks; each 
generation includes hundreds of offspring. Flies that 
express a gene mutation will thus be apparent in a 
short time. They are also easily and inexpensively main- 
tain, and are easy to examine. These attributes have 
made them a valuable research tool. All these character- 
istics make the fruit fly an ideal model for genetic studies. 


In 1903, T. H. Morgan started his work on heredity 
and chromosomes using the fruit fly. In 1910, Morgan 
published his famous paper “Sex Limited Inheritance in 
Drosophila” in the journal Science that described a 
white-eyed male fruit fly mutant he observed and the 
crossing experiments he conducted in his laboratory. 
The research of Morgan and his associates demon- 
strated that genes for specific traits were located on 
separate chromosomes. Genes were arranged in a linear 
order and the relative distance of genes could be deter- 
mined experimentally. These studies in the first third of 
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the twentieth century established the chromosome 
theory. Morgan was awarded the Nobel Prize in 1933 
for his discoveries on the research of the fruit fly. 


The larval stage salivary gland chromosomes of the 
fruit fly are called polytene chromosomes. They are 
unique morphologically. The size and length of the 
chromosomes are greatly increased due to numerous 
rounds of replication. This can be seen easily under the 
microscope. In 1934, T. S. Painter of the University of 
Texas published the first drawing of the fruit fly polytene 
chromosomes, which included the chromosomal local- 
ization of several genes. In 1935 and 1938, C. B. Bridges 
published the fruit fly polytene maps. His maps were so 
accurate that they are still used today. These are the 
pioneer work on physical gene mapping. 


The fruit fly genome sequence was the second 
organism sequence to be determined. The fruit fly 
has four pairs of chromosomes. The whole genome 
is about 180 million base pairs. There are about 14,000 
genes in the genome. Since the release of an initial 
draft sequence in 2000, scientists at the Berkeley 
Drosophila Genome Project (BDGP) and Celera (a 
private genomic company) continue to release improved 
versions of the Drosophila genome sequence. The latest 
version, (Release 5) was released in March, 2005. An 
update to the sequence was released in April, 2006. 
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l Drought 


Drought is characterized by various combinations 
of unusually low precipitation, low humidity, high 
temperatures, and high wind velocities. Extended 
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Cracked bed of the Nueces River, July 1998, near Cotulla, 
Texas. (AP/Wide World Photos.) 


droughts can reduce water supplies to the point where 
they are inadequate to support the demands of plants, 
animals, and humans. 


Drought is a temporary condition that occurs in 
moist climates. This is in contrast to the conditions of 
normally arid regions, such as deserts, that normally 
experience low average rainfall or available water. 
Under both drought and arid conditions, individual 
plants and animals may die, but the populations to 
which they belong survive. Both drought and aridity 
differ from desiccation, which is a prolonged period of 
intensifying drought in which entire populations 
become extinct. In Africa and Australia, periods of 
desiccation have lasted two to three decades. The loss 
of crops and cattle in these areas caused widespread 
suffering. Extensive desiccation may lead to desertifi- 
cation in which most plant and animal life in a region 
is lost permanently, and an arid desert is created. 


Unlike a storm or a flood, there is no specific time 
or event that constitutes the beginning or end of a 
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drought. Hydrologists evaluate the frequency and 
severity of droughts based on measurements of river 
basins and other water bodies. Climatologists and 
meteorologists follow the effects of ocean winds and 
volcanoes on weather patterns that can cause 
droughts. Agriculturalists measure a drought’s effects 
on plant growth. They may notice the onset of a 
drought long before hydrologists are able to record 
drops in underground water table levels. By observing 
weather cycles, meteorologists may be able to predict 
the occurrence of future droughts. 


In addition to its duration, the intensity of a 
drought is measured largely by the ability of the 
living things in the affected vicinity to tolerate the 
dry conditions. Although a drought may end abruptly 
with the return of adequate rainfall, the effects of a 
drought on the landscape and its inhabitants may last 
for years. 


Many factors affect the severity of a drought. 
Plants and animals are vulnerable to drought when 
stored water cannot replace the amount of moisture 
lost to evapotranspiration. Some plants and animals 
have mechanisms that enable them to tolerate drought 
conditions. Many desert annuals escape drought sim- 
ply by having a short life span. The rest of the time 
they survive as dessication-resistant seeds. Some 
plants, such as cacti, evade drought by storing water 
in their tissues, while others, like mesquite trees, 
become dormant. Still others, such as the creosote 
bush, have evolved adaptations such as reduced leaf 
size and a waxy coating over the leaves that protect 
against water loss. Many animals that live in areas 
prone to drought have developed drought survival 
techniques. Snakes and lizards forage and hunt at 
night, avoiding the desiccating effects of the sun’s 
rays. Other animals have adaptations that allow 
them to survive without drinking, obtaining all of the 
water that they need from their food sources. 


History 


Studies of tree rings in the United States have 
documented droughts occurring as early as 1220. The 
thickness of annual growth rings of some tree species, 
such as red cedar and yellow pine, indicates the wetness 
of each season. The longest drought identified by this 
method began in 1276 and lasted 38 years. The tree ring 
method identified 21 droughts lasting five or more 
years during the period from 1210 to 1958. The best- 
known American drought was the Dust Bowl on the 
Great Plains from 1931 to 1936, with 1934 and 1936 
being the two driest years in the recorded history of the 
United States. The Dust Bowl encompassed an area 
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approximately 399 mi (644 km) long and 298 mi (483 
km wide) in parts of Colorado, New Mexico, Kansas, 
Texas, and Oklahoma. More recently, the United 
States experienced severe to extreme drought in over 
half of the country during 1987-89. This drought was 
the subject of national headlines when it created con- 
ditions conducive to extensive fires in Yellowstone 
National Park during 1988. 


Droughts have also had impacts in other regions of 
the world. A drought in northern China in 1876 dried 
up crops in an extensive region. Millions of people died 
of starvation. Russia experienced severe droughts in 
1890 and 1921. The 1921 drought in the Volga River 
basin caused the deaths of up to five million people— 
more than had died during World War I, which had 
just ended. India normally receives most of its rain 
during the monsoon season, which lasts from June to 
September. Winds blowing in from the Indian Ocean 
bring most of the country’s rainfall during this season. 
The monsoon winds did not come during two droughts 
in 1769 and 1865. An estimated 10 million people died 
in each of those droughts, many from diseases like 
smallpox, which was extremely contagious and deadly 
because people were already weakened from lack of 
food. More recent severe droughts occurred in 
England (1921, 1933-34, and 1976), Central Australia 
(1945-72), and the Canadian prairies (1983-5). 


Almost the entire continent of Africa suffered from 
droughts in the last quarter of the twentieth century. 
Ethiopia, usually considered the breadbasket of eastern 
Africa, experienced drought in the early 1980s. A dry 
year in 1981 resulted in low crop yields. Three years 
later, another dry year led to the deaths of nearly a 
million people. Drought conditions again threatened 
eastern Africa in 2002. An estimated 15 million people 
in Ethiopia, three million in Kenya, 1.5 million in 
Eritrea, and three million in Sudan could faced starva- 
tion as a result of the drought. According to the World 
Health Organization, drought is the cause of about half 
of all deaths from natural disasters. 


Between 1968 and 1973, the Sahel region in east- 
ern Burkina Faso suffered a great drought. An esti- 
mated 50,000—200,000 people died as a consequence. 
While the causes of these great African droughts are 
unknown, research is beginning to indicate that 
droughts could result from a combination of global 
and local climate patterns. Satellite imagery links El 
Nifio conditions and vertical ocean mixing patterns to 
dry weather in Sahel. In addition, desertification may 
be a positive feedback mechanism driving the climate 
towards drought conditions. In regions where there 
are few surface water reservoirs, such as the Sahel, 
the major source of precipitation is transpiration 
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from plants. As plants become sparse in drought con- 
ditions, this source of water for precipitation is dimin- 
ished. The diminished precipitation further decreases 
the growth of vegetation. 


Since 1994, drought and famine in North Korea 
have been worsened by the political situation. The 
government of North Korea has allowed its people to 
starve rather than negotiate with South Korea and 
famine relief organizations. Over 50% of the children 
in North Korea are suffering from malnutrition and 
lack of water, and innumerable children have perished. 
The drought may accelerate political problems in the 
region if starving refugees flee to other countries. 


Drought management 


Drought is a natural phenomenon and cannot be 
eradicated. Consequently, methods to mitigate its dev- 
astating effects are crucial. Crop and soil management 
practices can increase the amount of water stored 
within a plant’s root zone. For example, contour 
plowing and terracing reduce the amount and velocity 
of water runoff after rainstorms. Vegetation protects 
the soil from the impact of raindrops, which causes 
both erosion and soil crusting (hardening of the soil 
surface that prevents rain from percolating into the 
soil where it is stored). Both living plants and crop 
residues left by minimum tillage reduce soil crusting so 
the soil remains permeable and can absorb rainfall. 


Other farming practices that lessen the impact of 
drought on crop production include strip cropping, 
windbreaks, and irrigation. Windbreaks or shelter- 
belts are strips of land planted with shrubs and trees 
perpendicular to the prevailing winds. Windbreaks 
prevent soil, with its moisture-retaining properties, 
from being blown away by wind. Plants can also be 
specifically bred to adapt to the effects of weather 
extremes. For example, shorter plants encounter less 
wind and better withstand turbulent weather. Plants 
with crinkled leaves create small pockets of still air 
that slow evaporation. 


From a social standpoint, drought severity is 
influenced by the vulnerability of an area or popula- 
tion to its effects. Vulnerability is a product of the 
demand for water, the age and health of the popula- 
tion affected by the drought, and the efficiency of 
water supply and energy supply systems. Drought’s 
effects are more pronounced in areas that have lost 
wetlands that recharge aquifers, are dependent on 
agriculture, have low existing food stocks, or whose 
governments have not developed drought-response 
mechanisms. 


See also Hydrologic cycle; Water conservation. 
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KEY TERMS 


Aquifer—A formation of soil or rock that holds 
water underground. 


Arid climate—A climate that receives less than 
10 in (25 cm) of annual precipitation and generally 
requires irrigation for agriculture. 


Precipitation—Water particles that are condensed 
from the atmosphere and fall to the ground as rain, 
dew, hail or snow. 
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| Ducks 


Ducks are waterfowl in the order Anseriformes, in 
the family Anatidae, which also includes geese and 
swans. Ducks occur on all continents except Antarctica 
and are widespread in many types of aquatic habitats. 
Almost all ducks breed in freshwater habitats, especially 
shallow lakes, marshes, and swamps. Most species of 
ducks also winter in these habitats, sometimes addition- 
ally using grain fields and other areas developed by 
humans. Some species of sea ducks breed on marine 
coasts, wintering in near-shore habitats. Most species 
of ducks undertake substantial migrations between 
their breeding and wintering grounds, in some cases 
flying thousands of miles, twice each year. 


Ducks are well adapted to aquatic environments 
and are excellent swimmers with waterproof feathers, 
short legs, and webbed feet. The feathers are water- 
proofed by oil transferred from an oil gland at the 
base of the tail by the bill. Ducks eat a wide range of 
aquatic plants and animals, with the various species of 
ducks having long necks, wide bills and other attributes 
that are specialized for their particular diets. Most ducks 
obtain their food by either dabbling or diving. Dabbling 
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ducks feed on the surface of the water, or they tip down 
to submerge their head and feed on reachable items in 
shallow water. Diving ducks swim underwater to reach 
deeper foods. Ducks have great economic importance as 
the targets of hunters and several species have been 
domesticated for agriculture. In general, duck popula- 
tions have greatly declined worldwide, as a combined 
result of overhunting, habitat loss, and pollution. 


Dabbling ducks 


Dabbling ducks (subfamily Anatinae) are surface- 
feeding birds that eat vegetation and invertebrates 
found in shallow water they can reach without diving. 
Their plant foods include colonial algae, small vascu- 
lar plants such as duckweed (e.g., Lemna minor), roots 
and tubers of aquatic plants, and the seeds of pond- 
weed (Potamogeton spp.), smartweed (Polygonum 
spp.), wild rice (Zizania aquatica), sedges (Carex 
spp.), and bulrushes (Scirpus spp.). Dabbling ducks 
also eat aquatic invertebrates, and in fact these are the 
most important foods of rapidly growing ducklings. 


Two widespread species of dabbling duck are 
mallards (Anas platyrhynchos) and pintails (A. acuta). 
These ducks range throughout the Northern 
Hemisphere, occurring in both North America and 
Eurasia. Other North American species include black 
ducks (A. rubripes), American widgeons (Mareca amer- 
icana), shovelers (Spatula clypeata), blue-winged teals 
(A. discors), and wood ducks (Aix sponsa). 


Bay and sea ducks 


Bay and sea ducks (subfamily Aythyinae) are div- 
ing ducks that swim beneath the surface of the water in 
search of aquatic animals. Some species also eat 
plants, but this is generally less important than in the 
herbivorous dabbling ducks. Some bay and sea ducks, 
for example, the common goldeneye (Bucephala clan- 
gula), ring-necked duck (Aythya collaris), and hooded 
merganser (Lophodytes cucullatus), eat mostly arthro- 
pods occurring in the water column. Other species, 
including oldsquaws (Clangula hyemalis), lesser sca- 
ups (Aythya affinis), surf scoters (Melanitta perspicil- 
lata), and common eiders (Somateria mollissima), 
specialize on bottom living invertebrates. Some of 
these species are remarkable divers, descending as 
deep as 246 ft (75 m) in the case of oldsquaw ducks. 


Tree or whistling ducks 


Tree ducks (subfamily Dendrocygninae) are long- 
legged birds, and are much less common than most 
dabbling or diving ducks. Tree ducks tend to be sur- 
face feeders in aquatic habitats, but they also forage 
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A lone mallard (Anas platyrhynchos) amid a group of black ducks in Castalia, Ohio. (Robert J. Huffman. Field Mark Publications.) 


for nuts and seeds on land. Tree ducks have a generally 
southern distribution in North America. The most 
common North American species is the fulvous tree 
duck (Dendrocygna bicolor). 


Stiff-tailed ducks 


Stiff-tailed ducks (subfamily Oxyurinae) are small 
diving ducks with distinctive, stiffly-erect tails. This 
group is represented in North America by the ruddy 
duck (Oxyura jamaicensis). 


Mergansers 


Mergansers (subfamily Merginae) are sleek, diving 
ducks specialized for feeding on small fish. They have 
serrated bills that apply a firm grip on their slippery 
prey. The most abundant species are the common 
merganser (Mergus merganser) and the red-breasted 
merganser (M. serrator). 


Economic importance of ducks 


Wild ducks have long been hunted for food, and 
more recently for sport. In recent decades, hunters kill 
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about 10-20 million ducks each year in North America, 
shooting about 20% in Canada, and the rest in the 
United States. Duck hunting has a very significant eco- 
nomic impact, because of the money hunters spend on 
travel, license fees, private hunting fees, and on firearms, 
ammunition, and other paraphernalia. 


Prior to the regulation of the hunting of ducks and 
other game animals, especially before the 1920s, the kill- 
ing of ducks was essentially uncontrolled. In areas where 
ducks were abundant, there were even commercial hunts 
to supply ducks to urban markets. The excessive hunting 
during these times caused tremendous decreases in the 
populations of ducks and other waterfowl, as well 
as in other species of edible birds and mammals. 
Consequently, governments in the United States and 
Canada began to control excessive hunting, to protect 
breeding habitat, and to provide a network of habitat 
refuges to provide for the needs of waterfowl during 
migration and wintering. These actions have allowed 
subsequent increases in the populations of most species 
of waterfowl, although the numbers of some species still 
remain much smaller than they used to be. 


A relatively minor but interesting use of ducks con- 
cerns the harvesting of the down of wild common eiders. 
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The female of this species plucks down from her breast 
for use in lining the nest, and this highly insulating 
material has long been collected in northern countries, 
and used to produce eiderdown quilts and clothing. 


Several species of ducks have been domesticated, 
and in some areas they are an important agricultural 
commodity. The common domestic duck is derived 
from the mallard, which was domesticated about 
2,000 years ago in China. Farm mallards are usually 
white, and are sometimes called Peking ducks. The 
common domestic muscovy duck (Cairina moschata) 
was domesticated by aboriginal South Americans 
prior to the European colonization of the Americas. 


Ducks are being increasingly used in a noncon- 
sumptive fashion. For example, bird watchers often go 
to great efforts to see ducks and other birds, trying to 
view as many species as possible, especially in natural 
habitats. Like hunters, birders spend a great deal of 
money while engaging in their sport—to travel, to 
purchase binoculars and books, and to belong to bird- 
ing, natural history, and conservation organizations. 


Factors affecting the abundance of ducks 


The best aquatic habitats for ducks and other 
waterfowl are those with relatively shallow water, with 
very productive vegetation and large populations of 
invertebrates. Those habitats with a large ratio of shore- 
line to surface area favor the availability of secluded 
nesting sites. These sorts of habitats occur to some 
degree in most regions, and are primarily associated 
with wetlands, especially marshes, swamps, and shal- 
low, open water. In North America and elsewhere dur- 
ing the past century, extensive areas of these types of 
wetlands have been lost or degraded, mostly because 
they have been drained or filled in for agricultural, 
urban, or industrial use. Wetlands have also been 
degraded by eutrophication caused by excessive nutrient 
inputs, and by pollution by toxic chemicals and organic 
materials. These losses of habitat, in combination with 
overhunting, have caused large decreases in the popula- 
tions of ducks throughout North America, and in most 
other places where these birds occur. Consequently, 
there are now substantial efforts to preserve or restore 
the wetlands required as habitat by ducks and other 
wildlife, and to regulate hunting of these animals. 


The most important breeding habitats for ducks in 
North America occur in the fringing marshes and shal- 
low open-water wetlands of small ponds in the prairies, 
known as “potholes.” The marshy borders of potholes 
provide important breeding habitat for various species 
of dabbling ducks such as mallard, pintail, widgeon, and 
blue-winged teal, while deeper waters are important to 
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lesser scaup, canvasbacks (Aythya valisneria), redheads 
(Aythya americana), and ruddy ducks. Unfortunately, 
most of the original prairie potholes have been filled in 
or drained to provide more land for agriculture. This 
extensive conversion of prairie wetlands has increased 
the importance of the remaining potholes as breeding 
habitat for North America’s declining populations of 
ducks, and for other wildlife. As a result, further con- 
versions of potholes are resisted by the conservation 
community, although agricultural interests still encour- 
age the drainage of these important wetlands. 


In years when the prairies are subject to severe 
drought, many of the smaller potholes are too dry to 
allow ducks to breed successfully, and ponds and wet- 
lands farther to the north in Canada become relatively 
important for breeding ducks. Another important source 
of natural mortality of ducks and other waterfowl are 
infectious disease, such as avian cholera, which can sweep 
through dense staging or wintering populations and kill 
tens of thousands of birds in a short period of time. When 
an epidemic of avian cholera occurs, wildlife managers 
attempt to manage the problem by collecting and burn- 
ing or burying as many carcasses as possible, in order to 
decrease the exposure of living birds to the pathogen. 


Lead shot is an important type of toxic pollution 
that kills large numbers of ducks and other birds each 
year. Lead shot from spent shotgun pellets on the surface 
mud and sediment of wetlands where ducks feed, may be 
ingested during feeding and retained in the duck’s giz- 
zard. There the shot is abraded, dissolved by acidic stom- 
ach fluids, absorbed into the blood, and then transported 
to sensitive organs, causing toxicity. An estimated 2-3% 
of the autumn and winter duck population of North 
America (some 2-3 million birds) dies each year from 
lead toxicity. As few as one or two pellets retained in the 
gizzard can be enough to kill a duck. Fortunately, steel 
shot is rapidly replacing lead shot, in order to reduce this 
unintended, toxic hazard to ducks and other wildlife. 


Ducks and other aquatic birds may also be at some 
risk from acidification of surface waters as a result of 
acid rain. Although it is unlikely that acidification 
would have direct, toxic effects on aquatic birds, impor- 
tant changes could be caused to their habitat, which 
might indirectly affect the ducks. For example, fish are 
very sensitive to acidification, and losses of fish popu- 
lations would be detrimental to fish-eating ducks, such 
as mergansers. However, in the absence of the preda- 
tion pressure exerted by fish in acidic lakes, aquatic 
invertebrates would become more abundant, possibly 
benefiting other species of ducks, such as the common 
goldeneye, ring-necked duck, and black duck. These 
scenarios are inevitably speculative, for not much is 
known about the effects of acid rain on ducks. 
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Ducks can also be affected by eutrophication in 
aquatic habitats, a condition characterized by large 
increases in productivity caused by large nutrient loads 
from sewage dumping or from the runoff of agricultural 
fertilizers. Moderate eutrophication often improves 
duck habitat by stimulating plant growth and their inver- 
tebrate grazers. However, intense eutrophication kills 
fish and severely degrades the quality of aquatic habitats 
for ducks and other wildlife. 


Some species of ducks nest in cavities in trees, a 
niche that has become increasingly uncommon because 
of forestry and losses of woodlands to agriculture and 
urbanization. Together with overhunting, the loss of 
natural cavities was an important cause of the decline 
of the wood duck and hooded merganser (Lophodytes 
cucullatus) in North America. Fortunately, these spe- 
cies will nest in artificial cavities provided by humans, 
and these ducks have recovered somewhat, thanks in 
part to widespread programs of nest box erection in 
wetland habitats. 


Agencies and actions 


Because the populations of ducks and other 
waterfowl have been badly depleted by overhunting 
and habitat loss, conservation has become a high pri- 
ority for governments and some private agencies. In 
North America, the U.S. Fish and Wildlife Service and 
the Canadian Wildlife Service have responsibilities 
for waterfowl at the federal level, as do states and 
provinces at the regional level. Ducks Unlimited is a 
non-governmental organization whose central con- 
cern is the conservation of duck populations. The 
Ducks Unlimited mandate is mostly pursued by rais- 
ing and spending money to increase duck productivity 
through habitat management, with an aim of provid- 
ing more birds for hunters. Other organizations have a 
non-consumptive mandate that is partly relevant to 
ducks, for example, the World Wildlife Fund, The 
Nature Conservancy, and the Nature Conservancy of 
Canada. On the international stage, the Convention on 
Wetlands of International Importance, Especially as 
Waterfowl Habitat is a treaty among national govern- 
ments intended to facilitate worldwide cooperation in 
the conservation of wetlands, thereby benefiting ducks 
and other wildlife. 


All of these agencies are undertaking important 
activities on behalf of ducks, other animals, and natu- 
ral ecosystems. However, duck populations are still 
much smaller than they used to be, and some species 
are endangered. Much more must be done to provide 
the ducks of North America and the world with the 
protection and habitat that they require. 
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+ Mallard (Anas platyrhynchos). Often poisoned by 
lead shot. Has been poisoned in the West by foraging 
in temporarily damp lake beds. One of the most 
abundant ducks in the world today. The population 
on the Great Plains seems to have been permanently 
diminished from historical levels. The status of wild 
mallards is unclear due to the large feral populations. 


Mottled duck (Anas fulvigula). Has suffered more 
from encroaching human habitation (draining and 
destruction of marshland) and agriculture than from 
hunting. Interbreeding with feral mallards threatens 
the genetic purity of the species. 


American black duck (Anas rubripes). The popula- 
tion has decreased in response to aerial spraying for 
spruce budworm, destruction of habitat, acid rain, 
overhunting, clearing of forests, and competition 
with the mallard (with which it hybridizes). 


Gadwall (Anas strepera). Settlement of the northern 
Great Plains took a relatively large toll on this spe- 
cies. Current populations vary each year, but the 
population does not seem to be diminishing. 


Green-winged teal (Anas crecca). Audubon wrote in 
1840 that hunters in the West shot six dozen of these 
birds per day upon their first migratory arrival. 
Today the population appears stable. 


American wigeon (Anas americana). Population appa- 
rently stable. Since the 1930s, the breeding range has 
expanded into eastern Canada and the northeastern 
United States. 


Northern pintail (Anas acuta). This bird’s nests in 
fields are often plowed up. It has also suffered lead 
shot poisoning. There is some indication of a decline in 
population since the 1960s, but the species is wide- 
spread and abundant today. Droughts on the northern 
plains may drastically reduce nesting success there. 


Northern shoveler (Anas clypeata). Population appa- 
rently stable. 


Blue-winged teal (Anas discors). Population appa- 
rently stable. Because this bird usually winters in 
Latin America, international cooperation is required 
to protect it. 


Cinnamon teal (Anas cyanoptera). Although the 
population has suffered by encroaching human hab- 
itation and agriculture (draining of wetlands and 
diverting water for irrigation), the current numbers 
appear stable. 


Ruddy duck (Oxyura jamaicensis). Current population 
is much less than historical levels, due mainly to shoot- 
ing in the early 1900s and loss of breeding habitat. 
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« Masked duck (Oxyura dominica). Uncommon every- 
where, but wide ranging in the tropics. Its secretive 
and nomadic behavior makes it hard to estimate this 
duck’s population, or to protect it. 


Fulvous whistling duck (Dendrocygna_ bicolor). 
Population has declined in the Southwest in recent 
decades, but increased in the Southeast. There is 
some controversy over its effect on rice cultivation; 
some say it damages crops, others that it eats the 
weeds in the fields. 


Black-bellied whistling duck (Dendrocygna autumna- 
lis). This bird is hunted mainly in Mexico. It will use 
nesting boxes. The population in the United States 
has increased greatly since the 1950s. Rare in 
Arizona before 1949, this bird in now a common 
nesting bird in that state. 


Wood duck (Aix sponsa). This duck has been hunted 
for its plumage, as a food source, and for its eggs. 
Development and forestry practices contributed to 
its decline. By the early 1900s, this bird was on the 
verge of extinction, but has since made a comeback. 
The wood duck readily uses nesting boxes. 


Canvasback (Aythya_ valisineria). Numbers have 
declined, probably as a result of the reduction of breed- 
ing grounds due to draining and cultivating of prairie 
potholes and freshwater marshes. 


Redhead (Aythya americana). Current population is 
well below historical levels, probably due to loss of 
nesting areas. 


Ring-necked duck (Aythya collaris). This duck’s breed- 
ing range expanded eastward in the mid-1900s. The 
population suffered from lead shot poisoning. Since 
the 1930s, this bird has become a widespread breeder in 
eastern Canada and northern New England. 


Greater scaup (Aythya marila). Abundant. The fact 
that this bird congregates in large numbers in coastal 
bays in winter has caused concern that the species may 
be vulnerable to oil spills and other water pollution. 


Lesser scaup (Aythya affinis). Abundant, with rela- 
tively small fluctuations from year to year. 


Common eider (Somateria mollissima). Down from 
this duck, collected during incubation, is commer- 
cially valued. The taking of down, however, usually 
does not result in desertion of the nest. The popula- 
tions have been increasing and stabilizing since 1930. 
Today this species is abundant, with a population 
estimated at several million. Local populations may 
be threatened by oil spills and other water pollution. 


King eider (Somateria spectabilis). Commercially val- 
ued as a source of down. Abundant in the Far North, 
with a population estimated to be several million. 
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« Spectacled eider (Somateria fischeri). The population in 
the Yukon-Kuskokwim delta of western Alaska 
declined by 96% from 1970 to 1993, but no similar 
decline was observed in Russia and a large population 
was found in the Bering Sea in the late 1990s. In 2002, 
the global population was estimated at 330,000-390,000 
and it does not appear to be declining. 


+ Steller’s eider (Polysticta stelleri). Population in Alaska 
has declined significantly in recent decades, but these 
declines may represent population shifts rather than 
true declines. Listed as vulnerable by the IUCN. 


Labrador duck (Camptorhynchus labradorius). Extinct. 
The last known specimen was shot in 1875 on Long 
Island. Never abundant, this duck had a limited breed- 
ing range. Its extinction probably resulted from loss of 
habitat and hunting. 


Black scoter (Melanitta nigra). Population appa- 
rently stable. Birds at sea vulnerable to oil and 
other forms of pollution. 


White-winged scoter (Melanitta fusca). Population 
has declined in parklands and boreal forest of 
Canada, possibly due to advancing the hunting sea- 
son to 2-3 weeks before some of the young can fly. 
Population today is apparently stable. 


Surf scoter (Melanitta perspicillata). Population 
apparently declined greatly in the early 1900s, but is 
now stable. Wintering populations are vulnerable to 
oil and other forms of pollution. 


Harlequin duck (Histrionicus histrionicus). The pop- 
ulation appears stable in the Northwest. In the east- 
ern part of North America, there has been a 
substantial decline over the past century. 


Oldsquaw (Clangula hyemalis). Abundant, with a pop- 
ulation estimated to be in the millions. The tendency to 
congregate in large numbers makes it vulnerable to oil 
spills in northern seas. Large numbers of these birds are 
sometimes caught and killed in fishing nets. 


Barrow’s goldeneye (Bucephala islandica). Population 
apparently stable. Will use nesting boxes. 


Common goldeneye (Bucephala clangula). Population 
apparently stable. Readily uses nesting boxes. 


Bufflehead (Bucephala albeola). Fairly common and 
widespread. Today less numerous than historically, 
due to unrestricted shooting in the early 1900s, and 
loss of habitat. Uses nesting boxes when cavities in 
trees are scarce. 


« Common merganser (Mergus merganser). Population 
apparently stable in North America, possibly increas- 
ing in Europe. 
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- Red-breasted merganser (Mergus serrator). Population 
apparently stable. 


- Hooded merganser (Lophodytes cucullatus). Popula- 
tion has declined due to loss of nesting habitat (large 
trees near water). Will use nesting boxes and cavities 
set up for wood ducks. Today the population 
appears to be increasing. 


+ Mandarin duck (Aix galericulata). Exotic. A native 
of Asia, this duck occasionally escapes, ending up in 
the wild. 


« Spot-billed duck (Anas poecilorhyncha). An Alaskan 
stray. Native of Asia. 


- Tufted duck (Aythya fuligula). A Western stray. The 
Eurasian counterpart of the North American ring- 
necked duck. This bird occasionally reaches Alaska 
and the Pacific Coast from Asia, or the Northeast 
from Europe and Iceland. 


See also Eutrophication. 
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Bill Freedman 
Randall Frost 


ll Duckweed 


Duckweeds are small, floating to slightly submerged 
species of flowering plants in the genus Lemna. The 
simple body is leaflike, generally flat on top and convex 
below, lacks stems or leaves, is oval to tear-drop in shape, 
and has one unbranched root that lacks vascular 
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(conducting) tissue. The upper surface of the plant is 
covered with waxy compounds so as to shed water. 


Duckweeds are abundant throughout the world in 
freshwater ponds, lakes, and backwaters where the 
water is still, with the exception of the Arctic. Plants 
range in size from 0.05-0.8 inches (1.5-20 mm) in 
length. One of the most widely distributed species, 
Lemna minor, typically grows to a length of 0.05-0.15 
inches (1.5-4 mm). 


Reproduction in duckweeds is almost exclusively 
asexual, occurring as outgrowths from one end breaks 
off, often resulting in the development of a dense, green 
mat on the surface of the water. Individual bodies are 
generally short-lived, five to six weeks for Lemna 
minor. Sexual reproduction is rare in duckweeds, and 
appears to occur mostly in warmer regions. Flowers are 
unisexual and extremely simple, consisting of only one 
stamen in male and one pistil in female flowers. Each 
flower arises from a pouch in the body and is covered 
by a small, highly modified leaf called a spathe. 


The watermeal (Wolffia) is a close relative of 
duckweed, and is the smallest flowering plant. Some 
species of watermeal consist of only a globular, root- 
less body, as small as 0.02 inches (0.5 mm). Duckweeds 
and watermeals are an important food for waterfowl, 
which feed on these plants on the water surface. 


| Duikers 


Duikers are small African antelopes in the subfam- 
ily Cephalophinae of the large family of Bovidae. This 
family of hoofed animals includes antelope, gazelles, 
cattle, sheep, and goats. Like all bovids, duikers have 
even-toed hooves, horns, and a four-chambered stom- 
ach structure that allows them to digest a diet of plants. 
Duikers are found throughout sub-Saharan Africa. 
These small antelopes range in size from 22 in (55 cm) 
to as much as 57 in (1.45 m) in length, and weigh from 
as little as 9 Ib (6 kg) to as much as 176 lb (80 kg). 


There are 17 species of forest-dwelling duikers 
(Cephalophus). These are the blue, yellow-backed, 
bay, Maxwell’s, Jentink’s, black-fronted, red-flanked, 
Abbot’s, banded or zebra, black, red, Ader’s, Peter’s, 
Harvey’s or Zanzibar duiker, black-striped, Gabon or 
white-bellied, and Ogilby’s duiker. There is only one 
species of savanna duiker, the bush or gray duiker 
(Sylvicapra grimmia), which is found in thin forest 
and savanna woodlands. Duikers are heavily hunted 
for their meat, and many of the forest species are 
threatened or endangered. 
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Adaptation 


Duikers have not been studied to any great extent 
in the wild because they live in dense rainforest hab- 
itats and are difficult to observe. They are, nonethe- 
less, much sought after for their meat. The number of 
species of duikers increases with the size of the rain- 
forests they inhabit. 


The word duiker is an Afrikaans word that means 
“divers” or “those that duck.” When duikers are 
alarmed they dive for cover into thickets. The front 
legs of duikers are shorter than the powerful hind legs. 
Duikers have a relatively big head, with a wide mouth, 
small ears, short backward-slanting horns, and a crest of 
erect hair on the forehead. Female duikers are on aver- 
age a little larger than males and also possess horns. 


Most duikers are nocturnal, remaining sedentary 
during the daylight hours. They are browsers, animals 
that eat the tender shoots, twigs, and leaves of bushy 
plants, rather than grazing on grass. Some species of 
duikers also eat buds, seeds, bark, and fruit, and even 
small rodents and birds. The moisture content of 
leaves is usually sufficient to satisfy their water needs 
during the rainy season, when duikers do not drink. 
Duikers are preyed upon by leopards, large predatory 
birds, and even baboons. 


Social life 


Duikers are not social animals and are usually seen 
alone or in pairs. Like other small browsing antelopes, 
duikers are territorial and monogamous (they mate for 
life). The size of the territory of a pair of duikers is 
between 5-10 acres (2-4 ha), and both sexes defend it 
from intrusion by other members of their species. 


The care of the young is done mainly by the 
females. The first-born offspring leaves its parents 
before a younger sibling is born. Within the territory, 
the male and female duikers rest and feed at different 
times, and often wander away from one another, 
which may be why they are seen alone so often. 


The courtship ceremony of duikers includes close 
following of the female by the male, circling and turn- 
ing by the female, hiding, moaning and snorting by 
both, mutual scenting, and then mating. Females usu- 
ally give birth to one offspring at a time. The gestation 
period varies from as little as four months to as long as 
nine months. The newborn duiker lies concealed for the 
first few weeks of its life when it is nursed by its mother. 


Male duikers have scent glands underneath their 
eyes and on their hooves. The glands under their eyes 
extend downward and secrete through a series of pores 
rather than through one opening, as in other antelopes. 
Duikers in captivity have been seen to mark their 
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KEY TERMS 


Bovidae (Bovids)—A family of animals character- 
ized by having even-toed hooves, horns, and a 
four-chambered stomach and by chewing its cud 
as part of its digestive process. 


Browsers—Mammals that feed primarily on leaves 
of plants, as opposed to grazing on grass. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Facultative monogamy—Among pairs of mated 
animals where the care of the young is left primarily 
to the female member and the offspring leaves the 
parents before the next sibling is born. 


Nocturnal—Animals that are mainly active in the 
nighttime. 


Savanna—A treeless plain of high grasses found in 
tropical climates. 


territory as frequently as six times within ten minutes. 
Male duikers also use their scent glands to mark their 
opponents in battle, as well as engaging in mutual 
marking with their mates and their offspring. 


Because duikers are nocturnal and elusive ani- 
mals, their populations sizes are hard to estimate. 
Most species are threatened to some degree by habitat 
loss and hunting. The IUCN considers Ader’s duiker 
(Cephalophus adersi) to be critically endangered, with 
only about 640 animals remaining in Zanzibar and 
a much smaller number in Kenya. 
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| Dune 


A dune is a windblown pile of sand. Over time, 
dunes become well-sorted deposits of materials by 
wind or water that take on a characteristic shape and 
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Dune 


Distant view of red sand dunes in Namibia. (Jan Halaska/Photo Researchers, Inc.) 


that retain that general shape as material is further 
transported by wind or water. 


Desert dunes classifications are based upon shape 
include barchan dunes, relic dunes, transverse dunes, 
lineal dunes, and parabolic dunes. Dunes formed by 
wind are common in desert area and dunes formed by 
water are common in coastal areas. Dunes can also 
form on the bottom of flowing water (e.g., stream and 
river beds). 


When water is the depositing and shaping agent, 
dunes are a bedform that are created by saltation and 
deposition of particles unable to be carried in suspen- 
sion. Similar in shape to ripples—but much larger 
in size—dunes erode on the upstream side and extend 
via deposition the downstream or downslope side. 
Regardless of whether deposited by wind or water, 
dunes themselves move or migrate much more slowly 
than any individual deposition particle. 
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The sediments that accumulate on the windward 
slope are called topset deposits. When they reach the 
crest, they form an unstable and temporary surface 
called the brink. When enough sediments are captured 
on the brink they eventually tumble over the edge onto 
the slipface. This motion provides the advancement of 
the dune as it migrates in the direction of the wind. A 
temporary halt in dune movement can make a thin 
layer of sediments that become slightly bonded to one 
another. This layer becomes visible in side view and is 
even more recognizable in ancient deposits. 


The sand forming dunes is usually composed of the 
mineral quartz eroded from rocks, deposited along 
streams or oceans or lakes, picked up by the wind, and 
redeposited as dunes. Sand collects and dunes begin to 
form in places where the wind speed drops suddenly, 
behind an obstacle such as a rock or bush, for example, 
and can no longer transport its load of sand. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


<—_________— wind direction 


y) Barchan 


lee windward 
Transverse 


« blowout lee a 
profile = 


lineal dunes 


Dunes form different characteristic shapes depending on the 
amount of sand, amount of moisture, and the strength and 
prevailing direction of the wind (i.e., windward to leeward). 
(Argosy. The Gale Group.) 


Dunes move as wind bounces sand up the dune’s 
gently-sloping windward side (facing the wind) to the 
peak of the slope where the wind’s speed drops and 
sends sand cascading down the steeper lee side (down- 
wind). As this process continues, the dune migrates in 
the direction the wind blows. The steeper lee side of the 
dune, called the slip face, maintains a 34° angle (called 
the angle of repose), much greater than the flatter 
(10°-12°) windward side. The sand may temporarily 
build up to an angle greater than 34°, but eventually 
it avalanches back to the angle of repose. Given enough 
sand and time, dunes override dunes to thicknesses of 
thousands of feet, as in the Sahara Desert, or as in the 
fossilized dunes preserved in the sandstone of Zion and 
Arches National Parks in Utah. In the famous Navajo 
Sandstone in Zion National Park, crossbeds (sloping 
bedding planes in the rock) represent the preserved slip 
faces of 180-million-year-old former dunes. 


Three basic dune shapes—crescent, linear, and 
star—range in size up to 330 feet (100 m) high 
and up to 1,000 feet (300 m) long and wide. Barchan 
and parabolic dunes are crescent-shaped like the letter 
C. Barchans form where the sand supply is minimal. 
The two ends of the barchan’s crescent point down- 
wind toward the direction the dune moves. In 
contrast, the pointed ends of a parabolic dune stab 
into the wind, a mirror image of a barchan. Bushes or 
some Other obstruction anchor the tips of a parabolic 
dune. 


Transverse and longitudinal dunes form as long, 
straight, or snakelike ridges. Transverse ridges run 
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perpendicular to a constant wind direction, form 
with an abundance of sand available, and are asym- 
metric in cross section (the windward side gently- 
sloped, the slip face steep). The ridges of longitudinal 
dunes, however, run parallel to a slightly varying wind 
direction and are symmetrical in cross section—they 
have slip faces on either side of the ridge. Longitudinal 
dunes are also known as linear or seif (Arabic for 
sword) dunes. 


Dune fields are large features of eolian or arid 
environments. They are associated with hot climate 
deserts such as the Sahara. Dune fields are not, how- 
ever, exclusively restricted to these types of environ- 
ments. Many dune fields are found in temperate 
climates where the processes of aridity in an arid cli- 
mate combine to form dunes, but at a much slower 
rate than hot, arid climates. 


Dune fields themselves are complex environ- 
ments. Within the field, there are many microenviron- 
ments that lie between the dunes and at the bottom of 
dune valleys. Moisture may even accumulate and form 
small ponds. Scientists continue to study dunes and 
dune fields. They are one of the least understood 
structures in geology because of the difficulty in study- 
ing them. However, dune fields occur over about 30% 
of Earth’s surface and certainly command more 
attention. 


The formation and movements of dune fields are 
also of great interest to extraterrestrial or planetary 
geologists. Analysis of satellite images of Mars, for 
example, allow calculation of the strength and direc- 
tion of the Martian winds and provide insight into 
Martian atmospheric dynamics. Dunes fields are a 
significant Martian landform and many have been 
observed to have high rates of migration. 


See also Desertification; Erosion; Sediment and 
sedimentation; Sedimentary environment; Sedimen- 
tary rock. 
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f Duplication of the cube 


Along with squaring the circle and trisecting an 
angle, duplication of the cube, also called cube dupli- 
cation and the Delian problem, is considered one of 
the three unsolvable problems of mathematical antiq- 
uity. First asked by ancient Greek mathematicians, 
duplication of the cube asks: If given a length of an 
edge of a cube, construct a second cube having double 
the volume of the first—that is, with only the use of an 
unmarked straightedge and compass. 


According to tradition, the problem of duplica- 
tion of the cube arose when the Greeks of Athens 
sought the assistance of the oracle at Delos in order 
to gain relief from a devastating epidemic. The oracle 
told them that to do so they must double the size of the 
altar of Apollo which was in the shape of a cube. 


Their first attempt at doing this was a misunder- 
standing of the problem: They doubled the length of 
the sides of the cube. This, however, gave them eight 
times the original volume since (2x)? = 8x°. 


In modern notation, in order to fulfill the instruc- 
tions of the oracle, mathematicians must go from a 
cube of side x units to one of y units where y* = 2x", so 
that y = 2'/x. 


Thus, essentially, given a unit length, they needed 
to construct a line segment of length 2'/? units. Now, 
there are ways of doing this but not by using only a 
compass and an unmarked straight edge—which were 
the only tools allowed in classical Greek geometry. 


Thus, there is no solution to the Delian problem 
that the Greeks would accept and, presumably, the 
epidemic continued until it ran its accustomed course. 


The first proof for the duplication of the cube was 
performed by French mathematician and philosopher 
René Descartes (1596-1650) in 1637. Today, mathe- 
maticians can solve the problem with a geometric 
construction called a Neusis construction, also called 
a verging construction. 
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| Dust devil 


A dust devil is a relatively small, rapidly rotating 
wind that stirs up dust, sand, leaves, and other mate- 
rial as it moves across the ground. Dust devils are also 
known as whirlwinds or, especially in Australia, willy- 
willys. In most cases, dust devils are no more than 
10 feet (3 m) in width and less than 300 feet (100 m) 
in height. 


Dust devils form most commonly on hot dry days 
in arid regions such as a desert. They originate when a 
layer of air lying just above the ground is heated and 
begins to rise. Cooler air then rushes in to fill the space 
vacated by the rising column of warm air. 


At some point, the rising column of air begins to 
spin. Unlike much larger storms such as hurricanes 
and tornadoes, dust devils may rotate either cycloni- 
cally or anticyclonically. Their size is such that the 
earth’s rotation appears to have no effect on their 


A dust devil in Kenya. (ULM Visuals.) 
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direction of spin, and each direction occurs with 
approximately equal frequency. The determining fac- 
tor as to the direction any one dust devil takes appears 
to be the local topography in which the storm is gen- 
erated. The presence of a small hill, for example, might 
direct the storm in a cyclonically direction. 


Some large and powerful dust devils have been 
known to cause property damage. In the vast majority 
of cases, however, such storms are too small to pose a 
threat to buildings or to human life. 


DVD 


In 1995, Philips and Sony introduced the digital 
video disc (DVD, also “digital versatile disc”), which 
had the same dimensions as a standard compact disk 
(CD) but could store up to 4.7 gigabytes of data. This 
is more than six times the capacity of a CD (700 
megabytes). DVD players use a higher-power laser 
than that used for CDs, which enables smaller pits 
(0.4 micrometer) and separation tracks (0.74 micro- 
meter) to be used. 


To record a DVD, semiconductor red lasers with 
wavelengths of 630 nm burn pits onto a glass master 
disc. Pressings of this surface are covered with clear 
plastic to make mass-produced copies. The peaks and 
valleys—called “lands” and “‘pits”—are interpreted as 
binary numbers by a reading device, whether com- 
puter or DVD player. To increase the amount of 
information stored, video data may be compressed 
using a form of lossy compression such as MPEG -2, 
an industry standard for audio and video sanctioned 
by a governing body called the Moving Pictures 
Experts Group. This technology strips unnecessary 
or redundant data from videos. The compression 
allows 135 minutes on a single side of an optical disc. 
Some DVD discs use two sides of the disc for longer 
movies, while others put a wide-screen version on one 
side of the disc and a standard 4:3 version on the other. 
But this was simply the first incarnation of DVD. 
Some discs now feature a dual-layer technology, 
meaning that a single side of the disc actually holds 
two separate MPEG video streams, like an upstairs/ 
downstairs apartment. This allows a single side of the 
disc to hold 4 1/2 hours of video. Soon, there will be 
dual-sided/dual-layer discs, which will double the 
capacity to nine hours. 


Most DVDs are write-once read-only disks. 
DVD-RWs are now available for home use, allowing 
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the user to record data on the DVD. These DVD-RW 
drives can also handle CD-R, CD-RW, and DVD-R 
discs. DVD-RWs, like CD-RWs, hold slightly less 
data than their write-once and read-only counterparts. 


New technology pioneered by several major com- 
panies, such as Pioneer, introduced a rewriting 
method known as phase-change recording. To re- 
record, the disk is reheated with a laser at a different 
phase than the initial recording. The laser light hits the 
disk at a slightly different angle, changing the shape of 
the grooves. The data layer does not experience wear 
and tear because DVDs are read by laser light and 
never physically touched by mechanics. The data layer 
is coated with a protective plastic substrate. 


The DVD offers the capability to display movies 
in three different ways. The wide-screen format pro- 
vides a special anamorphic video signal that, when 
processed by a wide-screen television set, fills the 
entire screen and delivers optimum picture quality. 
Pan and Scan fills the screen of traditional 4:3 tele- 
vision sets with an entire picture, much like watching 
network movies. The Letterbox mode provides hori- 
zontal bands at the top and bottom to, in essence, 
create a wide-screen picture in a traditional television 
set. 


DVD-Video supports multiple aspect ratios. Video 
stored ona DVD in 16:9 format is horizontally squeezed 
to a 4:3 (standard TV) aspect ratio. On wide-screen TVs, 
the squeezed image is enlarged by the TV to an aspect 
ratio of 16:9. DVD video players output wide-screen 
video in three different ways: letterbox (for 4:3 screens), 
pan and scan (for 4:3 screens), anamorphic or 
unchanged (for wide screens). 


At the moment, DVD players resemble VCRs, 
however the race is on to make DVD players smaller 
and less expensive. Several companies developed a 
DVD player the size of a personal CD player with an 
integrated liquid crystal display viewing panel and 
speakers. A Chinese manufacturer incorporated the 
DVD player with the TV itself. Higher capacity and 
higher definition is not far off. 


At the January, 2000 Consumer Electronics 
Show, Pioneer showed off its high-definition DVD 
Recorder. High-definition DVD (HD-DVD), storing 
15 GB in two layers for a total storage capacity of 
30 GB, became a reality when violet-blue and blue 
lasers, emitting wavelengths of 400-430 nm, and less, 
were perfected. A shorter wavelength laser increases 
the amount of information stored on an optical disk. 
Each time the wavelength is halved, the corresponding 
storage media can contain four times more data. The 
first commercial HD-DVD player was released for 
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sale in the U.S. in March, 2006. A format called the 
Blu-ray DVD, which stores 50 GB per disc, has also 
been developed, and machines capable of handling 
Blu-ray discs were also shipped to the U.S. market 
starting in 2006. Four-layer Blu-Ray DVDs holding 
100 GB have been demonstrated. 


In order to promote the technology and establish 
a consensus on format standards, ten companies 
organized the DVD Consortium in 1995. These com- 
panies included: Hitachi, Ltd., Matsushita Electronic 
Industrial Co., Ltd., Mitsubishi Electric Corp., Philips 
Electronics N.V., Pioneer Electronics Corp., Sony 
Corp., THOMSON multimedia, Time Warner Inc., 
Toshiba Corp. and Victor Company of Japan Ltd. 
Today, the Forum boasts 122 member companies, 
including electronics manufacturers, software firms, 
and media companies worldwide. 
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I Dwarf antelopes 


These small antelopes belong to the subfamily 
Neotraginae of the ruminant family Bovidae. A total 
of 13 species are classified together in the subfamily 
Neotraginae, including the dik-diks, grysboks, steen- 
bok, and other dwarf antelopes. Dwarf antelopes 
range from extremely small (3.3-4.4 lb or 1.5-2 kg) 
hare-sized royal antelope (Neotragus pygmaeus) and 
dik-diks (Madoqua spp.) to the medium-sized oribi 
(Ourebia ourebi) and beira (Dorcatragus megalotis 
weighing from 30-50 lb (10-25 kg). Dwarf antelopes 
engage in territorial scent marking and possess highly 
developed scent glands. They are browsers, consuming 
a diet of young green leaves, fruit, and buds. Dwarf 
antelopes are also usually not dependent upon regular 
supplies of drinking water for their survival. 


The food of the herbivorous dwarf antelope is 
digested by means of the four-chambered ruminant 
stomach. Dwarf antelopes browse or graze, consuming 
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vegetation that is nutritionally rich. They lightly chew 
their food as they tear leaves from branches. After the 
food is swallowed, it enters the rumen of the stomach. 
Digestion is then aided by the process of bacteria break- 
ing down nutrients. The food pulp is then regurgitated 
and chewed as cud to further break down the food 
before being swallowed and digested more completely. 


Habitat 


Dwarf antelopes are found in various terrains 
throughout the sub-Saharan regions of Africa. The 
klipspringer (Oreotragus oreotragus) is found in 
rocky areas in eastern and southern Africa. Four spe- 
cies of dik-diks are found in dry bush country in the 
Horn of Africa, that is, Somalia and Ethiopia, as is the 
beira. Oribis are found in the savanna country, from 
West to East Africa and in parts of southern Africa. 


Steenbok (Raphicerus campestris) inhabit bushy 
plains or lightly wooded areas in southern Africa, 
while the two species of grysbok (R. melanotis and 
R. sharpei) are found in stony, hilly areas and scrubby 
flat country in east-central Africa and the extreme 
south of the continent. The royal antelope is found in 
dense forests in West Africa, and Bates’ pygmy ante- 
lope (Neotragus batesi) is found in the forests of the 
Zaire. Sunis (NV. moschatus) live in forests along the 
southeastern edge of Africa. 


Characteristics 


The horns of dwarf antelopes are short, straight 
spikes found only in the males, although klipspringer 
females sometimes have horns. Colorations are usu- 
ally pale, varying from yellow to gray or brown with a 
white rump patch, while the steenbok is brick-colored. 
All dwarf antelopes have well-developed scent glands, 
particularly preorbital glands which can be easily seen 
on most species as dark slits beneath the eyes. Dwarf 
antelopes generally have narrow muzzles, prominent 
ears, and their nostrils are either hairy or bare. 


Dwarf antelopes are territorial and many are in 
lifetime monogamous relationships. They tend to be 
solitary even though a mated pair shares the same 
territory. Territories can range in size from several 
hundred square feet to tens of acres depending upon 
the nature of the territory and the density of the group’s 
population. Some monogamous pairs may have a sec- 
ond female, usually a female offspring that has not left 
the parental territory. Some dwarf antelope males may 
have two or more females within a small territory. 


Scenting behavior among dwarf antelopes main- 
tains the mating bond and protects the territory from 
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KEY TERMS 


Monogamy—Mating relationship where a male 
and female tend to become permanently paired. 


Preorbital scent glands—Glands located below the 
eyes that are used to mark territory. 


Scent-mark—To spread urine, feces, or special 
fluid from a body gland along a trail to let compet- 
itive animals know that the territory is taken. 


intruders. Males mark their territory with the scent 
glands found under their eyes (preorbital glands), 
and on their hooves (pedal glands). They can mark 
both the ground of their territory, as well as branches 
and bushes. Additionally, males will scent their mates, 
which strengthens the ties between them. Ceremonial 
behavior in dunging is also seen. A pair will follow one 
another and deposit urine and feces on the same pile. 


Males can be aggressive in defending their territo- 
ries. They have been known to use their sharp horns to 
wound intruders. Usually, however, male rivals for 
females will more often only display aggressive behav- 
ior to one another before one retreats. The display of 
aggressive behavior can include pawing the ground, 
horning, alarm calls, chasing, and pretending to attack. 


Parenting 


Dwarf antelope females give birth to one offspring 
at a time, coinciding with seasonal rains. The gestation 
period is around six months, depending on the species. 
Infants hide in the grass for several weeks and the 
mother returns to feed them twice a day. As the fawn 
grows, it begins to follow the mother. Young females 
mature by the age of 6-10 months, while males reach 
maturity around 14 months. Somewhere between 9-15 
months, young dwarf antelopes leave the territory to 
establish themselves on their own. 


In klipspringer families, the pair are found close 
together, on the average 12-45 ft (4-15 m) apart, and 
the male assumes the role of lookout while the female 
cares for the offspring. The male may even become 
involved with feeding the young klipspringer. 


See also Antelopes and gazelles. 
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Dwarf and mouse lemurs see Lemurs 


l Dyes and pigments 


Chemists and other scientists use the term colo- 
rant for the entire spectrum of coloring materials, 
including dyes and pigments. While both dyes and 
pigments are sources of color, they are different from 
one another. Pigments are particles of color that are 
insoluble in water, oils, and resins. They need a 
binder or to be suspended in a dispersing agent to 
impart or spread their color. Dyes are usually water 
soluble and depend on physical and/or chemical reac- 
tions to impart their color. Generally, soluble colo- 
rants are used for coloring textiles, paper, and other 
substances while pigments are used for coloring 
paints, inks, cosmetics and plastics. Dyes are also 
called dyestuffs. The source of all colorants is either 
organic or inorganic. 

Colorants are classified according to their chem- 
ical structure or composition (organic or inorganic), 
method of application, hue, origin (natural or syn- 
thetic), dyeing properties, utilization, and, sometimes, 
the name of the manufacturer and place of origin. The 
Society of Dyers and Colourists, based in England, 
and the American Association of Textile Chemists and 
Colorists, based in the United States, have devised a 
classification system, called the Color Index, that con- 
sists of the common name for the color, and a five- 
digit identification number. 


Organic and inorganic colorants 


Organic colorants are made of carbon (C) atoms 
and carbon-based molecules. Most organic colors are 
soluble dyes. If an organic soluble dye is to be used as a 
pigment, it must be made into particle form. Some 
dyes are insoluble and must be chemically treated to 
become soluble. 


Vegetable-based organic colorants are produced by 
obtaining certain extracts from the plants. An example 
of a dye that is not water soluble is indigo. Indigo is 
derived from plants of the genus Indigofera. By an 
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Dyes and pigments 


oxidation process where the plant is soaked and allowed 
to ferment, a blue-colored, insoluble solid is obtained. 
To get the indigo dye into solution, a reducing agent 
(usually an alkaline substance such as caustic soda) is 
used. The blue dye, after reduction, turns a pale yellow. 
Objects dyed with indigo react with the air, oxidize, and 
turn blue. The imparted color is not always that of the 
dye itself. Animals are another, rather interesting, 
source of organic colorants. Royal purple, once worn 
only by royalty as the name suggests, is obtained from 
the Murex snail. Sepia is obtained from cuttlefish, and 
Indian yellow is obtained from the urine of cows that 
have been force-fed mango leaves. 


Organic sources of color often have bright, vivid 
hues, but are not particularly stable or durable. Dyes 
that are not affected by light exposure and washing are 
called colorfast, while those that are easily faded are 
called fugitive. Most organic natural dyes need a fixing 
agent (mordant) to impart their color. 


Inorganic colorants are insoluble, so by definition, 
they are pigments. This group of colorants is of min- 
eral origin—elements, oxides, gemstones, salts, and 
complex salts. The minerals are pulverized and mixed 
with a dispersing or spreading agent. Sometimes heat- 
ing the minerals produces different hues. 


Synthetic colorants 


Organic and inorganic colorants can be produced 
synthetically. Synthetic organic and inorganic colo- 
rants are copies of vegetable, animal, and mineral- 
based colorants, and are made in a laboratory. Until 
the nineteenth century, all colorants were of natural 
origin. The first synthetically made commercial colo- 
rant, mauve, was developed from aniline, a coal tar 
derivative, by English chemist Sir William Henry 
Perkin (1838-1907) in 1856. Today, chemists arrange 
and manipulate complex organic compounds to make 
dyes of all colors. Synthetic dyes, made in a con- 
trolled atmosphere, are without impurities and the 
colors are more consistent from batch to batch. 
Natural dyes still have some commercial value to 
craftspeople, but synthetic colorants dominate the 
manufacturing industry. 


Pigments 


The color of a pigment is deposited when the 
spreading agent dries or hardens. The physical property 
of a pigment does not change when it is mixed with the 
agent. Some organic dyes can be converted into pig- 
ments. For example, dyes that have salt groups in their 
chemical structure can be made into an insoluble salt by 


1398 


replacing the sodiummolecule with a calcium molecule. 
Dyes that depend on chemical treatment to become 
soluble, such as indigo, can also be used as pigments. 
Pigments are also classified, in addition to classification 
mentioned above, by their color—white, transparent, 
or colored. 


Pigments are also used for other purposes than 
just coloring a medium. Anticorrosive pigments, such 
oxides of lead, are added to paint to prevent the rust- 
ing of objects made of iron. Metallic pigments such as 
aluminum, bronze, and nickel are added to paints and 
plastics for decorative, glittery effects. Pulverized mica 
produces a sparkle effect and bismuth oxychloride 
gives a pearlescent appearance to paints and 
cosmetics. 


Luminous pigments have the ability to radiate 
visible light when exposed to various energy sources. 
The luminous pigments that emit light after exposure 
to a light source and placed in the dark are called 
phosphorescent or commonly, glow-in-the-dark. 
Phosphorescent pigments are made from zinc or cal- 
cium sulfides and other mineral additives that produce 
the effect. Another good example of how dyes are 
made into pigments are some of the fluorescent pig- 
ments. Fluorescent pigments are those that are so 
intense that they have a glowing effect in daylight. 
These pigments are added to various resins, ground 
up, and used as a pigment. Some fluorescent pigments 
are illuminated by an ultraviolet light source (black 
light). 


Dyes 


Dyes are dissolved in a solution and impart their 
color by staining or being absorbed. What makes one 
organic source a dye and another not a dye depends on 
a particular group of atoms called chromophores. 
Chromophores include the azo group, thio group, 
nitroso group, carbonyl group, nitro group, and 
azoxy group. Other groups of atoms called auxo- 
chromes donate or accept electrons and attach to the 
dye molecule, enhance the color and increase solubil- 
ity. Auxochrome groups include amino, hydroxyl, sul- 
fonic, and substituted amino groups. 


Other than chemical structure, dyes are classified 
by their dyeing properties. There are a great number 
of dyes and a greater number of fibers and materials 
that incorporate colorants in their manufacture. 
Certain dyes are used for specific materials depending 
on the chemical properties of the dye and the physical 
properties of the material to be dyed, or dyeing 
properties. Dyeing properties are categorized as 
basic or cationic, acid and premetalized, chrome 
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and mordant, direct, sulfur, disperse, vat, azoic, and 
reactive dyes. 


Utilization 


Every manufactured object is colored by a dye 
or pigment. There are about 7,000 dyes and pigments, 
and new ones are patented every year. Dyes are used 
extensively in the textile industry and paper industry. 
Leather and wood are colored with dyes. Food is often 
colored with natural dyes or with a synthetic dye 
approved by a federal agency. Petroleum-based prod- 
ucts such as waxes, lubricating oils, polishes, and gaso- 
line are colored with dyes. Pigments usually color 
plastics, resins, and rubbers. Dyes are used to stain bio- 
logical samples, fur, and hair. Special dyes are added to 
photographic emulsions for color photographs. 
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Dynamics see Newton’s laws of motion 


l Dysentery 


Dysentery, which was historically called bloody 
flux or flux, is an infectious disease that involves severe 
diarrhea along with blood within the feces. The illness 
has ravaged armies and prisoner-of-war camps 
throughout history. The disease still is a major prob- 
lem in tropical countries with primitive sanitary facili- 
ties. Refugee camps in Africa resulting from many civil 
wars are major sinks of infestation for dysentery. 


Shigellosis 


The acute form of dysentery, called shigellosis 
or bacillary dysentery, is caused by the bacillus (bac- 
terium) of the genus Shigella, which is divided into 
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four subgroups and distributed worldwide. Type A, 
Shigella dysenteriae, is a particularly virulent species. 
Infection begins from the solid waste from someone 
infected with the bacterium. Contaminated soil or 
water that gets on the hands of an individual often is 
conveyed to the mouth, where the person contracts the 
infection. Flies help to spread the bacillus. 


Young children living in primitive conditions of 
overcrowded populations are especially vulnerable to 
the disease. Adults, though susceptible, usually will 
have less severe disease because they have gained a 
limited resistance. Immunity as such is not gained by 
infection, however, since an infected person can 
become re-infected by the same species of Shigella. 


Once the bacterium has gained entrance through 
the mouth it travels to the lower intestine (colon) 
where it penetrates the mucosa (lining) of the 
intestine. In severe cases the entire colon may be 
involved, but usually only the lower half of the colon 
is involved. The incubation period is one to four 
days, that is the time from infection until symptoms 
appear. 


Symptoms may be sudden and severe in children. 
They experience abdominal pain or distension, fever, 
loss of appetite, nausea, vomiting, and diarrhea. Blood 
and pus will appear in the stool, and the child may pass 
20 or more bowel movements a day. Left untreated, 
he/she will become dehydrated from loss of water and 
will lose weight rapidly. Death can occur within 
12 days of infection. If treated or if the infection is 
weathered, the symptoms will disappear within 
approximately two weeks. 


Adults experience a less severe course of disease. 
They will initially feel a griping pain in the abdomen, 
develop diarrhea, though without any blood in the 
stool at first. Blood and pus will appear soon, how- 
ever, as episodes of diarrhea recur with increasing 
frequency. Dysentery usually ends in the adult within 
four to eight days in mild cases and up to six weeks in 
severe infections. 


Shigella dysenteriae brings about a particularly 
virulent infection that can be fatal within 12 to 24 
hours. The patient has little or no diarrhea, but expe- 
riences delirium, convulsions, and lapses into a coma. 
Fortunately infection with this species is uncommon. 


Treatment of the patient with dysentery usually is 
by fluid therapy to replace the liquid and electrolytes 
lost in sweating and diarrhea. Antibiotics may be used, 
but some Shigella species have developed resistance to 
them, so they may be relatively ineffective. Fluid ther- 
apy should be tendered with great care because 
patients often are very thirsty and will overindulge in 
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fluids if given access to them. A hot water bottle may 
help to relieve abdominal cramps. 


Some individuals can harbor the bacterium with- 
out having symptoms. Like those who are convales- 
cent from the disease, the carriers without symptoms 
can spread the disease. This action may occur by 
someone with improperly washed hands preparing 
food, which becomes infected with the organism. 


Amebic dysentery 


Another form of dysentery called amebic dysen- 
tery or intestinal amebiasis is spread by a protozoan, 
Entamoeba histolytica. The protozoan occurs in an 
active form, that which infects the bowel, and an 
encysted form, that which forms the source of infec- 
tion. If the patient develops diarrhea the active 
form of amoeba will pass from the bowel and rapidly 
die. If no diarrhea is present the amoeba will form 
a hard cyst about itself and pass from the bowel to 
be picked up by another victim. Once ingested it will 
lose its shell and begin the infectious cycle. Amebic 
dysentery can be waterborne, so anyone drinking 
infested water that is not purified is susceptible to 
infection. 


Amebic dysentery is common in the tropics and 
relatively rare in temperate climates. Infection may be 
so subtle as to be practically unnoticed. Intermittent 
bouts of diarrhea, abdominal pain, flatulence, and 
cramping mark the onset of infection. Spread of infec- 
tion may occur with the organisms entering the liver, 
so abdominal tenderness may occur over the area of 
the liver. Because the amoeba invades the lining of the 
colon, some bleeding may occur, and in severe infec- 
tions the patient may require blood transfusions to 
replace that which is lost. 


Treatment again is aimed at replacement of lost 
fluids and the relief of symptoms. Microscopic exami- 
nation of the stool will reveal the active protozoan or 
its cysts. Special medications aimed at eradicating the 
infectious organism may be needed. 


An outbreak of amebic dysentery can occur seem- 
ingly mysteriously because the carrier of the amoeba 
may be without symptoms, especially in a temperate 
zone. This can be a person with inadequate sanitation 
who can spread the disease through food that he/she 
has handled. Often the health officials can trace a 
disease outbreak back to a single kitchen and then 
test the cooks for evidence of amebic dysentery. 


Before the idea of the spread of infectious agents 
was understood, dysentery often was responsible for 
more casualties among the ranks of armies than was 
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actual combat. It also was a constant presence among 
prisoners who often died because little or no medical 
assistance was available to them. It is still a condition 
present throughout the world that requires vigilance. 
Prevention is the most effective means to maintain the 
health of populations living in close quarters. Hand 
washing, especially among food preparation person- 
nel, and water purification are the most effective 
means of prevention. Adequate latrine facilities also 
help to contain any infectious human waste. A care- 
fully administered packet of water and electrolytes to 
replace those lost can see a child through the infection. 


See also Digestive system. 


Larry Blaser 


[ Dyslexia 


Dyslexia is a disorder that falls under the broad 
category of learning disabilities. It is often described as 
a neurological syndrome in which otherwise normal 
people have difficulty reading and writing. Dyslexia is 
not defined exactly the same by specialists in the 
United States. However, the key feature in all defini- 
tions, whether it comes from the U.S. federal govern- 
ment, the World Health Organization, or other 
organizations, seems to be the person’s inability to 
read properly. The word dyslexia is derived from the 
Greek word dys (meaning poor or inadequate) and the 
word /exis (meaning words or language). Frequently, 
dyslexia is defined by what it is not—dyslexia is not 
mental retardation, a psychiatric or emotional disor- 
der, or a vision problem. Dyslexia is not caused by 
poverty, psychological problems, lack of educational 
opportunities, or laziness; those who are identified as 
dyslectic have normal or above-normal intelligence, 
normal eyesight, and tend to come from average 
families. 


There are dozens of symptoms associated with 
dyslexia. In reading and writing, those with dyslexia 
may skip words, reverse the order of letters in a word 
(for instance, writing or reading “was” for “saw’’), or 
drop some letters from a word (for example, reading 
“run” instead of “running”). They may concoct 
strange spellings for common words, have difficulty 
remembering and following sequences (like reciting 
the alphabet in order), and have cramped, illegible 
handwriting. There is often a gap between what the 
person seems to be capable of doing and performance; 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A student with dyslexia has difficulty copying words. (© Will & 
Deni McIntyre/Science Source, National Audubon Society 
Collection/ Photo Researchers, Inc.) 


it is not unusual for a student with dyslexia to earn 
straight As in science and fail English. 


Reading and the brain 


Austrian physiologist, medical doctor, psycholo- 
gist Sigmund Freud (1856-1939) wrote in 1900 that 
painful childhood experiences or hatred of one or both 
parents caused dyslexia. He reasoned that children 
who could not openly rebel against a harsh mother 
or father defied their parents by refusing to learn to 
read. Freud recommended psychoanalysis to resolve 
such emotional problems. 


Today, experts reject the psychoanalytic explana- 
tion of dyslexia. Sophisticated brain imaging technology 
known as functional magnetic resonance imaging 
(fMRI) clearly shows inactivity in a large area that 
links the angular gyrus—the visual cortex and visual 
association areas where print or writing is interpreted— 
to areas in the superior temporal gyrus (Wernicke’s area) 
where language and phonetics are interpreted. In addi- 
tion, during phonologic reading tasks, the area associ- 
ated with spoken language (Broca’s area) showed 
activation in dyslexic readers where it did not in normal 
readers. Researchers believe this area may attempt to 
compensate for impairments in Wernicke’s area. 


Investigators have studied those with brain lesions 
(abnormal growths such as tumors) in Wernike’s area. 
Although they had no reading difficulties before the 
lesion was large enough to detect, patients with brain 
lesions developed reading problems identical to those 
associated with dyslexia. Those with dyslexia also tend 
to have rapid, jerky, hard-to-control eye movements 
when they read—another indication of a misfire in the 
brain. 
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How humans read 


Reading is a complicated chain of events coordi- 
nated in the brain. Imagine a busy, computerized rail- 
road yard: trains pull in on hundreds of tracks from all 
directions. The cargo of each train is documented in a 
central tower and, then it is matched with a destination 
and assigned to one of dozens of tracks. Some trains 
may be sent to a holding area until their cargo is 
needed; others may be routed so they can make multi- 
ple stops. The computer system must analyze hun- 
dreds of pieces of information for each train pulling 
in, each train pulling out—so even a brief power fail- 
ure can clog the railroad yard with thousands of trains, 
blocked from reaching their destination. 


Scientists suspect a similar power failure in the 
brain is the cause of dyslexia. In normal reading, the 
eye sends pictures of abstract images (the printed 
word) to the brain. Each symbol is routed to various 
portions of the brain for processing or storage, sym- 
bols are interpreted and combined in combinations 
that make sense, then transferred to other portions 
of the brain that recognize the importance of the mes- 
sages. Sometimes the messages are relayed to the lips, 
tongue, and jaw—reading aloud—or the fingers and 
hands—writing. 


Investigators have identified three major tracks 
(routes) for sending written messages to the brain for 
interpretation. The phonic route recognizes individual 
letters and, over time, builds a list of groups of letters 
that generally appear together. The direct route is a 
mental dictionary of whole words recognized as a unit; 
the lexical route breaks strings of letters into a base 
word, prefixes, and suffixes. The lexical route might, 
for example, break the word together into “to-get-her.” 
The areas of the brain are responsible for channeling 
words along these different routes, processing them, 
and then moving them along as a message that makes 
sense. They must coordinate thousands of pieces of 
information in normal reading. These bits of informa- 
tion are moved through the brain over neurons, the 
roadways of the nervous system, on neurotransmitters, 
naturally occurring chemicals that make it possible 
for messages to travel from one nerve cell to the next. 
In dyslexia, something jams the signals in the brain 
and interferes with the interpretation of the written 
word. 


Causes of dyslexia 


Researchers generally agree that genetics play a 
role in dyslexia. Studies of twins show that if one twin 
is dyslexic, the other is far more likely to have the 
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disorder. Other studies show that dyslexia, that affects 
about 8% of the world population, tends to run in 
families. It is common for a child with dyslexia to 
have a parent or other close relative with the disorder. 
In the United States and England, about 10% of the 
population has dyslexic tendencies, where about 4% are 
severe and the other 6% are moderate in nature. In the 
United States, the major cause of illiteracy is dyslexia. 


Because dyslexia affects males far more often than 
females (the rate is about three to one), investigators 
are exploring the relationship of male hormones to 
dyslexia. Several studies indicate that an excess of the 
male hormone testosterone prior to birth may slow the 
development of the left side of the fetus’s brain. Other 
researchers argue, however, that those with dyslexia 
rarely have problems with spoken language, which is 
also controlled by the left side of the brain and 
depends on some of the same areas that control read- 
ing and writing. 


Treating dyslexia 


Those with mild cases of dyslexia sometimes learn 
to compensate on their own, and many with dyslexia 
reach remarkable levels of achievement. Leonardo Da 
Vinci (1452-1519), the famous Renaissance inventor 
and artist who painted the Mona Lisa, is thought to 
have been dyslexic; so was German—American phys- 
icist Albert Einstein (1879-1955). 


The severity of the disorder, early diagnosis, and 
prompt treatment seem to be the keys to overcoming 
the challenges of dyslexia. Linguistic and reading spe- 
cialists can help those with dyslexia learn how to break 
reading and writing into specific tasks, how to better 
remember and apply reading skills, and how to inde- 
pendently develop reading and writing skills. Studies 
with community college students indicate that inten- 
sive sessions with a specialist significantly increase a 
student’s reading and writing skills, and experts 
believe earlier intervention is even more effective. 


Although dyslexia occurs independently, it can 
spark social, behavioral, and emotional problems. 
Children with dyslexia may be frustrated by their inabil- 
ity to understand and embarrassed by their failure in the 
classroom. They may perceive themselves as stupid and 
develop problems with self-esteem and motivation. 


Future developments 


There is no cure for dyslexia, however, skilled 
specialists are using phonics, self-esteem techniques, 
and sequencing to reduce the severity of the problem. 
Researchers are also exploring the use of various drugs 
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Angular gyrus—A portion of the brain directly 
related to reading, located in the left side of the 
brain. 


Frontal lobe—A portion of the brain that controls 
planning, problem solving, and writing. Broca’s 
area (the part of the brain that coordinates the 
movements of muscles used in speech) is located 
in the frontal lobe. 


Occipital lobe—The portion of the brain that 
accepts visual signals and combines and interprets 
them. 


Wernicke’s area—The portion of the left side of the 
brain that stores and retrieves words and word 
patterns. 


known to affect chemical activity in the brain. 
Although MRI can not yet be used as a diagnostic 
tool, its use has proven the neurobiologic root to dys- 
lexia and may help in devising methods of treatment. 
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A. Mullig 


E Dysplasia 


Dysplasia is a combination of two Greek words; 
dys, which means difficult or disordered; and plassein, 
to form. In other words, dysplasia is the abnormal or 
disordered formation or appearance of certain 
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structures. In medicine, dysplasia refers to cells that 
have acquired an abnormality in their form, size, or 
orientation with respect to each other. 


Dysplasia may occur as the result of any number 
of stimuli. Sunburned skin, for example, is dysplastic, 
but will correct itself as the sunburned skin heals itself. 
Any source of irritation causing inflammation of an 
area will result in temporary dysplasia. If the source of 
irritation is removed the dysplasia will rectify itself, 
and cell structure and organization will return to 
normal. 


Unfortunately, dysplasia can become permanent. 
This condition can occur when a source of irritation 
to a given area cannot be identified and corrected, or 
for completely unknown reasons. The continually 
worsening area of dysplasia (or pre-neoplastic or 
pre-cancerous change) can develop into an area of 
malignancy (cancer). A tendency toward dysplasia 
can be genetic and/or can result from exposure to 
irritants or toxins, such as cigarette smoke, viruses, 
or chemicals. 


The Pap smear (also known as a Papanicolaou 
smear test or cervical smear test), a simple medical 
procedure commonly performed on women, is a test 
for cervical dysplasia in a woman’s cervix (the small 
organ connecting the vagina and the uterus). The 
degree of dysplasia present in cervical cells can indi- 
cate progression to a cancerous condition. With the 
Pap smear, the death rate from cervical cancer in 
woman has been reduced by over 70% since the 
1940s, the period in which it was introduced by 
Greek-American physician and researcher George 
Papanicolaou (1883-1962). 


Dysprosium see Lanthanides 


] Dystrophinopathies 


Dystrophinopathies are progressive hereditary 
degenerative diseases (often called muscular dystro- 
phies) of skeletal muscles due to an absence or defi- 
ciency of the protein dystrophin. 


Dystrophin and the associated proteins form a 
complex system that connects the intracellular cytos- 
keleton to the extracellular matrix. The normal oper- 
ation of this system is critical for maintaining the 
integrity of the delicate, elastic muscle membrane (sar- 
colemma) and the muscle fiber. The responsible gene is 
located on the short arm of the X chromosome at locus 
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Xp21. It is an extremely large gene, comprising more 
than 2.5 million base pairs and 79 exons. The dystro- 
phin gene produces several isoforms (alternative forms 
of a protein) of dystrophin. Seven distinct promoters 
have been identified, each driving a tissue-specific 
dystrophin. 


The most common mechanisms of mutation are 
deletions and duplications largely clustered in the “hot 
spot,” a DNA sequence associated with an abnormally 
high frequency of mutation or recombination, 
between exons 44 and 49. Whether the deletion is in 
the reading frame or out of frame determines whether 
dystrophin is absent from the muscle or present in a 
reduced, altered form. This has an important clinical 
significance because the former is usually associated 
with the severe Duchenne’s variety of the disease 
(DMD), whereas the latter situation may cause the 
milder Becker’s variant (BMD). Thirty to 40% of 
DMD/BMD cases are associated with point muta- 
tions in the dystrophin gene. 


In approximately two-thirds of cases, the dystro- 
phin gene defect is transmitted to affected boys by 
carrier females following the pattern of Mendelian 
X-linked recessive inheritance. However, in one-third 
of cases, the defect arises as a result of a new mutation 
in the germ cells of parents or during very early 
embryogenesis. 


DMD occurs at a frequency of one per 3,500 live 
births. The child who appears healthy at birth devel- 
ops the initial symptoms around age five. Symptoms 
include clumsy gait, slow running, difficulty in getting 
up from the floor, difficulty in climbing stairs, and a 
waddling gait. Mental subnormality, if it occurs, is not 
progressive and is presumed to be due to the lack of 
brain dystrophin. The progression of muscle weakness 
and loss of function for the activities of daily living is 
relentless. In the typical situation, the child loses the 
ability to walk independently by age 9-12 years. 
Despite all therapeutic efforts, most patients die dur- 
ing the third decade. 


BMD is an allelic variant of DMD in which 
the mutation of the dystrophin gene produces a 
reduced amount of truncated dystrophin that is not 
capable of maintaining the integrity of the sarco- 
lemma. However, the pace of muscle fiber loss is con- 
siderably slower than in DMD, which is reflected in a 
less severe clinical phenotype. The illness usually 
begins by the end of the first or at the beginning of 
the second decade. These boys, however, continue to 
walk independently past the age of 15 years and may 
not have to use a wheelchair until they are in their 
twenties or even later. In some people carrying a 
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Dystrophinopathies 


mutation in the dystrophin gene, no muscular symp- 
toms are present at all. 


Confirmation of clinical diagnosis of DMD/BMD 
is largely based on deletion analysis of DNA. In the 
30% of patients in whom a deletion is not found, a 
muscle biopsy is necessary to establish the absence of 
dystrophin by immunohistochemistry, or Western 
blotting analysis. 

Treatment of dystrophinoptahies is palliative, 
aimed at managing the symptoms in an effort to opti- 
mize the quality of life. Gene therapy which is oriented 
towards replacement of the defective dystrophin gene 
with a wild-type one (or a functionally adequate one) 
or upregulation of the expression of the surrogate 
molecules such as utrophin is still in the research 
phase. 


Prevention of dystrophinopathies is based on 
genetic counseling and molecular genetic diagnosis. 
Female carriers can namely opt for prenatal diagnosis 
(evaluation in the first trimester of pregnancy of 
whether the fetus has inherited the mutation) or even 
preimplantation genetic analysis of the embryo. In the 
last case, fertilization in vitro is followed by isolation 
and genetic testing of the single cell from the few-cell- 
stage embryo. The embryo is implanted into the uterus 
if no dystrophin gene defect is found. 
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See also Genetic disorders; Genetic engineering. 
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| e (number) 


The mathematical constant, e, is the base for the 
natural logarithm. It is sometimes also called Euler’s 
number after Swiss mathematician Leonhard Euler 
(1707-1783) and Napier’s constant after Scottish 
mathematician John Napier (1550-1617). 


The number e, like the number pi (the ratio of the 
circumference to the diameter of a circle), is a useful 
mathematical constant. Its value correct to ten places 
is 2.7182818284... The number e is used in complex 
equations to describe a process of growth or decay. It 
is, therefore, utilized in such fields as biology, busi- 
ness, demographics, physics, and engineering. 


The number e is widely used as the base in the 
exponential function y = CeX*. There are extensive 
tables for e*, and scientific calculators usually include 
an e* key. In calculus, one finds that the slope of the 
graph of e* at any point is equal to e* itself, and that 
the integral of e* is also e* plus a constant. 


Exponential functions based on e are also closely 
related to sines, cosines, hyperbolic sines, and hyper- 
bolic cosines: e* = cos x + isin x; and e* = cosh x + 
sinh x. Here i is the imaginary number /—1 . From the 
first of these relationships, one can obtain the curious 
equation e™ + 1 = 0, which combines five of the most 
important constants in mathematics. 


The constant e appears in many other formulae in 
statistics, science, and elsewhere. It is the base for 
natural (as opposed to common) logarithms. That is, 
ife* = y, then x = Iny. (The term In x is the symbol for 
the natural logarithm of x.) Therefore, In x and e* are 
inverse functions. 


The expression (1 + 1/n)" approaches the number e 
more and more closely as n is replaced with larger and 
larger values. For example, when n is replaced in turn 
with the values 1, 10, 100, and 1000, the expression 
takes on the values 2, 2.59, ..., 2.70, ..., and 2.717, .... 
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Calculating a decimal approximation for e by 
means of this definition requires one to use very large 
values of n, and the equations can become quite com- 
plex. A much easier way is to use the Maclaurin series 


for e*:e* = 1 + x/1! + x?/2! + x3/3! + x4/4! + .... By 
letting x equal 1 in this series, one getse = 1 + 1/1 + 
1/2 + 1/6 + 1/24 + 1/120 + .... The first seven terms 


will yield a three-place approximation; the first 12 
will yield nine places. Eventually, twenty decimal 
places can be reached; thus, e approximately equals 
2.71828182845904523536. 


l Eagles 


Eagles are large, diurnal birds of prey in the family 
Accipitridae, which also includes kites, harriers, gos- 
hawks, sparrowhawks, buzzards and other broad- 
winged hawks, vultures, and the osprey. The accipi- 
trids are in the order Falconiformes, which also 
includes falcons, caracaras, and the secretary bird. 


Like all of these predatory birds, eagles have 
strong, raptorial (or grasping) talons, a large hooked 
beak, and extremely acute vision. Eagles are broadly 
distinguished by their great size, large broad wings, 
wide tail, and their soaring flight. Their feet are large 
and strong, armed with sharp claws, and are well- 
suited for grasping prey. Some species of eagles are 
uniformly dark brown colored, while others have a 
bright, white tail or head. Male and female eagles are 
similarly colored, but juveniles are generally dark. 
Female eagles are somewhat larger than males. 


Species of eagles occur on all of the continents, 
except for Antarctica. Some species primarily forage 
in terrestrial habitats, while others are fish-eating birds 
that occur around large lakes or oceanic shores. Eagles 
are fierce predators, but they also scavenge carrion 
when it is available. 
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The harpy eagle (Harpia harpyja) dwells in the forests of 
southeastern Mexico, Central America, and South America 
(as far south as Paraguay and northern Argentina), where it 
hunts monkeys, sloths, porcupines, reptiles, and large birds. 
Since it prefers virgin forest, its numbers have decreased 
wherever there is regular human access to forest habitat. 
(Robert J. Huffman. Field Mark Publications.) 


North American eagles 


The most familiar and widespread species of eagle 
in North America is the bald eagle (Haliaeetus leuco- 
cephalus). Mature bald eagles have a dark brown 
body, and a white head and tail. Immature birds are 
browner and lack the bold white markings on the tail 
and head. They gradually develop the rich adult plu- 
mage, which is complete when the birds are sexually 
mature at four to five years of age. The bald eagle 
mostly feeds on fish caught or scavenged in rivers, 
lakes, ponds, and coastal estuaries. 


Bald eagles nest on huge platforms built of sticks, 
commonly located on a large tree. Because the nests 
are used from year to year, and new sticks are added 
each breeding season, they can eventually weigh 
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several tons. Northern populations of bald eagles 
commonly migrate to the south to spend their non- 
breeding season. However, these birds are tolerant of 
the cold and will remain near their breeding sites as 
long as there is open water and a dependable source of 
fish to eat. Other birds winter well south of their 
breeding range. 


The golden eagle (Aquila chrysaetos) is an uncom- 
mon species in North America, breeding in the north- 
ern tundra, in mountainous regions, and in extensively 
forested areas. The golden eagle also breeds in 
northern Europe and Asia. This species has dark 
brown plumage, and its wingspan is as great as 6.5 ft 
(2 m). These birds can prey on animals as large as 
young sheep and goats, but they more commonly 
take smaller mammals such as marmots and ground 
squirrels. 


Golden eagles nest in a stick nest built on a large 
tree or a cliff. As with the bald eagle, the nest may be 
used for many years, and may eventually become a 
massive structure. Usually, two to three white-downed 
eaglets are hatched, but it is uncommon for more than 
one to survive and fledge. It takes four to five years for 
a golden eagle to become sexually mature. 


Eagles elsewhere 


The largest species of eagle is the harpy eagle 
(Harpia harpyja) of tropical forests of South America. 
This species mostly feeds on monkeys and large birds. 
The Philippine monkey-eating eagle (Pithecophaga 


Jefferyi) and New Guinea harpy eagle (Harpyopsis 


novaguineae) are analogous species in Southeast Asia. 


The sea eagle or white-tailed eagle (Haliaeetus 
albicilla) is a widespread species that breeds in coastal 
habitats from Greenland and Iceland, through 
Europe, to Asia. This species has a dark brown body 
and white tail. Another fishing eagle (H. vocifer) 
breeds in the vicinity of lakes and large rivers in Africa. 


The imperial eagle (Aquila heliaca) and spotted 
eagle (A. clanga) are somewhat smaller versions of 
the golden eagle, breeding in plains, steppes, and 
other open habitats from central Asia to Spain and 
northwestern Africa. These birds tend to eat smaller- 
sized mammals than the golden eagle. 


The short-toed or snake eagle (Circaetus gallicus) 
breeds extensively in mountainous terrain in southern 
Europe and southwestern Asia. This species feeds on 
small mammals and snakes. Because it preys on large 
numbers of poisonous vipers, the short-toed eagle is 
highly regarded by many people living within its 
range. 
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The black eagle (Ictinaetus malayensis) is a species 
of tropical forest, ranging from India and southern 
China to the islands of Java and Sumatra in Indonesia. 


Eagles and humans 


Because of their fierce demeanor and large size, 
eagles have long been highly regarded as a symbol of 
power and grace by diverse societies around the world. 
Eagles have figured prominently in religion, mythol- 
ogy, art, literature, and other expressions of human 
culture. 


In North America, for example, the bald eagle is 
an important symbol in many Native American cul- 
tures. Many tribes believe that the feathers of this bird 
have powerful qualities, and they use these feathers to 
ornament clothing and hats, or will hold a single 
feather in the hand as a cultural symbol and source 
of strength. Various tribes of the Pacific coast know 
the bald eagle as the “thunder bird,” and they accord it 
a prominent place on totem poles. 


Today, most North Americans regard the bald 
eagle as a valued species, and it is even a national 
symbol of the United States. However, some people 
consider eagles to be pests, believing the birds to be 
predators of domestic animals such as sheep, or of 
economically important fish. For these reasons, many 
eagles have been killed using guns, traps, and poison. 
These attitudes about eagles are now in an extreme 
minority, and very few people still seek to kill these 
magnificent predators. 


However, eagles and many other species of rap- 
tors are also damaged by other, less direct, human 
influences. These include the toxic effects of insecti- 
cides used in agriculture, some of which accumulate in 
wild animals and affect them or their reproduction. 
Eagles have also been poisoned by eating poisoned 
carcasses set out to kill other scavengers, such as coy- 
otes or wolves. Eagles are also affected by ecological 
changes in their necessary breeding, migrating, and 
wintering habitats, especially damage caused by agri- 
culture, urbanization, and forestry. 


Because of these and other damaging effects of 
human activities, most of the world’s species of eagles 
are much less abundant than they were a century or so 
ago. Many local populations of these magnificent 
birds have become endangered or have actually been 
extirpated. In more extreme cases of endangerment, 
some species are at risk of total biological extinction. 
The monkey-hunting harpy eagle, for example, is a 
sparsely distributed and rare bird that requires exten- 
sive tracts of tropical rainforest in South America. It 
has been extirpated from large parts of its former 
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KEY TERMS 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Extirpated—The condition in which a species is 
eliminated from a specific geographic area of its 
habitat. 


Raptor—A bird of prey. Raptors have feet adaptive 
for seizing, and a beak designed for tearing. 


range. The harpy eagle is endangered because of defor- 
estation, hunting, and even competition with humans 
for prey. 
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Ear 


The human ear is the anatomical structure respon- 
sible for hearing and balance. Humans have a pair of 
ears, as do other vertebrate animals (those animals 
with backbones). Invertebrate animals lack ears but 
possess other structures or organs that function in 
similar ways as ears. The human ear consists of three 
parts: the outer, middle, and inner ears. 


Outer ear 


The outer ear collects sounds from the environment 
and funnels them through the auditory system. The outer 
ear is composed of three parts, the pinna (or auricle), the 
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The anatomy of the human ear. (Hans & Cassidy. Courtesy of Gale Group.) 


external auditory canal (or external auditory meatus), 
and the tympanic membrane (or eardrum). 


Pinna 
The two flap-like structures on either side of the 


head commonly called ears are actually the pinnas of 
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the outer ear. Pinnas are skin-covered cartilage, not 
bone, and are therefore flexible. The lowest portion of 
the pinna is called the lobe or lobule and is the most 
likely site for the wearing of earrings. The pinnas 
of most humans cannot move, but these structures 
are very mobile in other mammals, such as cats and 
dogs. 
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External auditory canal 


The external auditory canal is a passageway in the 
temporal lobe of the skull that begins at the ear and 
extends inward and slightly upwards. In the adult 
human it is lined with skin and hairs and is approx- 
imately | in (2.5 cm) long. 


The outer one-third portion of the canal is lined 
with a membrane containing ceruminous (ear wax pro- 
ducing) cells, and hair cells. The purpose of the ceru- 
men and hairs is to protect the eardrum (which lies at 
the end of the canal) by trapping dirt and foreign bodies 
and keeping the canal moist. In most individuals, clean- 
ing of the external auditory canal (with Q-tips®, for 
example) is not needed. The inner two-thirds of the 
external auditory canal contains no glands or hair cells. 


Tympanic membrane/eardrum 


The human tympanic membrane or eardrum is a 
thin, concave membrane stretched across the inner end 
of the external auditory canal much like the skin cover- 
ing the top of a drum. The eardrum marks the border 
between the outer ear and middle ear. The eardrum 
serves as a transmitter of sound by vibrating in response 
to sounds traveling down the external auditory canal, 
and beginning sound conduction in the middle ear. 


In the adult human, the tympanic membrane has a 
total area of approximately 0.1 sq in (63 sq mm), and 
consists of three layers which contribute to the mem- 
brane’s ability to vibrate while maintaining a protec- 
tive thickness. The middle point of the tympanic 
membrane (the umbo) is attached to the stirrup, the 
first of three bones contained within the middle ear. 


Middle ear 


The middle ear transmits sound from the outer ear 
to the inner ear. The middle ear consists of an oval, air- 
filled space approximately 0.12 cubic in (2 cubic cm) in 
volume. The middle ear can be thought of as a room, 
the outer wall of which contains the tympanic mem- 
brane. The back wall, separating the middle ear from 
the inner ear, has two windows, the oval window and 
the round window. There is a long hallway leading 
away from the side wall of the room, known as the 
eustachian tube. The brain lies above the room and the 
jugular vein lies below. The middle ear is lined entirely 
with mucous membrane (similar to the nose) and is 
surrounded by the bones of the skull. 


Eustachian tube 


The eustachian tube connects the middle ear to 
the nasopharynx. This tube is normally closed, opening 
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only because of muscle movement during yawning, 
sneezing, or swallowing. The eustachian tube allows 
for air pressure equalization, permitting the air pressure 
in the middle ear to match the air pressure in the outer 
ear. The most noticeable example of eustachian tube 
function occurs when there is a quick change in altitude, 
such as when an airplane takes off. Prior to takeoff, the 
pressure in the outer ear is equal to the pressure in the 
middle ear. When the airplane gains altitude, the air 
pressure in the outer ear decreases while the pressure 
in the middle ear remains the same. This action causes 
the ear to feel plugged. In response to this the ear may 
pop. The popping sensation is actually the quick open- 
ing and closing of the eustachian tube, and the equal- 
ization of pressure between the outer and middle ear. 


Bones/ossicles and muscles 


Three tiny bones (the ossicles) in the middle ear 
form a chain which conducts sound waves from the 
tympanic membrane (outer ear) to the oval window 
(inner ear). The three bones are the hammer (malleus), 
the anvil (incus), and the stirrup (stapes). These bones 
are connected and move as a link chain might, causing 
pressure at the oval window and the transmission of 
energy from the middle ear to the inner ear. Sound 
waves cause the tympanic membrane to vibrate, which 
sets up vibrations in the ossicles, which amplify the 
sounds and transmits them to the inner ear via the oval 
windows. 


In addition to bones, the middle ear houses the 
two muscles, the stapedius and the tensor tympani, 
which respond reflexively, that is, without conscious 
control. 


Inner ear 


The inner ear is responsible for interpreting and 
transmitting sound (auditory) sensations and balance 
(vestibular) sensations to the brain. The inner ear is 
small (about the size of a pea) and complex in shape, 
where its series of winding interconnected chambers, 
has been compared to (and called) a labyrinth. The 
main components of the inner ear are the vestibule, 
semicircular canals, and the cochlea. 


Vestibule 


The vestibule, a round open space that accesses 
various passageways, is the central structure within 
the inner ear. The outer wall of the vestibule contains 
the oval and round windows (which are the connection 
sites between the middle and inner ear). Internally, the 
vestibule contains two membranous sacs, the utricle 
and the saccule, which are lined with tiny hair cells and 
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KEY TERMS 


Auricle—Also called pinna or external ear, it is the 
flap-like organ on either side of the head. 


Cerumen—Also known as ear wax, it is an oily, 
fatty fluid secreted from glands within the external 
auditory canal. 


Cochlea—A snail-shaped structure in the inner ear 
that contains the anatomical structures responsible 
for hearing. 


Eustachian tube—A passageway leading from the 
middle ear to the nasopharynx or throat. 


External auditory canal—Also called a meatus, it is 
the tunnel or passageway that begins from the 
external ear and extends inward towards the 
eardrum. 


Organ of Corti—A structure located in the scala 
media of the cochlea that contains hair cells 
responsible for hearing. 


Ossicles—Three tiny, connected bones located in 
the middle ear. 


Stapedius muscle—A muscle located in the middle 
ear that reflexively contracts in response to loud 
sounds. 


Tympanic membrane—Also known as the ear- 
drum, it is a thin membrane located at the end of 
the external auditory canal, which separates the 
outer ear from the middle ear. 


Vestibular system—System within the body that is 
responsible for balance and equilibrium. 


attached to nerve fibers, and serve as the vestibular 
(balance/equilibrium) sense organs. 


Semicircular canals 


Attached to the utricle within the vestibular por- 
tion of the inner ear are three loop-shaped, fluid-filled 
tubes called the semicircular canals. The semicircular 
canals are named according to their location (lateral, 
superior, and posterior) and are arranged perpendicu- 
lar to each other, like the floor and two corner walls of 
a box. The semicircular canals are a key part of the 
vestibular system and allow for maintenance of bal- 
ance when the head or body rotates. 


Cochlea 


The cochlea is the site of the sense organs for 
hearing. The cochlea consists of a bony, snail-like 
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shell that contains three separate fluid-filled ducts or 
canals. The upper canal, the scala vestibuli, begins at 
the oval window, while the lower canal, the scala 
tympani, begins at the round window. Between the 
two canals lies the third canal, the scala media. The 
scala media is separated from the scala vestibuli by 
Reissner’s membrane and from the scala tympani by 
the basilar membrane. The scala media contains the 
organ of Corti, (named after the nineteenth century 
anatomist who first described it). The organ of Corti 
lies along the entire length of the basilar membrane. 
The organ contains hair cells and is the site of the 
conversion of sound waves into nerve impulses, 
which are sent to the brain, for auditory interpretation 
along cranial nerve VIII, also known as the auditory 
nerve. 
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| Earth 


Earth is a rocky ball orbiting the sun with its large 
natural satellite, the moon. Most of the Earth’s sur- 
face, about 70%, is covered with water. It has an 
atmosphere that consists mostly of nitrogen and oxy- 
gen with trace levels of water vapor, and supports 
life—the only place in the universe known, so far, to 
do so. A complete revolution of Earth around the sun 
takes about one year, while a complete rotation on its 
axis takes one day. The surface of Earth is constantly 
changing, as the continents slowly drift about on the 
turbulent mass of partially molten rock beneath them, 
the mantle. Collisions between landmasses build 
mountains, and erosion (the movement of material 
by water and air) wears them down. 
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The coastlines of Africa, Antarctica, and Arabia are visible in this photo of Earth taken in December, 1972, by Apollo 17. (U. S. 
National Aeronautics and Space Administration [NASA]) 


Physical parameters of Earth 


Earth is the third of eight planets in our solar 
system. It orbits the sun at a distance of about 
93,000,000 mi (150,000,000 km), taking 365.25 days 
to complete one revolution. Earth is fairly small by 
planetary standards; its diameter of 7,921 mi (12,756 
km) is only about one-tenth that of Jupiter. Its mass is 
2.108 x 107° oz (about six trillion kg), and it maintains 
a stable elliptical orbit around the sun by moving 
at about 19 mi (30 km) per second. Its mean density 
is 5.5 grams per cubic centimeter (compared to 1 g/em* 
for water). Unlike the major outer planets Saturn, 
Jupiter, Uranus, and Neptune, which are composed 
mainly of light gases, Earth is made of heavy elements 
such as iron and nickel, and is therefore much more 
dense. These characteristics—small and dense—are 
typical of the inner four rocky or terrestrial planets, 
Mercury, Venus, Earth, and Mars. 


The formation of Earth 


About 4.5 billion years ago, the sun was born from 
a contracting cloud of interstellar gas. The cloud heated 
as it shrank, until its central part blazed forth as the 
mature, stable star that exists today. As the sun formed, 
the surrounding gas cloud flattened into a disk. In this 
disk the first solid particles formed and then grew as 
they accreted additional matter from the surrounding 
gas. Soon sub-planetary bodies, called planetesimals, 
built up, and then they collided and merged, forming 
the planets. The high temperatures in the inner solar 
system ensured that only the heavy elements, those that 
form rock and metal, could survive in solid form. 


Thus were formed the small, dense terrestrial 
planets. Hot at first due to the collisions that formed 
it, Earth began to cool. Its components began to dif- 
ferentiate, or separate themselves according to their 


Earth 


density, much as the ingredients in a bottle of salad 
dressing will separate if allowed to sit undisturbed. To 
Earth’s core went the heavy abundant elements, iron 
and nickel. Outside the core were numerous elements 
compressed into a dense but pliable substance called 
the mantle. Finally, a thin shell of cool, silicon-rich 
rock formed at Earth’s surface: the crust, or litho- 
sphere. Formation of the crust from the initial molten 
blob took half a billion years. 


Earth’s atmosphere formed as a result of outgas- 
sing of carbon dioxide from its interior, and accretion 
of gases from space, including elements brought to 
Earth by comets. The lightest elements, such as helium 
and most of the hydrogen, escaped to space, leaving 
behind an early atmosphere consisting of hydrogen 
compounds such as methane and ammonia as well as 
water vapor and nitrogen- and sulfur-bearing com- 
pounds released by volcanoes. Carbon dioxide was 
also plentiful, but was soon dissolved in ocean waters 
and deposited in carbonate rocks. As the gases cooled, 
they condensed, and rains inundated the planet. The 
lithosphere was uneven, containing highlands made of 
buoyant rock such as granite, and basins of heavy, 
denser basalt. Into these giant basins the rains flowed, 
forming the oceans. Eventually life forms appeared, 
and over the course of a billion years, plants enriched 
the atmosphere with oxygen, finally producing the 
nitrogen-oxygen atmosphere we have today. 


Earth’s surface 
Land 


The lands of our planet are in a constant, though 
slow, state of change. Landmasses move, collide, and 
break apart according to a process called plate tecton- 
ics. The lithosphere is not one huge shell of rock, but is 
composed of several large pieces called plates. These 
pieces are constantly in motion, because Earth’s inte- 
rior is dynamic, with its core still molten and with 
large-scale convective currents in the upper mantle. 
The continents move about like scum islands floating 
on boiling soup, bumping into each other and separat- 
ing again. Between them, sheets of relatively short- 
lived oceanic crust arise from the mantle and sink 
again (or are pushed under by subduction) after at 
most about 200 million years. The giant furnace 
beneath all of us moves our land no more than a few 
centimeters a year, but this is enough to have profound 
consequences. 


Consider North America. The center of the con- 
tinent is the magnificent expanse of the Great Plains 
and the Canadian Prairies. Flat and wide is the land 
around Winnipeg, Topeka, and Amarillo. On the 
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eastern edge, the rolling folds of the Appalachian 
Mountains grace western North Carolina, Virginia, 
and Pennsylvania. In the west, the jagged, crumpled 
Rockies thrust skyward, tall, stark, and snow-capped. 


These two great ranges represent one of the two 
basic land-altering processes: mountain building. Two 
hundred million years ago, North America was moving 
east, driven by the restless engine beneath it. In a shatter- 
ing, slow-motion collision, it rammed into what is now 
Europe and North Africa. The land crumpled, and the 
ancient Appalachians rose. At that time, they were the 
mightiest mountains on Earth. A hundred million years 
later, North America was driven back west. Now the 
western edge of the continent rumbled along over the 
Pacific plate, and about 80 million years ago, a massive 
spate of mountain building formed the Rockies. 


During the time since the Appalachians rose, the 
other land-altering process, erosion, has been hard at 
work on them. Battered by wind and water, their once 
sheer flanks have been worn into the low, rolling hills 
of today. Eventually they will be gone—and sometime 
long after that, so will the Rockies. 


Mountain building can be seen today in the 
Himalayas, which are still rising as India moves north- 
ward into the underbelly of Asia, crumpling parts of 
Nepal and Tibet nearly into the stratosphere. Erosion 
rules in Arizona’s Grand Canyon, which gradually is 
deepening and widening as the Colorado river slices 
now into ancient granite two billion years old. In time, 
the Canyon too will be gone. 


This unending cycle of mountain building (caused 
by movement of the crustal plates) and erosion (by wind 
and water) has formed every part of Earth’s surface 
today. Where there are mountains, as in the long 
ranks of the Andes or the Urals, there is subterranean 
conflict. Where a crustal plate rides over another one, 
burying and melting it in the hot regions below the 
lithosphere, volcanoes rise, dramatically illustrated by 
Mt. St. Helens in Washington and the other sleeping 
giants that loom near Seattle and Portland. Where lands 
lie wide and arid, they are sculpted into long, scalloped 
cliffs, as one sees in the deserts of New Mexico, Arizona, 
and Utah. Without ever being aware of it, we humans 
spend our lives on the ultimate roller coaster. 


Water 


Earth is mostly covered with water. The mighty 
Pacific Ocean covers nearly half Earth; from the 
proper vantage point in space one would see nothing 
but water, dotted here and there with tiny islands, with 
only Australia and the coasts of Asia and the Americas 
rimming the edge of the globe. 
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The existence of oceans implies that there are large 
areas of the lithosphere that are lower than others. 
This is because the entire lithosphere rides on a pliable 
layer of rock in the upper mantle called the astheno- 
sphere. Parts of the lithosphere are made of relatively 
light rocks, while others are made of heavier, denser 
rocks. Just as corks float mostly above water while ice 
cubes float nearly submerged, the less dense parts of 
the lithosphere ride higher on the asthenosphere than 
the more dense ones. Earth therefore has huge basins, 
and early in the planet’s history these basins filled with 
water condensing and raining out of the primordial 
atmosphere. Additional water was brought to Earth 
by the impacts of comets, whose nuclei are made of 
water ice. 


The atmosphere has large circulation patterns, 
and so do the oceans. Massive streams of warm and 
cold water flow through them. One of the most famil- 
iar is the Gulf Stream, which brings warm water up the 
eastern coast of the United States. 


Circulation patterns in the oceans and in the 
atmosphere are driven by temperature differences 
between adjacent areas and by the rotation of Earth, 
which helps create circular, or rotary, flows. Oceans 
play a critical role in the overall energy balance and 
weather patterns of our planet. Storms are ultimately 
generated by moisture in the atmosphere, and evapo- 
ration from the oceans is the prime source of such 
moisture. Oceans respond less dramatically to changes 
in energy input than land does, so the temperature 
over a given patch of ocean is far more stable than 
one on land. 


Earth’s atmosphere and weather 
Structure of the atmosphere 


Earth’s atmosphere is composed of nitrogen (78% 
oxygen (21%), and other gases (1%). It is only about 
50 mi (80 km) from the ground to space: on a typical, 
12 in (30 cm) globe the atmosphere would be less than 
2 mm thick. The atmosphere has several layers. The 
most dense and significant of these is the troposphere; 
all weather occurs in this layer, and commercial jets 
cruise near its upper boundary, 6 mi (10 km) above 
Earth’s surface. The stratosphere lies between 6 and 31 
mi (10 and 50 km) above, and it is here that the ozone 
layer lies. In the mesosphere and the thermosphere one 
finds aurorae occurring after eruptions on the sun; 
radio communications “bounce off” the ionosphere 
back to Earth, which is why you can sometimes pick 
up a Memphis AM radio station while you are driving 
through Montana. 
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The atmosphere is an insulator of almost miracu- 
lous stability. Only 50 mi (80 km) away is the cold of 
outer space, but the surface remains temperate. Heat is 
stored by the land and the atmosphere during the day, 
but the resulting heat radiation (infrared) from the 
surface is prevented from radiating away by gases in 
the atmosphere that trap infrared radiation. This is the 
well-known greenhouse effect, and it plays an impor- 
tant role in the atmospheric energy budget. It is for- 
tunate for us that Earth’s climate is this stable. A 
global temperature decrease of two degrees could trig- 
ger the next advance of the current ice age, while an 
increase of three degrees could melt the polar ice caps, 
submerging every coastal city in the world. 


Weather 


Despite this overall stability, the troposphere is 
nevertheless a turbulent place. It is in a state of con- 
stant circulation, driven by Earth’s rotation as well as 
the constant heating and cooling that occurs during 
each 24-hour period. 


The largest circulation patterns in the troposphere 
are the Hadley cells. There are three of them in each 
hemisphere, with the middle, or Ferrel cell, lying over 
the latitudes spanned by the continental United States. 
Northward-flowing surface air in the Ferrel cell is 
deflected toward the east by the Coriolis force, with 
the result that winds—and weather systems—move 
from west to east in the middle latitudes of the north- 
ern hemisphere. 


Near the top of the troposphere are the jet 
streams, fast-flowing currents of air that circle Earth 
in sinuous paths. If you have ever taken a commercial 
plane flight, you have experienced the jet stream: east- 
bound flights get where they are going much faster 
than westbound flights. 


Circulation on a smaller scale appears in the 
cyclones and anticyclones, commonly called low and 
high pressure cells. Lows typically bring unsettled or 
stormy weather, while highs mean sunny skies. 
Weather in most areas follows a basic pattern of alter- 
nating pleasant weather and storms, as the endless 
progression of highs and lows, generated by Earth’s 
rotation and temperature variation, passes by. This is 
a great simplification, however, and weather in any 
given place may be affected, or even dominated, by 
local features. The climate in Los Angeles is entirely 
different from that in Las Vegas, though the two cities 
are not very far apart. Here, local features—specifi- 
cally, the mountains between them—are as important 
as the larger circulation patterns. 
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Beyond the atmosphere 


Earth has a magnetic field that extends tens of 
thousands of kilometers into space and shields Earth 
from most of the solar wind, a stream of particles 
emitted by the sun. Sudden enhancements in the solar 
wind, such as a surge of particles ejected by an eruption 
in the sun’s atmosphere, may disrupt the magnetic 
field, temporarily interrupting long-range radio com- 
munications and creating brilliant displays of aurorae 
near the poles, where the magnetic field lines bring the 
charged particles close to Earth’s surface. 


Farther out, at a mean distance of about 248,400 
mi (400,000 km), is Earth’s only natural satellite, the 
moon. Some scientists feel that Earth and the moon 
should properly be considered a “double planet,” since 
the moon is larger relative to our planet than the 
satellites of most other planets. 


Life 


The presence of life on Earth is unique, as far as 
we have yet been able to detect (although most of the 
universe has not been examined due to its remoteness). 
Uncrewed spacecraft have landed on Venus, Mars, 
and Saturn’s giant moon Titan, have parachuted into 
the atmosphere of Jupiter, and have orbited or flown 
close to every other planet in the solar system except 
the dwarf planet Pluto. The most promising possibil- 
ity, Mars, yielded no unambiguous life signs to the 
automated experiments performed by the Viking 
spacecraft that landed there in 1976. Subsequent land- 
ings, as of 2006, have not been equipped to look for life 
chemistry or to examine Mars’s soils at high enough 
magnification to detect microscopic life. Nevertheless, 
most scientists believe that life is unlikely to be found 
on Mars. More promising, in some ways, are several 
moons of the outer planets, such as Europa. Europa 
and several other moons of Jupiter are now known to 
harbor subsurface oceans of warm water. Where 
liquid water exists, the chances for life are thought to 
be much higher—perhaps low, but better than zero. 


The origin of life on Earth is not understood, but a 
promising experiment was performed in 1952 that may 
hold the secret. Stanley Miller and Harold Urey simu- 
lated conditions in Earth’s early oceans, reproducing 
the surface and atmospheric conditions thought to 
have existed more than three billion years ago. A 
critical element of this experiment was simulated light- 
ning in the form of an electric arc. Miller and Urey 
found that under these conditions, amino acids, the 
essential building blocks of life, had formed in their 
primitive “sludge.” Certainly this was a long way from 
humans—or even an amoeba—but the experiment 
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KEY TERMS 


Core—tThe innermost layer of Earth’s interior. The 
core is composed of molten iron and nickel, and it 
is the source of Earth’s magnetic field. 


Erosion—One of the two main processes that alter 
Earth’s surface. Erosion, caused by water and wind, 
tends to wear down surface features such as 
mountains. 


Lithosphere—The outermost layer of Earth’s inte- 
rior, commonly called the crust. The lithosphere is 
broken into several large plates that move slowly 
about. Collisions between the plates produce 
mountain ranges and volcanism. 


Mantle—The thick layer of Earth’s interior between 
the core and the crust. 


Mountain-building—One of the two main proc- 
esses that alter Earth’s surface. Mountain-building 
occurs where two crustal plates collide and crum- 
ple, resulting in land forms thrust high above the 
surrounding terrain. 


Terrestrial planets—Planets with Earthlike charac- 
teristics relatively close to the sun. The terrestrial 
planets are Mercury, Venus, Earth, and Mars. 


Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of the Earth, also known as the 
lower atmosphere. 


proved that the early Earth may have been a place 
where organic compounds, the compounds found in 
living creatures, could form. 


Life first appeared on Earth soon after it cooled 
enough to support liquid water, about 4.6 billion years 
ago. For the first 4 billion years, life consisted only of 
single-celled organisms. For the last 600 million years, 
multicellular plants and animals have existed. Life has 
existed on dry land only for the most recent 10% of 
Earth’s history, since about 400 million years ago. 
Once life got a foothold beyond the oceans, however, 
it spread rapidly. Within 200 million years forests 
spread across the continents and the first amphibians 
evolved into dinosaurs. Mammals became dominant 
after the demise of the dinosaurs about 65 million 
years ago, and only in the last two million years have 
humans come onto the scene. 


See also Antarctica; Cartography; Continental 
drift; Earth science; Earth’s magnetic field; Earth- 
quake; Geologic time; Geology; Hydrologic cycle; 
Paleontology; South America; Volcano. 
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| Earth science 


As befits a dynamic Earth, the study of earth 
science embraces a multitude of subdisciplines. At 
the heart of earth science is the study of geology. 
Literally meaning “to study the Earth,” traditional 
geological studies of rocks, minerals, and local forma- 
tions have within the last century, especially in the 
light of the development of plate tectonic theory, 
broadened to include studies of geophysics and geo- 
chemistry that offer sweeping and powerful explana- 
tions of how continents move, to explanations of the 
geochemical mechanisms by which magma cools and 
hardens into a multitude of igneous rocks. 


Earth’s formation and the evolution of life upon 
its fragile outer crust was dependent upon the condi- 
tions established during the formation of the solar 
system. The sun provides the energy for life and drives 
the turbulent atmosphere. A study of earth science 
must, therefore, not ignore a treatment of Earth as 
an astronomical body in space. 


At the opposite extreme, deep within Earth’s inte- 
rior, radioactive decay adds to the heat left over from 
the condensation of Earth from cosmic dust. This heat 
drives the forces of plate tectonics and results in the 
tremendous variety of features that distinguish Earth. 
To understand Earth’s interior structure and dynam- 
ics, seismologists probe the interior structure with 
seismic shock waves. 
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It does not require the spectacular hurricane, 
tornado, landslide, or volcanic eruption to prove 
that Earth’s atmosphere and seas are dynamic enti- 
ties. Forces that change and shape the Earth appear 
on a daily basis in the form of wind and tides. What 
earth scientists, including meteorologists and ocean- 
ographers seek to explain—and ultimately to quan- 
tify—are the physical mechanisms of change and the 
consequences of those changes. Only by understand- 
ing the mechanisms of change can predictions of 
weather or climatic change hope to achieve greater 
accuracy. 


The fusion of disciplines under the umbrella of 
earth science allows a multidisciplinary approach to 
solving complex problems or multi-faceted issues of 
resource management. In a addition to hydrogeolo- 
gists and cartographers, a study of ground water 
resources could, for example, draw upon a wide diver- 
sity of earth science specialists. 


Although modern earth science is a vibrant field 
with research in a number of important and topical 
areas (e.g., identification of energy resources, waste 
disposal sites, etc.), the span of geological process 
and the enormous expanse of geologic time make 
critical the study of ancient processes (e.g., paleogeo- 
logical studies). Only by understanding how processes 
have shaped Earth in the past—and through a detailed 
examination of the geological record—can modern 
science construct meaningful predictions of the poten- 
tial changes and challenges that lie ahead. 


Earth, air, and water 


Earth science is the study of the physical compo- 
nents of Earth—its water, land, and air—and the 
processes that influence them. Earth science can also 
be thought of as the study of the five physical spheres 
of Earth: atmosphere (gases), lithosphere (rock), 
pedosphere (soil and sediment), hydrosphere (liquid 
water), and cryosphere (ice). As a result, earth scien- 
tists must consider interactions between all three states 
of matter—solid, liquid, and gas—when performing 
investigations. The subdisciplines of earth science are 
many, and include the geosciences, oceanography, and 
the atmospheric sciences. 


The geosciences involve studies of the solid part 
of Earth and include geology, geochemistry, and 
geophysics. Geology is the study of Earth materials 
and processes. Geochemistry examines the composi- 
tion and interaction of Earth’s chemical compo- 
nents. Geophysicists study the dynamics of Earth 
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Earth’s interior 


and the nature of interactions between its physical 
components. 


Oceanography involves the study of all aspects of 
the oceans: chemistry, water movements, depth, top- 
ography, etc. Considerable overlap exists between oce- 
anography and the geosciences. However, due to the 
special tools and techniques required for studying the 
oceans, oceanography and the geosciences continue to 
be thought of as separate disciplines. 


The atmospheric sciences, meteorology and cli- 
matology, involve the study of the atmosphere. 
Meteorology is the study of the physics and chemistry 
of the atmosphere. One of the primary goals of mete- 
orology is the analysis and prediction of short-term 
weather patterns. Climatology is the study of long- 
term weather patterns, including their causes, varia- 
tion, and distribution. 


Due to the interactions between the different 
spheres of Earth, scientists from these different subdis- 
ciplines often must work together. Together, earth sci- 
entists can better understand the highly involved and 
interrelated systems of Earth and find better answers to 
the difficult questions posed by many natural phenom- 
ena. In addition, due to the interwoven nature of the 
biotic (living) and abiotic (nonliving) parts of Earth’s 
environment, Earth scientists sometimes work with life 
scientists (i.e., biologists, ecologists, agronomists, etc.) 
who study the Earth’s biosphere. 


Earth science research focuses on solving the 
many problems posed by increasing human popula- 
tions, decreasing natural resources, and inevitable nat- 
ural hazards. Computer and satellite technologies are 
increasingly utilized in the search for and development 
of Earth’s resources for present and future use. 


See also Astronomy; Atmosphere, composition 
and structure; Atmospheric circulation; Atmospheric 
optical phenomena; Atmospheric pressure; Atmo- 
spheric temperature; Biochemistry; Earth’s magnetic 
field; Earth’s rotation; Fossil and fossilization; Fossil 
fuels; Gravity and gravitation; Latitude and longitude; 
Mineralogy; Sediment and sedimentation. 
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Earth’s core see Earth’s interior 


Earth’s crust see Earth’s interior 


Earth’s interior 


The radius of Earth—that is, the distance from its 
center to its surface—is about 3,950 mi (6,370 km). 
Geologists understand the structure and composition 
of the surface by direct observation and by analysis of 
rock samples raised by drilling projects; however, the 
depth of drill holes and, therefore, the depth limit of 
scientists’ ability to directly observe Earth’s interior 1s 
severely limited. Even the deepest drill holes (about 7.5 
mi [12 km], created by a Soviet scientific project that 
involved 24 years of drilling) penetrate less than 0.2% 
of the distance to Earth’s center. Thus, we know more 
about the layers near Earth’s surface than about the 
depths, and can only investigate conditions deeper in 
the interior through indirect means. 


Geologists collect indirect information about the 
deep interior from several different sources. Some 
rocks found at the surface, such as kimberlite, origi- 
nate deep in Earth’s crust and in the mantle. These 
rocks provide geologists with samples of the compo- 
sition of Earth’s interior; however, their depth limit is 
still on the order of a few tens of miles. Another 
source of information, because of its ability to 
probe Earth to its very core, is more important: seis- 
mic waves. When an earthquake occurs anywhere on 
the planet, seismic waves—mechanical vibrations 
transmitted by the solid or liquid rock of Earth’s 
interior—travel outward from the earthquake center. 
The speed, motion, and direction of seismic waves 
changes dramatically at depth different levels within 
Earth, and these are known as seismic transition 
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Figure 1. The interior of Earth. (//lustration by Hans & Cassidy. Courtesy of Gale Group.) 


zones. From such data, scientists have concluded that 
Earth is composed of three basic parts: the crust, the 
mantle, and the core. 


The crust 


The outermost layer of Earth is the crust or litho- 
sphere, a thin shell of rock that covers the globe. 
There are two types of crust: (1) the continental 
crust, which consists mostly of light-colored rock of 
granitic composition and which underlies the conti- 
nents, and (2) the oceanic crust, which consists 
mostly of dark-colored rock of basaltic composition 
and underlies the oceans. The continents have an 
average elevation of about 2,000 ft (609 m) above 
sea level, while the average elevation (depth) of the 
ocean floor is 10,000 ft (3,048 m) below sea level. An 
important difference between continental and oce- 
anic crust is their difference in density. Continental 
crust has a lower average density (2.6 g/cm*) than 
does oceanic crust (3.0 g/cm?). This density difference 
allows the continents to float permanently on the 
upper mantle, persisting more or less intact for bil- 
lions of years. Oceanic crust, in contrast, is barely 
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able to float on the mantle (which has a density of 
about 3.3 g/em?). 


As oceanic crust ages, it accumulates a heavy under- 
layer of cooled mantle rock; the resulting two-layer struc- 
ture eventually sinks of its own weight into the mantle, 
where it is melted down and recycled. Because of this 
recycling process, no oceanic crust older than about 200 
million years exists on the surface of Earth. About 16% 
of the mantle consists of recycled oceanic crust; only 
about 0.3% consists of recycled continental crust. 


Another difference between the oceanic crust and 
continental crust is their difference in thickness. The 
oceanic crust is 3-6 mi (5-10 km) thick, while the 
continental crust averages about 20 mi (35 km) in 
thickness and can reach 40 mi (70 km) in certain 
sections, particularly those found under recently ele- 
vated mountain ranges such as the Himalayas. 


The bottom of the crust (both the oceanic and 
continental varieties) is determined by a distinct seis- 
mic transition zone termed the Mohorovici¢ disconti- 
nuity. The Mohorovicic discontinuity, commonly 
referred to as “the Moho” or the “M-discontinuity,” 
is the transition or boundary between the bottom of 
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Earth’s interior 


the crust and the solid, uppermost layer of the mantle 
(the lithospheric mantle). As the thickness of the crust 
varies, the depth to the Moho varies, from 3—6 mi (5— 
10 km) under the oceans to 20-40 mi (35—70 km) under 
the continents. 


The Moho was first discovered by the Croatian 
geophysicist Andrija Mohorovicic (1857-1936) in 1908. 
On October 8, 1908, Andrija Mohorovicic observed 
seismic waves from an earthquake in Croatia. He 
noticed that both the compressional (or primary [P]) 
waves and the shear (or secondary [S]) waves, at one 
point in their journey, picked up speed as they traveled 
farther from the earthquake. This suggested that the 
waves had been deflected. He noted that this increase 
in speed seemed to occur at a depth of about 30 mi (50 
km). Since seismic waves travel faster through denser 
material, he reasoned that there must be an abrupt 
transition at that depth from the material of the crust 
to denser rocks below. This transition zone was later 
named for its discoverer. The Moho is a relatively nar- 
row transition zone, estimated to be 0.1—1.9 mi (0.2-3 
km) thick. It is defined by the level within the Earth 
where P wave velocity increases abruptly from an aver- 
age speed of 4.3 mi/sec (6.9 km/sec) to about 5.0 mi/sec 
(8.1 km/sec). 


The mantle 


Underlying the crust is the mantle, which com- 
prises about 82% of Earth’s volume and 65% of its 
mass. The uppermost section of the mantle, which is 
solid, is called the lithospheric mantle. This section 
extends from the Moho down to an average depth of 
40 mi (70 km), fluctuating between 30 and 60 mi (50— 
100 km). The density of this layer is greater than that 
of the crust, averaging 3.3 g/cm*. Like the crust, this 
section is solid, and is cool relative to the material 
below. The lithospheric mantle, combined with the 
overlying solid crust, is termed the lithosphere, a 
word derived from the Greek /ithos, meaning rock. 
At the base of the lithosphere is another seismic tran- 
sition, the Gutenberg low velocity zone. At this level, 
the velocity of S waves decreases dramatically, and 
seismic waves appear to be absorbed more strongly 
than elsewhere within the earth. Scientists interpret 
this to mean that the layer below the lithosphere is 
a “weak” or “soft” zone of partially melted material 
(1-10% molten material). This zone is termed the 
asthenosphere, from the Greek asthenes, meaning 
“weak.” 


This transition between the lithosphere and the 
asthenosphere is named after German geologist Beno 
Gutenberg (1889-1960), who made several important 
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contributions to our understanding of Earth’s interior. 
It is at this level that some important Earth dynamics 
occur, affecting those of us here at Earth’s surface. At 
the Gutenberg low velocity zone, the lithosphere is 
carried on top of the weaker, less-rigid asthenosphere, 
which seems to be in continual circulation. This circu- 
latory motion creates stress in the rigid rock layers 
above it, and the slabs or plates of the lithosphere are 
forced to jostle against each other like ice cubes float- 
ing in a bowl of swirling water. This motion of the 
lithospheric plates is known as plate tectonics (from 
the Greek tektonikos, meaning construction), and is 
responsible for many surface phenomena, including 
earthquakes, volcanism, mountain-building, and con- 
tinental drift. 


The asthenosphere extends to a depth of about 
155 mi (250 km). Below that depth, seismic wave 
velocity increases, suggesting an underlying denser, 
solid phase. 


The rest of the mantle, from the base of the asthe- 
nosphere at 155 mi (250 km) to the core at 1,800 mi 
(2,900 km), is called the mesosphere (“middle 
sphere”). Mineralogical and compositional changes 
are suggested by sharp velocity changes in the meso- 
sphere. Notably, there is a seismic discontinuity at 
about 250 mi (410 km) of depth, attributed to a 
possible mineralogical change (presumably from an 
abundance of the mineral olivine to the mineral 
spinel), and another at about 400 mi (660 km), attrib- 
uted to a possible increase in the ratio of iron to 
magnesium in mantle rocks. Except for these varia- 
tions, down to 560 mi (900 km) the mesosphere 
seems to consist of predominantly solid material that 
displays a relatively consistent pattern of gradually 
increasing density and seismic wave velocity with 
increasing depth and pressure. Below the 560 mi 
(900 km) depth, the P and S wave velocities continue 
to increase, but the rate of increase declines with 
depth. 


Although much of the mantle is solid by everyday 
standards, the entire mantle actually convects or cir- 
culates like a pot of boiling water. Images produced by 
analysis of seismic waves confirm that dense slabs of 
oceanic crust plunge all the way through the mantle to 
the outer surface of the core, which shows that the 
entire mantle is in motion, mixing thoroughly with 
itself over geological time—amillions of years. 


The core 


At a depth of 1,800 mi (2,900 km) there is another 
abrupt change in the seismic wave patterns, the 
Gutenberg discontinuity or core-mantle boundary 
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KEY TERMS 


Continental crust—Layer of crust (about 21 mi or 35 
km thick) that underlies Earth’s continents; comprised 
of light-colored, relatively lightweight granitic rock. 


Core—tThe part of Earth below 1,800 mi (2,900 km). 
Comprised of a liquid outer core and a solid inner core. 


Gutenberg discontinuity—The seismic transition zone 
that occurs at 1,800 mi (2,900 km) and separates the 
lower mantle (solid) and the underlying outer core 
(liquid). Also known as the core-mantle boundary (CMB). 


Gutenberg low velocity zone—The transition zone 
that occurs at 30-60 mi (50-100 km), between the 
rigid lithosphere and the underlying “‘soft’’ or parti- 
ally melted asthenosphere. 


Lithospheric mantle—The rigid uppermost section of 
the mantle, less than 60 mi (100 km) thick. This 
section, combined with the crust, constitutes the litho- 
sphere, or the solid and rocky outer layer of Earth. 


Mantle—The thick middle layer of Earth that extends 
from the core to the crust, a thickness of almost 1,800 
mi (2,900 km). The mantle is predominantly solid, 
although it includes the partially melted asthenosphere. 


Mesosphere—The solid section of the mantle 
directly beneath the asthenosphere. Extends from 
150 mi (250 km) down to 1,800 mi (2,900 km). 


(CMB). The density change at the CMB is greater than 
that at the interface of air and rock on Earth’s outer 
surface. At the CMB, P waves decrease while S waves 
disappear completely. Because S waves cannot be 
transmitted through liquids, it is thought that the 
CMB denotes a phase change from the solid mantle 
above to a liquid outer core below. This phase change 
is believed to be accompanied by an abrupt temperature 
increase of 1,300°F (704°C). This hot, liquid outer core 
material is much denser than the cooler, solid mantle, 
probably due to a greater percentage of iron. It is 
believed that the outer core consists of a liquid of 80— 
92% iron, alloyed with lighter element. The composi- 
tion of the remaining 8—-20% is not well understood, 
but it must be a compressible element that can mix 
with liquid iron at these immense pressures. Various 
candidates proposed for this element include silicon, 
sulfur, or oxygen. 


The actual boundary between the mantle and the 
outer core is a narrow, uneven zone that contains undu- 
lations on the order of 3-6 mi (5-8 km) high. These 
undulations are affected by heat-driven convection 
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Mohorovicic discontinuity—The seismic transition 
zone indicated by an increase in primary seismic 
wave velocity that marks the transition from the 
crust to the uppermost section of the mantle. 


Oceanic crust—Thin (3—6-mi [5—10-km] thick) crust 
that floors the ocean basins and is composed of 
basaltic rock: denser than continental crust. 


P waves—Primary or compression waves that 
travel through Earth, generated by seismic activity 
such as earthquakes; can travel through solids or 
liquids. 

S waves—Secondary or shear waves that travel 
through Earth, generated by seismic activity such as 
earthquakes; cannot travel through liquids (e.g., 
outer core). 


Seismic transition zone—A layer in Earth’s interior 
where seismic waves undergo a change in speed and 
partial reflection; caused by change in composition, 
density, or both. 


Seismic wave—A disturbance produced by com- 
pression or distortion on or within Earth, which prop- 
agates through Earth materials; a seismic wave may 
be produced by natural (e.g., earthquakes) or artifi- 
cial (e.g., explosions) means. 


activity within the overlying mantle, which may be the 
driving force for plate tectonics. The interaction 
between the solid mantle and the liquid outer core is 
also important to Earth dynamics for another reason; 
eddies and currents in the iron-rich, fluid outer core are 
ultimately responsible for the Earth’s magnetic field. 


There is one final, deeper transition, evident from 
seismic wave data: within Earth’s core, at a depth of 
about 3,150 mi (5,100 km), P waves encounter yet 
another seismic transition zone. This indicates that 
the material in the inner core is solid. The immense 
pressures present at this depth probable cause a phase 
change, from liquid to solid. Density estimates are 
consist with the hypothesis that the solid, inner core 
is nearly pure iron. 


The heat that keeps the whole interior of Earth at 
high temperatures is derived from two sources: heat of 
formation and radioactive metals. As Earth accreted 
from the original solar nebula, impacts of new material 
delivered sufficient energy to melt most or all of the 
forming planet’s bulk. As most of the new Earth’s iron 
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Earth’s magnetic field 


sank its center through its bulkier, lighter elements 
(silicon, oxygen, etc.), further energy was released, suf- 
ficient to raise the temperature of the core by several 
thousand degrees Centigrade. Radioactive elements 
such as uranium and thorium, mostly resident in 
the mantle, have continued to supply Earth’s interior 
with heat in the billions of years since its formation; 
however, Earth’s interior continues to cool, steadily 
losing its primordial heat to space through the crust. 
As the core cools, its inner, solid portion grows at the 
expense of its outer, liquid portion. The current rate of 
thickening of the inner core is about 0.04 inch (1 mm) 
per year. 


See also Magma. 
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l Earth’s magnetic field 


Earth is a large dipole magnet with the positive 
and negative magnetic poles near, but not aligned 
exactly with, the north and south geographic poles 
(points where the planet’s axis of rotation intersects 
the surface). Because of this difference, detailed 
maps commonly distinguish between true north and 
magnetic north. This difference, known as magnetic 
declination, must be taken into account when navigat- 
ing with a magnetic compass. Its magnetic field also 
molds the configuration of Van Allen radiation belts, 
which are bands of high-energy charged particles 
around Earth, and helps to shield Earth from a stream 
of charged particles known as the solar wind. 


The origin of Earth’s magnetic field is not fully 
understood, but it is generally thought to be a result of 
electrical currents generated by movement of molten 
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iron and nickel within Earth’s outer core. This is 
known as the dynamo effect. The moon, in contrast, 
has no magnetic field and is thought to have a small 
core that is only partially molten. A small portion of 
Earth’s magnetic field is generated by movement of 
ions in the upper atmosphere. 


Magnetic field lines produced by the dynamo effect 
radiate far into space. Unlike the field lines around a 
simple dipole magnetic, however, the field lines around 
Earth are asymmetric. Those nearest the sun are com- 
pressed by the solar wind whereas those shielded from 
the sun by Earth are highly elongated. The effect is 
similar to that of water passing around the bow of a 
ship. Charged particles become trapped along magnetic 
field lines, just as iron filings around a simple dipole 
magnet, and form Earth’s magnetosphere. 


Earth’s magnetic field can change for short or 
long periods of time. The magnetic field can change 
quickly, within an hour, in magnetic storms. These 
short-term changes occur when the magnetic field is 
disturbed by sunspots, which send clouds of charged 
particles into Earth’s atmosphere. The same particles 
excite oxygen, nitrogen, and hydrogenatoms in the 
upper atmosphere, causing the aurora borealis and 
aurora australis. 


Long-term changes occur when Earth’s magnetic 
field reverses itself, which occurs on average every 
500,000 years. The last known reversal was about 
700,000 years ago. Evidence of past reversals was dis- 
covered in the 1950s and 1960s, when magnetometers 
towed behind ships showed that the magnetic polarity 
of volcanic rocks comprising the oceanic crust alter- 
nated in strips parallel to mid-ocean ridges. Further 
research showed that the strips occur because oceanic 
plates grow outward from mid-ocean ridges, like wide 
ribbons being extruded from the interior of Earth. 
Grains of magnetite within volcanic rocks such as 
basalt, which constitutes most of the oceanic crust, 
align themselves with the prevailing magnetic field 
when the temperature of the rock falls below its Curie 
point (about 1,075°F [580°C] for basalt). Thus, the 
alternating strips represent changes in the polarity of 
Earth’s magnetic field as oceans grow through time. 
The existence of magnetic strips was one of the key 
pieces of evidence that led to widespread acceptance of 
plate tectonics among scientists. 


See also Earth’s interior; Earth’s rotation; 
Electromagnetic field; Magma; Magnetism; Volcano. 


Earth’s mantle see Earth’s interior 
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| Earth’s rotation 


All objects in the universe, including those in our 
solar system, move through space. Earth moves in at 
least two ways. It rotates like a top on its axis, an 
imaginary line through the north and south poles, and 
revolves in an orbit around the sun. Further motions, 
such as the sun’s rotational motion around the center of 
the galaxy, are superimposed on these local motions. 


As in other rotating systems, centrifugal force 
results from Earth’s rotation; without gravity, centri- 
fugal force could cause objects to fly into space. 
However, because the force of Earth’s gravity is 289 
times stronger than its centrifugal force even at the 
equator, where centrifugal force is strongest because 
objects are farthest from Earth’s axis of rotation, 
gravity prevents objects from leaving the surface. 
Centrifugal force does, however, cause Earth to 
bulge at the equator, making it slightly ovoid in shape. 


The Earth’s counterclockwise rotation is in the 
opposite direction of the apparent movement of heav- 
enly bodies (though in the same direction as its move- 
ment around the sun). Thus, although the sun and 
stars appear to move from east to west, Earth rotates 
from west to east. 


The rotation of Earth can be proven in several 
ways. One is the Foucault experiment. This was first 
conducted in 1851, by the Frenchman Léon Foucault. 
He suspended a heavy iron ball from a 200 ft (61 m) 
wire, creating a pendulum, from the dome of the 
Pantheon in Paris. He put sand underneath the pen- 
dulum, and placed a pin on the bottom of the ball, so it 
would leave a mark on its swing from side to side. On 
each swing, over the course of 24 hours, the mark in 
the sand would move to the right. The direction in the 
path showed movement of Earth against the swing of 
the pendulum. 


A more modern proof of the rotation is shown by 
the orbits of artificial satellites. A satellite is launched 
from the Kennedy Space Center at a 30 degree angle to 
an orbit 100 mi (161 km) above Earth. Its orbit stays at 
approximately the same plane in space. If Earth did not 
rotate, the satellite would pass over Cape Canaveral 
each time it completed an orbit, but it does not. As it 
completes the first orbit, it flies over Alabama and over 
Louisiana on the third. Each time the satellite passes 
over locations in the United States, it is 1,000 mi (1,609 
km) farther to the west. Tracking stations have made 
this observation with hundreds of satellites. 


Another way of proving rotation is through the 
prevailing winds. In the northern hemisphere, they 
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move in a counter clockwise direction, while in the 
southern hemisphere, they blow clockwise. 


The inner core of Earth rotates faster than the 
crust. Earth is made up of an inner core, an outer 
core, the mantle and the crust. The inner core, a solid 
mass of iron about 1,500 mi (2,400 km) in diameter, is 
suspended in the molten metal of the outer core, which 
is about 1,400 mi (2,240 km) thick. The mantle of 
Earth is a layer of mostly solid material about 1,700 
mi (2,720 km) thick; the crust itself varies from 4 to 25 
mi (6-40 km) thick. Although the inner core spins in 
the same direction as Earth’s crust, the inner core 
rotates at a different speed. Scientists estimate that 
the inner core of Earth spins from one to three degrees 
a year faster than the crust of Earth. This means that 
while a point on the crust of Earth moves 360° ina year, 
a similar point on the inner core would move 361—363° 
ina year. Thus, over approximately 360 years, the inner 
core would make one complete rotation more than the 
crust of Earth. 


Generally when we speak of Earth’s rotation, we 
are talking about the rotation of Earth’s surface. This 
rotation is used to define time. Since people began to 
measure time, it’s been done by the movement of sun 
and stars. One rotation of Earth makes up one 24 hour 
day. This is in contrast to the time of revolution 
around the sun of 365 days, or one year. Because 
Earth’s axis is not perpendicular to the equator, but 
leans at a 23.5° angle, the amount of daylight varies 
over the course of a year. 


Over time, due to tidal friction, Earth’s rotation is 
slowing by about .005 seconds per year, and has been 
doing so for billions of years. Thus, 370 million years ago 
the day was only about 22 hours long. This fact has been 
confirmed by studying the growth patterns recorded in 
fossil corals, and by other geological evidence. 


See also Gravity and gravitation. 


[ Earthquake 


An earthquake is the shaking or vibration of 
Earth’s surface as the result of sudden movement 
along a fault, the movement of molten rock within 
the Earth, or human activities. The terms temblor 
and seism are often used as synonyms for earthquake. 
The location of an earthquake source within the Earth 
is known as its focus, and the point on the Earth’s 
surface directly above the focus is known as the 
epicenter. 
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Earthquake 


Aerial view of Interstate 5, a California highway damaged by the Northridge earthquake in January 1994. (Robert A. Eplett. 
Governor's Office of Emergency Services.) 


Earthquakes are common events. The United 
States Geological Survey estimates that more than 
three million earthquakes occur on Earth each year, 
which is equivalent to more than 9,000 earthquakes 
per day. Virtually all of these are too small to be 
noticed by humans and many occur in remote areas 
far from seismometers. Since 1900, there has been on 
average about | magnitude 8 earthquake, 18 magni- 
tude 7.0 to 7.9 earthquakes, 120 magnitude 6.0 to 6.9 
earthquakes, and 800 magnitude 5.0 to 5.9 earth- 
quakes on Earth each year. 


Earthquakes can range in severity from small 
events that are imperceptible to humans to devastating 
shocks that level cities and kill thousands. The world’s 
most destructive earthquake, which occurred in China 
during the year 1556, killed 830,000 people. Twenty 
other earthquakes in Europe, Asia, and the Middle 
East are known to have resulted in more than 50,000 
deaths each. The most devastating earthquake to 
strike the United States was the 1906 San Francisco 
earthquake, which killed about 3,000 people as a result 
of shaking and resulting fires. Modern engineering and 
construction methods have significantly reduced the 
danger posed by earthquakes in developed countries. 
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In the United States, for example, only five earthquakes 
since 1950 have killed more than 60 people. The great 
Alaskan earthquake of 1964, the second largest earth- 
quake ever recorded by seismologists, killed only 15 
people. An additional 110 perished, however, in earth- 
quake triggered tsunamis that struck coastal Alaska, 
Oregon, and California. Most of the fatal earthquakes 
occurring in the United States since 1950 have killed 
only one or two people, and the vast majority of earth- 
quakes do not kill anyone. 


The size of an earthquake is described by its mag- 
nitude, which reflects the amount of energy released 
by the temblor. There are many different ways of cal- 
culating earthquake magnitude, the most famous 
of which was proposed in the 1930s by the American 
seismologist Charles Richter (1900-1985). The Richter 
magnitude is the base 10 logarithm of the largest seis- 
mic wave amplitude recorded on a particular kind of 
seismograph located 62 mi (100 km) from the earth- 
quake epicenter. Adjustments must be made if other 
kinds of seismographs are used or if they are located at 
a different distance from the epicenter. An earthquake 
of a given magnitude will produce waves 10 times as 
large as those from an earthquake of the next smaller 
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magnitude. The energy released increases by a factor of 
about 30 from one magnitude to the next. The Richter 
scale is open-ended, meaning that it has no mathemat- 
ical upper or lower limits. In reality, however, there are 
no faults on Earth large enough to produce a magni- 
tude 10 earthquake. The two largest recorded earth- 
quakes were the magnitude 9.5 Chilean earthquake of 
1956 and the magnitude 9.2 Prince William Sound, 
Alaska, earthquake of 1964. 


The effects of an earthquake are measured by its 
intensity. Unlike magnitude, earthquake intensity 
varies from place to place. The most common measure 
of intensity is the modified Mercalli scale, which 
ranges from an intensity of I (not felt except by a few 
people under especially favorable circumstances) to 
XII (total destruction, with objects thrown in the air 
and lines of sight distorted). Surveys and interviews 
after a large earthquake can be used to create an iso- 
seismic map, which shows the distribution of reported 
earthquake intensities. Most isoseismic maps show a 
distorted bull’s eye pattern of concentric rings of equal 
intensity area centered around the epicenter. 


Causes of earthquakes 
Tectonic plate movements 


Some earthquakes occur in areas where the tec- 
tonic plates comprising Earth’s lithosphere move hori- 
zontally past each other along large faults or zones of 
faults. Examples of this type include earthquakes along 
the San Andreas and Hayward faults in California. 
Earthquakes also occur in places where a continental 
plate subducts an oceanic plate, for example along the 
western coast of South America, the northwest coast of 
North America (including Alaska), and in Japan. If two 
continental plates collide but neither is subducted, as in 
Europe and Asia from Spain to Vietnam, earthquakes 
occur as the rocks are lifted to form mountain ranges. 


In other parts of the world, for example the Basin 
and Range physiographic province of the western 
United States and the East African Rift, continental 
plates are being stretched apart by tectonic forces. The 
result is that some parts of the Earth’s crust are lifted 
to form mountain ranges while neighboring blocks 
subside to form basins that collect sediment eroded 
from the mountains. Earthquakes can occur when 
movement occurs along faults developed as a result 
of the stretching. 


Faults are planes of weakness, across which rock 
has moved in opposite directions, within the Earth’s 
crust. They can range in size from continental scale 
features such as the San Andreas fault in California to 
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small features across which only a few millimeters or 
centimeters of movement has occurred. Tectonic plate 
motions increase the level of stress within Earth’s 
crust, which is accommodated as elastic strain energy, 
until the stress exceeds the strength of the fault. Then, 
the energy is suddenly released as the rocks on each 
side of the fault slip past each other to create an earth- 
quake. This process is analogous to a rubber band 
snapping when it was been stretched to the breaking 
point. Because there is a frictional resistance to move- 
ment along faults, rapid seismic slip can generate 
enough heat to melt the adjacent rocks and form a 
glassy rock known as pseudotachylyte. In other cases, 
the elastic strain energy is slowly and quietly dissipated 
through a process known as aseismic creep. 


Magma movement 


Rhythmic earthquakes known as harmonic trem- 
ors, which are caused by magma and volcanic gas 
moving through conduits in the Earth’s crust just as 
air moves through a pipe organ, can foreshadow or 
accompany volcanic eruptions. Recent studies have 
also suggested that very large earthquakes, such as 
the magnitude 9.0 earthquake that affected the west 
coast of the United States in 1700, may trigger vol- 
canic activity for several decades after their occurrence 
as the Earth’s crust slowly adjusts to the initial move- 
ment. Seismologists can also use earthquake activity 
to infer the presence of magma that has not yet erupted 
and formed a volcano. Swarms of small earthquakes 
near Socorro, New Mexico, for example have helped 
scientists to locate a mass of molten rock about 12 mi 
(20 km) beneath the Earth’s surface. Detailed meas- 
urements have shown that the surface is being lifted by 
about 0.08 in (2 mm) per year in that area, but there 
are no obvious signs that a pool of molten rock lies 
beneath the surface. 


Human activity 


Explosions, especially from underground nuclear 
bomb testing, can produce small earthquakes. 
Earthquakes caused by explosions produce vibrations 
different than those caused by movement along faults, 
and seismic monitoring is an important part of nuclear 
test ban treaty verification. The implosive demolition 
of the Kingdome, a sports stadium in Seattle, in the 
year 2000 produced a magnitude 2.3 earthquake. 
Seismologists were able to deploy seismometers before 
the demolition and use the manmade earthquake to 
learn more about the geology of the area by studying 
how seismic waves were reflected and refracted 
beneath Earth’s surface. Another well-known example 
of earthquakes due to human activity occurred at the 
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Rocky Mountain Arsenal near Denver, Colorado, 
during the 1960s. The pressure of hazardous waste 
being injected deep into the Earth through disposal 
wells was large enough to trigger a series of earth- 
quakes. A subsequent experiment in an oilfield near 
Rangely, Colorado, showed that earthquakes could be 
triggered at will be injecting water under pressure. 


Seismic waves 


Rapid slip along a fault generates waves in much 
the same way as does a pebble falling into a pool of 
water, and waves moving outward from an earth- 
quake focus are reflected and refracted each time 
they encounter a different rock type. There are four 
different kinds of seismic waves, two of which are 
known as body waves and two of which are known 
as surface waves. Body waves travel deep through the 
Earth, whereas surface waves travel along the Earth’s 
surface and generally cause the most damage. 


The two types of body waves are P-waves and 
S-waves. P-waves, also known as primary waves, travel 
the fastest of the four types. They move by alternately 
compressing and stretching the rock through which 
they pass. P-wave velocity depends on the rock type 
and density, but it is generally about 4 mi/s (6 km/s). 
S-waves, also known as secondary waves, move by 
shearing or moving from side to side the rock through 
which they pass. S-waves move more slowly than 
P-waves and, depending on the type of rock, have a 
velocity of about 2 mi/s (3 km/s). 


The two types of surface waves are known as 
Rayleigh and Love waves. They travel more slowly 
than either P- or S-waves, but often cause more dam- 
age than body waves because they travel along the 
Earth’s surface and have a greater effect on buildings. 


Seismologists can determine the epicenter of an 
earthquake by noting the times that seismic waves 
arrive at three or more different seismometers. 
Multiplication of the wave velocity by the travel time 
gives the distance to the epicenter, which is the radius 
of a circle with its center at the seismometer. The radii 
from at least three circles will intersect at a point that is 
Earthquake epicenter. In practice, seismologists first 
make a rough estimate of the epicenter and then refine 
their estimate as additional data become available, for 
example by using velocities corresponding to specific 
rock types rather than a general estimate. 


Collapse of buildings 
To construct a house or building under static 


conditions, the materials need only to be stacked up, 
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attached to each other, and balanced. These kinds of 
buildings are not designed to accelerate rapidly and 
change directions like cars or airplanes. Buildings in 
seismically active areas, however, must be designed 
and built to withstand the dynamic acceleration that 
can occur during an earthquake. Large buildings and 
structures such as bridges, in particular, must be 
designed so that vibrations arising from earthquakes 
are damped and not amplified. 


Because noticeable earthquakes are rare in most 
areas, people may not recognize that the objects and 
buildings around them represent potential hazards. It 
is not movement of the ground surface alone that kills 
people. Instead, deaths from earthquakes result from 
the collapse of buildings and falling objects in them, 
fires, and tsunamis. The type of construction that 
causes the most fatal injuries in earthquakes is unrein- 
forced brick, stone, or concrete buildings that tend not 
to be flexible and to collapse when shaken. 


The most earthquake-resistant type of home is a 
low wooden structure that is anchored to its founda- 
tion and sheathed with thick plywood. Some of the 
traditional architecture of Japan approximates this 
shock-resistant design, including wooden buildings 
that are more than a thousand years old. Unfortunately, 
wood and paper houses can be easily ignited in the 
fires that are common after large earthquakes. Both 
unreinforced masonry and shock-resistant wood 
houses are used by different cultures in areas of high 
earthquake risk. 


Active faults lie under many parts of the world 
that do not commonly experience earthquakes. The 
crust under such places as Italy, California, and 
Central America moves often enough that an earth- 
quake there, although still unpredictable, is not 
entirely unexpected. But other populated areas, such 
as the East Coast and Mississippi Valley in the United 
States, periodically experience earthquakes just as big 
as those in any earthquake-prone part of the world, 
although far less frequently. 


Earthquake-triggered landslide 


Earthquakes can trigger landslides and rock 
falls many miles (kilometers) from their epicenters. 
Local governments can enact zoning regulations to 
prevent development in areas susceptible to landslides 
during earthquakes or heavy rainstorms. In other 
cases, potentially hazardous slopes can be excavated 
and regarded into a configuration that is able to resist 
the destabilizing effects of a large earthquake. 


Seismically-triggered landslides can reshape the 
landscape. In 1959, an earthquake triggered a landslide 
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that dammed the Madison River in Montana and 
created Hebgen Lake. To prevent this natural dam 
from washing out and causing catastrophic floods, the 
U.S. Army Corps of Engineers built an emergency 
spillway through the landslide material. This enabled 
them to control the release of the water from the new 
lake. Prehistoric landslides have dammed the Columbia 
River and could be the source of a legend of the 
Northwest Indians. In this legend, tribes walked across 
the Columbia River on a bridge of land to meet each 
other. 


Liquefaction of soil 


Seismic shaking can transform water-saturated 
sand into a liquid mass that will not support heavy 
loads such as buildings. This phenomenon, called 
liquefaction, causes much of the destruction associ- 
ated with some earthquakes. Mexico City, for exam- 
ple, rests on the ancient lakebed of Lake Texcoco, 
which is a large basin filled with liquefiable sand and 
ground water. In the Mexico City earthquake of 1985, 
the wet sand beneath tall buildings liquefied and most 
of the 10,000 people who died were in buildings that 
collapsed as their foundations sank into liquefied 
sand. 


Jets of sand sometimes erupt from the ground 
during an earthquake. These sand geysers or mud 
volcanoes occur when formations of soft, wet sand is 
liquefied and forcefully squeezed up through cracks in 
the ground. Despite these names, they have no relation 
to real geysers or volcanoes. Although they generally 
cause little damage, they are indications that more 
widespread liquefaction may have occurred or may 
be possible in the next earthquake. 


Subsidence 


Earthquakes can cause affected areas to increase 
or decrease in elevation by several feet, which can in 
turn lead to flooding in coastal areas. Port Royal, on 
the south shore of Jamaica, subsided several feet in an 
earthquake in 1692 and suddenly disappeared as the 
sea rushed into the new depression. Eyewitnesses 
recounted the seismic destruction of the infamous 
pirate anchorage as follows: “... in the space of three 
minutes, Port-Royall, the fairest town of all the 
English plantations, exceeding of its riches,... was 
shaken and shattered to pieces, sunk into and covered, 
for the greater part by the sea. The earth heaved and 
swelled like the rolling billows, and in many places 
Earth crack’d, open’d and shut, with a motion quick 
and fast. in some of these people were swallowed up, in 
others they were caught by the middle, and pressed to 
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death. The whole was attended with. the noise of fall- 
ing mountains at a distance, while the sky. was turned 
dull and reddish, like a glowing oven.” Ships arriving 
later in the day found a small shattered remnant of the 
city that was still above the water. Charts of the 
Jamaican coast soon appeared printed with the 
words “Port Royall Sunk.” During the New Madrid 
(Missouri) earthquake of 1811, a large area of land 
subsided around the bed of the Mississippi River in 
west Tennessee and Kentucky. The Mississippi was 
observed to flow backwards as it filled the new depres- 
sion and created what is now known as Reelfoot Lake. 
The last great earthquake in the U.S. Pacific 
Northwest occurred two years before Port Royal 
sank in 1690. In the 300 years since then, no major 
earthquake has released the potential energy that has 
been building under the crust. Geologists have found 
buried forests and deposits indicating that coastal 
areas were periodically flooded, probably as the result 
of major earthquakes. 


Tsunamis 


An earthquake can create a large wave known asa 
tsunami (the Japanese term) or, seismic sea wave. A 
tsunami is barely detectable as it moves through deep 
water. Where the ocean becomes shallow near the 
shore, however, the fast-moving tsunami becomes a 
large wave that rises out of the sea and strikes the 
shore with unstoppable force. In a small, mountain- 
ringed bay, a tsunami can rush hundreds of meters up 
a sea-facing mountainside. A wall of water forms 
when a large tsunami enters a shallow bay or estuary, 
and it can move upriver for many miles. Sometimes 
tsunamis are mistakenly referred to as tidal waves, 
because they resemble a tide-related wave called a 
tidal bore. 


The most destructive tsunamis in history have 
killed tens of thousands of people, many of them 
located great distances from Earthquake epicenter. 
The tsunami produced by a 1946 earthquake in the 
Aleutian Islands, Alaska, killed a total of 165 people. 
Of that number, 159 were in Hawaii, 5 were in Alaska, 
and 1 was in California. Coastal towns affected by 
tsunamis often have no topographic barriers between 
them and the sea and had no warning of the impending 
disaster. Building a breakwater to divert a tsunami 
and expend its energy is sometimes an option for 
otherwise unprotected coastal towns. 


In 2004, a 9.4 magnitude earthquake under the 
Indian Ocean caused large tsunamis to go ashore in 
India, Indonesia, and elsewhere in the region. Over a 
quarter of million people were killed. Most could have 
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Earthquake 


KEY TERMS 


Active fault—A fault where movement has been 
known to occur in recent geologic time. 


Aftershock—A subsequent earthquake (usually smaller 
in magnitude) following a powerful earthquake that 
originates at or near the same place. 


Epicenter—The location where the seismic waves of 
an earthquake first appear on the surface, usually 
almost directly above the focus. 


Fault—A fracture in Earth’s crust accompanied by a 
displacement of one side relative to the other. 


Focus—The location of the seismic event deep 
within Earth’s crust that causes an earthquake. Also 
called Earthquake’s hypocenter. 


Foreshock—A small earthquake or tremor that pre- 
cedes a larger earthquake shock. 


been saved by retreating to higher ground if they had 
had warning, or understood that withdrawal of water 
to an unusual. In response, a regional warning system 
has been installed. As of late 2006, its effectiveness had 
yet to be tested after a major earthquake. 


Secondary hazards: fire, disease, famine 


Cities depend on networks of lifeline structures to 
distribute water, power, and food and to remove sew- 
age and waste. These networks, whether power lines, 
water mains, or roads, are easily damaged by earth- 
quakes. Elevated freeways collapse readily, as demon- 
strated by a section of the San Francisco Bay Bridge in 
1989 and the National Highway Number 2 in Kobe, 
Japan, in 1995. The combination of several networks 
breaking down at once multiplies the hazard to lives 
and property. Live power lines fall into water from 
broken water mains, creating an electric shock hazard. 
Fires may start at ruptured gas mains or chemical 
storage tanks, but many areas may not be accessible 
to fire trucks and other emergency vehicles. Even if 
areas are accessible, there may not be water for fire- 
fighting. The great fire that swept San Francisco in 
1906 could not be stopped by regular firefighting 
methods and entire blocks of buildings had to be 
demolished to halt the fire. Most of the 143,000 people 
killed in Tokyo and Yokohama because of the 1923 
Kwanto perished in fires. 


Famine and epidemic disease can quickly strike 
large displaced populations deprived of their usual 
food distribution system, sanitation services, and clean 


1426 


Modified Mercalli scale—A scale used to evaluate 
earthquake intensity based on effects felt and 
observed by people during Earthquake. 


Richter scale—A scale used to compare earthquakes 
based on the energy released by Earthquake. 


Seismic wave—A disturbance produced by com- 
pression or distortion on or within Earth, which prop- 
agates through Earth materials; a seismic wave may 
be produced by natural (e.g., earthquakes) or artifi- 
cial (e.g., explosions) means. P waves, S waves, and 
surface waves are vibrations in rock and soil that 
transfer the force of Earthquake from the focus into 
the surrounding area. 


Subsidence—A sinking or lowering of Earth’s 
surface. 


water. Furthermore, collapsed hospitals may be of no 
use to a stricken community that urgently needs medi- 
cal services. After an earthquake, relief operations com- 
monly offer inoculation against infectious diseases. In 
countries that do not have sufficient organization, 
trained personnel, or resources to handle an earth- 
quake-generated refugee population, more people may 
die of secondary causes than the direct effects of seismic 
shaking. Even in the most prepared countries, the dis- 
ruption of networks may prevent relief operations from 
working as planned. In the aftermath of the January 
1995, earthquake in Kobe, Japan, plans for emergency 
relief made before the disaster did not work as well as 
planned. Local residents, wary of the danger of after- 
shocks, had to live outdoors in winter without food, 
water, or power. 


Historical incidence of earthquakes 


Catastrophic earthquakes happened just as often 
in the past as they do today. Earthquakes shattered 
stone-walled cities in the ancient world, sometimes 
hastening the demise of civilizations. Knossos, 
Chattusas, and Mycenae, ancient capitals of countries 
located in tectonically active mountain ranges, fell to 
pieces and were eventually deserted. Scribes have 
documented earthquakes in the chronicles of ancient 
realms. An earthquake is recorded in the Book of 
Zachariah, and the apostle Paul wrote that he got 
out of jail when the building fell apart around him in 
an earthquake. In the years before international news 
services, few people heard about distant earthquakes. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Only a few handwritten accounts have survived, giving 
us limited knowledge of earthquakes in antiquity. 
Because of limited and lost data, earthquakes may 
seem to have been less common in ancient times. In 
China, home of the first seismometer, the Imperial 
government has recorded earthquakes for over a thou- 
sand years. Their frequency has not changed through 
the ages. 


See also Continental drift; Mass wasting; Plate 
tectonics. 
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Earthworms see Segmented worms 


l Earwigs 


Earwigs are long-bodied insects with chewing 
mouthparts and many-jointed antennae in the order 
Dermaptera. Earwigs have small, vestigial forewings 
modified into a wing case, but their membranous 
hindwings are large, folded, and functional, although 
they are not often used for flying. Earwigs hatch into 
nymphs that closely resemble the adults, only they are 
much smaller. Metamorphosis in earwigs is simple, 
with no radical changes in shape during development 
from the nymphal stages to the adult form. 
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The most readily distinguishing characteristic of 
earwigs is the pair of unjointed forcepslike structures 
that terminate their abdomen. These unusual organs 
are modified from common insect structures known as 
cerci, and they differ between the sexes, those of 
females having less curvature. The pincers are brand- 
ished when earwigs are disturbed, and can give a sig- 
nificant pinch to the finger, so they are clearly useful in 
defense. The pincers may also have other uses, possibly 
in folding the rather complicated wings after a flight. 


Earwigs are nocturnal animals, and they hide dur- 
ing the day in dark damp places. Most species of the 
more than 1,200 species of earwigs are scavengers of a 
wide range of organic debris, including carrion. Some 
species are herbivorous, some are opportunistic pred- 
ators of other insects, and a few, specialized species are 
parasites of mammals. 


The most common native earwig in Europe is 
Forficula auricularia, a species that is now also wide- 
spread in North America, New Zealand, and else- 
where due to accidental introductions by humans. 
The European earwig is omnivorous, eating a wide 
range of dead organic matter, and also preying on 
other insects. The female of this species broods her 
eggs and young hatchlings. During summers when the 
European earwig is particularly abundant, it may be 
considered a pest because of its ubiquitous presence in 
flower gardens, under all manner of moist things, in 
basements and kitchens, and in laundry hanging on 
clotheslines. These earwigs may damage vegetables 
and flowers during their feeding, but they are not 
really an important pest. In fact, the European earwig 
may be beneficial in some respects, by cleaning up 
organic debris, and perhaps by preying on other, 
more important insect pests. 


A total of 18 species of earwigs occur in North 
America. The seaside earwig (Anisolabis maritima) is a 
native species that occurs on both the Atlantic and 
Pacific coasts of North America. The red-legged earwig 
(Euborellia annulipes), striped earwig (Labidura bidens), 
and handsome earwig (Prolabia pulchella) occur in 
the southern United States. The toothed earwig 
(Spongovostox apicedentatus) occurs in dry habitats in 
the southwestern states. The little earwig (Labia minor) 
is another species that was introduced from Europe. 


Some species of earwigs have relatively unusual, 
specialized lifestyles. Arixenia is a small earwig that is 
a viviparous, giving birth to live young. This species is 
an ectoparasite of the Indian bat (Cheiromeles torqua- 
tus). Hemimerus is also a small viviparous earwig, and 
a blind ectoparasite of the giant rat (Cricetomys gam- 
bianus) of west Africa. 
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Eating disorders 


Earwigs received their common name from the 
folk belief that these insects would sometimes crawl 
into the ears of people as they slept, seeking refuge in 
those dark, moist cavities. This may, indeed, some- 
times occur, and it would certainly be disconcerting 
to have an earwig, or any other insect in one’s ear. 
However, there is no evidence that earwigs in the ear 
are a common problem, except as very rare accidents. 


Bill Freedman 


I Eating disorders 


Eating disorders are psychological conditions that 
involve either overeating, voluntary starvation, or 
both. No one is sure what causes eating disorders, 
but researchers think that family dynamics, biochem- 
ical abnormalities, and society’s preoccupation with 
thinness may all contribute. Eating disorders are vir- 
tually unknown in parts of the world where food is 
scarce and within less affluent socioeconomic groups 
in developed countries. Although these disorders have 
been known throughout history, they have gained 
attention in recent years, in part because some celeb- 
rities have died as a result of their eating disorders. 


Young people are more likely than older people to 
develop an eating disorder—the condition usually 
begins before age 20. Although both men and 
women can develop the problem, it is more common 
in women. Only about 5% of people with eating dis- 
orders are male. In either sex, eating disorders are 
considered serious and potentially deadly. Many 
large hospitals and psychiatric clinics have programs 
specially designed to treat these conditions. 


Anorexia nervosa, anorexic bulimia, and obesity 
are the most well known types of eating disorders. The 
word anorexia comes from the Greek word meaning 
“lack of appetite.” But the problem for people with 
anorexia is not that they are not hungry. They starve 
themselves out of fear of gaining weight, even when 
they are severely underweight. The related condition, 
anorexic bulimia, literally means being “hungry as an 
ox.” People with this problem go on eating binges, 
often gorging on junk food. Then they force their 
bodies to get rid of the food, either by making them- 
selves vomit or by taking large amounts of laxatives. 
A third type of eating disorder is obesity caused by 
uncontrollable overeating. Being slightly overweight is 
not a serious health risk. But being 25% or more over 
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one’s recommended body weight can lead to many 
health problems. 


Anorexia 


People with anorexia starve themselves until they 
look almost like skeletons. But their self-images are so 
distorted that they see themselves as fat, even when 
they are emaciated. Some refuse to eat at all; others 
nibble only small portions of fruit and vegetables or 
live on diet drinks. In addition to fasting, they may 
exercise strenuously to keep their weight abnormally 
low. No matter how much weight they lose, they 
always worry about getting fat. 


This self-imposed starvation takes a heavy toll on 
the body. Skin becomes dry and flaky. Muscles begin to 
waste away. Bones stop growing and may become brit- 
tle. The heart weakens. With no body fat for insulation, 
it’s hard to keep warm. Downy hair starts to grow on 
the face, back, and arms in response to lower body 
temperature. In women, menstruation stops and per- 
manent infertility may result. Muscle cramps, dizziness, 
fatigue, even brain damage, kidney and heart failure are 
possible. An estimated 10-20% of people with anorexia 
die, either as a direct result of starvation or by suicide. 


Researchers believe anorexia is caused by a com- 
bination of biological, psychological and social fac- 
tors. They are still trying to pinpoint the biological 
factors, but they have zeroed in on some psychological 
and social triggers of the disorder. Many people with 
anorexia come from families in which parents are 
overprotective and have unrealistically high expecta- 
tions of their children. The condition seems to run in 
families, which leads researchers to believe it may have 
a genetic basis. Anorexia often seems to develop after 
a young person goes through some stressful experi- 
ence, such as moving to a new town, changing schools, 
or going through puberty. Low self-esteem, fear of 
losing control, and fear of growing up are common 
characteristics of anorectics (people with anorexia). 
The need for approval, combined with our culture’s 
idealization of extreme thinness, also contributes. 


The obvious cure for anorexia is eating, but that is 
the last thing a person with anorexia wants to do. It 
is unusual for the person himself or herself to seek 
treatment—usually a friend, family member, or teacher 
initiates the process. Hospitalization, combined with 
psychotherapy and family counseling, is often needed 
to get the condition under control. Force feeding may be 
necessary if the person’s life is in danger. Some 70% of 
anorexia patients who are treated for about six months 
return to normal body weight. About 15-20% can be 
expected to relapse, however. 
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Bulimia 


Like anorexia, bulimia results in starvation. But 
there are behavioral, physical and psychological dif- 
ferences between the two conditions. Bulimia is much 
more difficult to detect because people who have it 
tend to be of normal weight or overweight, and they 
hide their habit of binge eating followed by purging, 
vomiting, or using laxatives. In fact, bulimia was not 
widely recognized, even among medical and mental 
health professionals, until the 1980s. 


Unlike anorectics, bulimics (people with bulimia) 
are aware that their eating patterns are abnormal, and 
they often feel remorse after a binge. For them, over- 
eating offers an irresistible escape from stress. Many 
suffer from depression, repressed anger, anxiety, and 
low self esteem, combined with a tendency toward 
perfectionism. About 20% of bulimics also have prob- 
lems with alcohol or drug addiction, and they are more 
likely than other people to commit suicide. 


Many people occasionally overeat, but are not con- 
sidered bulimic. According to the American Psychiatric 
Association’s definition, a bulimic binges on enormous 
amounts of food at least twice a week for three months 
or more. 


Bulimics plan their binges carefully, setting aside 
specific times and places to carry out their secret habit. 
They may go from restaurant to restaurant, to avoid 
being seen eating too much in any one place. Or they 
may pretend to be shopping for a large dinner party, 
when actually they intend to eat all the food them- 
selves. Because of the expense of consuming so much 
food, some resort to shoplifting. 


During a binge, bulimics favor high carbohydrate 
foods, such as doughnuts, candy, ice cream, soft 
drinks, cookies, cereal, cake, popcorn, and bread, con- 
suming many times the amount of calories they nor- 
mally would consume in one day. No matter what 
their normal eating habits, they tend to eat quickly 
and messily during a binge, stuffing the food in their 
mouths and gulping it down, sometimes without 
even tasting it. Some say they get a feeling of euphoria 
during binges, similar to the “runner’s high” that some 
people get from exercise. 


The self-induced vomiting that often follows eat- 
ing binges can cause all sorts of physical problems, 
such as damage to the stomach and esophagus, 
chronic heartburn, burst blood vessels in the eyes, 
throat irritation, and erosion of tooth enamel from 
the acid in vomit. Excessive use of laxatives can be 
hazardous, too. Muscle cramps, stomach pains, diges- 
tive problems, dehydration, and even poisoning may 
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result. Over time, bulimia causes vitamin deficiencies 
and imbalances of critical body fluids, which in turn 
can lead to seizures and kidney failure. 


Some researchers believe that an imbalance in the 
brain chemical serotonin underlies bulimia, as well as 
other types of compulsive behavior. The production of 
serotonin, which influences mood, is affected by both 
antidepressant drugs and certain foods. But most 
research on bulimia focuses on its psychological roots. 


Bulimia is not as likely as anorexia to reach life- 
threatening stages, so hospitalization is not usually 
necessary. Treatment generally involves psychother- 
apy and sometimes the use of antidepressant drugs. 
Unlike anorectics, bulimics usually admit they have a 
problem and want help overcoming it. Estimates of 
the rates of recovery from bulimia vary widely, with 
some studies showing low rates of improvement and 
others suggesting that treatment is effective. Even 
after apparently successful treatment, some bulimics 
relapse. 


Obesity 


Obesity is an excess of body fat. But the question 
of what constitutes an excess has no clear answer. 
Some doctors classify a person as obese whose weight 
is 20% or more over the recommended weight for his 
or her height. But other doctors say standard height 
and weight charts are misleading. They maintain that 
the proportion of fat to muscle, measured by the skin- 
fold “pinch” test, is a better measure of obesity. 
A person who is overweight, they point out, is not 
necessarily obese. A very muscular athlete, for exam- 
ple, might have very little body fat, but still might 
weigh more than the recommended weight for his or 
her height. 


The causes of obesity are complex and not fully 
understood. While compulsive overeating certainly 
can lead to obesity, it is not clear that all obesity results 
from overindulging. Recent research increasingly 
points to biological, as well as psychological and envi- 
ronmental factors that influence obesity. 


In the United States, people with low incomes are 
more likely to be obese than are the wealthy. Women are 
almost twice as likely as men to have the problem, but 
both men and women tend to gain weight as they age. 


In those people whose obesity stems from com- 
pulsive eating, psychological factors seem to play a 
large role. Some studies suggest that obese people are 
much more likely than others to eat in response to 
stress, loneliness, or depression. As they are growing 
up, some people learn to associate food with love, 
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Ebola virus 


KEY TERMS 


Morbid—From the Latin word for sick, pertaining 
to or inducing disease. 


Risk factor—Any habit, condition, or external force 
that renders an individual more susceptible to dis- 
ease. Cigarette smoking, for example, is a signifi- 
cant risk factor for lung cancer and heart disease. 


acceptance, and a feeling of belonging. If they feel 
rejected and unhappy later in life, they may use food 
to comfort themselves. 


Just as emotional pain can lead to obesity, obesity 
can lead to psychological scars. From childhood on, 
obese people are taunted and shunned. They may even 
face discrimination in school and on the job. The low 
self-esteem and sense of isolation that result may con- 
tribute to the person’s eating disorder, setting up an 
endless cycle of overeating, gaining more weight, feel- 
ing even more worthless and isolated, then gorging 
again to console oneself. 


People whose obesity endangers their health are 
said to be morbidly obese. Obesity is a risk factor in 
diabetes, high blood pressure, arteriosclerosis, angina 
pectoralis (chest pains due to inadequate blood flow to 
the heart), varicose veins, cirrhosis of the liver, and 
kidney disease. Obesity can cause complications dur- 
ing pregnancy and in surgical procedures. Obese peo- 
ple are about one and one half times more likely to 
have heart attacks than are other people. Overall, the 
death rate among people ages 20-64 is 50% higher for 
the obese than for people of normal weight. 


Since compulsive eating patterns often have their 
beginnings in childhood, they are difficult to break. 
Some obese people get caught up in a cycle of binging 
and dieting—sometimes called yo-yo dieting—that 
never results in permanent weight loss. Research has 
shown that strict dieting itself may contribute to com- 
pulsive eating. Going without their favorite foods for 
long periods makes people feel deprived. They are 
more likely, then, to reward themselves by binging 
when they go off the diet. Other research shows that 
dieting slows the dieter’s metabolism. When the person 
goes off the diet, he or she gains weight more easily. 


The most successful programs for dealing with 
overeating teach people to eat more sensibly and to 
increase their physical activity to lose weight gradually 
without going on extreme diets. Support groups and 
therapy can help people deal with the psychological 
aspects of obesity. 
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! Ebola virus 


The Ebola virus is one of two members of a family 
of viruses that is designated as the Filoviridae. The 
name of the virus comes from a river located in the 
Democratic Republic of the Congo, where the virus 
was discovered. 


The species of Ebola virus are among a number of 
viruses that cause a disease that is typified by copious 
internal bleeding and bleeding from various orifices of 
the body, including the eyes. The disease can be swiftly 
devastating and results in death in over 90% of cases. 


As of 2006, four species of Ebola virus have been 
identified, based on differences in their genetic sequen- 
ces and in the immune reaction they elicit in infected 
individuals. Three of the species cause disease in 
humans. These are Ebola-Zaire (isolated in 1976), 
Ebola-Sudan (also isolated in 1976), and Ebola-Ivory 
Coast (isolated in 1994). The fourth species, called 
Ebola-Reston, causes disease in primates. The latter 
species is capable of infecting humans but so far has 
not caused disease in humans. Ebola-Reston is named 
for the United States military primate research facility 
where the virus was isolated, during a 1989 outbreak 
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The Ebola virus. (© Corbis Sygma/Corbis.) 


of the disease caused by infected monkeys that had 
been imported from the Philippines. Until the nonhu- 
man involvement of the disease was proven, the out- 
break was thought to be the first outside of Africa. 


The appearance of the Ebola virus only dates back 
to 1976. The explosive onset of the illness and the 
under-developed and remote nature of the African 
region of the virus’s appearance, has complicated the 
definitive determinations of the origin and natural 
habitat of Ebola. The source of the Ebola virus is 
still unknown. However, given that filovirus, which 
produce similar effects, establish a latent infection in 
African monkeys, macaques, and chimpanzees, scien- 
tists consider the possibility that the Ebola virus like- 
wise normally resides in an animal that lives in Africa. 
A search for Ebola virus in such primates has so far 
not revealed evidence of the virus. 


Almost all confirmed cases of Ebola from 1976 to 
2002 have been in Africa. In the latest outbreak, which 
has been ongoing since late in 2001, 54 people died 
in the Gabon by February of 2002. In the past, one 
individual in Liberia presented immunological evi- 
dence of exposure to Ebola, but had no symptoms. 
As well, a laboratory worker in England developed 
Ebola fever as a result of a laboratory accident in 
which the worker was punctured by an Ebola- 
containing needle. 


The Ebola virus produces a high fever, headache, 
muscle aches, abdominal pain, tiredness, and diarrhea 
within a few days after infecting a person. Some people 
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will also display bloody diarrhea and vomit blood. At 
this stage of the disease some people recover. But, for 
most of those who are infected, the disease progresses 
within days to produce copious internal bleeding, 
shock, and death. 


Outbreaks of infection with the Ebola virus 
appear sporadically and suddenly. The outbreak rap- 
idly moves through the local population and often just 
as quickly ends. The initial infection is presumable by 
contact between the person and the animal that har- 
bors the virus. Subsequent person-to-person spread 
likely occurs by contamination with the infected 
blood or body tissues of an infected person in the 
home or hospital setting, or via contaminated needles. 
The fact that infected people tend to be in more under- 
developed regions, where even the health care facilities 
are not as likely to be equipped with isolation wards, 
furthers the risk of spread. The person-to-person pas- 
sage is immediate; unlike the animal host, people do 
not harbor the virus for lengthy periods of time. 


The possibility of air-borne transmission of the 
virus is debatable. Ebola-Reston may well have been 
transmitted from monkey to monkey in the Reston 
military facility via the air distribution system, since 
some of the monkeys that were infected were never in 
physical contact with the other infected monkeys. 
However, if the other species of the virus are capable 
of similar transmission, this has not yet been docu- 
mented. Laboratory studies have shown that Ebola 
virus can remain infectious when aerosolized. But the 
current consensus is that airborne transmission is pos- 
sible but plays a minor role in the spread of the virus. 


In the intervening years between the sporadic out- 
breaks, the Ebola virus probably is resident in the 
natural reservoir. 


Currently there is no cure for the infection caused 
by the Ebola virus. However, near the end of an out- 
break of the virus in 1995 in Kikwit, Africa, blood 
products from survivors of the infection were trans- 
fused into those actively experiencing the disease. Of 
those eight people who received the blood, only one 
person died. Whether or not the transfused blood 
conveyed protective factor was not ascertained. A 
detailed examination of this possibility awaits another 
outbreak. 


The molecular basis for the establishment of an 
infection by the Ebola virus is still also more in the 
realm of proposal than fact. One clue has been the 
finding of a glycoprotein that is a shortened version 
of the viral constituent in the in the circulating fluid of 
humans and monkeys. This protein has been sug- 
gested to function as a decoy for the immune system, 
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diverting the immune defenses from the actual site of 
viral infection. Another immunosuppressive mecha- 
nism may be the selective invasion and damage of the 
spleen and the lymph nodes, which are vital in the 
functioning of the immune system. 


The devastating infection caused by the Ebola 
virus is all the more remarkable given the very small 
size of the viral genome, or complement of genetic 
material. Fewer than a dozen genes have been 
detected. How the virus establishes an infection and 
evades the host immune system with only the capacity 
to code for less than twelve proteins is unknown. 
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f Ebony 


Ebony (Diospyros spp., family Ebenaceae) are 
species of tropical hardwood trees favored for their 
hard and beautiful wood. Only the black or brown 
heartwood is used commercially. There are more 
than 300 species of ebony, ranging in size from shrubs 
to trees taller than 100 feet (30 m). The best commer- 
cial ebony comes from India, Madagascar, Nigeria, 
Zaire, and the Celebes Islands. Most species of ebony 
are found in the tropics, but some are found in warm 
temperate zones. The latter includes the American 
persimmon (Diospyrus virginiana), whose heartwood 
is not a full black and does not have the extreme 
density that is so desirable for carving and fine wood- 
work. Aggressive harvesting of ebony has rendered 
many species of ebony rare and endangered, and con- 
sequently, quite valuable. 


Plants in the Ebenaceae family have simple, alter- 
nate, coriaceous (or leathery) leaves that are oblong or 
lanceolate, and vary in length according to species. 
The flowers are white or greenish-white, with at least 
four stamens. The globular fruits are sought by ani- 
mals and humans alike because of their sweetness 
when ripe. Some indigenous tribes use the fruit to 
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make beer. The leaves and other parts of the tree are 
used in traditional medicine to treat intestinal para- 
sites, wounds, dysentery, and fever, but laboratory 
tests have not verified the efficacy of this medicinal 
usage. 


The wood of the ebony is so dense, it rapidly dulls 
tools used for working, sawing, or turning it. Even 
termites will bypass a fallen ebony log. This density 
contributes to ebony’s commercial appeal, as it results 
in a finish that will take a high polish, adding to its 
beauty. The properties, attributed to ebony through 
both fact and myth, have been recognized for many 
generations. It has long been a favorite material for 
carving in Africa. Some rulers in India had scepters 
made from it, and also used it for their drinking vessels 
as it was believed to neutralize poisons. Today, ebony 
is used for many purposes, including tool and knife 
handles, furniture, inlay work, wall paneling, golf club 
heads, and musical instruments. 


For many years ebony was used for the black keys 
on pianos, but increasing costs have necessitated the 
use of synthetic substitutes. Today, only the most 
expensive concert pianos are still made with ebony. 
Ebony is also used in stringed instruments for tension 
pegs and fingerboards. 


Although there are many species of ebony, only a 
few provide commercial-grade wood, and the demand 
far exceeds the supply. Africa is the source of the most 
desirable, jet-black heartwood. It comes from the spe- 
cies Diospyrus crassiflora, commonly called African 
ebony. This ebony is prized for its intensely black 
core. With a wood-density of 64 pounds per cubic 
foot (1,030 kg/cu. m), it has a specific gravity of 1.03 
and will not float in water. It is found in Cameroon, 
Ghana, Nigeria, and Zaire. 


Diospyrus macassar, commonly called Macassar 
ebony, is not as plentiful as the African species, but its 
greater density makes it even more useful in certain 
types of manufacturing. With a weight of 68 pounds 
per cubic foot (1,090 kg/cu m), it is even more dense 
than African ebony. It has a specific gravity of 1.09, 
and also does not float. Macassar ebony is found 
mostly in the Celebes Islands of Indonesia, with 
some minor growth in India. The heartwood is fre- 
quently streaked with lighter bands, and this type is 
favored by piano makers. Because they are so difficult 
to dry, the trees are usually girdled to kill them and 
then left standing for two years to dry out. After they 
are felled and cut into lumber, they must dry for 
another six months. 
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KEY TERMS 


Calyx—Alll the sepals of a flower, collectively. 


Coriaceous—Leathery in texture, thicker than 
normal. 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Lanceolate—Lance shaped. 
Sepals—Usually outermost division of the calyx. 


Diospyros mespiliformis, also known as the Jakkal- 
sbessie (Jackal’s berry), Transvaal ebony, or Rhodesian 
ebony, is a straight tree that grows 70 feet (21 m) tall 
with a trunk up to 4 feet (1.4 m) or more in diameter. 
It is more widespread and abundant than other 
ebonies, but the heartwood is more brown than 
black, limiting its appeal. Among many native cul- 
tures, it serves a medicinal purpose and concoctions 
derived from the leaves and bark are used to treat 
wounds, fevers, and intestinal parasites. Color aside, 
the density of Rhodesian ebony renders it desirable 
for furniture, knife handles, and flooring. The fruit 
is edible. 


Diospyrus virginiana, the persimmon, or American 
ebony, is a native of the southeastern United States. It 
takes approximately 100 years to mature and grows to 
a height of 65 feet (20 m). Like the tropical ebonies, it 
has simple, alternate coriaceous leaves. The flowers 
are yellowish green and the fruit is yellow, globose, 
and somewhat larger than its tropical cousins (up to 
2.5 inches [6.4 cm] in diameter). The fruits are filled 
with many seeds and have a sweet, custard-like interior. 
Due to its hardness, the wood is used for handles, 
furniture, and golf club heads. Since there are no vast 
groves of persimmon, it is not of great economic impor- 
tance. Persimmon weighs 53-55 pounds per cubic foot 
(826-904 kg/cu m). 


The growing scarcity of all types of commercial 
ebony has steadily increased its value. All commer- 
cially valuable species are becoming rare, and some 
are endangered in their wild habitats. Many of the uses 
of ebony can be substituted by synthetic materials, 
such as hard plastics, although these do not have the 
aesthetic appeal of true ebony wood. 
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| Echiuroid worms 


Echiuroid worms, or echiurans, commonly called 
spoon worms, are soft-bodied, unsegmented, marine 
animals of worldwide distribution. The approximately 
125 species in the phylum Echiura occur mostly in the 
shallow intertidal zone of oceans. Most burrow or 
form tubes in sand or mud. Some live in discarded 
shells of sea urchins and sand dollars. Others inhabit 
cracks and crevices in rocks or coral fragments. Body 
length varies from a fraction of an inch to 20 in 
(50 cm) or more. There are two body divisions: the 
body proper, or trunk; and a proboscis, which is 
highly mobile and extensible, but not retractable into 
the trunk. The trunk may be smooth, or it may have 
rows of small papillae or tubercles, giving it a super- 
ficially segmented appearance. At its anterior end, 
close to the base of the proboscis, it bears a pair of 
curved or hooked chitinous processes called setae. 
(Presence of setae is a major characteristic of the 
phylum Annelida, in which the setae are more numer- 
ous.) In some species there are additional setae near 
the posterior end of the trunk. The body wall is mus- 
cular, and a spacious, fluid-filled cavity separates it 
from the gut. This cavity does not extend into the 
proboscis. The gut is much longer than the trunk, 
and parts of it are coiled. It begins at the mouth at 
the base of the proboscis, and terminates at the anus 
at the opposite end. 


The proboscis may be short, broad, and spoon- 
shaped, as in the common genus Echiurus, or it may be 
much longer than the trunk, narrow, and divided into 
two branches at the tip as in Bonellia. Its edges are 
rolled over ventrally to form a trough, which is lined 
by cilia and mucus-secreting cells. It is used in feeding 
to collect organic particles from the sandy or muddy 
substrate and to transport it to the mouth. Tube- 
dwelling echiurans, for example Urechis, collect their 
food by filter-feeding. This worm secretes a mucus 
funnel that strains out particles from water pumped 
into the tube. From time to time the mucus is trans- 
ported to the mouth and ingested, and a new funnel is 
formed. 


1433 


SULIOM ploiniysy 


Echolocation 


Respiratory gas exchange in echiuroid worms 
occurs between the body fluid and sea water, usually 
across the body wall. But at least in some species, water 
is pumped in and out of the lower part of the gut 
through the anus, and gas exchange takes place across 
the wall of the gut. Although a circulatory system of 
closed vessels is present, the blood is usually colorless 
and serves mainly to transport nutrients. A few echiur- 
ans do have blood that contains hemoglobin. Excretion 
is performed by tubular structures called nephridia 
whose number varies widely among the species. One 
end of each nephridium is funnel-shaped and ciliated, 
and opens into the body cavity. The other end is narrow 
and opens to the outside by means of a minute pore. 
The nervous system is simple, without a brain or speci- 
alized sense organs. Sexes are separate. Each individual 
has a single gonad, either testis or ovary, which devel- 
ops from the lining of the body cavity. Immature game- 
tes are shed into the body cavity. Upon maturation they 
are transported to the outside through the nephridial 
tubes. Fertilization is external, and a planktonic “tro- 
chophore” larva (found also in the segmented worms, 
phylum Annelida, and a few other groups) develops. 


Although in most echiurans males and females of a 
particular species look alike, an interesting example of 
sexual dimorphism and sex differentiation is presented 
by the European form Bonellia viridis. In this species, the 
male, which is ciliated and lacks a proboscis, is about 
0.4-0.8 in (1-2 mm) long. In contrast, the female’s trunk 
alone is 2.3—3.1 in (6-8 cm), with an even longer pro- 
boscis. The male lives in the female’s pharynx or occa- 
sionally in her body cavity; there may be as many as 10- 
15 males in a single female. About 17% of the larvae in 
this species are genetically male or female. The remain- 
ing majority of larva in this species develops into a 
female if it settles (at metamorphosis) some distance 
away from an existing female. On the other hand, if it 
settles close to a female, it develops into a male. It has 
been suggested that females produce and release into the 
surrounding water a “hormone” which has a masculin- 
izing effect on the developing trochophore. 


Echo see Acoustics 


| Echolocation 


In the animal kingdom, echolocation is an animal’s 
determination of the position of an object by the inter- 
pretation of echoes of sounds produced by the animal. 
Echolocation is an elegant evolutionary adaptation 
to a low-light niche. The only animals known to have 
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come to exploit this unique sense ability are mam- 
mals—bats, dolphins, porpoises, and toothed whales. 
It is now believed that these animals use sound to “see” 
objects in equal or greater detail than humans can see 
with reflected light. 


Echolocation in bats was first clearly described in 
1945 in a seminal paper by Griffin and Galambos enti- 
tled Development of the Concept of Echolocation. Bats 
that eat frogs, fish, and insects use echolocation to find 
their prey in total or near-total darkness. After emitting 
a sound, these bats can tell the distance, direction, size, 
surface texture, and material of an object from informa- 
tion in the returning echo. Although the sounds emitted 
by bats are at high frequencies, out of the range of 
human hearing, these sounds are very loud—as high 
as 100 decibels, which is as loud as is a chainsaw or 
jackhammer to a human ear. People detect the echolo- 
cations as clicks or chirps. The fruit-eating and nectar- 
loving bats do not use echolocation. These daytime and 
dusk-active bats have keen senses of sight and smell. 


One question that puzzled scientists is how a bat 
can hear the echo of one sound while it is emitting 
another sound; why is the bat not deafened or dis- 
tracted by its own sounds? The answer is that the bat 
is deafened—but only for a moment. Every time a bat 
lets out a call, part of its middle ear moves, preventing 
sounds from being heard. Once the bat’s call is made, 
this structure moves back, allowing the bat to hear the 
echo from the previous call. 


One family of bats, the Vespertilionidae, emits 
ultrasonic sound pulses from their mouths in a narrow 
directed beam and uses their large ears to detect the 
returning echoes. Each sound pulse lasts 5-10 one- 
thousandth of a second and decreases in frequency 
from about 100,000 Hz at the beginning down to 
about 30,000 Hz. This change in frequency (or fre- 
quency modulation) is roughly equivalent to a 
human looking at an object under a range of different 
colors of light. When the bat is randomly scanning its 
environment, it puts out approximately 10 pulses per 
second. If it hears something interesting, it can more 
accurately examine the source by increasing the num- 
ber of pulses per second to approximately 200. 


Echolocation is also a feature of some marine 
mammals. Echolocation may work better under water 
than it does on land because water is a more effective 
and efficient conveyer of sound waves. Echolocation 
may be more effective for detecting objects underwater 
than light-based vision is on land. Sound with a broad 
frequency range has a more complex interaction with 
the objects that reflect it than does light. For this 
reason, sound can convey more information than light. 
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Like bats, marine mammals such as whales, por- 
poises, and dolphins emit pulses of sounds and listen for 
the echo. Also like bats, these sea mammals use sounds 
of many frequencies and a highly direction-sensitive 
sense of hearing to navigate and feed. Echolocation 
provides all of these mammals with a highly detailed, 
three-dimensional image of their environment. 


Whales, dolphins, and porpoises all have a weak 
sense of vision and of smell, and all use echolocation in 
a similar way. They first emit a frequency-modulated 
sound pulse. A large fatty deposit, sometimes called a 
melon, found in its head helps the mammal to focus 
the sound. The echoes are received at a part of the 
lower jaw sometimes called the acoustic window. The 
echo’s vibration is then transmitted through a fatty 
organ in the middle ear where it is converted to neural 
impulses and delivered to the brain. The brains of 
these sea mammals are at least as large relative to 
their body size as is a human brain relative to the size 
of the human body. 


Captive porpoises have demonstrated the ability 
to locate tiny objects and thin wires and distinguish 
between objects made of different metals and of differ- 
ent sizes. This is because an object’s material, struc- 
ture, and texture all affect the nature of the echo 
returning to the porpoise. 


Like bats, the toothed whales have specially adapted 
structures in the head for using echolocation. Some 
species of toothed whales have a bony structure in the 
head that insulates the back of the skull where sounds 
are received from the front of the skull where sounds 
are produced. The middle ear cavity is divided into a 
complex sinus that may help to acoustically separate 
the right and the left ears. This would enable the whale 
to more easily glean information from the echoes it 
receives. Other structures help to reduce the confusion 
of transmitted and received sound throughout the skull. 
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i Eclipse 


It is a coincidence of nature that the apparent sizes 
of the sun and of the moon in Earth’s sky are about the 
same. (The moon’s distance from the Earth has been 
increasing over hundreds of millions of years at about 
4 meters per century and will continue to do so, so this 
is a temporary arrangement.) Thus, on those rare 
occasions when the orbital motion of Earth and 
moon cause them to align with the sun, as seen from 
points on Earth, the moon will just cover the surface of 
the sun and day will suddenly become night. Those 
who are located in the converging lunar shadow that 
just reaches Earth will see a total eclipse of the sun. The 
converging shadow cone, within which the sun is com- 
pletely hidden by the moon, the umbral shadow of the 
moon. 


One can imagine a diverging cone with the moon 
at its apex in which only part of the sun is covered by 
the moon. This shadow is called the penumbra, or 
partially dark shadow. People on Earth located in 
this shadow will see the sun partially obscured or 
covered by the moon. Such an eclipse is called a partial 
solar eclipse. 


Because the base of this shadow cone is far larger 
than the umbral shadow, far more people see partial 
solar eclipses than see total solar eclipses. However, 
the impact on the observer of a total solar eclipse is far 
greater. Even a nearly total solar eclipse permits a 
small fraction of the solar surface to be visible, but 
covering the bright photosphere completely drops the 
light-level to a millionth of its normal value. During 
totality one can safely look directly at the sun and its 
corona, but this should not be done outside of totality 
during any partial or annular phases. The photo- 
spheric surface of the sun is so bright, its focused 
image on the retina of the eye can do permanent 
damage to an individual’s vision, including total blind- 
ness. Even viewing the sun through colored or smoked 
glass should be avoided, for the filter may pass infra- 
red or ultraviolet light not obvious to the observer, but 
it can still do extensive damage. While specially 
designed “sun filters” may provide viewing safety, 
the safest approach to looking at the sun is projecting 
its image from a small telescope or monocular onto a 
screen. Direct viewing and photographs of the pro- 
jected image can then be made in relative safety. 


To the observer of a total solar eclipse many 
strange phenomena are apparent at the same time. 
The progressive coverage of the solar photosphere by 
the moon reduces the solar heating of Earth, causing 
the local temperature to fall. The drop in temperature 
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Eclipse 


Table of eclipses 1995-2010 


Date 


Type of eclipse 


Time of mid eclipse EST* 


Duration of eclipse** 


Total length of eclipse 


Region of visibility‘ 


Apr. 15, 95 
Apr. 29, 95 
Oct. 24, 95 
Apr. 3, 96 
Sep. 26, 96 
Mar. 8, 97 
Mar. 23, 97 
Sep. 16, 97 
Feb. 26, 98 
Aug. 21, 98 
Feb. 16, 99 
Jul. 28, 99 
Aug. 11, 99 
Jan. 20, 00 
Jul. 16, 00 
Jan. 9, 01 
Jun. 21, 01 
Jul. 5, 01 
Dec. 14, 01 
Jun. 10, 02 
Dec. 4, 02 
May 15, 03 
May 30, 03 
Nov. 8, 03 
Nov. 23, 03 
May 4, 04 
Oct. 27, 04 
Apr. 8, 05 


Oct. 3, 05 

Oct. 17, 05 
Mar. 29, 06 
Sep. 7, 06 

Sep. 22, 06 
Mar. 3, 07 

Aug. 28, 07 
Feb. 6, 08 

Feb. 20, 08 
Aug. 1, 08 

Aug. 16, 08 
Jan. 26, 09 
Jul. 21, 09 
Dec. 31, 09 
Jan. 15, 10 
Jun. 26, 10 
Jul. 11, 10 
Dec. 21, 10 


Lunar-Partial 
Solar-Annular 
Solar-Total 
Lunar-Total 
Lunar-Total 
Solar-Total 
Lunar-Partial 
Lunar-Total 
Solar-Total 
Solar-Annular 
Solar-Annular 
Lunar-Partial 
Solar-Total 
Lunar-Total 


Lunar-Total 
Lunar-Total 
Solar-Total 
Lunar-Partial 
Solar-Annular 
Solar-Annular 
Solar-Total 
Lunar-Total 
Solar-Annular 
Lunar-Total 
Solar-Total 
Lunar-Total 
Lunar-Total 


Solar-Annular- 
Total 


Solar-Annular 
Lunar-Partial 
Solar-Total 
Lunar-Partial 
Solar-Annular 
Lunar-Total 
Lunar-Total 
Solar-Annular 
Lunar-Total 
Solar-Total 
Lunar-Partial 
Solar-Annular 
Solar-Total 
Lunar-Partial 
Solar-Annular 
Lunar-Partial 
Solar-Total 
Lunar-Total 


TAQA 
1AM 
Midnigh 
7:11 P 
9:55 P. 
8PM 
11:41 PM 
1:47 PM 
Noon 
9PM 
2 AM 
6:34 AM 
6 AM 
11:45 PM 
8:57 AM 
3:22 PM 
7AM 
9:57 AM 
4PM 
7 PM 
3 AM 
10:41 PM 
11 PM 
8:20 PM 
6PM 
3:32 PM 
10:05 PM 
4PM 


6 AM 
7:04 AM 
5 AM 
1:52 PM 
7AM 
6:22 PM 
5:38 AM 
11 PM 
10:57 PM 
5 AM 
4:11 PM 
3 AM 
10 PM 
2:24 PM 
2AM 
6:40 AM 
3 PM 
3:18 A 


6 min 38 sec 
2 min 10 sec 
86 min 

70 min 

2 min 50 sec 
62 min 

4 min 8 sec 
3 min 14 sec 
1 min 19 sec 
2 min 23 sec 
76 min 

106 min 

60 min 

4 min 56 sec 


3 min 54 sec 
1 min 13 sec 
2 min 4 sec 
52 min 

3 min 37 sec 
22 min 

1 min 57 sec 
76 min 

80 min 

42 sec 


4 m 32 sec 


4 min 7 sec 
7 min 9 sec 
74 min 

90 min 

2 min 14 sec 
50 min 

2 min 28 sec 
7 min 56 sec 
6 min 40 sec 


11 min 10 sec 


5 min 20 sec 
72 min 


1h12 min 


3h 36 min 
3h 22 min 
3h 22 min 
3h 16 min 


h 22 min 


h 22 min 
h 56 min 
h 16 min 


2h 38 min 


3h 14 min 


3h 30 min 
3h 22 min 
3h 38 min 


56 min 


1h 30 min 
3h 40 min 
3h 32 min 


3h 24 min 


3h8 min 


1h 00 min 


2h 42 min 


3h 28 min 


E. Hemisph. 

Pacific S. America 

Asia, Borneo, Pacific Ocean 
W. Hemisph. 

W. Hemisph. 

Siberia 

W. Hemisph. 

E. Hemisph. 

W. Pacific, S. Atlantic 
Sumatra, Pacific Ocn. 
Indian Ocn., Australia 
Europe-Asia 

Atlantic Ocn., Europe-Asia 
W. Hemisph. 

E. Hemisph. 

E. Hemisph. 

S. Atlantic, S. Africa 

E. Hemisph. 

Pacific Ocn., Cent. Amer. 
Pacific Ocn. 

Indian Ocn., Australia 
W. Hemisph. 

Iceland &amp; E. Arctic 
W. Hemisph. 

Antarctica 

E. Hemish. 

W. Hemisph. 

N. Central, Pacific Ocn. 


Atlantic Ocn., Spain, Africa 
E. Hemisph. 

Atlantic Ocn., Africa, Turk. 
E. Hemisph. 

N.E. of S.Amer. Atlant. 

W. Hemisph. 

W. Hemisph. 

S. Pacific, Antarctic 

W. Hemisph. 
Arctic-Cand., Siberia 

E. Hemisph. 

S. Atlantic, Indian Ocn. 
East Asia, Pacific Ocn. 

E. Hemisph. 

Africa, Indian Ocn. 

E. Hemisph. 

Pacific Ocn., S. America 
W. Hemisph. 


*Eastern Standard time is used for convenience. Since the path of a Solar Eclipse spans a good part of the Earth, only an approximate time to the nearest hour is 
given the mid-point of that path. 
**The time of the eclipse duration is for maximum extend of totality, except for annular eclipses where it marks the maximum duration of the annular phase. 

tThe visible location of lunar eclipses is approximately half the globe where the Moon is visible. For convience, the globe has been split into eastern and western 


hemispheres. Depending on the time of mid-eclipse, more or less of the entire eclipse may be visible from the specified hemisphere. 


Eclipses 1995-2010. (Thomson Gale.) 
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A total solar eclipse in La Paz, Baja California, Mexico, on July 
11, 1991. (Francois Gohier. Photo Researchers, Inc.) 


is accompanied by a rise in humidity and often a wind 
change. The covering of the central part of the sun’s 
disk also brings about a subtle color shift toward the 
yellow. In the final seconds before totality the last 
bright regions of the sun’s disk shine through the 
valleys at the limb of the moon, causing bright spots 
called “Baily’s Beads.” As the last of these disappear, 
the blood-red upper atmosphere of the sun called the 
chromosphere will briefly appear before it too is cov- 
ered, revealing the winding, sheet-white corona that 
constitutes the outer atmosphere of the sun and is less 
bright than the full moon. 


Birds roost and animals behave as if night had 
truly arrived. All the senses are assaulted at once 
both by the changes in the local environment and the 
changes to the sun. A solar eclipse makes such an 
impression on people that it is said St. Patrick used 
one to convert the Celtic Irish to Christianity in 
the fifth century. The ancient historian Herodotus 
reported that a total solar eclipse that occurred during 
a battle between the Lydians and the Medes in 585 BC 
caused the soldiers to throw down their weapons and 
leave the field. Otherwise professional astronomers 
have been known to stand and stare at the phenom- 
enon, forgetting to gather the data they have practiced 
for months and traveled thousands of miles to obtain. 


Outside the narrow band traced across Earth by the 
tip of the moon’s umbral shadow, part of the sun will be 
covered from those located in the expanding cone of the 
lunar penumbral shadow. An eclipse seen from such 
locations is said to be a partial solar eclipse. If the 
moon is near its farthest point from Earth, its dark 
umbral shadow does not quite reach Earth. Should 
this occur when the alignment for a solar eclipse is 
correct, the bright disk of the sun will only be partially 
covered. At the middle of the eclipse a bright annulus of 
the solar photosphere will completely surround the 
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dark disk of the moon. Such eclipses are called annular 
eclipses and may be considered a special case of a partial 
solar eclipse. Since part of the photosphere is always 
visible, one never sees the chromosphere or corona and 
the sky never gets as dark as during a total solar eclipse. 
However, there is a definite change in the color of the 
sunlight. Since the visible photosphere at the limb of the 
annularly eclipsed sun is cooler and more yellow than 
the center of the solar disk, the effect is for the daylight 
color to be shifted to the yellow. The effect is quite 
pronounced for eclipses occurring around local noon. 


Because the area on Earth covered by the moon’s 
umbra during a total eclipse is so small, it is quite rare 
for an individual to see one even though their fre- 
quency of occurrence is somewhat greater than lunar 
eclipses. Lunar eclipses occur when the moon passes 
into the shadow cast by Earth. During a lunar eclipse, 
the bright disk of the full moon is progressively covered 
by the dark disk of the umbral shadow of Earth. If the 
eclipse is total, the moon will be completely covered by 
that shadow. Should the alignment between the sun, 
earth, and moon be such that the moon simply grazes 
Earth’s umbra, the eclipse is called a partial. Lunar 
orbital paths that pass only through the penumbral 
shadow of Earth are called penumbral lunar eclipses. 
The dimming of the moon’s light in these eclipses is so 
slight that it is rarely detected by the human eye so little 
notice of these eclipses is made. 


Since the moon is covered by the shadow of Earth, 
any point on Earth from which the moon can be seen 
will be treated to a lunar eclipse. Thus they are far more 
widely observed than are total eclipses of the sun. 
However, because the sun is so much brighter than the 
full moon, the impact of a total lunar eclipse is far less 
than for a total solar eclipse. Unlike a solar eclipse where 
the shadow cast by the moon is totally dark, some light 
may be refracted by Earth’s atmosphere into Earth’s 
umbra so that the disk of the moon does not totally 
disappear during a total lunar eclipse. Since most of the 
blue light from the sun is scattered in the atmosphere 
making the sky blue, only the red light makes it into 
Earth’s umbral shadow. Therefore, the totally eclipsed 
moon will appear various shades of red depending on 
the cloud cover in the atmosphere of Earth. 


Lunar eclipses do not occur every time the moon is 
full, nor do solar eclipses happen each time the moon is 
new. Although the line-up between the sun, earth, and 
moon is close at these lunar phases, it is not perfect. 
The orbital plane of the moon is tipped about five 
degrees to the orbital plane of Earth. These two planes 
intersect in a line called the line of nodes. That line 
must be pointed at the sun in order for an eclipse to 
occur. Should the moon pass by the node between 
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Eclipse 


KEY TERMS 


Anomalistic month—The length of time required for 
the moon to travel around its orbit from its point of 
closest approach to Earth and back again. 


Chromosphere—The bright red ‘color sphere” seen 
surrounding the sun as a narrow band when the 
photosphere is obscured. 


Corona—A pearly white irregular shaped region 
surrounding the sun. It is visible only when the 
photosphere and chromosphere are obscured. 


Node—tThe intersection of the lunar orbit with the 
plane of Earth’s orbit about the sun. 


Nodical month—The length of time required for the 
moon to travel around its orbit from a particular node 
and back again. 


Penumbra—From the Greek term meaning “parti- 
ally dark.” Within the penumbral shadow part of 


Earth and the sun while the line of nodes is aimed at 
the sun, the alignment between the sun, moon, and 
Earth will be perfect and a solar eclipse will occur. If 
the moon passes through the node lying beyond Earth 
when the line of nodes is properly oriented, we see a 
lunar eclipse. 


Except for slow changes to the moon’s orbit, the 
line of nodes maintains an approximately fixed orien- 
tation in space as it is carried about the sun by Earth’s 
motion. Therefore, about twice a year the line of nodes 
is pointing straight at the sun and eclipses can occur. If 
the alignment is closely maintained during the two 
weeks between new moon and full moon, a solar 
eclipse will be followed by a lunar eclipse. A quick 
inspection of the table of pending eclipses shows that 
20 of the 47 listed eclipses occur within two weeks of 
one another, indicating that these are times of close 
alignment of the line of nodes with the sun. A further 
inspection shows that these pairs occur about 20 days 
earlier each year indicating that the line of nodes is 
slowly moving westward across the sky opposite to the 
annual motion of the sun. At this rate it takes about 
18.6 years for the nodes to complete a full circuit of the 
sky. Thus every 18-19 years eclipses will occur at about 
the same season of the year. After three of these sea- 
sonal cycles, or 56 years, the eclipses will occur on, or 
about, the same day. It is this long seasonal cycle that 
Gerald Hawkins associated with the 56 “Aubry 
Holes” at Stonehenge. He used this agreement to sup- 
port his case that Stonehenge was used to predict 
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the light source contributing to the eclipse will still 
be visible. 


Photosphere—From the Greek term meaning “light- 
sphere.” This is the bright surface we associate with 
sunlight. 


Saros—A cycle of eclipses spanning 18 years and 11 
days first recorded by the Babylonians. 


Synodic month—The time interval in which the 
phases of the moon repeat (from one full moon to 
the next), and averages 29.53 days. 


Umbra—From the Greek meaning dark. Within the 
umbral shadow no light will be visible except in the 
case of Earth’s umbral shadow where some red sun- 
light may be refracted by the atmosphere of the 
Earth. 


eclipses and the Aubry Holes were used to keep track 
of the yearly passage of time between seasonal eclipses. 


There are other cycles of eclipses that have been 
known since antiquity. It is a reasonable question to 
ask how long it will be before an eclipse will re-occur at 
the same place on Earth. The requirements for this to 
happen are relatively easy to establish. First, the moon 
must be at the same phase (i.e., either new or full 
depending on whether the eclipse in question is a 
solar or lunar eclipse). Secondly, the moon must be at 
the same place in its orbit with respect to the orbital 
node. Thirdly, the sun and moon must have the same 
distance from Earth for both eclipses. Finally, if the 
solar eclipses are to have similar paths across Earth, 
they must happen at the same time of the year. The first 
two conditions are required for an eclipse to happen at 
all. Meeting the third condition assures that the umbral 
shadow of the moon will reach Earth to the same extent 
for both eclipses. This means that the two eclipses will 
be of the same type (i.e., total or annular in the case of 
the sun). The last condition will be required for solar 
eclipses to be visible from the same location on Earth. 


The interval between successive phases of the 
moon is called the synodic month and is 29.5306 days 
long. Due to the slow motion of the line of nodes across 
the sky, successive passages of a given node, called the 
nodal month, occur every 27.2122 days. Finally, succes- 
sive intervals of closest approach to Earth (i.e., perigee 
passage) are known as the anomalistic month, which is 
27.55455 days long. For the first three conditions to be 
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met, the moon must have traversed an integral number 
of synodic, nodical, and anomalistic months in a nearly 
integral number of days. One can write these con- 
straints as equations whose solutions are integers. 
However, such equations, called Diophantine equa- 
tions, are notably difficult to solve in general. The 
ancient Babylonians found that 223 synodic months, 
242 nodical months, and 239 anomalistic months all 
contained about 6,585 1/3 days, which turns out to be 
just 11 days in excess of 18 years. They referred to the 
cycle as the Saros cycle, for it accurately predicted 
repeats of lunar eclipses of the same type and duration. 
However, the cycle missed being an integral number of 
days by about eight hours. Thus, solar eclipses would 
occur eight hours later after each Saros, which would 
be more than enough to move the path of totality away 
from any given site. After three such cycles, sometimes 
referred to as the Triple Saros, lasting 54 years and a 
month, even the same solar eclipses would repeat with 
fairly close paths of totality. Since the multiples of the 
various months do not exactly result in an integral 
number of days, the repetitions of the eclipses are not 
exactly the same, but they are close enough to verify the 
predictability and establish the cycles. The Babylonians 
were able to establish the Saros with some certainty. 
Their ability to do so supports Hawkins’ notion that 
the people who built Stonehenge were also capable of 
establishing the seasonal eclipse cycle. 


It is tempting to look for cycles of even longer 
duration in search of a set of synodic, nodical, and 
anomalistic months that would yield a more close 
number of days, but such a search would be fruitless. 
There are other subtle forces perturbing the orbit of 
the moon so that longer series of eclipses fail to repeat. 
Indeed, any series of lunar eclipses fails to repeat after 
about 50 Saros or about 870 years. Similar problems 
exist for solar eclipses. 


See also Calendars. 
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[ Ecological economics 


Conventional and ecological economics 


Economics is a social science that examines the 
allocation of scarce resources among various potential 
uses that are in competition with each other and 
attempts to predict and understand the patterns of 
consumption of goods and services by individuals 
and society. A core assumption of conventional eco- 
nomics is that individuals and corporations seek to 
maximize their profit within the marketplace. 


In conventional economics, the worth of goods or 
services are judged on the basis of their direct or 
indirect utility to humans. In almost all cases, the 
goods and services are assigned value (that is, they 
are valuated) in units of tradable currency, such as 
dollars. This is true of: (1) manufactured goods such 
as televisions, automobiles, and buildings, (2) the serv- 
ices provided by people like farmers, doctors, teachers, 
and baseball players, and (3) all natural resources that 
are harvested and processed for use by humans, 
including nonrenewable resources such as metals and 
fossil fuels, and renewable resources such as agricul- 
tural products, fish, and wood. 


Ecological economics differs from conventional 
economics in attempting to value goods and services 
in ways that are not only based on their usefulness to 
humans, that is, in a non-anthropocentric fashion. This 
means that ecological economics attempts to take into 
account the many environmental and social costs asso- 
ciated with the depletion of natural resources, as well as 
the degradation of ecological systems through pollu- 
tion, extinction, and other environmental damages. 
Many of these important problems are associated 
with the diverse economic activities of humans, but 
the degradation is often not accounted for by conven- 
tional economics. From the environmental perspective, 
the most important problem with conventional eco- 
nomics has been that the marketplace has not recog- 
nized the value of important ecological goods and 
services. Therefore, their degradation has not been 
considered a cost of doing business. Ecological eco- 
nomics attempts to find ways to consider and account 
for the real costs of environmental damage. 


Ecological goods and services 


Humans have an absolute dependence on a con- 
tinuous flow of natural resources to sustain their eco- 
nomic systems. There are two basic types of natural 
resources: nonrenewable and renewable. By defini- 
tion, sustainable economic systems and sustainable 
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human societies cannot be based on the use of non- 
renewable resources, because these are always depleted 
by usage, a process referred to as “mining.” Ultimately, 
sustainable systems can only be supported by the use 
of renewable resources, which if harvested and man- 
aged wisely, can be available forever. Because most 
renewable resources are the goods and services of eco- 
systems, economic and ecological systems are highly 
interdependent. 


In theory, renewable natural resources can sustain 
harvesting indefinitely. However, to achieve a condi- 
tion of sustainable usage, the rate of harvesting must 
be smaller than the rate of renewal of the resource. For 
example, flowing water can produce hydroelectricity 
or for irrigation as long as the usage does not exceed 
the capacity of the landscape to yield water. 


Similarly, biological natural resources such as trees 
and hunted fish, waterfowl, and deer can be harvested 
to yield valuable products, as long as the rate of crop- 
ping does not exceed the renewal of the resource. These 
are familiar examples of renewable resources, partly 
because they all represent ecological goods and services 
that are directly important to human welfare, and can 
be easily valuated in terms of dollars. 


Unlike conventional economics, ecological eco- 
nomics also considers other types of ecological resour- 
ces to be important, even though they may not have 
direct usefulness to humans, and they are not valuated 
in dollars. Because the marketplace does not assign 
value to these resources, they can be degraded without 
conventional economic cost even though this results in 
ecological damage and ultimately harms society. Some 
examples of ecological resources that markets con- 
sider to be “free” goods and services include: 


(1) Nonexploited species of plants and animals 
that are not utilized as an economic resource, but are 
nevertheless important because they may have undis- 
covered uses to humans (perhaps as new medicines or 
foods), or are part of the aesthetic environment, or 
they have intrinsic value that exists even if they are not 
useful to humans; 


(2) Ecological services such as control over erosion, 
provision of water and nutrient cycling, and cleansing 
of pollutants emitted into the environment by humans, 
as occurs when growing vegetation removes carbon 
dioxide from the atmosphere and when microorganisms 
detoxify chemicals such as pesticides. 


Use of renewable resources by humans 
As noted above, sustainable economic systems can 


only be based on the wise use of renewable resources. 
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However, the most common way in which humans have 
used potentially renewable resources is by “overhar- 
vesting,” that is, exploitation that exceeds the capacity 
for renewal so that the stock is degraded and sometimes 
made extinct. In other words, most use of potentially 
renewable resources has been by mining, or use as if it 
were a nonrenewable resource. 


There are many cases of the mining and degrada- 
tion of potentially renewable resources, from all parts 
of the world and from all human cultures. In a broad 
sense, this syndrome is represented by extensive defor- 
estation, collapses of wild fisheries, declines of agricul- 
tural soil capability, and other resource degradations. 
The extinctions of the dodo, great auk, Steller’s sea 
cow, and passenger pigeon all represent overhunting 
so extreme that it took potentially renewable resources 
to biological extinction. 


The overhunting of the American bison and var- 
ious species of seals and whales all represent biological 
mining that took potentially renewable resources 
beyond the brink of economic extinction, so that it 
was no longer profitable to exploit the resource. 


These and many other cases of the degradation 
of renewable resources occurred because conventional 
economics did not value resource degradation prop- 
erly. Consequently, profit was only determined on 
the basis of costs directly associated with catching 
and processing the resource, and not on the costs of 
renewal and depletion. Similarly, conventional eco- 
nomics considers non-valuated goods and services 
such as biodiversity, soil conservation, erosion con- 
trol, water and nutrient cycling, and cleansing air and 
water of pollutants to be free resources so that no costs 
are associated with their degradation. 


Ecologically sustainable systems 


The challenge of ecological economics is to design 
systems of resource harvesting and management that 
are sustainable, so that human society can be sup- 
ported forever without degrading the essential, eco- 
logical base of support. 


Ecologically sustainable systems must sustain two 
clusters of values: (1) the health of economically val- 
uated, renewable resources, such as trees, fish, and 
agricultural soil capability, and (2) acceptable levels 
of ecological goods and services that are not conven- 
tionally valuated. Therefore, a truly sustainable sys- 
tem must be able to yield natural resources that 
humans need, and to provide that sustenance forever. 
However, the system must also provide services 
related to clean air and water and nutrient cycling, 
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while also sustaining habitat for native species and 
their natural ecological communities. 


To achieve this goal, ecologically sustainable sys- 
tems will have to be based on two ways of managing 
ecosystems: (1) as working ecosystems, and (2) as 
ecological reserves (or protected areas). The “working 
ecosystems” will be harvested and managed to yield 
sustainable flows of valuated resources, such as forest 
products, hunted animals, fish, and agricultural com- 
modities. However, some environmental costs will be 
associated with these uses of ecosystems. 


For example, although many species will find 
habitats available on working lands to be acceptable 
to their purposes, other native species and most natu- 
ral communities will be at risk on working landscapes. 
To sustain the ecological values that cannot be accom- 
modated by working ecosystems, a system of ecolog- 
ical reserves will have to be developed. These reserves 
must be designed to ensure that all native species are 
sustained at viable population levels, that there are 
viable areas of natural ecosystems, and that ecosys- 
tems will be able to supply acceptable levels of impor- 
tant services, such as control of erosion, nutrient 
cycling, and cleansing the environment of pollution. 


So far, ecologically sustainable systems of the sort 
described above are no more than a concept: None 
exist today. In fact, humans mostly exploit the poten- 
tially renewable goods and services of ecosystems in a 
nonsustainable fashion. Clearly this is a problem, 
because humans rely on these resources to sustain 
their economy. Ecological economics provides a 
framework for the design of better, ecologically sus- 
tainable systems of resource use. However, it remains 
to be seen whether human society will be wise enough 
to adopt these sustainable methods of organizing their 
economy and their interactions with ecosystems. 


See also Alternative energy sources; Ecosystem; 
Sustainable development. 
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tl Ecological integrity 


Ecological integrity is a relatively new concept that 
is being actively discussed by ecologists. However, a 
consensus has not yet emerged as to its definition. 
Clearly, human activities result in many environmental 
changes that enhance some species, ecosystems, and 
ecological processes, while at the same time causing 
important damage to others. The challenge for the 
concept of ecological integrity is to provide a means 
of distinguishing between responses that represent 
improvements in the quality of ecosystems, and those 
that are degradations. 


The notion of ecological integrity is analogous to 
that of health. A healthy individual is relatively vigo- 
rous in his or her physical and mental capacities, and is 
uninfluenced by disease. Health is indicated by diag- 
nostic symptoms that are bounded by ranges consid- 
ered to be normal, and by attributes that are regarded 
as desirable. Unhealthy conditions are indicated 
by the opposite, and may require treatment to prevent 
further deterioration. However, the metaphor of 
human and ecosystem health is imperfect in some 
important respects, and has been criticized by ecolo- 
gists. This is mostly because health refers to individual 
organisms, while ecological contexts are much more 
complex, involving many individuals of numerous 
species, and both living and nonliving attributes of 
ecosystems. 


Environmental stress is a challenge 
to ecological integrity 


Environmental stress refers to physical, chemical, 
and biological constraints on the productivity of spe- 
cies and the development of ecosystems. When they 
increase or decrease in intensity, stressors elicit eco- 
logical responses. Stressors can be natural environ- 
mental factors, or they can be associated with the 
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activities of humans. Some environmental stressors 
are relatively local in their influence, while others are 
regional or global in scope. Stressors are challenges to 
ecological integrity. 


Species and ecosystems have some capacity to 
tolerate changes in the intensity of environmental 
stressors, an attribute known as resistance. However, 
there are limits to resistance, which represent thresh- 
olds of tolerance. When these thresholds are exceeded, 
substantial ecological changes occur in response to 
further increases in the intensity of environmental 
stress. 


Environmental stressors can be categorized as 
follows: 


Physical stress 


Physical stress refers to brief but intense events of 
kinetic energy. Because of its acute episodic nature, 
this is a type of disturbance. Examples include vol- 
canic eruptions, windstorms, and explosions. 


Wildfire 


Wildfire is another disturbance, during which 
much of the biomass of an ecosystem combusts, and 
the dominant species may be killed. 


Pollution 


Pollution occurs when chemicals occur in concen- 
trations large enough to affect organisms, and thereby 
cause ecological change. Toxic pollution can be caused 
by gases such as sulfur dioxide and ozone, elements 
such as mercury and arsenic, and pesticides. Nutrients 
such as phosphate and nitrate can distort ecological 
processes such as productivity, causing a type of pol- 
lution known as eutrophication. 


Thermal stress 


Thermal stress occurs when releases of heat cause 
ecological responses, as occurs near natural, hot water 
vents in the ocean, or with industrial discharges of 
heated water. 


Radiation stress 


Radiation stress is associated with excessive loads 
of ionizing energy. This can be important on mountain- 
tops, where there are intense exposures to ultraviolet 
radiation, and in places where there are uncontrolled 
exposures to radioactive waste. 
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Climatic stress 


Climatic stress is caused by excessive or insuffi- 
cient regimes of temperature, moisture, solar radia- 
tion, or combinations of these. Tundra and deserts 
are climatically stressed ecosystems, while tropical 
rainforest occurs in places where climate is relatively 
benign. 


Biological stress 


Biological stress is associated with the complex 
interactions that occur among organisms of the same 
or different species. Biological stress can result from 
competition, herbivory, predation, parasitism, and 
disease. The harvesting and management of species 
and ecosystems by humans is a type of biological 
stress. 


Large changes in the intensity of environmental 
stress result in various types of ecological responses. 
For example, when an ecosystem is disrupted by an 
intense disturbance, there may be substantial mortal- 
ity of its species and other damage, followed by recov- 
ery through succession. In contrast, a longer-term 
intensification of environmental stress, possibly asso- 
ciated with chronic pollution or climate change, causes 
more permanent ecological adjustments to occur. 
Relatively vulnerable species are reduced in abun- 
dance or eliminated from sites that are stressed over 
the longer term, and their modified niches are assumed 
by organisms that are more tolerant. Other common 
responses include a simplification of species richness, 
and decreased rates of productivity, decomposition, 
and nutrient cycling. These changes represent an eco- 
logical conversion, or a longer-term change in the 
character of the ecosystem. 


Components of ecological integrity 


Many studies have been made of the ecological 
responses to disturbance and to longer-term changes 
in the intensity of environmental stress. These studies 
have examined stressors associated with, for example, 
pollution, the harvesting of species from ecosystems, 
and the conversion of natural ecosystems into man- 
aged agroecosystems. The commonly observed pat- 
terns of change in these sorts of stressed ecosystems 
are considered to represent some of the key elements of 
ecological integrity. Such observations can be used to 
develop indicators of ecological integrity, which are 
useful in determining whether this condition is 
improving or being degraded over time. It has been 
suggested that greater ecological integrity is displayed 
by systems with the following characteristics: 
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Resiliency and resistance 


Ecosystems with greater ecological integrity are, 
in a relative sense, more resilient and resistant to 
changes in the intensity of environmental stress. In 
the ecological context, resistance refers to the capacity 
of organisms, populations, and communities to toler- 
ate increases in stress without exhibiting significant 
responses. Resistance is manifest in thresholds of tol- 
erance. Resilience refers to the ability to recover from 
disturbance. 


Biodiversity 


In its simplest interpretation, biodiversity refers to 
the number of species in some ecological community or 
designated area, such as a park or a country. However, 
biodiversity is better defined as the total richness of 
biological variation, including genetic variation within 
populations and species, the numbers of species in 
communities, and the patterns and dynamics of these 
over large areas. 


Complexity of structure and function 


The structural and functional complexity of eco- 
systems is limited by natural environmental stresses 
associated with climate, soil, chemistry, and other fac- 
tors, and by stressors associated with human activities. 
As the overall intensity of stress increases or decreases, 
structural and functional complexity responds accord- 
ingly. Under any particular environmental regime, 
older ecosystems will generally be more complex 
than younger ecosystems. 


Presence of large species 


The largest, naturally occurring species in any eco- 
system generally appropriate relatively large amounts 
of resources, occupy a great deal of space, and require 
large areas to sustain their populations. In addition, 
large species are usually long-lived, and therefore inte- 
grate the effects of stressors over an extended time. 
Consequently, ecosystems that are subject to an intense 
regime of environmental stress cannot support rela- 
tively large species. In contrast, mature ecosystems of 
relatively benign environments are dominated by large, 
long-lived species. 


Presence of higher-order predators 


Because top predators are dependent on a broad 
base of ecological productivity, they can only be sus- 
tained by relatively extensive and/or productive 
ecosystems. 
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Controlled nutrient cycling 


Recently disturbed ecosystems temporarily lose 
some of their capability to exert biological control 
over nutrient cycling, and they often export large quan- 
tities of nutrients dissolved or suspended in stream 
water. Systems that do not “leak” their nutrient capital 
in this way are considered to have greater ecological 
integrity. 


Efficient energy use and transfer 


Large increases in environmental stress commonly 
result in community respiration exceeding productiv- 
ity, so that the standing crop of biomass decreases. 
Ecosystems that do not degrade their capital of bio- 
mass are considered to have greater integrity than those 
in which biomass is decreasing over time. 


Ability to maintain natural ecological values 


Ecosystems that can naturally maintain their spe- 
cies, communities, and other important characteristics, 
without interventions by humans through manage- 
ment, have greater ecological integrity. For example, 
if a rare species of animal can only be sustained 
through intensive management of its habitat by 
humans, or by management of its demographics, pos- 
sibly by a captive breeding and release program, then 
its populations and ecosystem are lacking in ecological 
integrity. 


Components of a “natural” community 


Ecosystems that are dominated by nonnative 
introduced species are considered to have less ecolog- 
ical integrity than those composed of native species. 


The last two indicators involve judgments about 
“naturalness” and the role of humans in ecosystems, 
which are philosophically controversial topics. However, 
most ecologists consider that self-organizing unman- 
aged ecosystems have greater ecological integrity than 
those that are strongly influenced by human activities. 
Examples of the latter include agroecosystems, for- 
estry plantations, and urban and suburban ecosys- 
tems. None of these systems can maintain themselves 
in the absence of large inputs of energy, nutrients, and 
physical management by humans. 


Indicators of ecological integrity 


Indicators of ecological integrity vary widely in 
their scale, complexity, and intent. For example, cer- 
tain metabolic indicators can suggest the responses by 
individual organisms and populations to toxic stress, 
as is the case of assays of detoxifying enzyme systems 
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KEY TERMS 


Stress—Environmental constraints that cause eco- 
logical disruptions (disturbances) or that limit the 
potential productivity of species or the develop- 
ment of ecosystems. Environmental stress is a chal- 
lenge to ecological integrity. 


that respond to exposure to persistent chlorinated 
hydrocarbons, such as DDT and PCBs. Indicators 
related to populations of endangered species are rele- 
vant to the viability of those species, as well as the 
integrity of their natural communities. There are also 
indicators relevant to processes occurring at the level 
of landscape. There are even global indicators relevant 
to climate change, such as depletion of stratospheric 
ozone and deforestation. 


Sometimes, relatively simple indicators can be 
used to integrate the ecological integrity of a large 
and complex ecosystem. In the western United 
States, for instance, the viability of populations of 
spotted owls( Strix occidentalis) is considered to be 
an indicator of the integrity of the types of old-growth 
forest in which this endangered bird breeds. If plans to 
harvest and manage those forests are judged to pose a 
threat to the viability of a population of spotted owls 
or the species, this would indicate a significant chal- 
lenge to the integrity of the entire old-growth forest 
ecosystem. 


Ecologists are also developing holistic indicators 
of ecological integrity. These are designed as compo- 
sites of various indicators, analogous to certain eco- 
nomic indices such as the Dow-Jones Index of the 
stock market, the Consumer Price Index, and gross 
domestic product indices of economies. Composite 
economic indicators like these are relatively simple to 
design because all of the input data are measured in a 
common way, for example, in dollars. However, in 
ecology there is no common currency among the var- 
ious indicators of ecological integrity, and it is there- 
fore difficult to develop composite indicators that 
people will agree upon. 


In spite of the difficulties, ecologists are making 
progress in their development of indicators of ecological 
integrity. This is an important activity, because people 
and their larger society need objective information about 
changes in the integrity of species and ecosystems so that 
actions can be taken to prevent unacceptable degrada- 
tions. It is being increasingly recognized that human 
economies can only be sustained over the longer term 
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by ecosystems with integrity. These must be capable of 
supplying continuous flows of renewable resources, such 
as trees, fish, agricultural products, and clean air and 
water. There are also important concerns about the 
intrinsic value of native species and their natural ecosys- 
tems, all of which must be sustained along with humans. 
A truly sustainable economy can only be based on eco- 
systems with integrity. 


See also Indicator species; Stress, ecological. 
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Bill Freedman 


i Ecological monitoring 


The goal of ecological monitoring is to provide 
information about changes to the structure and func- 
tion of ecosystems for use in impact assessment, 
education, environmental protection, or management. 
Environmental monitoring involves repeated measure- 
ments of inorganic, ecological, social, and/or economic 
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variables in ecosytems in order to detect changes over 
time and to predicting future change. 


Human activities have the potential to impact both 
environmental and the ecological sensitive areas. To 
effectively understand these impacts, it is important to 
understand their dimensions and dynamics. Ecological 
monitoring identifies any damage an ecosystem may be 
experiencing. It assesses how affected ecosystems 
change over time. Finally, it seeks to determine what 
the best means of prevention or mitigation might be. 
Ecological monitoring relies on long term programs of 
monitoring and research to provide information about 
the the causes and consequences of ecological changes. 


Humans and their societies have always been sus- 
tained by environmental resources. For almost all of 
human history the most important resources have been 
potentially renewable, ecological resources. Especially 
important have been animals that could be hunted, 
edible plants that could be gathered, and the produc- 
tivity of managed, agricultural ecosystems. More 
recently, humans have increasingly relied on the use 
of nonrenewable resources that are extracted from the 
environment, especially fossil fuels and metals. 


However, the ability of ecosystems to sustain 
humans is becoming increasingly degraded. This is largely 
because of the negative consequences of two, inter- 
acting factors: (1) the increase in size of the human 
population, which numbered more than 6.5 billion in 
2006, and (2) the increase in the quantities of resources 
used by humans, especially people living in developed 
countries, such as those of North America and Western 
Europe. 


Ecological degradation is important for two rea- 
sons: (1) it represents a decrease in the ability of 
Earth’s ecosystems to sustain humans and their activ- 
ities, and (2) it represents damage to other species and 
to natural ecosystems. The role of ecological monitor- 
ing is to detect ecological degradation, to understand 
its causes and consequences, and to find ways to effec- 
tively deal with the problems. 


Monitoring, research and indicators 


The success of ecological monitoring depends on: 
(1) the astute choice of appropriate ecological indicators 
to measure and (2) successful data collection. Choosing 
appropriate indicators can be difficult because in many 
situations there are a diverse array of potential charac- 
teristics that may be quantified. Successful data collec- 
tion can be expensive and difficult, and often requires 
measurements over long time periods in order to cor- 
rectly identify trends. 
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Monitoring programs are often be integrated with 
scientific research. The ultimate goals of an integrated 
program of ecological monitoring and research are to: 
(1) detect or forecast changes to the ecology of a 
region, and (2) determine the causes and implications 
of those changes. 


Monitoring involves the repeated measurement 
of ecological indicators. Changes in indicators are 
determined through comparison with their historical 
values, or with a reference or control situation. Often, 
monitoring may detect changes in indicators, but 
the causes of those changes may not be understood. 
To discover the causes of those changes, scientific 
research has to be undertaken. 


For example, monitoring of forests might detect a 
widespread decline of a species of tree. In many cases the 
cause species decline are not known, but they may be 
related to an environmental stress, such as air pollution, 
insect damage, climate change, or forestry. They may 
also be related to ecological factors, such as changes in 
primary productivity, amounts of living and dead bio- 
mass, age-class structure of trees and other species, 
nutrient cycling, soilerosion, or overall biodiversity. In 
an ecological monitoring program designed to study the 
health of a tree species, well-chosen indicators would be 
measured to determine the cause of species decline. 


Indicators used in ecological monitoring can be 
classified according to a simple model of stressor- 
exposure-response: 


(1) Stressors cause environmental and ecological 
changes, and are associated with physical, chemical, 
and biological threats to environmental quality. 
Stressors and their indicators are often related to 
human activities, for example, emissions of sulfur 
dioxide and other air pollutants, concentrations of 
secondary pollutants such as ozone, the use of pesti- 
cides and other toxic substances, or occurrences of 
disturbances associated with construction, forestry, 
or agriculture. Natural stressors include wildfires, hur- 
ricanes, volcanic eruptions, and climate change. 


(2) Exposure indicators are relevant to changes in 
the intensity of stressors, or to doses accumulated over 
time. Exposure indicators might only measure the 
presence of a stressor, or they might be quantitative 
and reflect the actual intensity or extent of stressors. 
For example, appropriate exposure indicators of 
ozone in air might be the concentration of that toxic 
gas, while disturbance could be indicated by the 
annual extent of habitat change caused by forest 
fires, agriculture, clear-cutting, or urbanization. 


(3) Response indicators reflect ecological changes 
that are caused by exposure to stressors. Response 
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Ecological monitoring 


indicators can include changes in the health of organ- 
isms, populations, communities, or ecosystems. 


Indicators can also take the form of composite 
indices, which integrate complex information. For 
reporting to the public, it is desirable to have compo- 
site indices of environmental quality, because complex 
changes can be presented in a simple manner. 
However, the design of composite indices of environ- 
mental quality or ecological integrity are controver- 
sial, because of difficulties in selecting component 
variables and weighing their relative importance. 


Monitoring addresses important issues 


Environmental monitoring programs commonly 
address issues related to changes in: (1) environmental 
stressors, for example, the chemical quality of water, 
air, and soil, and activities related to agriculture, for- 
estry, and construction; (2) the abundance and produc- 
tivity of economically important, ecological resources 
such as agricultural products, forests, and hunted fish, 
mammals, and birds; and (3) ecological values that 
are not economic resources but are nevertheless impor- 
tant, such as rare and endangered species and natural 
communities. 


Monitoring programs must be capable of detect- 
ing changes in all of the above, and of predicting future 
change. In North America, this function is carried out 
fairly well for categories (1) and (2), because these deal 
with economically important activities or resources. 
However, there are some important deficiencies in 
the monitoring of non-economic ecological values. 
As a result, significant environmental issues involving 
ecological change cannot be effectively addressed by 
society, because there is insufficient monitoring, 
research, and understanding. A few examples are: 


(1) Is a widespread decline of populations of migra- 
tory songbirds occurring in North America? If so, is 
this damage being caused by stressors occurring in their 
wintering habitat in Central and South America? Or 
are changes in the breeding habitat in North America 
important? Or both? What are the causes of these 
changes, and how can society manage the stressors 
that are responsible? 


(2) What is the scope of the global biodiversity 
crisis that is now occurring? Which species are affected, 
where, and why? How are these species important to 
the integrity of the biosphere, and to the welfare of 
humans? Most of the extinctions are occurring because 
of losses of tropical forest, but how are people of richer 
countries connected to the biodiversity-depleting stres- 
sors in poorer countries? 
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(3) What are the biological and ecological risks of 
increased exposures to ultraviolet radiation, possibly 
caused by the depletion of stratospheric ozone resulting 
from emissions of chlorofluorocarbons by humans? 


(4) What constitutes an acceptable exposure to 
potentially toxic chemicals? Some toxins, such as metals, 
occur naturally in the environment. Are there thresholds 
of exposure beyond which human emissions should not 
increase the concentrations of these chemicals? Is any 
increase acceptable for non-natural toxins, such as syn- 
thetic pesticides, TCDD, PCBs, and radionuclides? 


These are just a small sample of the important 
ecological problems that have to be addressed by eco- 
logical monitoring, research, and understanding. To 
provide the information and knowledge needed to deal 
with environmental problems, many countries are 
now designing programs for longer-term monitoring 
and research in ecology and environmental science. 


In the United States, for example, the Environ- 
mental Monitoring and Assessment Program (EMAP) 
of the Environmental Protection Agency is intended 
to provide information on ecological changes across 
large areas, by monitoring indicators at a large number 
of sites spread across the country. Another program has 
been established by the National Science Foundation 
and involves a network of Long-Term Ecological 
Research (LTER) sites (26 in 2006). 


State-of-the-environment reporting 
and social action 


The information from programs of environmental 
monitoring and research must be reported to govern- 
ment administrators, politicians, corporations, and 
individuals. This information can influence the atti- 
tudes of these groups, and thereby affect environmen- 
tal quality. Decision makers in government and 
industry need to understand the causes and conse- 
quences of environmental damage, and the costs and 
benefits of alternative ways of dealing with those 
changes. Their decisions are based on the balance of 
the perceived costs associated with the environmental 
damage, and the shorter-term, usually economic ben- 
efits of the activity that is causing the degradation. 


Information from environmental monitoring and 
research is interpreted and reported to the public 
by the media, educational institutions, state-of-the- 
environment reporting by governments, and by non- 
governmental organizations. All of these sources of 
information help to improve ecological literacy, which 
eventually influences public attitudes. Informed opin- 
ions about the environment will then influence 


GALE ENCYCLOPEDIA OF SCIENCE 4 


individual choices of lifestyle, which has important, 
mostly indirect effects on environmental quality. 
Public opinion also influences politicians and govern- 
ment administrators to more effectively manage and 
protect ecosystems. 


See also Ecosystem; Indicator species; Population, 
human; Stress, ecological. 
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Bill Freedman 


l Ecological productivity 


Ecological productivity refers to the primary fix- 
ation of solar energy by plants and the subsequent use 
of that fixed energy by plant-eating herbivores, 
animal-eating carnivores, and the detritivores that 
feed upon dead biomass. This complex of energy fix- 
ation and utilization is called a food web. 


Ecologists refer to the productivity of green plants 
as primary productivity. Gross primary productivity is 
the total amount of energy that is fixed by plants, while 
net primary productivity is smaller because it is 
adjusted for energy losses required to support plant 
respiration. If the net primary productivity of green 
plants in an ecosystem is positive, then the biomass of 
vegetation is increasing over time. 


Gross and net secondary productivities refer to 
herbivorous animals, while tertiary productivities 
refer to carnivores. Within food webs, a pyramid- 
shaped structure characterizes ecological productivity. 
Herbivores typically account for about 10% of primary 
productivity, and carnivores less than 1%. Any dead 
plant or animal biomass is eventually consumed by 
decomposer organisms, unless ecological conditions 
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do not allow this process to occur efficiently, in which 
case dead biomass will accumulate as peat or nonliving 
organic matter. 


Because of differences in the availabilities of solar 
radiation, water, and nutrients, the world’s ecosystems 
differ greatly in the amount of productivity that they 
sustain. Deserts, tundra, and the deep ocean are the 
least productive ecosystems, typically having an 
energy fixation of less than 0.5 x 10° kilocalories per 
square meter per year (thousands of keal/m?/yr; it 
takes one calorie to raise the temperature of one 
gram of water by 34°F [1°C] under standard condi- 
tions, and there are 1,000 calories in a kcal). 
Grasslands, montane and boreal forests, waters of 
the continental shelf, and rough agriculture typically 
have productivities of 0.5-3.0 x 10° kceal/m?/yr. Moist 
forests, moist prairies, shallow lakes, and typical agri- 
cultural systems have productivities of 3-10 x 10° 
kcal/m?/yr. The most productive ecosystems are fertile 
estuaries and marshes, coral reefs, terrestrial vegeta- 
tion on moist alluvial deposits, and intensive agricul- 
ture, which can have productivities of 10-25 x 10° 
keal/m?/yr. 


See also Carnivore; Ecological pyramids; Food 
chain/web; Herbivore. 


I Ecological pyramids 


Ecological pyramids are graphical representations 
used to represent the energy in various tophic levels of 
ecosystems. Ecological pyramids may depict the num- 
ber of individuals, the biomass, or the amount of 
energy in each trophic level. They are organized plants 
on the bottom, herbivores above the plants, and car- 
nivores above the herbivores. If the ecosystem sustains 
top carnivores, they are represented at the apex of the 
ecological pyramid. 


As energy is passed along a food chain through 
trophic interactions, substantial energy losses occur 
during each transfer. These energy losses are a conse- 
quence of the second law of thermodynamics, which 
states that whenever energy is transformed from 
one state to another, entropy increases. In biological 
energy transfer, increases in entropy generally result in 
the prodction of heat. Energy is converted from a 
highly ordered state in biomass to a much less-ordered 
condition as heat. Transfers of energy between organ- 
isms along food chains are inefficient resulting in a 
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Ecological pyramids are based on the productivity of organisms. Plants account for 90% of the total productivity of the food 
web, and herbivores account for most of the rest. Carnivores are responsible for less than 1% of ecological productivity. 


(Thomson Gale.) 


pyramid-shaped representation of productivity in eco- 
logical food webs. 


Ecological food webs 


Ecological food webs are based on the productiv- 
ity of autotrophs, which are organisms capable of 
utilizing inorganic forms of energy to synthesize 
organic compounds. The major autotrophs in ecosys- 
tems are plants, which perform photosynthesis for 
growth and reproduction. On average, plantphotosyn- 
thesis utilizes less than 1% of the solar radiation that is 
received at the surface of the Earth. Higher efficiencies 
are impossible for a number of reasons, including the 
second law of thermodynamics, but also other con- 
straining factors such as the availability of nutrients 
and moisture, appropriate temperatures for growth, 
and other environmental limitations. However, even 
relatively fertile plant communities can only achieve 
conversion efficiencies of 10% or so, and only for 
relatively short periods of time. 
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The solar energy fixed by green plants in photo- 
synthesis is, the energetic basis of the productivity of 
heterotrophic organisms, such as animals and micro- 
organisms. The biomass of plants is consumed by 
herbivores, animals in the next trophic level. How- 
ever, herbivores cannot convert all of the energy that 
they consume into biomass. The efficiency of this 
process is about 1-20%. The rest of the energy of the 
plants is either not assimilated or is converted into 
heat. Similarly, when carnivores eat other animals, 
only some of the fixed energy of the prey is converted 
into biomass of the predator. The rest is ultimately 
excreted, or is converted into heat. 


Ecological pyramids 


Because of the second law of thermodynamics, the 
trophic structure of energy, or productivity, is always 
pyramid shaped. In many ecosystems this shape is 
reflected in the number of individuals and the bio- 
mass at different trophic levels. However, these latter 
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variables are not pyramid shaped for all ecosystems. 
In the open ocean planktonic ecosystem, the phyto- 
plankton (or single-celled algae) typically have a sim- 
ilar biomass as the small animals (called zooplankton) 
that feed on them. However, the phytoplankton cells 
are relatively short-lived, and their biomass is regen- 
erated quickly. The herbivorous zooplankton has lon- 
ger life cycles, and their turnover rates are slower than 
the phytoplankton. Consequently, the productivity of 
the phytoplankton is much larger than that of the 
zooplankton, even though at any particular time 
their biomasses may be similar. 


In some ecosystems, the pyramid of biomass may 
be inverted, that is, characterized by a larger biomass 
of herbivores than of plants. Inverted ecological pyr- 
amids may occur in grasslands, where the dominant 
plants are relatively small but quite productive. In this 
case, the plants will not have much biomass at any 
time, but the rates of energy fixation are high. Indeed, 
the annual productivity of the plants in grasslands is 
much larger than that of the herbivores. In these 
regions, the herbivores that feed on the plants may 
be relatively large, long-lived animals, and they may 
maintain a larger total biomass than the vegetation. 
Inverted biomass pyramids of this sort occur in some 
temperate and tropical grasslands, especially during 
the dry seasons when there can be large populations of 
long-lived herbivores such as deer, bison, antelopes, 
gazelles, hippopotamuses, rhinos, elephants, and 
other large animals. 


When building ecological pyramids from numbers 
of individuals, inversions can also occur. For example, 
insects are the most important herbivores in most 
forests, where they can be found in great numbers. In 
contrast, the numbers of trees are much smaller, 
because each individual is large and occupies a great 
deal of space. However, building an ecological pyra- 
mid using energy in the forest is still governed by the 
second law of thermodynamics, and it is much wider at 
the bottom than at the top. 


Sustaining top carnivores 


Because of the serial inefficiencies of energy trans- 
fer along food chains, there are intrinsic, energetic 
limits to the numbers of top carnivores that ecosys- 
tems can sustain. If top predators such as lions or killer 
whales are to be sustained in an ecosystem, there must 
be a suitably large biomass of prey that these animals 
can exploit. Their prey must in turn be sustained by a 
suitably large biomass of autotrophs. Because of these 
energetic constraints, only very productive ecosystems 
can sustain top predators. 
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African savannas and grasslands sustain more 
species of higher-order carnivores than any other ter- 
restrial ecosystem. The most prominent of these top 
predators are lion, leopard, cheetah, hyena, and wild 
dog. Although these species may kill each other during 
aggressive interactions (lions and hyenas are well 
known for their mutual enmity), they do not regularly 
prey upon each other, and are all top predators. In this 
unusual case, a large number of top predators can be 
sustained because the grasslands ecosystem is very 
productive at its base. 


See also Autotroph; Carnivore; Food chain/web; 
Herbivore; Heterotroph; Trophic levels. 
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Bill Freedman 


l Ecology 


Ecology is the study of the relationships of organ- 
isms with their living and nonliving environment. 
Ecologists are interested in questions involving the nat- 
ural environment and, increasingly, are concerned about 
human-related environmental degradation. The study of 
ecology is fundamentally important in the design of 
systems of resource use and management that will sus- 
tain humans, other species, and natural ecosystems. 


Ecology is concerned with the relationships of 
organisms with their biological and nonliving environ- 
ment. These relationships can be complex, reciprocal 
interactions; put another way, organisms are influenced 
by their environment, but they also cause environmen- 
tal change, and are components of the environment of 
other organisms. Thus, ecology involves many relation- 
ships between different organisms, as well as between 
the organisms and the environments in which they live. 


Ecology is also be considered to be the study of 
the factors that influence the numbers and distribu- 
tion of organisms. Although mostly a biological sub- 
ject, ecology also draws upon other sciences, including 
chemistry, physics, geology, mathematics, computer 
science, and others. Often, ecologists must also deal 
with socioeconomic issues, because of the rapidly 
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increasing importance of human impacts on the 
environment. 


The biological focus of ecology is reflected by the 
majority of the time spent by ecologists in studies of 
organisms. Examples of common themes of ecological 
research are the physical and physiological adapta- 
tions of organisms to their environment, patterns of 
the distribution of organisms in space, and how these 
are influenced by environmental factors, and changes 
in the numbers of organisms over time and the envi- 
ronmental influences on these dynamics. 


An individual is a particular, distinct organism, 
with a unique complement of genetic information 
encoded in their genetic material (deoxyribonucleic 
acid or DNA). The physical and physiological attrib- 
utes of individuals are a function of their genetically 
defined capabilities (genotype) and environmental 
influences that affect the actual expression of the 
genetic capabilities (phenotype). Individuals are the 
units that are selected for (or against) during evolution. 


A population is a collection of individuals of the 
same species that are interbreeding, or exchanging 
genetic information. Evolution refers to changes over 
time in the genetic information of a population. 
Evolution can occur randomly, or given circumstances 
can favor advantageous phenotypes or select against 
less well-adapted genotypes. 


An ecological community is an aggregation of 
populations that are interacting physically, chemically, 
and behaviorally in the same place. Strictly speaking, a 
community consists of all plant, animal, and microbial 
populations occurring together on a site. Often, how- 
ever, ecologists study functional “communities” of sim- 
ilar organisms, for example, bird or plant communities. 


A broader aspect of ecology is known as the ecolog- 
ical landscape; an aggregation of communities on a 
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larger area of terrain. Sometimes, ecological units are 
classified on the basis of their structural similarity, even 
though their actual species may differ among widely 
displaced locations. A biome is such a unit. Examples 
of a biome include alpine and arctic tundra, boreal forest, 
deciduous forest, prairie, desert, and tropical rainforest. 


The biosphere is the integration of all life on 
Earth, and is spatially defined by the occurrence of 
living organisms. The biosphere is the only place in the 
universe known to naturally support life. 


Less than 1% of the solar energy reaching Earth’s 
surface is absorbed by green plants or algae and used 
in photosynthesis. However, this fixed solar energy is 
the energetic basis of the structure and function of 
ecosystems. The total fixation of energy by plants is 
known as gross primary production. Some of that 
fixed energy is used by plants to support their own 
metabolic demands, or respiration. The quantity of 
energy that is left over is known as net primary pro- 
duction. If the net primary production has a positive 
value, then plant biomass accumulates over time, and 
is available to support the energy requirements of 
plant eaters (herbivores), which are themselves avail- 
able as food to support to meat eaters (carnivores). 
Any plant or animal biomass that is not directly con- 
sumed eventually dies, and is consumed by decompos- 
ers, the most important of which are microorganisms 
such as bacteria and fungi. The complex of ecological 
relationships among all of the plants, animals, and 
decomposers is known as a food web. 


Compared with the potential biological “demand,” 
the environment has a limited ability to “supply” the 
requirements of life. As a result, the rates of critical 
ecological processes, such as productivity, are con- 
strained by so-called limiting factors, which are present 
in the least supply relative to the biological demand. A 
limiting environmental factor can be physical or chem- 
ical in nature, and the factors act singly, but sequentially. 
For example, if a typical unproductive lake is fertilized 
with nitrate, there would be no ecological response. 
However, if that same lake is fertilized with phosphate, 
there would be a great increase in the productivity of 
single-celled algae. If the lake is then fertilized with 
nitrate, there would be a further increase of productivity, 
because the ecological requirement for phosphate, the 
primary limiting factor, had previously been satiated. 


This example illustrates the strong influence that 
the environment has on rates of processes such as 
productivity, and on overall ecological development. 
The most complex, productive, and highly developed 
ecosystems occur in relatively benign environments, 
where climate and the supplies of nutrients and water 
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KEY TERMS 


Genotype—the genetic information encoded within 
the DNA of an organism (or a population, or a spe- 
cies). Not all of the information of the genotype is 
expressed in the phenotype. 


Interdisciplinary—A field of investigation that draws 
upon knowledge from many disciplines. 


Phenotype—The actual morphological, physiolog- 
ical, and behavioral expression of the genetic infor- 
mation of an individual, as influenced by its 
environment. 


Population biology—Study of changes in the abun- 
dance of organisms over time, and of the causes of 
those changes. 


are least limiting to organisms and their processes. 
Tropical forests and coral reefs are the best examples 
of well-developed, natural ecosystems of this sort. In 
contrast, environmentally stressed ecosystems are 
severely constrained by one or more of these factors. 
For example, deserts are limited by the availability of 
water, and tundra by a cold climate. 


In a theoretical environment with an unlimited 
availability of the requirements of life, organisms can 
maximize the growth of their individual biomass and of 
their populations. Conditions of unlimited resources 
might occur (at least temporarily), perhaps, in situa- 
tions that are sunny and well supplied with water and 
nutrients. Population growth in an unlimited environ- 
ment is exponential, meaning that the number of indi- 
viduals doubles during a fixed time interval. This is an 
enormous rate of growth, and it would never be sus- 
tainable under real-world ecological conditions. Before 
long, environmental conditions would become limiting, 
and organisms would begin to interfere with each other 
through an ecological process known as competition. 
In general, the more similar the ecological requirements 
of individuals or species, the more intense the competi- 
tion they experience. Therefore, competition among 
similar-sized individuals of the same species can be 
very intense, while individuals of different sized species 
(such as trees and moss) will compete hardly at all. 


Competition is an important ecological process, 
because it limits the growth rates of individuals and 
populations, and influences the kinds of species that 
can occur together in ecological communities. These 
ecological traits are also profoundly influenced by 
other interactions among organisms, such as herbi- 
vory, predation, and disease. 
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[ Ecosystem 


The term ecosystem (or ecological system) refers 
to communities of organisms and their environment. 
Ecosystems can vary greatly in size. Small ecosystems 
occur in tidal pools, in a back yard compost pile, or in 
the rumen of an individual cow. Larger ecosystems 
can include a lake or forest. Landscape-scale ecosys- 
tems comprise still-larger regions. Ultimately, all of 
Earth’s life and its physical environment represents 
an ecosystem known as the biosphere. 


With so much variation in what constitutes an 
ecosystem, it is useful to define the barrier of the 
system that is being studied. Depending on the specific 
interests of an ecologist, an ecosystem might be 
delineated as the shoreline vegetation around a lake, 
or perhaps the entire waterbody, or maybe the lake 
plus all the land that drains into the lake (a watershed). 


Ecosystems take various forms of energy and sim- 
ple inorganic materials, and create relatively focused 
combinations of these, occurring as the total amount 
of biological material (the biomass) of plants, animals, 
and microorganisms. Solar electromagnetic energy, 
captured by the chlorophyll of green plants, is a com- 
mon energy source of many ecosystems. The most 
important of the simple inorganic materials are carbon 
dioxide, water, and ions or small molecules containing 
nitrogen, phosphorus, potassium, calcium, magne- 
sium, sulfur, and some other nutrients. 


Virtually all ecosystems (and life itself) rely on 
inputs of solar energy to drive the physiological proc- 
esses by which biomass is synthesized from simple 
molecules. To carry out their various functions, eco- 
systems also need access to nutrients. Unlike energy, 
which can only flow through an ecosystem, nutrients 
can be utilized repeatedly. Through biogeochemical 
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A freshwater ecosystem. (Hans & Cassidy. Courtesy of Gale Group.) 


cycles, nutrients are recycled from dead biomass back 
into living organisms. 


One of the greatest challenges facing humans and 
their civilization is understanding the fundamentals of 
ecosystem organization—how they function and how 
they are structured. This knowledge is absolutely nec- 
essary if humans are to design systems that allow a 
sustainable utilization of the products and services of 
ecosystems. 


Anexample of a disastrous influence of humans on 
an ecosystem is the collapse of the cod fishery on the 
Grand Banks. This expanse of the Atlantic Ocean off 
the Eastern Coast of Maine and Atlantic Canada was 
once home to seemingly unlimited numbers of cod. 
However, over centuries destructive fishing practices 
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and overfishing decimated the cod stock to the point 
where the species became nearly extinct. As of 2006, 
the cod stock has not recovered. 


Bill Freedman 


| Ecotone 


An ecotone is a zone of transition between distinct 
ecological communities or habitats. Usually, the word 
refers to relatively sharp, local transitions, also known 
as edges. 
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Because many physical and chemical changes in 
the environment tend to be continuous, ecological 
transitions are often similarly gradual. For example, 
climate and precipitation change steadily across con- 
tinents and up the slopes of mountains. Because these 
environmental changes are gradual, communities of 
plants and animals often intergrade through wide, 
continuous transitions. 


Frequently, however, there are relatively sharp 
environmental interfaces associated with rapid 
changes that occur naturally at the edges of major 
geological or soil discontinuities along the interface 
of aquatic and terrestrial habitats or associated with 
the boundaries of disturbances such as landslides and 
wildfires. These are the sorts of environmental con- 
texts in which ecotones naturally occur. Human activ- 
ities also favor the occurrence of many ecotones, for 
example, along the edges of clearcuts, agricultural 
fields, highways, and residential areas. 


Disturbance-related ecotones exist in space, but 
often they eventually become indistinct as time passes 
because of the ecological process known as succession. 
For example, in the absence of an intervening disturb- 
ance, an ecotone between a forest and a field will even- 
tually disappear if the field is abandoned and succession 
allows a mature forest to develop over the entire area. 


The sharp ecological discontinuities at ecotones 
provide habitat for so-called “edge” species of plants 
and animals. These have a relatively broad ecological 
tolerance and within limits can utilize habitat on both 
sides of the ecotone. Examples of edge plants include 
many shrubs and vines that are abundant along the 
boundaries of forests in many parts of the world. Some 
animals are also relatively abundant in edges and in 
habitat mosaics with a large ratio of edge to area. 
Some North American examples of edge animals 
include white-tailed and mule deer, snowshoe hare, 
cottontail rabbit, blue jay, and robin. 


Because human activities have created an unnatu- 
ral proliferation of ecotonal habitats in many regions, 
many edge animals are much more abundant than 
they used to be. In some cases this has caused signifi- 
cant ecological problems. For example, the extensive 
range expansion of the brown-headed cowbird, a 
prairie-forest edge species, has caused large reductions 
in the breeding success of many small species of native 
birds, contributing to large declines in some of their 
populations. This has happened because the cowbird 
is a very effective social parasite that lays its eggs in the 
nests of other species who then rear the cowbird chick 
to the severe detriment of their own young. 


See also Biological community. 
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| Ecotourism 


Ecotourism, short for ecological tourism, refers to 
outdoor recreation, sightseeing, and guided natural 
history studies in remote or fragile natural areas, or 
archeological and cultural sites. It was created in its 
current form in the 1980s but became first well known 
when the United Nations declared the year 2002 to be 
the International Year of Ecotourism. Ecotourism 
usually involves travel, by people called ecotourists, 
to engage in activities such as trekking and hiking, 
diving, mountaineering, biking, and paddling, while 
exploring a region’s natural highlights, observing 
native animals, and learning about the area’s natural 
history. Ecotourists may also visit local cultural and 
historical sites, and even participate in cultural activ- 
ities. Many ecotours employ native guides and inter- 
preters who can help visitors fully appreciate the 
natural and cultural significance of their experience. 


Ecotourism and sustainable development 


Ecotourism is touted as a successful tool for pro- 
moting sustainable economic practices in developing 
nations, and for encouraging environmental conserva- 
tion worldwide. The guiding principle of sustainable 
development is to meet the needs and aspirations of a 
region’s present generation of people without compro- 
mising those of future generations. Sustainable develop- 
ment policies also seek to develop economic systems that 
run with little or no net consumption of natural resour- 
ces, and that avoid ecological damage. Ecotourism, like 
other successful sustainable development strategies, pro- 
vides a strong economic incentive to protect natural 
resources. Economies that depend on ecotourism dollars 
have an obvious interest in preserving the natural and 
culture features that these amateur naturalists and 
explorers pay to see. Furthermore, the environmental 
impacts and resource needs of ecotourism, which 
include development of trail systems and access roads, 
use of fuel and vehicles for transportation to and from 
the wilderness, and establishment of campsites, are min- 
imal, especially when compared to the land use practices 
that commercial nature travel often replaces. Finally, 
the firsthand experience of traveling in the wilderness, 
of observing natural complexity, and of reflecting on the 
fragility of ecosystems stressed by human uses often 
gives ecotourists and their local guides a new perspective 
on the value of environmental preservation and resource 
conservation. 


A number of international organizations, including 
the United Nations Environment Programme (UNEP) 
and Conservation International, support ecotourism as 
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a component of their sustainable development and 
environmental conservation strategies. While many 
governments and international non-governmental 
organizations (NGOs) promote ecotourism, they also 
caution that ecotourism must be practiced correctly 
in order to provide positive results for the region 
involved, and for the tour’s participants. Many of the 
activities offered by ecotourism companies, including 
high-altitude mountaineering, whitewater paddling, 
diving, and travel in the remote wilderness, are inher- 
ently dangerous, and require highly skilled guides. 
Furthermore, some of Earth’s most remarkable natural 
features exist in politically unstable nations, where 
international visitors may be unwelcome, and even 
unsafe. Ecotourism, practiced incorrectly, can also 
cause significant environmental damage. A safari hunt 
for an endangered animal in a country that has lax 
conservation laws, for example, is not a sustainable 
ecotour. Finally, ecotourism enterprises that exploit 
another region’s natural and cultural resources without 
contributing to the local economy do not meet the 
criteria for sustainable development. If none of the 
tourists’ money goes to the local businesses or conser- 
vation agencies, then often-poorer countries bear the 
financial responsibility of providing protected natural 
and cultural sites for wealthy foreigners to visit, but 
receive none of the financial reward. Organizations 
like the World Tourism Organization (WTO) and the 
International Ecotourism Society (IES) investigate var- 
ious ecotourism enterprises, and can provide potential 
ecotourists with valuable guidance in choosing a com- 
pany to guide them on a safe, sustainable adventure. 


Ecotourism enterprises 


Many private companies offer a wide variety of 
ecotours, as do a number of development and conser- 
vation-related NGOs. These businesses often enlist the 
logistical and marketing assistance of government 
agencies in the countries where their tours take place. 
Ecotourism companies typically supply a number of 
services to their clients: transportation to and from 
remote venues, food and cooking, lodging, local guid- 
ing, outdoor skills training, and expert interpretation 
of natural and cultural features. These services pro- 
mote in-depth exploration of the natural and cultural 
sites on the itinerary, minimize environmental impact, 
and allow clients to travel safely and comfortably in 
remote or environmentally fragile areas. 


Ecotours are available to all types of potential 
adventures with all kinds of interests. Ecotourists can 
visit and explore all seven continents, and all four 
oceans. The National Geographic Society (NGS), for 
example, explains in its Traveler magazine, July/ 
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KEY TERMS 


Ecotourism—Ecology-based tourism, focused pri- 
marily on natural or cultural resources. 


Sustainable development—Development that meets 
the needs and aspirations of the present generation, 
without compromising those of future ones. 


August 2006 issue, that there is an international effort 
underway to make ecotourism in Madagascar profit- 
able while reducing the need to cut down its forests for 
farmland (what is called deforestation). Some of the 
top destinations for ecotourism, according to NGS is 
hiking Machu Picchu in Peru, cruising the Galapagos 
Islands, exploring the Alaskan Frontier, visiting the 
pyramids of Egypt, diving in the Caribbean, and pho- 
tographing South African wildlife. Some of its high- 
lighted ecotours in 2007 include: Belize: Rainforests, 
Reefs, and Maya Ruins; British Isles; Celtic Lands; 
China Family Adventure; Classic Journey Through 
China; Exploring Pantagonia, Land of the Polar 
Bears; and Mongolia: Land of the Nomad. 


Meanwhile, the Smithsonian Institution offers study 
trips to hundreds of locations including Patagonia, 
Antarctica and Falklands, the rivers of West Africa, 
Tahiti and Polynesia, Yellowstone, Baja California, 
Australia, and the Southern Amazon. 


Some ecotours are athletically strenuous, some 
are luxurious, and some are scientific. There are 
groups that offer adventures for travelers on all types 
of budgets. There is also a wide range of ecotourism 
and outdoor education activities available to high 
school and college students. Some of these programs, 
including the National Outdoor Leadership School 
(NOLS), and Semester at Sea, offer high school and 
college credit for their courses. Other programs allow 
students to participate in international conservation 
efforts and natural science expeditions. Many schools 
and universities even offer their own off-campus pro- 
grams to augment natural, environmental, and social 
science curricula. 


It is difficult to place a number of tourists who 
participate in ecotourism each year because some of 
the activities that are touted as ecotouristic in nature 
are all too often just a hotel in an exotic and/or remote 
landscape, which is actually harming the environment 
and ecosystem. These environmentally irresponsible 
activities are sometimes called green-washing. As of 
2006, it is roughly estimated that there are over five 
million ecotourists each year, most of them originating 
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from the United States and Canada, but others also 
from Europe and Australia. 


See also Ecological economics; Ecological integ- 
rity; Ecological monitoring; Ecological productivity. 
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Ectoprocts see Moss animals 


| Edema 


Edema is the abnormally high accumulation of 
fluid in any given location in the body. Edema can 
result from trauma, as in a sprained ankle, or from a 
chronic condition such as heart or kidney failure. The 
word edema is from the Greek and means swelling. 
The presence of edema can be an important diagnostic 
tool for the physician. A patient who is developing 
congestive heart failure often will develop edema in 
the ankles. Congestive heart failure means that the 
heart is laboring against very high blood pressure 
and the heart itself has enlarged to the point that it is 
not effectively circulating the blood. Excess fluid will 
leave the circulatory system and accumulate between 
the cells in the body. Gravity will pull the fluid to the 
area of the ankles and feet, which will swell. The 
physician can press on the swollen area and the depres- 
sion left by his finger will remain after he/she lifts the 
pressure. The patient with congestive heart failure will 
develop edema in the lungs as well, and thus has a 
chronic cough. 


Individuals who have liver failure, often because 
of excessive alcohol consumption over a period of 
years, will develop huge edematous abdomens. The 
collection of fluid in the abdomen is called ascites 
(from the Greek word for bag). 


The presence of edema is not a diagnosis in itself. It 
signifies a more serious clinical condition that requires 
immediate attention. The failing heart reaches a point 
when it can no longer cope with the huge load of fluid 
and will become an ineffective pump. At that point, the 
only cure for the patient is to undergo a heart trans- 
plant. If the underlying problem is kidney failure, the 
patient can be placed on a dialysis machine several 
times a week to filter the excess water from the system 
along with any accumulated toxins. 


Other medical conditions may also induce edema, 
including left-sided heart failure, which can cause 
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Gross lymphedema in the arm of an elderly woman following 
radiotherapy treatment for breast cancer. (Dr. P. Marazzi. 
National Audubon Society Collection/Photo Researchers, Inc.) 


pulmonary edema as fluid shifts into the lungs; right- 
sided heart failure, which can cause swelling in the 
tissue of the lower legs and feet; kidney disease, 
because the accompanying decrease in sodium and 
water excretion can result in fluid retention and over- 
load; thyroid or liver disease, which change fluid 
movement in and out of the tissues; and malnutrition. 


Edema may occur in a single leg because of blood 
clots, which cause pooling of fluid; weakened veins that 
allow blood to gather; inflammatory diseases such as 
gout or arthritis; lymphedema (blocked lymph chan- 
nels that prevent proper draining); and tumors that 
compress leg vessels and lymph channels. 


Symptoms vary depending on the cause of edema. 
In general, weight gain, puffy eyelids, and swelling of 
the legs may occur because of excess fluid volume. 
Pulse rate and blood pressure may be elevated, while 
hand and neck veins may appear swollen. 


Diagnosis of edema often includes one or more of 
the following: echocardiography, ECG (electrocardio- 
gram), serum electrolyte tests, urinalysis, x rays, kid- 
ney function tests, and liver function tests. 


Treatment of edema depends on its cause. Generally, 
the patient may be told to reduce sodium intake; main- 
tain proper weight (extra weight slows fluid circulation 
and puts pressure on the veins); exercise to stimulate 
circulation; elevate the legs; use support stockings to 
promote circulation and decrease pooling of fluid due 
to gravity; get regular massages, unless blood clots are 
a problem; and stand and/or walk at least every hour 
or two during travel. 


In addition, physicians frequently prescribe diu- 
retics, digitalis, and diet for medical conditions that 
result in excess fluid volume. Diuretics are medications 
that promote urination of sodium and water. Digoxin 
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is a digitalis preparation that can decrease heart rate 
and increase the strength of the heart’s contractions. 
Adequate non-animal-source protein intake is also 
important, and patients should avoid alcohol, caf- 
feine, sugar, dairy products, soy sauce, animal protein, 
chocolate, olives, and pickles. 


In terms of alternative treatments, diuretic herbs 
can also help relieve edema. One of the best herbs for 
this purpose is dandelion (Taraxacum mongolicum), 
since, in addition to its diuretic action, it is a rich 
source of potassium. (Diuretics flush potassium from 
the body and it must be replaced to avoid a deficiency 
of this essential element mineral.) Hydrotherapy using 
daily contrast applications of hot and cold (either 
compresses or immersion) may also be helpful. 


EDTA see Ethylenediaminetetra-acetic acid 


f Eel grass 


Eel grasses (or eelgrasses) are 18-22 species of her- 
baceous aquatic plants. Marine plants are members of 
the family Zosteraceae, 12 species of which are in 
the genus Zostera. However, some plant systematists 
have treated the eel grasses as a component of a much 
larger family, the pondweeds or Potamogetonaceae. 
Freshwater species of eelgrass, which number between 
6 and 10, belong to the family Hydrocharitaceae and 
genus Vallisneria. 


Eel grasses have long, strap-like leaves that emerge 
from a thin rhizome growing in the surface sediment of 
the shallow-water, estuarine or marine wetlands of the 
temperate zone where these plants grow. At the end of 
the growing season, the dead leaves and stems of eel 
grass break away from the perennating (living over 
from season to season) rhizomes of the plant and 
wash up on shores in large quantities. 


The flowers of eel grasses are small, either male or 
female, and are aggregated into an inflorescence that 
may be unisexual or may contain flowers of both 
sexes. The fruit is a small seed. 


Zostera marina 1s a common species of marine eel 
grass in North America. This species is widespread in 
estuaries and shallow, marine bays. It is eaten by many 
marine invertebrates, and by swans, geese, and ducks 
in estuaries and other marine wetlands. During the 
1930s and 1940s, a mysterious disease affected eel 
grass beds over much of their range. The lack of forage 
was hard on some species of dependent wildlife, such 
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as the Brant goose, which declined greatly in abun- 
dance. In fact, an invertebrate known as the eel grass 
limpet (Lottia alvens) became extinct at about this 
time. Fortunately, the eel grass beds have since recov- 
ered, and again provide critical habitat for many spe- 
cies of wildlife. 


In the past, the large quantities of eel grass debris 
that often accumulate along shores in the autumn were 
collected and used for packing delicate objects and 
instruments for shipping, and for packing into the 
walls of houses as insulation. Today, the major eco- 
nomic importance of eel grasses is through the habitat 
and food they provide for aquatic wildlife. 


Eels see True eels 
Eggplant see Nightshade 


Einsteinium see Element, transuranium 


l El Nino and La Nina 


El] Nifio and La Nina are disruptions of the oce- 
anic and atmospheric systems of the equatorial Pacific 
Ocean that have far reaching effects on Earth’s 
weather patterns. El Nino and La Nina do not change 
with the regularity of the seasons; instead, they repeat 
about every two to seven years. They are the extremes 
in an aperiodic, or irregular, cycle called the El Nino 
Southern Oscillation (ENSO), during which warm 
surface waters from the western Pacific Ocean spread 
toward the South American coastline. 


During non-ENSO periods, southeasterly (east to 
west) trade winds push equatorial surface waters into 
western half of the Pacific, driving the northwest-flow- 
ing Southern Equatorial Current, and creating a 
mound of warm water around Indonesia. Sea surface 
temperatures near Indonesia are typically about 46°F 
(8°C) higher than those near Ecuador, and the sea 
surface is about 2 ft (0.7 m) higher. The pool of warm 
water in the western Pacific warms the air above it, 
creating an upward current of moist air that rises to 
form rain clouds. The coastal areas and islands of the 
western Pacific typically enjoy abundant rainfall and 
support lush, biologically diverse rainforests, including 
those of Borneo and New Guinea. Meanwhile, along 
the coast of South America, cold, nutrient-rich waters 
from the deep ocean rise to the sea surface, since the 
warmer surface waters have been blown westward. The 
result is called an upwelling, which nourishes abundant 
phytoplankton and zooplankton, the microscopic 
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plants and animals that form the base of the planktonic 
food chain. As a result, the South American upwelling 
is a very ecologically productive region. The cold water 
of an upwelling cools the air above it, creating high- 
pressure zones of sinking dry air. Regions near upwel- 
lings, like coastal Peru and Ecuador, tend to be arid 
(desertlike). 


An ENSO event begins with a slackening of the 
trade winds in the equatorial Pacific, and a correspond- 
ing collapse of the sea surface slope between Indonesia 
and South America. The pile of warm water in the 
western Pacific sloshes toward the coast of South 
America, and shuts down the South American upwell- 
ing. A dramatic warming of the waters off of South 
America and a corresponding decline of marine pro- 
ductivity indicates the El Nino phase of the southern 
oscillation. La Nina, the opposite phase of an ENSO 
cycle, occurs when the southeast trade winds are par- 
ticularly strong. La Nifia events are accompanied by 
colder-than-normal temperatures off South America, 
and an intensification of the South American upwell- 
ing. La Nifia events often, but not always, follow El 
Nifio events. 


El Nifio events occurred during 1982-1983, 1986— 
1987, 1991-1992, 1993, 1994, 1997-1998, 2002-2003 
and 2006. (It is unusual to have two El Nifios in row, as 
happed in 1993 and 1994. La Nifia episodes occurred 
recently in 1995-1996 and 1998-1999. 


Discovery and study of the El Nifio Southern 
Oscillation 


The name El Nifio comes from nineteenth century 
Peruvian and Ecuadorian fishermen. They noticed that 
some years, within a few months of the Christmas 
holiday, the seawater off the South American coast 
became warmer, the nearshore ocean currents assumed 
new patterns, and the fishing became poorer. Every few 
years, the changes were strong enough to wipe out a 
fishing season, and to bring significant, long-lasting 
changes in the weather. For example, normally dry 
areas on shore could receive abundant rain, turning 
deserts into lush grasslands for as long as these strong 
El Ninos lasted. Because the phenomenon happened 
close to Christmas each year, the fishermen dubbed it 
El Nino, Spanish for “the boy child,” after the Christ 
child. Only in the 1960s did scientists begin to realize 
that the strong El Nifio events were more than a local 
South American phenomenon, and were rather one 
half of a multi-year atmospheric-oceanic cycle that 
affects the entire tropical Pacific Ocean. The other 
half of the ENSO cycle has been named La Nifia, the 
girl child, or, less commonly, El Viejo, the old man. 
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El Niftio and La Nita 


The Southern Oscillation was detected, and named, 
in 1923 by Sir Gilbert Walker. Walker was the director 
of observatories in India, and was trying to understand 
the variations in the summer monsoons (rainy seasons) 
of India by studying the way atmospheric pressure 
changed over the Pacific Ocean. Based on meteorolo- 
gists’ previous pressure observations from many sta- 
tions in the southern Pacific and Indian oceans, 
Walker established that, over the years, atmospheric 
pressure oscillated back and forth across the ocean. In 
some years, pressure was highest in the Indian Ocean 
near northern Australia, and lowest over the southeast- 
ern Pacific, near the island of Tahiti. In other years, the 
pattern was reversed. He also recognized that each 
pressure pattern was correlated to certain weather, 
and the change from one phase to the other could 
mean the shift from rainfall to drought, or from good 
harvests to famine. In the late 1960s, Jacob Bjerknes, a 
professor at the University of California, first proposed 
that the Southern Oscillation and the strong El Nifio 
sea warming were two aspects of the same atmosphere- 
ocean cycle, and explained the ENSO phenomenon in 
terms of physical mechanisms. 


Regional Effects of El Nifio and La Nina 


Although El Nifio and La Nifia originates the 
southern tropical Pacific, its effects are felt throughout 
the world. The atmosphere and the ocean form a 
coupled system, that is, they respond to each other. 
Changes in the ocean cause a response in the winds 
above it, and vice versa. 


During El Nino years, fewer rain clouds form over 
Indonesia, the Pacific Islands, Australia, and Southeast 
Asia. Lush rain forests dry out and become fuel for 
forest fires. The area of heavy rain shifts to the mid- 
southern Pacific, where heavy rains inundate usually 
arid islands. In the eastern Pacific, the surface water 
becomes warmer. Ocean upwelling is weakened, and 
the surface water runs low on the nutrients that sup- 
port the ocean food chain. Many species of fish are 
driven elsewhere to find food; in severe El Nifio years 
fish populations may be almost completely wiped out. 
Bird species that depend on fish must look elsewhere, 
and the human fishing population faces economic 
hardship. At the same time, the warmer waters off- 
shore encourage the development of clouds and thun- 
derstorms. Normally dry areas in western South 
America, such as Peru and Ecuador, may experience 
torrential rains, flooding, and mud slides during the El 
Nifio phase. 


The climatic effects of El Nifio have long been 
noted in the tropical Pacific, and are now being studied 
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around the world. The altered pattern of winds, ocean 
temperatures, and currents during an El Nifo is 
believed to change the high-level winds, called the jet 
streams, that steer storms over North and South 
America. El Nifios have been linked with milder winters 
in western Canada and the northern United States, as 
most severe storms are steered northward toward 
Alaska. As Californians saw in 1982-83, and 1998— 
1999, an El Nifio can cause extremely wet winters 
along the west coast, and bring torrential rains to the 
lowlands and heavy snows to the mountains. Alteration 
of the jet streams by El Nifo can also contribute to 
storm development over the Gulf of Mexico, and to 
heavy rainfall in the southeastern United States. 
Similar changes occur in countries of South America, 
such as Chile and Argentina, while droughts may affect 
Bolivia and parts of Central America. 


El Nino also appears to affect monsoons, which 
are annual shifts in the prevailing winds that bring 
rainy seasons to India, southeast Asia, and portions 
of Africa. The rains of the monsoon are critical for 
agriculture; when the monsoon fails, millions of peo- 
ple risk starvation. It appears that El Ninos contribute 
to weakened monsoons in India and southeastern 
Africa, and tend to strengthen those in eastern Africa. 


In general, the effects of El Nifio are reversed 
during the La Nina extreme of the ENSO cycle. 
During the 1998-1999 La Nina episode, for example, 
the central and northeastern United States experi- 
enced record snowfall and sub-zero temperatures, 
rainfall increased in the Pacific Northwest, and a 
record number of tornadoes plagued the southern 
states. Not all El Nifios and La Nifias have equally 
strong effects on the global climate because every El 
Nifio and La Nifia event is of a different magnitude 
and duration. 


Predicting El Nino and La Nifia 


The widespread weather impacts of the two extreme 
phases of the El Nino Southern Oscillation cycle make 
understanding and predicting ENSO events a high pri- 
ority for atmospheric scientists and oceanographers. 
Researchers have developed computer models of 
the Southern Oscillation that mimic the behavior of 
the real atmosphere-ocean system, and predict future 
events. These computer simulations require the input 
of very large amounts of data about sea and wind con- 
ditions in the equatorial Pacific. A large and growing 
network of instruments, many of them owned and main- 
tained by the National Atmospheric and Oceanographic 
Administration (NOAA) provides these data. Ocean 
buoys, permanently moored in a transect across the 
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KEY TERMS 


El Nifto—The phase of the Southern Oscillation 
characterized by increased sea water temperatures 
and rainfall in the eastern Pacific, with weakening 
trade winds and decreased rain along the western 
Pacific. 


ENSO—Abbreviation for El Nifio/Southern Oscillation. 


Jet streams—High velocity winds that blow at 
upper levels in the atmosphere and help to steer 
major storm systems. 


La Nifia—The phase of the Southern Oscillation 
characterized by strong trade winds, colder sea 
water temperatures and dry weather in the eastern 
Pacific, with increased rainfall along the western 
Pacific. 


Monsoon—An annual shift in the direction of the 
prevailing wind that brings on a rainy season and 
affects large parts of Asia and Africa. 


Southern oscillation—A large scale variation in the 
winds, ocean temperatures and atmospheric pres- 
sure of the tropical Pacific Ocean which repeats 
about every three to four years. 


equatorial Pacific, constantly relay information on 
water temperature, wind, and air pressure to weather 
prediction stations around the world. The buoys are 
augmented by research ships, island weather stations, 
and Earth observing satellites. Even with mounting data 
and improving computer models, El Nino, La Nifia and 
the Southern Oscillation remain difficult to predict. 
However, the ENSO models, and analyses of past 
ENSO cycles, are now being used in several countries 
to help prepare for the next El Nifio. Countries most 
affected by the variations in El Nifio, such as Peru, 
Australia and India, presently use El Nino prediction 
to improve agricultural planning. 


See also Air masses and fronts; Oceanography. 
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| Eland 


Eland (Taurotragus oryx) are the largest African 
antelopes, weighing up to a 2,205 Ib (1,000 kg) and 
standing 6.6 ft (2 m) at the shoulder. They belong to 
the family Bovidae in the order Artiodactyla, the even- 
toed hoofed mammals. Eland belong to the tribe 
Tragelaphini, a closely-related group of African spi- 
ral-horned antelopes, whose members are not territo- 
rial. Both sexes posses long horns, and females are 
slightly smaller than males. 


Characteristics 


The horns of eland are about 2 ft (0.6 m) long, 
with one or two tight spirals. Eland have five or six 
white stripes on their bodies and white markings on 
their legs as well. The young are reddish brown, while 
older males are a bluish gray. Other distinctive mark- 
ings include a crest running along their spines, a tuft of 
hair on the tail (like a cow tail), and a large loose flap 
of skin below the neck (the dewlap). This adds to the 
eland’s bulky appearance. 


Eland are not fast runners, but they can trot at a 
speed of 13 mph (21 kph) for long periods and can 
easily jump over a 6 ft (2 m) fence. They are gregari- 
ous, living in loosely structured herds where bonding is 
only evident between mothers and their calves. The 
size of herds can be as large as 500 with subgroups 
made up of eland of the same gender and age. Their 
home range areas can encompass more than 150 sq mi 
(389 sq km) and they travel over greater distances 
throughout the year. 
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A bull eland in eastern Africa. (Christina Loke. Photo Researchers, Inc.) 


Female eland reach maturity at three years, males 
at four or five years. Males continue to grow even after 
maturity. Eland mate every other year. The gestation 
period lasts about nine months, resulting in a single 
calf. The newborn calf lies concealed in the grass or 
undergrowth for about a month and is visited for 
nursing by its mother twice a day. After this, the calf 
joins other young calves, forming a nursery group, 
watched over by female eland who protect the young 
from predators. 


Adaptation 


Eland can adapt to a wide range of conditions. 
They can be found in arid regions, savannas, wood- 
land and grassland areas, and in mountain ranges as 
high as 15,000 ft (4,570 m). Eland, like all bovids, are 
ruminants (cud-chewing animals) living on a diet of 
leaves, fruits, seed pods, flowers, tubers, and bark. 


They sometimes break down higher branches with 
their horns to feed on leaves of trees. Eland are adept 
at picking out high quality food from among poorer 
vegetation, a habit known as foliage gleaning. During 
rainy seasons eland graze on green grass. 


Eland are found in East Africa (Kenya, Malawi, 
and Mozambique) and in southern Africa (from 
Zimbabwe to South Africa). In West Africa (from 
Senegal to Sudan) a second species, the giant eland 
(T. derbianus) is found from Senegal in West Africa to 
southern Sudan and northern Uganda. Like other 
antelopes, eland are somewhat independent of drink- 
ing, since they are able to meet most of their needs 
from the water contained in plants they eat. Some of 
the strategies eland use in water conservation are com- 
mon to all antelopes. Seeking shade during the hottest 
part of the day and feeding during the coolest part is 
one strategy. Other water-conservation strategies 
include the ability to concentrate urine, heat storage, 


KEY TERMS 


Dewlap—A loose fold of skin that hangs from the 
neck. 


Foliage gleaner—An animal that selects the most 
nutritious leaves for its diet. 


Rinderpest—A contagious, often fatal, viral disease 
of cattle, sheep and goats, characterized by fever 
and the appearance of ulcers on the mucous mem- 
branes of the intestines. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Tribe—A classification of animals that groups sim- 
ilar species exhibiting common features. 


the ability to allow body temperature to rise, and 
exhaling dry air by recovering water that would other- 
wise be lost. 


Domestication and conservation 


Rock paintings indicate a domestic relationship 
between eland and bushmen. In Natal, South Africa, 
eland have been domesticated for use as both dairy 
and draft animals, and for their tough hides. On their 
own and in low-density areas, they are endangered by 
agricultural development, which diminishes their 
range, and by hunting. Their meat is considered deli- 
cious and is prized as a source of protein. Ranched 
eland are susceptible to ticks. These antelope also died 
in large numbers during the rinderpest epidemic of 
1896. Conservationists support planned domestica- 
tion since it preserves species otherwise threatened by 
the encroaching land use of humans. The populations 
of eland today are much reduced. These formerly 
abundant antelope are now found mainly in reserves 
in South Africa and Botswana. 


See also Antelopes and gazelles. 
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l Elapid snakes 


Elapid snakes are extremely venomous snakes such 
as cobras, mambas, kraits, tiger snakes, and coral 
snakes in the family Elapidae. This family, which 
includes about 300 species, is usually divided into two 
subfamilies—the Elapinae and the Hydrophiinae. The 
Elapinae includes coral snakes, cobras, mambas, and 
terrestrial kraits, while the Hydrophiinae includes the 
sea snakes, sea kraits, and Australo-Papuan elapids. 
Elapid snakes have a wide distribution from warm 
temperate climates to tropical climates, and are found 
on all continents except Antarctica. 


Biology of elapid snakes 


Elapid snakes have teeth on the front part of 
the upper jaw that are modified as paired fangs to inject 
venom into their victims. The fangs deliver the venom 
in much the same way that a hypodermic syringe deliv- 
ers a drug, i.e., as a subcutaneous injection under pres- 
sure through narrow tubes. The fangs of elapid snakes 
are permanently erect, and when the mouth is closed 
they are enclosed within a pocket in the outer lip, out- 
side of the lower mandible. At any one time, only two 
fanged teeth are functionally capable of delivering 
venom. However, there are a series of smaller, devel- 
oping fangs available as replacements, should the pri- 
mary ones be damaged, lost during use, or shed. Elapid 
snakes bite to subdue their prey, and when attempting 
to protect themselves from their own predators. 


Three species of elapid snakes have the ability to 
deliver their venom through the air, by “spitting” 
rather accurately towards the eyes of a predator, in 
some species to a distance of up to 9.8 ft (3 m). This is 
primarily a defensive behavior, rather than one used 
for hunting. The spitting cobra (Hemachatus hemacha- 
tus) of South Africa is especially accurate, and can 
propel its venom as far as 6.5 ft (about 2 m). Other 
spitting cobras are the African black-necked cobra 
(Naja nigricollis) and a subspecies of the Asian cobra 
(Naja naja sputatrix). If the venom of a spitting cobra 
is not quickly washed from the eyes, blindness could 
occur. 
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Elapid snakes 


A Siamese cobra. (Tom McHug. The National Audubon Society Collection/Photo Researchers, Inc.) 


When cobras feel threatened, they will raise the 
front of their body above the ground, and face the 
danger. At the same time, cobras use extensible neck 
ribs to spread their so-called “hood,” as a further 
warning to the potential predator. The erect stance 
and spread hood of cobras is a warning display, used 
to caution predators about meddling with a dangerous 
snake. 


Most elapid snakes are oviparous, meaning they 
lay eggs, which, after a period of incubation, hatch 
into young that are small replicas of the adult animals. 
Some species of elapid snakes, most commonly 
cobras, guard their eggs until they hatch. Some spe- 
cies, including the spitting cobra, are ovoviviparous, 
meaning the eggs are retained within the body of the 
female until they hatch, so that live snakes are born. 
Australian snakes in the genus Denisonia are vivipar- 
ous, meaning true eggs are never formed by the female, 
and live young are born. 
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The greatest recorded longevity of an elapid snake 
was for the forest cobra (Naja melanoleuca), which 
lived 29 years in captivity. 


Fish-eating sea snakes can reach a body length of 
9.2 ft (2.8 m) and occur in tropical waters in eastern 
Africa and the Red Sea, Asia, Australia, and many 
Pacific islands. Sea snakes have very toxic venom, but 
most species are not aggressive, and they rarely bite 
humans. Sea snakes have a laterally compressed, pad- 
dle-shaped tail, well adaptive to swimming, and most 
species are Ovoviviparous. Some species of sea snakes 
occasionally form mass aggregations, probably for 
breeding, and such gatherings have been estimated to 
contain several million individuals. 


One especially seafaring species, the pelagic sea 
snake (Pelamis platurus), ranges from the east coast of 
Africa, through the Indo-Pacific region, and has even 
crossed the Pacific Ocean, occurring in tropical waters 
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of western South America. Sea snakes are probably 
the basis of folk legends about sea serpents, although 
the living sea snakes do not closely resemble the fan- 
tastically large and aggressive serpents of folk lore. 


Species of elapid snakes 


Perhaps the world’s most famous species of elapid 
snake is a subspecies of the Asian cobra (Naja naja) 
known as the Indian cobra (N. n. naja), which is the 
serpent that is most often used by snake charmers. 
Often, the cobra emerges from the urn or sack in 
which it is kept, and then assumes its warning stance 
of an erect fore-body and spread hood. In addition, 
the serpent “dances” sinuously in response to the 
movements of the flute, as it is waved about in front 
of the cobra. Actually, the cobra is deaf to most of the 
music played by the charmer’s flute—it is only 
responding to the movement of the instrument. 


The world’s longest venomous snake is the king 
cobra (Ophiophagus hannah), which can attain a length 
of 18 ft (5.5 m). This impressive but uncommon snake 
is found in India and Southeast Asia, and it feeds 
primarily on other species of snakes. 


The mambas are four species of African elapids, 
of which the black mamba (Dendroapsis polylepis) is 
most feared, because it is relatively common and many 
people are bitten each year. This snake can grow to a 
length of 13 ft (4 m), and is probably the most swiftly 
moving of all snakes. 


Elapid snakes are relatively diverse and abundant 
in Australia, where species of venomous snakes actually 
outnumber nonvenomous snakes by four to one. The 
largest, most dangerous species is the tatpan (Oxyuranus 
scutellatus), an uncommon, aggressive, tropical species 
that can reach a length of 11.5 ft (3.5 m). However, 
several species of tiger snakes (Notechis scutatus and 
N. ater) are more common and widespread, and 
have particularly deadly venom. The death adders 
(Acanthophis antarcticus and A. pyrrhus) are viper-like 
elapids that are relatively common and widespread. 


American elapids are represented by about 40 
species of coral snakes, in the genera Micrurus and 
Micruroides. These snakes have extremely potent 
venom. However, coral snakes are not very aggres- 
sive, possessing relatively short fangs and a small 
mouth, so they cannot easily bite most parts of the 
human body, with fingers and toes being notable 
exceptions. Coral snakes are brightly colored with 
rings of black, red, and yellow. 


The most widespread species in North America is 
the eastern coral snake (Micrurus fulvius fulvius), 
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occurring widely in the southeastern United States 
from southern North Carolina to eastern Louisiana. 
The eastern coral snake likes to burrow, and is not 
often seen unless it is specifically looked for. This 
snake feeds almost entirely on reptiles, with frogs 
and small mammals also occasional prey. The eastern 
coral snake has brightly colored rings of red, yellow, 
and black on its body. These are a warning or apose- 
matic coloration, intended to alert predators to the 
dangers of messing with this potentially dangerous, 
venomous snake. 


However, in the coral snake the red and yellow 
rings occur adjacent to each other, unlike similarly 
colored but nonpoisonous species such as the scarlet 
kingsnake (Lampropeltis triangulum) and the scarlet 
snake (Cemophora coccinea). These latter snakes are 
mimics of the coral snake, which share aspects of its 
coloration to gain some measure of protection from 
predators. A folk saying was developed to help people 
remember the important differences in coloration 
between the coral snake and its harmless mimics: 
“Red touch yellow, dangerous fellow. Red touch 
black, venom lack.” The Texas coral snake (Micrurus 


fulvius tenere) occurs in parts of the central and south- 


western United States and Mexico. 


Elapid snakes and humans 


Species of elapid snakes are among the most 
feared of the serpents, and each year many people die 
after being bitten by these animals. This is especially 
true of certain tropical countries, particularly in India 
and tropical Asia, and in parts of Africa. For example, 
thousands of fatal snake bites occur each year in India 
alone. Wherever elapids and other poisonous snakes 
occur, there is a tangible risk of snake bite. 


However, in many places the magnitude of the 
risks of a snake bite are grossly overestimated by 
people. Except in the case of unusually aggressive 
species of snakes, it is extremely unlikely that a careful 
person will be bitten by a venomous snake, even where 
these animals are abundant. In the greater scheme of 
things, snake bites may be deadly, but in terms of 
actual risk, snakes are not usually very dangerous. 
This is especially true in North America, but some- 
what less so in some tropical countries. 


However, any bite by a poisonous snake should be 
treated as a medical emergency. First-aid procedures 
in the field can involve the use of a constriction band to 
slow the absorption of the venom into the general 
circulation, and perhaps the use of incision and suc- 
tion to remove some of the poison. Antivenins are also 
available for the venoms of many species of poisonous 
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Elasticity 


KEY TERMS 


Antivenin—An antitoxin that counteracts a specific 
venom, or a group of similar venoms. Antivenins 
are available for most types of snake venoms. 


Aposematic—Refers to a bright coloration of an 
animal, intended to draw the notice of a potential 
predator, and to warn of the dangers of toxicity or 
foul taste. 


snakes. Antivenins are commercially prepared serums 
that serve as antidotes to snake venoms if they are 
administered in time. 


It is regrettable that so many poisonous snakes— 
and harmless snakes—are killed each year by people 
with fears that are essentially misguided and over- 
blown. Snakes are a valuable component of natural 
ecosystems. Moreover, many species of snakes provide 
humans with useful services, for example, by preying 
on rodents that can potentially cause great damage in 
agriculture or serve as the vectors of human diseases. 
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I Elasticity 


Elasticity, in physics, is the ability of a material to 
return to its original shape and size after being 
stretched, compressed, twisted or bent. Elastic defor- 
mation (change of shape or size) lasts only as long as a 
deforming force is applied to the object, and disap- 
pears once the force is removed. Greater forces may 
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cause permanent changes of shape or size, called plas- 
tic deformation. Strain is the word used to describe the 
amount of deformation. 


Elasticity is sometimes also used as a branch of 
physics; that is, one that studies the properties of 
elastic materials. 


In ordinary language, a substance is said to be 
elastic if it stretches easily. Therefore, rubber is con- 
sidered a very elastic substance, and rubber bands are 
even called elastics by some people. Actually, how- 
ever, most substances are somewhat elastic, including 
steel, glass, and other familiar materials. 


Stress, strain, and elastic modulus 


The simplest description of elasticity is Hooke’s 
law, which states: “the stress is proportional to the 
strain.” This relation was first expressed by British 
scientist, Robert Hooke (1635-1702). He arrived at it 
through studies in which he placed weights on metal 
springs and measured how far the springs stretched in 
response. Hooke noted that the added length was 
always proportional to the weight; that is, doubling 
the weight doubled the added length. 


In the modern statement of Hooke’s law, the 
terms stress and strain have precise mathematical def- 
initions. Stress is the applied force divided by the area 
(which is acted upon by a force). Strain is the added 
length divided by the original length. 


To understand why these special definitions are 
needed, first consider two bars of the same length, 
made of the same material. One bar is twice as thick 
as the other bar. Experiments have shown that both 
bars can be stretched to the same additional length 
only if twice as much weight is placed on the bar that is 
twice as thick. Thus, they both carry the same stress, as 
defined above. 


The special definition of strain is required 
because, when an object is stretched, the stretch occurs 
along its entire length, not just at the end to which 
the weight is applied. The same stress applied to a long 
rod and a short rod will cause a greater extension of 
the long rod. The strain, however, will be the same on 
both rods. 


The amount of stress required to produce a given 
amount of strain also depends on the material being 
stretched. Therefore, the ratio of stress to strain is a 
unique property of materials, different for each sub- 
stance. It is called the elastic modulus (plural: moduli). 
It is also known as Young’s modulus, after English 
physicist and physician Thomas Young (1773-1829), 
who first described it. It has been measured for 
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thousands of materials. The greater the elastic modu- 
lus, the stiffer the material is. For example, the elastic 
modulus of rubber is about six hundred psi (pounds 
per square inch). That of steel is about 30 million psi. 


Other elastic deformations 


All deformations, no matter how complicated, can 
be described as the result of combinations of three basic 
types of stress. One is tension, which stretches an object 
along one direction only. Thus far, this discussion 
of elasticity has been entirely in terms of tension. 
Compression is the same type of stress, but acting in 
the opposite direction. 


The second basic type of stress is shear stress. This 
results when two forces push on opposite ends of an 
object in opposite directions. Shear stress changes the 
object’s shape. The shear modulus is the amount of 
shear stress divided by the angle through which the 
shape is strained. 


Hydrostatic stress, the third basic stress, squeezes 
an object with equal force from all directions. A famil- 
iar example is the pressure on objects under water due 
to the weight of the water above them. Pure hydro- 
static stress changes the volume only, not the shape of 
the object. Its modulus is called the bulk modulus. 


Elastic limit 


The greatest stress a material can undergo and still 
return to its original dimensions is called the elastic 
limit. When stressed beyond the elastic limit, some 
materials fracture, or break. Others undergo plastic 
deformation, taking on a new permanent shape. An 
example is a nail bent by excessive shear stress of a 
hammer blow. 


Elasticity on the atomic scale 


The elastic modulus and elastic limit reveal much 
about the strength of the bonds between the smallest 
particles of a substance, the atoms or molecules it is 
composed of. However, to understand elastic behavior 
on the level of atoms requires first distinguishing 
between materials that are crystalline and those that 
are not. 


Crystalline materials 


Metals are examples of crystalline materials. Solid 
pieces of metal contain millions of microscopically 
small crystals stuck together, often in random orienta- 
tions. Within a single crystal, atoms are arranged in 
orderly rows. Attractive forces on all sides hold them. 
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Scientists model the attractive force as a sort of a 
spring. When a spring is stretched, a restoring force 
tries to return it to its original length. When a metal 
rod is stretched in tension, its atoms are pulled apart 
slightly. The attractive force between the atoms tries to 
restore the original distance. The stronger the attrac- 
tion, the more force must be applied to pull the atoms 
apart. Thus, stronger atomic forces result in larger 
elastic modulus. 


Stresses greater than the elastic limit overcome the 
forces holding atoms in place. The atoms move to new 
positions. If they can form new bonds there, the mate- 
rial deforms plastically; that is, it remains in one piece 
but assumes a new shape. If new bonds cannot form, 
the material fractures. 


The ball and spring model also explains why met- 
als and other crystalline materials soften at higher 
temperatures. Heat energy causes atoms to vibrate. 
Their vibrations move them back and forth, stretching 
and compressing the spring. The higher the temper- 
ature, the larger the vibrations, and the greater the 
average distance between atoms. Less applied force is 
needed to separate the atoms because some of the 
stretching energy has been provided by the heat. The 
result is that the elastic modulus of metals decreases as 
temperature increases. 


Elastomers 


To explain the elastic behavior of materials like 
rubber a different model is required. Rubber consists 
of molecules, which are clusters of atoms joined by 
chemical bonds. Rubber molecules are very long and 
thin. They are polymers, long chainlike molecules 
built up by repeating small units. Rubber polymers 
consist of hundreds or thousands of atoms joined in 
a line. Many of the bonds are flexible, and can rotate. 
The result is a fine structure of kinks along the length 
of the molecule. The molecule itself is so long that it 
tends to bend and coil randomly, for example, like a 
rope dropped on the ground. A piece of rubber, such 
as a rubber band, is made of vast numbers of such 
kinked, twisting, ropelike molecules. 


When rubber is pulled, the first thing that happens 
is that the loops and coils of the ropes straighten out. 
The rubber extends as its molecules are pulled out to 
their full length. Additional stress causes the kinks to 
straighten out. Releasing the stress allows the kinks, 
coils and loops to form again, and the rubber returns 
to its original dimensions. Materials made of long, 
tangled molecules stretch very easily. Their elastic 
modulus is very small. They are called elastomers 
because they are very elastic polymers. 
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Electric arc 


KEY TERMS 


Elastic deformation—A temporary change of shape 
or size due to applied force, which disappears 
when the force is removed. 


Elastic modulus—The ratio of stress to strain (stress 
divided by strain), a measure of the stiffness of a 
material. 


Plastic deformation—A permanent change of 
shape or size due to applied force. 


Strain—The change in dimensions of an object, 
due to applied force, divided by the original 
dimensions. 


Stress—The magnitude of an applied force divided 
by the area it acts upon. 


The kink model explains a very unusual property 
of rubber. A stretched rubber band, when heated, will 
suddenly contract. It is thought that the added heat 
provides enough energy for the bonds to start rotating 
again. The kinks that had been stretched out of the 
material return to it, causing the length to contract. 


Sound waves 


Elasticity is involved whenever atoms vibrate. An 
example is the movement of sound waves. A sound 
wave consists of energy that pushes atoms momentar- 
ily closer together. The energy moves through the 
atoms, causing the region of compression to move 
forward. Behind it, the atoms spring further apart, as 
a result of the restoring force. 


The speed with which sound travels through a 
substance depends in part on the strength of the forces 
between atoms of the substance. Strongly bound atoms 
readily affect one another, transferring the push due to 
the sound wave from each atom to its neighbor. 
Therefore, the stronger the bonding force, the faster 
sound travels through an object. This explains why it is 
possible to hear an approaching railroad train by put- 
ting one’s ear to the track, long before it can be heard 
through the air. The sound wave travels more rapidly 
through the steel of the track than through the air, 
because the elastic modulus of steel is a million times 
greater than the bulk modulus of air. 


Measuring the elastic modulus 
The most direct way to determine the elastic mod- 


ulus of a material is by placing a sample under 
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increasing stresses, and measuring the resulting 
strains. The results are plotted as a graph, with strain 
along the horizontal axis and stress along the vertical 
axis. As long as the strain is small, the data form a 
straight line for most materials. This straight line is the 
elastic region. The slope of the straight line equals the 
elastic modulus of the material. Alternatively, the elas- 
tic modulus can be calculated from measurements of 
the speed of sound through a sample of the material. 
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| Electric arc 


An electric arc is an electrical discharge between 
electrodes in the presence of gases. In an electric arc, 
electrons are emitted from a heated cathode. Arcs can 
be formed in high, atmospheric, or low pressures and 
in various gases. They are used for highly luminous 
lamps, furnaces, cutting and welding, and as tools for 
spectrochemical analysis. 


Electrical conduction in gases 


Gases consist of neutral molecules, and are, there- 
fore, good insulators; they do not supply free electrons 
that can move and so constitute an electrical current. 
Yet under certain conditions, a breakdown of this 
insulating property occurs, and current can pass 
through the gas. Several phenomena are associated 
with the electric discharge in gases; among them are 
the spark, dark (Townsend) discharge, glow, corona, 
and arc. In air under ordinary conditions, an electric 
field of intensity of about 30,000 volts per centimeter 
will separate electrons from air molecules and allow a 
current to flow—a spark or arc. 


In order to conduct electricity, two conditions are 
required. First, the normally neutral gas must create 
charges or accept them from external sources, or both. 
Second, an electric field should exist to produce the 
directional motion of the charges. A charged atom or 
molecule, or ion, can be positive or negative; electrons 
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are negative charges. In electrical devices, an electric 
field is produced between two electrodes, called anode 
and cathode, made of conducting materials. The proc- 
ess of changing a neutral atom or molecule into an 
ion is called ionization. Ionized gas is called plasma. 
Conduction in gases is distinguished from conduction 
in solids and liquids in that the gases play an active 
role in the process. The gas not only permits free 
charges to pass though, but itself may produce 
charges. Cumulative ionization occurs when the orig- 
inal electron and its offspring gain enough energy, so 
each can produce another electron. When the process 
is repeated over and over, the resulting process is 
called an avalanche. 


For any gas at a given pressure and temperature 
there is a certain voltage value, called breakdown 
potential, that will produce ionization. Application of 
a voltage above the critical value would initially cause 
the current to increase due to cumulative ionization, 
and the voltage is then decreased. If the pressure is not 
too low, conduction is concentrated into a narrow, 
illuminated, “spark” channel. By receiving energy 
from the current, the channel becomes hot and may 
produce shock waves. Natural phenomena are the 
lightning and the associated thunder, that consist of 
high voltages and currents that cannot be artificially 
achieved. 


An arc can be produced in high pressure following 
a spark. This occurs when steady conditions are 
achieved, and the voltage is low but sufficient to main- 
tain the required current. In low pressures, the transient 
stage of the spark leads to the glow discharge, and an 
arc can later be formed when the current is further 
increased. In arcs, the thermionic effect is responsible 
for the production of free electrons that are emitted 
from the hot cathode. A strong electric field at the 
metallic surface lowers the barrier for electron emis- 
sion, and provides a field emission. Because of the high 
temperature and the high current involved, however, 
some of the mechanisms of arcs cannot be easily 
studied. 


Properties of the arc 


The electric arc was first detected in 1808 by 
British chemist Humphry Davy. He saw a brilliant 
luminous flame when two carbon rods conducting a 
current were separated, and the convection current of 
hot gas deflected it in the shape of an arc. Typical 
characteristics of an arc include a relatively low poten- 
tial gradient between the electrodes (less than a few 
tens of volts), and a high current density (from 0.1 
amperes to thousands amperes or higher). High gas 
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temperatures (several thousands or tens of thousands 
degrees Kelvin) exist in the conducting channel, espe- 
cially in high gas pressures. Vaporization of the elec- 
trodes is also common, and the gas contains molecules 
of the electrodes material. In some cases, a hissing 
sound may be heard, making the arc “sing.” The 
potential gradient between the electrodes is not uni- 
form. In most cases, one can distinguish between three 
different regions: the area close to the positive elec- 
trode, termed cathode fall; the area close to the neg- 
ative electrode, or anode rise; and the main arc body. 
Within the arc body there is a uniform voltage gra- 
dient. This region is electrically neutral, where the 
cumulative ionization results in the number of positive 
ions equals the number of electrons or negative ions. 
The ionization occurs mainly due to excitation of the 
molecules and the gain of high temperature. 


The cathode fall region is about 0.01 mm with a 
potential difference of less than about 10 volts. Often 
thermionic emission would be achieved at the cathode. 
The electrodes in this case are made of refractive 
materials like tungsten and carbon, and the region 
contains an excess of positive ions and a large electric 
current. At the cathode, transition is made from a 
metallic conductor in which current is carried by elec- 
trons, to a gas in which conduction is done by both 
electrons, or negative ions and positive ions. The gas- 
eous positive ions may reach the cathode freely and 
form a potential barrier. Electrons emitted from the 
cathode must overcome this barrier in order to enter 
the gas. 


At the anode, transition is made from a gas, in 
which both electrons and positive ions conduct cur- 
rent, to the metallic conductor, in which current is 
carried only by electrons. With a few exceptions, pos- 
itive ions do not enter the gas from the metal. 
Electrons are accelerated towards the anode and pro- 
vide, through ionization, a supply of ions for the col- 
umn. The electron current may raise the anode to a 
high temperature, making it a thermionic emitter, but 
the emitted electrons are returned to the anode, con- 
tributing to the large negative space charge around it. 
The melting of the electrodes and the introduction of 
their vapor to the gas adds to the pressure in their 
vicinities. 


Uses of electric arcs 


There are many types of arc devices. Some operate 
at atmospheric pressure and may be open, and others 
operate at low pressure and are therefore closed in a 
container, like glass. The property of high current in 
the arc is used in the mercury arc rectifiers, like the 
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Electric charge 


KEY TERMS 


Artificial (hot) arc—An electric arc whose cathode 
is heated by an external source to provide ther- 
mionic emission, and not by the discharge itself. 


Cold cathode arc—An electric arc that operates on 
low boiling-point materials. 


Thermionic arc—An electric arc in which the elec- 
tron current from the cathode is provided predom- 
inantly by thermionic emission. 


thyratron. An alternate potential difference is applied, 
and the arc transfers the current in one direction only. 
The cathode is heated by a filament. 


The high temperature created by an electric arc in 
the gas is used in furnaces. Arc welders are used for 
welding, where a metal is fused and added in a joint. 
The arc can supply the heat only, or one of its electro- 
des can serve as the consumable parent metal. Plasma 
torches are used for cutting, spraying, and gas heating. 
Cutting may be done by means of an arc formed 
between the metal and the electrode. 


Arc lamps provide high luminous efficiency and 
great brightness. The light comes from the highly 
incandescence (about 7,000°F [3,871°C]) electrodes, 
as in carbon arcs, or from the heated, ionized gases 
surrounded the arc, as in flame arcs. The carbon arc, 
where two carbon rods serve as electrodes, was the 
first practical commercial electric lighting device, and 
it is still one of the brightest sources of light. It is used 
in theater motion-picture projectors, large search- 
lights, and lighthouses. Flame arcs are used in color 
photography and in photochemical processes because 
they closely approximate natural sunshine. The car- 
bon is impregnated with volatile chemicals, which 
become luminous when evaporated and driven into 
the arc. The color of the arc depends on the material; 
the material could be calcium, barium, titanium, or 
strontium. In some, the wavelength of the radiation is 
out of the visible spectrum. Mercury arcs produce 
ultraviolet radiation at high pressure. They can also 
produce visible light in a low pressure tube, if the 
internal walls are coated with fluorescence material 
such as phosphor; the phosphor emits light when illu- 
minated by the ultraviolet radiation from the mercury. 


Other uses of arcs include valves (used in the early 
days of the radio), and as a source of ions in nuclear 
accelerators and thermonuclear devices. The excita- 
tion of electrons in the arc, in particular the direct 
electron bombardment, leads to narrow spectral 
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lines. The arc, therefore, can provide information on 
the composition of the electrodes. The spectra of metal 
alloys are widely studied using arcs; the metals are 
incorporated with the electrodes material, and when 
vaporized, they produce distinct spectra. 


See also Electronics. 


Ilana Steinhorn 


l Electric charge 


Rub a balloon or styrofoam drinking cup against 
a wool sweater, and it will then stick to a wall (on a dry 
day) or pick up small bits of paper. Why? The inves- 
tigation of these static-electrical phenomena eventu- 
ally led scientists to the concept of electric charge. 


Electric charge is our way of measuring how 
much electric force an object can exert or feel. 
Electromagnetic forces are one of the four fundamen- 
tal forces in nature. The other three are the gravita- 
tional, strong nuclear, and weak nuclear forces. The 
electromagnetic force unifies both electrical and mag- 
netic forces. The magnetic forces appear when charges 
are moving; electric forces appear among charges 
whether they are moving or not. 


Electric charge plays much the same role in elec- 
tric force as mass plays in gravitation. That is, the 
force between two electric charges is proportional to 
the product of the two charges divided by the distance 
between them squared, just as the force between two 
masses is proportional to the product of the two 
masses divided by the distance between them squared. 
These two force laws for electric and gravitational 
forces have exactly the same mathematical form. 


There are however differences between the electric 
and gravitational forces. One difference is the electri- 
cal force is much stronger than the gravitational force. 
That is why the styrofoam cup mentioned above can 
stick to a wall. The electrical force pulling it to the wall 
is stronger than the gravitational force pulling it down. 


The second major difference is that the gravita- 
tional force is always attractive. The electrical force 
can be either attractive or repulsive. There is only one 
type of mass, but there are two types of electric charge. 
Like charges will repel each other and unlike charges 
will attract. Most matter is made up of equal amounts 
of both types of charges, so electrical forces cancel out 
over long distances. The two types of charge are called 
positive and negative, the names given by Benjamin 
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Franklin, the first American physicist. Contrary to 
what many people think, the terms positive and neg- 
ative don’t really describe properties of the charges. 
The names are completely arbitrary. 


An important property of electric charges that 
was discovered by Benjamin Franklin is that charge 
is conserved. The total amount of both positive and 
negative charges must remain the same. Charge con- 
servation is part of the reason the balloon and cup 
mentioned above stick to the wall. Rubbing causes 
electrons to be transferred from one object to another, 
so one has a positive charge and the other has exactly 
the same negative charge. No charges are created or 
destroyed; they are just transferred. The objects then 
have a net charge and electrical forces come into play. 


| Electric circuit 


An electric circuit is a system of conducting ele- 
ments designed through which electric current flows. 
(The word “circuit,” although now restricted mostly 
to electrical use, once signified any path that closed on 
itself, such as a racetrack.) Circuits may be artificial or 
natural. Artificial circuits consist of sources of electric 
energy such as generators and batteries; elements that 
transform, dissipate, or store this energy, such as resis- 
tors, capacitors, and inductors; and connecting wires. 
Circuits often include a fuse or circuit breaker to stop 
the flow of current from becoming excessive (a fire or 
device-damage hazard). 


Devices may be connected in a circuit in one of 
two ways, series or parallel. A series circuit forms a 
single pathway for the flow of current, while a parallel 
circuit offers separate paths or branches for the flow of 
current. 


The first electric circuit was invented by 
Alessandro Volta (1745-1847) in 1800. He discovered 
he could produce a steady flow of electricity using 
bowls of salt solution connected by metal strips. 
Later, he used alternating discs of copper, zinc, and 
cardboard that had been soaked in a salt solution to 
create his voltaic pile (an early battery). By attaching a 
wire running from the top to the bottom, he caused an 
electric current to flow through his circuit. The first 
practical use of the circuit was in electrolysis, which led 
to the discovery of several new chemical elements. 
Georg Ohm (1787-1854) discovered some conductors 
had more resistance than others, which affects their 
efficiency in a circuit. His famous law states that the 
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voltage across a conductor divided by the current 
equals the resistance, measured in ohms. Resistance 
causes heat to be dissipated in an electrical circuit, 
which is sometimes wanted and sometimes not. 


See also Electrical conductivity; Electrical power 
supply; Electrical resistance; Electronics; Integrated 
circuit. 


| Electric conductor 


An electric conductor (or simply “conductor’”) is 
any material that can efficiently conduct electricity. 
Good conductors include some metal, ionic solutions, 
and ionized gasses. 


Conduction of electricity 


Conduction, which is the movement of charges 
through a material medium, is caused done by the 
presence of an electric field in the conducting medium. 
Good conductors are materials that have available neg- 
ative or positive charges, like electrons or ions, which 
can move and so constitute a current. Semiconductors 
are less effective conductors of electricity, while many 
other materials, such glass and air, are insulators. 


In metals, the atomic nuclei form crystalline struc- 
tures, where electrons from outer orbits are mobile, or 
“free.” The current (the net transfer of electric charge 
per unit time) is carried by the free electrons. Yet the 
transfer of energy is done much faster than the actual 
movements of the electrons. Among metals at room 
temperature, silver is the best conductor, followed by 
copper. Iron is a relatively poor conductor. 


In electrolytic solutions, the positive and negative 
ions of the dissolved salts can carry current. Pure 
water is a good insulator, and various salts are fair 
conductors; together, as sea water, they make a good 
conductor. 


Gases are usually good insulators. Yet when they 
become ionized under the influence of strong electrical 
fields, they may conduct electricity. Some of the energy 
is emitted as light photons, with most spectacular 
effects are seen in lightning. 


In semiconductors like germanium and silicon, a 
limited number of free electrons or holes (positive 
charges) are available to carry current. Unlike metals, 
the conductivity of semiconductors increases with 
temperature, as more electrons are becoming free. 
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Electric current 


Types of conductors 


Electricity is transmitted by metal conductors. 
Wires are usually soft and flexible. They may be bare 
or, more commonly, coated with flexible insulating 
material. In most cases, they have a circular cross- 
section. Cables have larger cross-sections than wires 
and are usually stranded, built up as an assembly of 
smaller solid conductors. Cords are small-diameter 
flexible cables that are usually insulated. Multi- 
conductor cable is an assembly of several insulated 
wires in a common jacket. Bus-bars are rigid and 
solid, made in shapes like rectangular, rods or tubes, 
and are used in switchboards. 


Most conductors are made from copper or alumi- 
num, which are both flexible materials. While copper 
is a better conductor, aluminum is cheaper and lighter. 
For overhead lines the conductors are made with a 
steel or aluminum-alloy core, surrounded by alumi- 
num. The conductors are supported on insulators, 
which are usually ceramic or porcelain. They may be 
coated with rubber, polyethylene, asbestos, thermo- 
plastic, and varnished cambric. The specific type of the 
insulating material depends on the voltage of the cir- 
cuit, the temperature, and whether the circuit is 
exposed to water or chemicals. 


Resistance to electrical energy 


A perfect conductor is a material through which 
charges can move with no resistance, while in a perfect 
insulator it is impossible for charges to move at all. 
However, all conducting materials have some resist- 
ance to the electrical energy, with several major effects. 
One is the loss of electrical energy that converts to 
heat; the other is that the heating of the conductors 
causes them to age. In addition, the energy loss within 
the conductors causes a reduction in the voltage at the 
load. The voltage drop needs to be taken into consid- 
eration in the design and operation of the circuit, since 
most utility devices are operating within a narrow 
range of voltage, and lower than desired voltage may 
not be sufficient for their operation. 


Superconductors 


Superconductors carry electric current without 
any resistance, therefore without resistive energy 
loss. Superconductors exhibit several characteristics 
that are unknown in common conductors. For 
instance, they may repel external magnetic fields; mag- 
nets placed over superconducting materials will 
remain suspended in the air. While there is a great 
potential in using superconductors as carriers of 
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electrical energy, and for frictionless means of trans- 
portation, currently their use is limited. One of the 
reasons is their relatively low operating temperature; 
mostly close to the absolute zero, some higher, up to 
138K (135°C). 


See also Electronics. 


| Electric current 


Electric current is the result of the relative motion 
of net electric charge. In metals, the charges in motion 
are electrons. The magnitude of an electric current 
depends upon the quantity of charge that passes a 
chosen reference point during a specified time interval. 
Electric current is measured in amperes, with one 
ampere equal to a charge-flow of one coulomb per 
second. 


A current as small as a picoampere (one-trillionth 
of an ampere) can be significant. Likewise, artificial 
currents in the millions of amperes can be created for 
special purposes. Currents between a few milliamperes 
to a few amperes are common in radio and television 
circuits. An automobile starter motor may require 
several hundred amperes. 


Current and the transfer of electric charge 


The total charge transferred by an unvarying elec- 
trical current equals the product of current in amperes 
and the time in seconds that the current flows. If one 
ampere flows for one second, one coulomb will have 
moved in the conductor. If a changing current is 
graphed against time, the area between the graph’s 
curve and the time axis will be proportional to the 
total charge transferred. 


The speed of an electric current 


Electrical currents move through wires at a speed 
only slightly less than the speed of light. The electrons, 
however, move from atom to atom more slowly. Their 
motion is more aptly described as a drift. Extra elec- 
trons added at one end of a wire will cause extra 
electrons to appear at the other end of the wire almost 
instantly. Individual electrons will not have moved 
along the length of the wire but the electric field that 
pushes the charge against charge along the conductor 
will be felt at the distant end almost immediately. To 
visualize this, imagine a cardboard mailing tube filled 
with ping-pong balls. When you insert an extra ball in 
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one end of the tube, an identical ball will emerge from 
the distant end almost immediately. The original ball 
will not have traveled the length of the tube, but since 
all the balls are identical it will seem as if this has 
happened. This mechanical analogy suggests the way 
that charge seems to travel through a wire very 
quickly. 


Electric current and energy 


Heat results when current flows through an ordi- 
nary electrical conductor. Common materials exhibit 
an electrical property called resistance. Electrical 
resistance is analogous to friction in a mechanical 
system. Resistance results from imperfections in the 
conductor. When the moving electrons collide with 
these imperfections, they transfer kinetic energy, 
resulting in heat. The quantity of heat energy pro- 
duced increases as the square of the current passing 
through the conductor. 


Electric current and magnetism 


A magnetic field is created in space whenever a 
current flows through a conductor. This magnetic field 
will exert a force on the magnetic field of other nearby 
current-carrying conductors. This is the principle 
behind the design of an electric motor. 


An electrical generator operates on a principle 
similar to an electric motor. In a generator, mechan- 
ical energy forces a conductor to move through a 
magnetic field. The magnetic field forces the electrons 
in the conductor to move, which causes an electric 
current. 


Direct current 


A current in one direction only is called a direct 
current, or DC. A steady current is called pure DC. If 
DC varies with time it is called pulsating DC. 


Alternating current 


If a current changes direction repeatedly it is 
called an alternating current, or AC. Commercial elec- 
trical power is transported using alternating current 
because AC makes it possible to change the ratio of 
voltage to current with transformers. Using a higher 
voltage to transport electrical power across country 
means that the same power can be transferred using 
less current. For example, if transformers step up the 
voltage by a factor of 100, the current will be lower by 
a factor of 1/100. The higher voltage in this example 
would reduce the energy loss caused by the resistance 
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KEY TERMS 


Conventional current—Current assuming positive 
charge in motion. 


Coulomb—The standard unit of electric charge, 
defined as the amount of charge flowing past a 
point in a wire in one second, when the current in 
the wire is one ampere. 


Frequency—Number of times per unit of time an 
event repeats. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Picoampere—One trillionth of an ampere or 
10-'2amperes. 


Speed of light—Speed of electromagnetic radiation, 
usually specified in a vacuum. Approximately 
6.7 x 10° miles per hour (3 x 10° meters per 
second). 


of the wires to 0.01% of what it would be without the 
use of AC and transformers. 


When alternating current flows in a circuit the 
charge drifts back and forth repeatedly. There is a 
transfer of energy with each current pulse. Simple 
electric motors deliver their mechanical energy in 
pulses related to the power line frequency. 


Power lines in North America are based on AC 
having a frequency of 60 Hertz (Hz). In much of the 
rest of the world the power line frequency is 50 Hz. 
Alternating current generated aboard aircraft often 
has a frequency of 400 Hz because motors and gener- 
ators can work efficiently with less iron, and therefore 
less weight, when this frequency is used. 


Alternating current may also be the result of a 
combination of signals with many frequencies. The 
AC powering a loudspeaker playing music consists 
of a combination of many superimposed alternating 
currents with different frequencies and amplitudes. 


Current flow vs. electron flow 


We cannot directly observe the electrically- 
charged particles that produce current. It is usually 
not important to know whether the current results 
from the motion of positive or negative charges. 
Early scientists made an unfortunate choice when 
they assigned a positive polarity to the charge that 
moves through ordinary wires. It seemed logical that 
current was the result of positive charge in motion. 
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Electric motor 


Later it was confirmed that it is the negatively-charged 
electron that moves within wires. 


The action of some devices can be explained more 
easily when the motion of electrons is assumed. When 
it is simpler to describe an action in terms of the 
motion of electrons, the charge motion is called elec- 
tron flow. Current flow, conventional current, or 
Franklin convention current are terms used when the 
moving charge is assumed to be positive. 


Conventional current flow is used in science 
almost exclusively. In electronics, either conventional 
current or electron flow is used, depending on which 
flow is most convenient to explain the operation of a 
particular electronic component. The need for com- 
peting conduction models could have been avoided 
had the original charge-polarity assignment been 
reversed. 


See also Electronics. 
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| Electric motor 


An electric motor is a machine used to convert 
electrical energy to mechanical energy. Electric motors 
are important to modern-day life, being used in vac- 
uum cleaners, dishwashers, computer printers, fax 
machines, water pumps, manufacturing, cars (both 
conventional and hybrid), machine tools, printing 
presses, subway systems, and more. 


The major physical principles behind the opera- 
tion of an electric motor are known as Ampeére’s law 
and Faraday’s law. The first states that an electrical 
conductor sitting in a magnetic field will experience a 
force if any current flowing through the conductor has 
a component at right angles to that field. Reversal of 
either the current or the magnetic field will produce a 
force acting in the opposite direction. The second 
principle states that if a conductor is moved through 
a magnetic field, then any component of motion per- 
pendicular to that field will generate a potential differ- 
ence between the ends of the conductor. 
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Across section of a simple direct-current electric motor. At its 
center is the rotor, a coil wound around an iron armature, 
which spins within the poles of the magnet that can be seen on 
the inside of the casing. (Bruce Iverson. Science Photo Library, 
National Audubon Society Collection/Photo Researchers, Inc.) 


An electric motor consists of two essential elements. 
The first, a static component which consists of magnetic 
materials and electrical conductors to generate magnetic 
fields of a desired shape, is known as the stator. The 
second, which also is made from magnetic and electrical 
conductors to generate shaped magnetic fields which 
interact with the fields generated by the stator, is 
known as the rotor. The rotor comprises the moving 
component of the motor, having a rotating shaft to 
connect to the machine being driven and some means 
of maintaining an electrical contact between the rotor 
and the motor housing (typically, carbon brushes 
pushed against slip rings). In operation, the electrical 
current supplied to the motor is used to generate mag- 
netic fields in both the rotor and the stator. These fields 
push against each other with the result that the rotor 
experiences a torque and consequently rotates. 


Electrical motors fall into two broad categories, 
depending on the type of electrical power applied-direct 
current (DC) and alternating current (AC) motors. 


The first DC electrical motor was demonstrated 
by Michael Faraday in England in 1821. Since the only 
available electrical sources were DC, the first commer- 
cially available motors were of the DC type, becoming 
popular in the 1880s. These motors were used for both 
low power and high power applications, such as elec- 
tric street railways. It was not until the 1890s, with the 
availability of AC electrical power that the AC motor 
was developed, primarily by the Westinghouse and 
General Electric corporations. Throughout this dec- 
ade, most of the problems concerned with single and 
multi-phase AC motors were solved. Consequently, 
the principal features of electric motors were all devel- 
oped by 1900. 
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DC motor 


The operation of a DC motor is dependent on the 
interaction of the poles of the stator with a part of the 
rotor, or armature. The stator contains an even number 
of poles of alternating magnetic polarity, each pole con- 
sisting of an electromagnet formed from a pole winding 
wrapped around a pole core. When a DC current flows 
through the winding, a magnetic field is formed. The 
armature also contains a winding, in which the current 
flows in the direction illustrated. This armature current 
interacts with the magnetic field in accordance with 
Ampeéere’s law, producing a torque which turns the 
armature. 


If the armature windings were to rotate round to 
the next pole piece of opposite polarity, the torque 
would operate in the opposite direction, thus stopping 
the armature. In order to prevent this, the rotor con- 
tains a commutator which changes the direction of the 
armature current for each pole piece that the armature 
rotates past, thus ensuring that the windings passing, 
for example, a pole of north polarity will all have 
current flowing in the same direction, while the wind- 
ings passing south poles will have oppositely flowing 
current to produce a torque in the same direction as 
that produced by the north poles. The commutator 
generally consists of a split contact ring against which 
the brushes applying the DC current ride. 


The rotation of the armature windings through 
the stator field generates a voltage across the armature 
which is known as the counter EMF (electromotive 
force) since it opposes the applied voltage: this is the 
consequence of Faraday’s law. The magnitude of the 
counter EMF is dependent on the magnetic field 
strength and the speed of the rotation of the armature. 
When the DC motor is initially turned on, there is no 
counter EMF and the armature starts to rotate. The 
counter EMF increases with the rotation. The effective 
voltage across the armature windings is the applied 
voltage minus the counter EMF. 


Types of DC motor 


DC motors are more common than we may think. 
A car may have as many as 20 DC motors to drive fans, 
seats, and windows. They come in three different types, 
classified according to the electrical circuit used. In the 
shunt motor, the armature and field windings are con- 
nected in parallel, and so the currents through each are 
relatively independent. The current through the field 
winding can be controlled with a field rheostat (varia- 
ble resistor), thus allowing a wide variation in the 
motor speed over a large range of load conditions. 
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This type of motor is used for driving machine tools 
or fans, which require a wide range of speeds. 


In the series motor, the field winding is connected 
in series with the armature winding, resulting in a very 
high starting torque since both the armature current 
and field strength run at their maximum. However, 
once the armature starts to rotate, the counter EMF 
reduces the current in the circuit, thus reducing the 
field strength. The series motor is used where a large 
starting torque is required, such as in automobile 
starter motors, cranes, and hoists. 


The compound motor is a combination of the 
series and shunt motors, having parallel and series 
field windings. This type of motor has a high starting 
torque and the ability to vary the speed and is used in 
situations requiring both these properties such as 
punch presses, conveyors and elevators. 


AC motors 


AC motors are much more common than the DC 
variety because almost all electrical supply systems run 
alternating current. There are three main different 
types of motor, namely polyphase induction, poly- 
phase synchronous, and single phase motors. Since 
three phase supplies are the most common polyphase 
sources, most polyphase motors run on three phase. 
Three phase supplies are widely used in commercial 
and industrial settings, whereas single phase supplies 
are almost always the type found in the home. 


Principles of three phase motor operation 


The main difference between AC and DC motors 
is that the magnetic field generated by the stator 
rotates in the ac case. Three electrical phases are intro- 
duced through terminals, each phase energizing an 
individual field pole. When each phase reaches its 
maximum current, the magnetic field at that pole 
reaches a maximum value. As the current decreases, 
so does the magnetic field. Since each phase reaches its 
maximum at a different time within a cycle of the 
current, that field pole whose magnetic field is largest 
is constantly changing between the three poles, with 
the effect that the magnetic field seen by the rotor is 
rotating. The speed of rotation of the magnetic field, 
known as the synchronous speed, depends on the fre- 
quency of the power supply and the number of poles 
produced by the stator winding. For a standard 60 Hz 
supply, as used in the United States, the maximum 
synchronous speed is 3,600 rpm. 


In the three phase induction motor, the windings 
on the rotor are not connected to a power supply, but 
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Electric vehicles 


KEY TERMS 


AC—Alternating current, where the current round 
a circuit reverses direction of flow at regular 
intervals. 


DC—Direct current, where the current round a 
circuit is approximately constant with time. 


Rotor—That portion of an electric motor which is 
free to rotate, including the shaft, armature and 
linkage to a machine. 


Stator—That portion of an electric motor which is 
not free to rotate, including the field coils. 


Torque—tThe ability or force needed to turn or twist 
a shaft or other object. 


are essentially short circuits. The most common type 
of rotor winding, the squirrel cage winding, bears a 
strong resemblance to the running wheel used in cages 
for pet gerbils. When the motor is initially switched on 
and the rotor is stationary, the rotor conductors expe- 
rience a changing magnetic field sweeping by at the 
synchronous speed. From Faraday’s law, this situa- 
tion results in the induction of currents round the 
rotor windings; the magnitude of this current depends 
on the impedance of the rotor windings. Since the 
conditions for motor action are now fulfilled, that is, 
current carrying conductors are found in a magnetic 
field, the rotor experiences a torque and starts to turn. 
The rotor can never rotate at the synchronous speed 
because there would be no relative motion between the 
magnetic field and the rotor windings and no current 
could be induced. The induction motor has a high 
starting torque. 


In squirrel cage motors, the motor speed is deter- 
mined by the load it drives and by the number of poles 
generating a magnetic field in the stator. If some poles 
are switched in or out, the motor speed can be con- 
trolled by incremental amounts. In wound-rotor 
motors, the impedance of the rotor windings can be 
altered externally, which changes the current in the 
windings and thus affords continuous speed control. 


Three-phase synchronous motors are quite differ- 
ent from induction motors. In the synchronous motor, 
the rotor uses a DC energized coil to generate a con- 
stant magnetic field. After the rotor is brought close to 
the synchronous speed of the motor, the north (south) 
pole of the rotor magnet locks to the south (north) 
pole of the rotating stator field and the rotor rotates at 
the synchronous speed. The rotor of a synchronous 
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motor will usually include a squirrel cage winding 
which is used to start the motor rotation before the 
DC coil is energized. The squirrel cage has no effect at 
synchronous speeds for the reason explained above. 


Single-phase induction motors and synchronous 
motors, used in most domestic situations, operate on 
principles similar to those explained for three phase 
motors. However, various modifications have to be 
made in order to generate starting torques, since the 
single phase will not generate a rotating magnetic field 
alone. Consequently, split phase, capacitor start, or 
shaded pole designs are used in induction motors. 
Small synchronous single-phase motors, used for 
timers, clocks, tape recorders, and the like, rely on 
reluctance or hysteresis designs. 
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ll Electric vehicles 


Electric vehicles (EVs, also called battery electric 
vehicles or BEVs) are vehicles whose wheels are turned 
by electric motors rather than by a gasoline-powered 
drivetrain. EVs have been long touted as saviors of the 
environment due to their apparently zero emissions of 
pollutants, but have been also been criticized as lim- 
ited in range and of less environmental benefit than 
claimed. 


The electric vehicle is at least as old as the internal- 
combustion vehicle. Thomas Davenport is credited 
with building the first practical EV in 1834, which 
was quickly followed by a two-passenger electric car 
in 1847, and then an electric car in 1851 that could 
go 20 mph (32 km/h). The Edison Cell, a nickel-iron 
battery, was developed in 1900 and was a key factor in 
the development of early twentieth century electric 
vehicles. By 1900, electric vehicles had a healthy 
share of the pleasure car market. Of the 4,200 
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automobiles sold in the United States at the turn of the 
century, 38% were powered by electricity, 22% by 
gasoline, and 40% by steam. But by the 1920s, both 
electricity and steam had lost out to gasoline. 


Automakers began working on electric vehicle bat- 
teries again during the 1960s as an offshoot of the U.S. 
space programs. (In 1971-1972, several battery-powered 
cars called Lunar Roving Vehicles were driven by astro- 
nauts on the moon.) Research continued during the oil 
embargo of the 1970s and beyond. The results include a 
handful of commercially available electric automobiles 
capable of driving between 70-300 mi (113-160 km) 
before recharging. A number of auto manufacturers 
are researching to produce commercially viable EVs. 
As of 2006, however, most major manufacturers were 
shifting their attention to hybrid electric and fuel-cell 
electric vehicles that produce power onboard by running 
an efficien gasoline engine or fuel cell. Hybrid vehicles 
produce about a tenth of the pollution made by conven- 
tional gasoline vehicles—perhaps even less than EVs, 
when the whole pollution cost of generating electricity at 
power plants so that it can be transmitted to EVs for 
charging is taken into account—while having much 
greater range than EVs, refueling at the pump in less 
than a hundredth the time it takes an EV to recharge, 
and using the same fuel-distribution infrastructure 
(refineries, gas stations, and so forth) that conventional 
vehicles use. They are also lighter and cheaper than all- 
electric vehicles, mostly because they do not need such a 
large battery load. Using fewer batteries, they impact 
the environment more lightly by not requiring as much 
toxic metal. However, some EV models remained in 
production as of 2006 and several new models were 
scheduled. 


The key components of an electric vehicle include 
energy storage cells, a power controller, and motors. 
Transmission of energy in electrical form eliminates 
the need for a mechanical drivetrain. A special braking 
design, called regenerative braking, uses the motor asa 
generator. This system feeds energy back to the stor- 
age system each time the brakes are used. 


Batteries 


The three main batteries employed today are lead- 
acid; nickel-metal hydride; and lithium-based_ bat- 
teries. Of these, experts predict nickel-metal hydride 
and lithium-based batteries have the greatest poten- 
tial. Lithium batteries are used in most EVs and 
hybrids today. 


The lead-acid battery uses lead oxide and spongy 
lead electrodes with sulfuric acid as an electrolyte. 
Generally, they consist of several cells put in series to 
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form a battery, such as an automobile battery. The 
group of cells is generally in a polypropylene con- 
tainer. The advantages of the lead-acid battery are 
commercial availability, recyclability and low cost. 
The disadvantages are that they are heavy and the 
amount of energy stored per kilogram is less than 
other types of batteries. 


Nickel-metal hydride operates by moving hydro- 
gen ions between a nickel-metal hydride cathode and a 
nickel hydroxide anode. During discharge, hydrogen 
moves from cathode to anode. During charging, ions 
move in the opposite direction. 


There are two types of lithium batteries, the lith- 
ium ion and the lithium polymer. A lithium ion type 
works by dissolving lithium ions, and transporting 
them between the anode and cathode. The battery 
has an anode made of lithium cobalt dioxide and a 
cathode from a non-graphitizing carbon. During oper- 
ation, lithium ions move through a liquid electrolyte 
that contains a thin, microporous membrane. The 
lithium polymer uses lithium as an electrochemically 
active material and the electrolyte is a polymer or 
polymer-like material that conducts lithium ions. 


Advantages 


Electric vehicles are more efficient than internal 
combustion engines for several reasons. First, the elec- 
tric motor is directly connected to the wheels, so it 
consumes no energy while the car is at rest or coasting. 
Secondly, a regenerative braking system can return as 
much as half an electric vehicle’s kinetic energy to the 
storage cells. Third, the motor converts more than 
90% of the energy in its storage cells to motive force, 
whereas internal-combustion drives use less than 25% 
of the energy in a gallon (3.75 L) of gasoline. A full 
comparison of efficiency must, however, take into 
account conversion losses from the fuels being used, 
usually, to generate the electricity that charged the 
electric vehicle to begin with. The consensus among 
experts seems to be that even taking into account all 
fuel-to-wheel losses in both conventional and electric 
cars, electric vehicles are significantly more efficient— 
though still far less than 90% efficient. 


The world land speed record for an electric car is 
just under 200 mph (320 km/h) as of 1996. Many 
operators of heavy vehicles, such as subway trains, 
locomotives and mining equipment, prefer electric 
motors because of the amount of instantaneous torque 
they offer; gasoline engines have to build power before 
they reach the peak rpm range that allows them to shift 
gears. Additionally, the average daily use of private 
vehicles in major U.S. cities is 40 mi (64 km); today’s 
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Electric vehicles 


KEY TERMS 


Battery—A battery is a container, or group of con- 
tainers, holding electrodes and an electrolyte for 
producing electric current by chemical reaction 
and storing energy. The individual containers are 
called “cells.” Batteries produce direct current (DC). 


Cell—Basic unit used to store energy in a battery. A 
cell consists of an anode, cathode and the electrolyte. 


Controller—Device managing electricity flow from 
batteries to motor(s), from “on-off” function to 
vehicle throttle control. 


Direct current (DC)—Electrical current that always 
flows in the same direction. 


Electrolyte—The medium of ion transfer between 
anode and cathode within the cell. Usually liquid 
or paste that is either acidic or basic. 


Flywheels—Rapidly spinning wheel-like rotors or 
disks that store kinetic energy. 


Hybrid vehicle—Vehicles having two or more sour- 
ces of energy. There are two types of hybrid electric 
vehicles (HEVs), series and parallel. In a series hybrid, 
all of the vehicle power is provided from one source. 
For example, with an |C/electric series hybrid, the 
electric motor drives the vehicle from the battery 
pack and the internal combustion engine powers a 


EVs can handle these trips with ease. An EV averages 
40-100 mi (34-160 km) per charge. 


Recognizing the need for alternative fuel vehicles 
(AFVs), U.S. President Bill Clinton issued Executive 
Order 13148, “Greening the Government Through 
Federal Fleet and Transportation Efficiency” on the 
twenty-fifth anniversary of the first Earth Day, April 
21, 2000. The executive order sought to ensure that 
the federal government exercises leadership in the 
reduction of petroleum consumption through 
improvements in fleet fuel efficiency and the use of 
AFVs and alternative fuels. This includes procure- 
ment of innovative vehicles capable of large improve- 
ments in fuel economy such as hybrid electric 
vehicles. In 2003, President George W. Bush called 
for a federal institute to advance fuel cell develop- 
ment and use. 


Hybrids 


While pure electric vehicles are some time in the 
future, the world is ready today for the hybrid electric 
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generator that charges the battery. In a parallel 
hybrid, power is delivered through both paths. In an 
IC/electric parallel hybrid, both the electric motor and 
the internal combustion engine power the vehicle. 


Motor—Electromechanical device that provides 
power (expressed as horsepower and torque) to 
driveline and wheels of vehicle. 


Regenerative braking—A means of recharging bat- 
teries using energy created by braking the vehicle. 
With normal friction brakes, a certain amount of 
energy is lost in the form of heat created by friction 
from braking. With regenerative braking, the motors 
act as generators. They reduce the energy lost by 
feeding it back into the batteries resulting in improved 
range. 


Ultracapacitors—These are higher specific energy 
and power versions of electrolytic capacitors—devi- 
ces that store energy as an electrostatic charge. They 
are electrochemical systems that store energy in a 
polarized liquid layer at the interface between an 
ionically conducting electrolyte and a conducting 
electrode. 


Watt—The basic unit of electrical power equal to 1 
joule per second. 


vehicle (HEV, or simply “hybrid”)—a vehicle that 
combines a small internal-combustion engine with 
electric motors and batteries. These reduce emissions 
even more than battery-powered electric vehicles 
recharged from the present-day grid—a hybrid produ- 
ces about a tenth as much air pollution as an equiv- 
alent-size conventional gasoline vehicle—as well as 
offering the extended range and rapid refueling that 
consumers get from conventional vehicles. Hybrid 
power systems were conceived as a way to compensate 
for the shortfall in battery technology. Because bat- 
teries could supply only enough energy for short trips, 
an onboard generator, powered by an internal com- 
bustion engine, could be installed and used for longer 
trips. Hybrids carry a much smaller battery load than 
electric vehicles and are therefore lighter. They do not 
require plug-in recharging, but refuel exactly like a 
conventional vehicle. 


The HEV is able to operate approximately twice 
as efficiently as conventional vehicles. Honda’s 
Insight, the first hybrid car to be sold in the United 
States, goes 700 mi (1,127 km) on a single tank of 
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gas—about 70 miles per gallon (mpg). The Toyota 
Prius goes over 500 mi (724 km) on a tank of gas, 
comparable to a conventional car—about 50-60 mpg. 
The most efficient small conventional cars get mileage 
that is almost as good, but produce approximately 10 
times as much pollution per mile. For the driver, 
hybrids offer similar or better performance than con- 
ventional vehicles, with rapid acceleration due to the 
electric motors. Hybrids are an off-the shelf alterna- 
tive approach. The Insight and Prius, first introduced 
into the US market in 1999 and 2001 respectively, have 
become rapidly-growing major sellers; in 2004, for 
example, the Prius sold about 50,000 units, and in 
2005 it sold over 100,000. Toyota has had difficulty 
keeping up with demand worldwide for the Prius. 
Because of the success of the Insight and Prius, 
American car manufacturers have begun offering 
hybrid cars, including hybrid SUVs (sport utility 
vehicles). Due to their larger size, these hybrid models 
do not have the mileage or pollution characteristics of 
the Insight or Prius, but are still more efficient than 
their conventional counterparts. 


Challenges still exist 


Battery engineers still struggle with energy den- 
sity. Average energy density in today’s EV batteries is 
about 80-135 W-hr/kg (one W-hr/kg is roughly one 
mile of range in a four-passenger sedan), as compared 
to about 25 W-hr/kg for a lead-acid battery (typical 
car battery). In order to increase driving ranges, bat- 
tery makers must find new alloys for cathodes and 
anodes. Merely loading more batteries into each 
vehicle is not sufficient; a typical EV design already 
carries as much as it can without becoming too heavy 
or running out of room for other purposes. 
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l Electrical conductivity 


Conductivity is the ability of a material medium to 
permit the passage of charged particles or thermal 
energy. Thermal conductivity is the ability of a mate- 
rial to transmit heat energy, and electrical conductivity 
is its ability to transmit current (the movement of 
charged particles, most often electrons). Together, 
these are the most significant examples of a broader 
classification of phenomena known as transport proc- 
esses. In metals, electrical conductivity and thermal 
conductivity are related since both involve aspects of 
electronmotion. 


History 


The early studies of electrical conduction in metals 
were done in the eighteenth and early nineteenth cen- 
turies. Benjamin Franklin (1706-1790) in his experi- 
ments with lightning (leading to his invention of the 
lightning rod), reasoned that the charge would travel 
along the metallic rod. Alessandro Volta (1745-1827) 
derived the concept of electrical potential from his 
studies of static electricity, and then discovered the 
principle of the battery in his experiments with dissim- 
ilar metals in common contact with moisture. Once 
batteries were available for contact with metals, electric 
currents were produced and studied. Georg Simon 
Ohm (1787-1854) found the direct proportion relating 
current and potential difference, which became 
a measure of the ability of various metals to conduct 
electricity. Extensive theoretical studies of currents 
were carried out by André Marie Ampére (1775-1836). 


To honor these scientists, the systéme internationale 
(SI) units use their names. The unit of potential differ- 
ence is the volt, and potential difference is more com- 
monly called voltage. The unit of electrical resistance is 
the ohm, and the unit of current is the ampere. The 
relation among these functions is known as Ohm’s law. 


Franklin is remembered for an unlucky mistake. 
He postulated that there was only one type of electric- 
ity, not two as others thought, in the phenomena 
known in his day. He arbitrarily called one form of 
static electric charge positive and attributed the oppo- 
site charge to the absence of the positive. All subse- 
quent studies continued the convention he established. 
Late in the nineteenth century, when advancements in 
both electrical and vacuum technology led to the dis- 
covery of cathode rays, streams of particles issuing 
from a negative electrode in an evacuated tube, Sir 
Joseph John Thomson (1856-1940) identified these 
particles as common to all metals used as cathodes 
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Electrical conductivity 


and negatively charged. The historical concept of a 
positive current issuing from an anode is mathemati- 
cally self-consistent and leads to no analytical errors, 
so the convention is maintained but understood to bea 
convenience. 


Materials 


Electrical conduction can take place in a variety of 
substances. The most familiar conducting substances 
are metals, in many of which the outermost electrons 
of the atoms can move easily in the interatomic spaces. 
Other conducting materials include semiconductors, 
electrolytes, and ionized gases, which are discussed 
later in this article. 


Metals 


Metals are primarily elements characterized by 
atoms in which the outermost orbital shell has few 
electrons. The highest conductivity occurs in metals 
with only one electron occupying a state in the outer- 
most shell. Silver, copper, and gold are examples of 
high-conductivity metals. Metals are found mainly 
toward the left side of the periodic table of the ele- 
ments, and in the transition columns. The electrons 
contributing to their conductivity are also the elec- 
trons that determine their chemical valence in forming 
compounds. Some metallic conductors are alloys of 
two or more metal elements, such as steel, brass, 
bronze, and pewter. 


A piece of metal is a block of metallic atoms. In 
individual atoms the valence electrons are loosely 
bound to their nuclei. In the block, at room temper- 
ature, these electrons have enough kinetic energy to 
enable them to wander away from their original loca- 
tions. However, that energy is not sufficient to remove 
them from the block entirely because of the potential 
energy of the surface, the outermost layer of atoms. 
Thus, at their sites, the atoms are ionized—that is, left 
with a net positive charge—and are referred to as ion 
cores. Overall, the metal is electrically neutral, since 
the electrons’ and ion cores’ charges are equal and 
opposite. The conduction electrons are bound to the 
block as a whole rather than to the nuclei. 


These electrons move about as a cloud through 
the spaces separating the ion cores. Their motion is 
random, bearing some similarities to gas molecules, 
especially scattering, but the nature of the scattering is 
different. Electrons do not obey classical gas laws; 
their motion in detail must be analyzed quantum- 
mechanically. However, much information about con- 
ductivity can be understood classically. 
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A particular specimen of a metal may have a con- 
venient regular shape such as a cylinder (wire) or a 
prism (bar). When a battery is connected across the 
ends of a wire, the electrochemical energy of the bat- 
tery imparts a potential difference, or voltage between 
the ends. This electrical potential difference is analo- 
gous to a hill in a gravitational system. Charged par- 
ticles will then move in a direction analogous to 
downhill. In the metal, the available electrons will 
move toward the positive terminal, or anode, of the 
battery. As they reach the anode, the battery injects 
electrons into the wire in equal numbers, thereby keep- 
ing the wire electrically neutral. This circulation of 
charged particles is termed a current, and the closed 
path is termed a circuit. The battery acts as the elec- 
trical analog of a pump. Departing from the gravita- 
tional analogy, in which objects may fall and land, the 
transport of charged particles requires a closed circuit. 


Current is defined in terms of charge transport: 


I=q/t 

where | is current, q is charge, and t is time. Thus 
q/t is the rate of charge transport through the wire. In 
a metal, as long as its temperature remains constant, 
the current is directly proportional to the voltage. This 
direct proportion in mathematical terms is referred to 
as linear, because it can be described in a simple linear 
algebraic equation: 


I= GV 


In this equation, V is voltage and G is a constant 
of proportionality known as conductance, which is 
independent of V and remains constant at constant 
temperature. This equation is one form of Ohm’s law, 
a principle applicable only to materials in which elec- 
trical conduction is linear. In turn, such materials are 
referred to as ohmics. 


The more familiar form of Ohm’s law is: 
I=V/R 

where R is 1/G and is termed resistance. 

Conceptually, the idea of resistance to the passage 


of current preceded the idea of charge transport in 
historical development. 


The comparison of electrical potential difference 
to a hill in gravitational systems leads to the idea of a 
gradient, or slope. The rate at which the voltage varies 
along the length of the wire, measured relative to 
either end, is called the electric field: 


E =-—(V/L) 


The field E is directly proportional to V and inver- 
sely proportional to L in a linear or ohmic conductor. 
This field is the same as the electrostatic field defined 
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in the article on electrostatics. The minus sign is asso- 
ciated with the need for a negative gradient to repre- 
sent “downhill.” The electric field in this description is 
conceptually analogous to the gravitational field near 
Earth’s surface. 


Experimental measurements of current and volt- 
age in metallic wires of different dimensions, with 
temperature constant, show that resistance increases 
in direct proportion to length and inverse proportion 
to cross-sectional area. These variations allow the 
metal itself to be considered apart from specimen 
dimensions. Using a proportionality constant for the 
material property yields the relation: 


R =p (L/A) 
where p is called the resistivity of the metal. 


Inverting this equation places conduction rather than 
resistance uppermost: 


G = ¢(A/L) 


where ¢ is the conductivity, the reciprocal (1/p) of 
the resistivity. 


This analysis may be extended by substitution of 
equivalent expressions: 


G=I/V 
<(A/L) = I/EL 
¢ = I/AE 


Introducing the concept of current density, or 
current flowing per unit cross-sectional area: 


J=1/A 


yields an expression free of all the external meas- 
urements required for its actual calculation: 


s=J/E 


This equation is called the field form of Ohm’s 
law, and is the first of two physical definitions of 
conductivity, rather than mathematical. 


The nature of conductivity in metals may be 
studied in greater depth by considering the electrons 
within the bulk metal. This approach is termed micro- 
scopic, in contrast to the macroscopic properties of a 
metal specimen. Under the influence of an internal 
electric field in the material, the electron cloud will 
undergo a net drift toward the battery anode. This 
drift is very slow in comparison with the random 
thermal motions of the individual electrons. The 
cloud may be characterized by the concentration of 
electrons, defined as total number per unit volume: 


n=N/U 


where n is the concentration, N the total number, 
and U the volume of metal (U is used here for volume 
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instead of V, which as an algebraic symbol is reserved 
for voltage). The total drifting charge is then: 


q = Ne = nUe 
where e is the charge of each electron. 


N is too large to enumerate; however, if as a first 
approximation each atom is regarded as contributing 
one valence electron to the cloud, the number of atoms 
can be estimated from the volume of a specimen, the 
density of the metal, and the atomic mass. The value of 
n calculated this way is not quite accurate even for a 
univalent metal, but agrees in order of magnitude. 
(The corrections are quantum-mechanical in nature; 
metals of higher valence and alloys require more com- 
plicated quantum-based corrections.) The average 
drift velocity of the cloud is the ratio of wire length 
to the average time required for an electron to traverse 
that length. Algebraic substitutions similar to those 
previously shown will show that the current density 
is proportional to the drift velocity: 


J = nevg 


The drift velocity is superimposed on the thermal 
motion of the electrons. That combination of motions, 
in which the electrons bounce their way through the 
metal, leads to the microscopic description of electrical 
resistance, which incorporates the idea of a limit to 
forward motion. The limit is expressed in the term 
mobility: 


Li = va /E 


so that mobility, the ratio of drift velocity to electric 
field, is finite and characteristic of the particular metal. 


Combining these last two equations produces the 
second physical definition of conductivity: 


¢ = J/E = nevg/E = nep 


The motion of electrons among vibrating ion 
cores may be analyzed by means of Newton’s second 
law, which states that a net force exerted on a mass 
produces an acceleration: 


F = ma 


Acceleration in turn produces an increasing veloc- 
ity. If there were no opposition to the motion of an 
electron in the space between the ion cores, the connec- 
tion of a battery across the ends of a wire would pro- 
duce a current increasing with time, in proportion to 
such an increasing velocity. Experiment shows that the 
current is steady, so that there is no net acceleration. 


Yet the battery produces an electric field in the 
wire, which in turn produces an electric force on each 
electron: 


F=eE 
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Thus, there must be an equal and opposite force 
associated with the behavior of the ion cores. The 
analogy here is the action of air molecules against an 
object falling in the atmosphere, such as a raindrop. 
This fluid friction generates a force proportional to the 
velocity, which reaches a terminal value when the fric- 
tional force becomes equal to the weight. This steady 
state, for which the net force is zero, corresponds to 
the drift velocity of electrons in a conductor. Just as 
the raindrop quickly reaches a steady speed of fall, 
electrons in a metal far more quickly reach a steady 
drift velocity manifested in a constant current. 


Thus far, this discussion has required that temper- 
ature be held constant. For metals, experimental 
measurements show that conductivity decreases as 
temperature increases. Examination suggests that, 
for a metal with n and e fixed, it is a decrease in 
mobility that accounts for that decrease in conductiv- 
ity. For moderate increases in temperature, the exper- 
imental variation is found to fit a linear relation: 


p = Poll air a(T _ To)| 


Here the subscript “0” refers to initial values and 
a is called the temperature coefficient of resistivity. 
This coefficient is found to vary over large temper- 
ature changes. 


To study the relationship between temperature and 
electron mobility in a metal, the behavior of the ion 
cores must be considered. The ion cores are arranged in 
a three-dimensional crystal lattice. In most common 
metals the structure is cubic, and the transport func- 
tions are not strongly dependent on direction. The 
metal may then be treated as isotropic, that is, inde- 
pendent of direction, and all the foregoing equations 
apply as written. For anisotropic materials, the orienta- 
tional dependence of transport in the crystals leads to 
families of equations with sets of directional coeffi- 
cients replacing the simple constants used here. 


Temperature is associated with the vibrational 
kinetic energy of the ion cores in motion about their 
equilibrium positions. They may be likened to masses 
interconnected by springs in three dimensions, with 
their bonds acting as the springs. Electrons attempt- 
ing to move among them will be randomly deflected, 
or scattered, by these lattice vibrations, which are 
quantized. The vibrational quanta are termed pho- 
nons, in an analogy to photons. Advanced conductiv- 
ity theory is based on analyses of the scattering of 
electrons by phonons. 


With the increase in vibrational energy as temper- 
ature is increased, the scattering is increased so that 
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the drift motion is subjected to more disruption. 
Maintenance of a given current would thus require a 
higher field at a higher temperature. 


If the ion cores of a specific metal were identical 
and stationary in their exact equilibrium lattice sites, 
the electron cloud could drift among them without 
opposition, that is, without resistance. Thus, three 
factors in resistance can be identified: (a) lattice vibra- 
tions, (b) ion core displacement from lattice sites, and 
(c) chemical impurities, which are wrong ion cores. 
The factors (a) and (b) are temperature-dependent, 
and foreign atoms contribute their thermal motions 
as well as their wrongness. Additionally, sites where 
ions are missing, or vacancies, also are wrong and 
contribute to scattering. Displacements, vacancies, 
and impurities are classed as lattice defects. 


A direct extension of thermal behavior downward 
toward the absolute zero of temperature suggests that 
resistance should fall to zero monotonically. This does 
not occur because lattice defects remain wrong and 
vibrational energy does not drop to zero-quantum 
mechanics accounts for the residual zero-point energy. 
However, in many metals and many other substances 
at temperatures approaching zero, a wholly new phe- 
nomenon is observed, the sudden drop of resistivity to 
zero. This is termed superconductivity. 


Semiconductors 


Semiconductors are materials in which the con- 
ductivity is much lower than for metals, and widely 
variable through control of their composition. These 
substances are now known to be poor insulators rather 
than poor conductors, in terms of their atomic struc- 
ture. Though some semiconducting substances had 
been identified and studied by the latter half of the 
nineteenth century, their properties could not be 
explained on the basis of classical physics. It was not 
until the mid-twentieth century, when modern quan- 
tum-mechanical principles were applied to the analysis 
of both metals and semiconductors, that theoretical 
calculations of conductivity values agreed with the 
results of experimental measurements. 


In a good insulator, electrons cannot move 
because nearly all allowed orbital states are occupied. 
Energy must then be supplied to remove an electron 
from an outermost bound position to a higher allowed 
state. This leaves a vacancy into which another bound 
electron can hop under the influence of an electric 
field. Thus, both the energized electron and its vacancy 
become mobile. The vacancy acts like a positive 
charge, called a hole, and drifts in the direction 
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opposite to electrons. Electrons and holes are more 
generally termed charge carriers. 


In good insulators, the activation energy of charge 
carriers is high, and their availability requires a corre- 
spondingly high temperature. In poor insulators, that 
is, semiconductors, activation occurs at temperatures 
moderately above 80.6°F (27°C). Each substance has a 
characteristic value. 


There are many more compounds than elements 
that can be classed as semiconductors. The elements 
are a few of those in column IV of the periodic table, 
which have covalent bonds: carbon (C), germanium 
(Ge), and silicon (Si). For carbon, only the graphite 
form is semiconducting; diamond is an excellent insu- 
lator. The next element down in this column, tin (Sn), 
undergoes a transition from semiconductor to metal at 
59°F (15°C), below room temperature, indicative of an 
unusefully low activation energy. Other elements that 
exhibit semiconductor behavior are found in the lower 
portion of column VI, specifically selenium (Se) and 
tellurium (Te). 


There are two principal groups of compounds 
with semiconducting properties, named for the peri- 
odic table columns of their constituents: III-V, includ- 
ing gallium arsenide (GaAs) and indium antimonide 
(InSb), among others; and II-VI, including zinc sulfide 
(ZnS), selenides, tellurides, and some oxides. In many 
respects these compounds mimic the behavior of col- 
umn IV elements. Their chemical bonds are mixed 
covalent and ionic. There are also some organic semi- 
conducting compounds, but their analysis is beyond 
the scope of this article. 


A semiconductor is called intrinsic if its conductivity 
is the result of equal contributions from its own electrons 
and holes. The equation must then be expanded: 


a= ne Me. + NE Bh 


In an intrinsic semiconductor, ng = ny, and e has 
the same numerical value for an electron (-) and the 
hole left behind (+ ). The mobilities are usually differ- 
ent. These terms add because the opposite charges 
move in opposite directions, resulting in a pair of like 
signs in each product. 


For application in devices, semiconductors are 
rarely used in their pure or intrinsic composition. 
Under carefully controlled conditions, impurities are 
introduced which contribute either an excess or a 
deficit of electrons. Excess electrons neutralize holes 
so that only electrons are available for conduction. 
The resulting material is called n-type, n for negative 
carrier. An example of n-type material is Si with Sb, a 
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column IV element with a column V impurity known 
as a donor. In n-type material, donor atoms remain 
fixed and positively ionized. When a column III 
impurity is infused into a column IV element, elec- 
trons are bound and holes made available. That mate- 
rial is called p-type, p for positive carrier. Column III 
impurities are known as acceptors; in the material 
acceptor atoms remain fixed and negatively ionized. 
An example of p-type material is Si with Ga. Both 
n-type and p-type semiconductors are referred to as 
extrinsic. 


Thermal kinetic energy is not the only mechanism 
for the release of charge carriers in semiconductors. 
Photons with energy equal to the activation energy can 
be absorbed by a bound electron, which, in an intrinsic 
semiconductor, adds both itself and a hole as mobile 
carriers. These photons may be in the visible range or 
in the near infrared, depending on Eg. In extrinsic 
semiconductors, photons of much lower energies can 
contribute to the pool of the prevailing carrier type, 
provided the material is cooled to cryogenic temper- 
atures in order to reduce the population of thermally 
activated carriers. This behavior is known as 
photoconductivity. 


Each separate variety of semiconductor is ohmic, 
with the conductivity constant at constant tempera- 
ture. However, as the temperature is increased, the 
conductivity increases very rapidly. The concentration 
of available carriers varies in accordance with an expo- 
nential function: 


n a exp[— (E¢/kT)] 


where Eg is the gap or activation energy, k is 
Boltzmann’s constant (1.38 x 107 joules/kelvin), T 
is absolute (kelvin) temperature, and the product kT 
is the thermal energy corresponding to temperature T. 
The increase in available charge carriers overrides 
any decrease in mobility, and this leads to a negative 
value for a. Indeed, a decrease in resistance with 
increasing temperature is a reliable indication that a 
substance is a semiconductor, not a metal. Graphite is 
an example of a conductor that appears metallic in 
many ways except for a negative a. The converse, a 
positive a, is not as distinct a test for metallic 
conductivity. 


The Fermi level, Er, can be shown differently for 
intrinsic, n-type, and p-type semiconductors. However, 
for materials physically connected, Er must be the same 
for thermal equilibrium. This is a consequence of the 
laws of thermodynamics and energy conservation. 
Thus, the behavior of various junctions, in which the 
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interior energy levels shift to accommodate the align- 
ment of the Fermi level, is extremely important for the 
semiconductor devices. 


Non-ohmic conductors 


Non-ohmic conduction is marked by nonlinear 
graphs of current vs. voltage. It occurs in semiconduc- 
tor junctions, electrolytic solutions, some ionic solids 
not in solution, ionized gases, and vacuum tubes. 
Respective examples include semiconductor p-n 
diodes, battery acid or alkaline solutions, alkali halide 
crystals, the ionized mercury vapor in a fluorescent 
lamp, and cathode ray tubes. 


Ionic conductivities are much lower than elec- 
tronic, because the masses and diameters of ions make 
them much less mobile. While ions can drift slowly in a 
gas or liquid, their motions through the interstices of a 
solid lattice are much more restricted. Yet, with their 
thermal kinetic energy, ions will diffuse through a lat- 
tice, and in the presence of an electric field, will wander 
toward the appropriate electrode. In most instances, 
both ionic and electronic conduction will occur, 
depending on impurities. Thus, for studies of ionic 
conductivity, the material must be a very pure solid. 


In gases, the gas atoms must be ionized by an 
electric field sufficient to supply the ionization energy 
of the gas in the tube. For stable currents, the ratio of 
field to gas pressure, E/P, is a major parameter. 
Electrons falling back into bound states produce the 
characteristic spectrum of the gas, qualitatively asso- 
ciated with color, e.g., red for neon, yellow-orange for 
sodium vapor, or blue-white for mercury vapor. 


The basic definition of a plasma in physics 
includes all material conductors, ohmic and non- 
ohmic. A plasma is a medium in which approximately 
equal numbers of opposite charges are present, so that 
the medium is neutral or nearly so. In a metal the 
negative electrons are separated from an equal number 
of positive ion cores. In a semiconductor there may be 
holes and electrons (intrinsic), holes and ionized 
acceptors (p-type), or electrons and ionized donors 
(n-type). In an electrolytic solution and in an ionic 
solid there are positive and negative ions. An ionized 
gas contains electrons and positive ions. A small dis- 
tinction among these may be made as to whether the 
medium has one or two mobile carriers. 


In contemporary usage, the term plasma usually 
refers to extremely hot gases such as those used in the 
Tokamak for nuclear fusion experiments. High- 
energy plasmas are discussed in the article on fusion 
as a means of generating electric power. 
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Lattice—The structure of atoms in a solid. In a 
conducting material, ion cores make up the lattice. 


Potential difference—In a conductor carrying an 
electric current, it is the difference of potential 
energy per unit charge. 


The remaining non-ohmic conduction category is 
the vacuum tube, in which a beam of electrons is emit- 
ted from either a heated cathode (thermionic) or a 
suitably illuminated cathode (photoelectric), and 
moves through evacuated space to an anode. The 
beam in its passage is subjected to electrostatic or mag- 
netic fields for control. The evacuated space cannot be 
classed either as a material with a definable conductivity 
or as a plasma, since only electrons are present. 
However, there are relations of current and voltage to 
be analyzed. These graphs are generally nonlinear or 
linear over a limited range. But vacuum tubes are not 
called ohmic even in their linear ranges because there is 
no material undergoing the lattice behavior previously 
described as the basis for ohmic resistance. 


Electrical conduction in the human body and 
other animal organisms is primarily ionic, since body 
fluids contain vital electrolytes subject to electrochem- 
ical action in organs. Further information is available 
in other articles, particularly those on the heart, the 
brain, and neurons. 


See also Chemical bond; Electrolyte; Nonmetal. 
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H Electrical power supply 


An electrical power supply is a device that provides 
the energy needed by electrical or electronic equipment. 
Often, electricity is directly available only from a 
source with inappropriate electrical characteristics— 
alternating current (AC) instead of direct current 
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(DC), for example—and a power supply is needed to 
alter the power to meet the equipment’s requirements. 
Because digital devices, which are so numerous, run 
on fairly low DC voltage while power is most com- 
monly available as fairly high-voltage AC, power sup- 
plies commonly change AC into DC raise and lower 
the voltage as required. They are also needed to con- 
dition power and current from batteries to sensitive 
devices. A flashlight, for example, does not contain a 
power supply, but a digital camera does. Power sup- 
plies often provide protection against power source 
failures that might damage the equipment. They may 
also provide isolation from the potentially damaging 
electrical noise that is usually found on commercial 
power lines. 


An electrical power supply can be a simple battery 
or may be more sophisticated than the equipment it 
supports. An appropriate power supply is an essential 
part of every working collection of electrical or elec- 
tronic circuits. 


The requirement for power supplies 


Batteries could be used to supply the power for 
almost all electronic equipment if it were not for 
the high cost of the energy they provide compared to 
commercial power lines. Power supplies were once 
called battery eliminators, an apt name because they 
made it possible to use less expensive energy from 
a commercial power line where it is available. 
Batteries are still an appropriate and economical 
choice for portable equipment having modest energy 
requirements. 


Batteries as power supplies 


Two basic types of chemical cells are used in bat- 
teries that supply power to electronic equipment. 
Primary cells are normally not rechargeable. They 
are intended to be discarded after their energy reserve 
is depleted. Secondary cells, on the other hand, are 
rechargeable. The lead-acid secondary cell used in an 
automobile’s battery can be recharged many times 
before it fails. Nickel-cadmium batteries are based on 
secondary cells. 


Plug-in power supplies 


The electrical energy supply for homes and busi- 
nesses provided through the commercial power lines 
is delivered by an alternating current (AC). Electronic 
equipment, however, almost always requires direct- 
current power (DC). Power supplies usually change AC 
to DC by a process called rectification. Semiconductor 
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diodes that pass current in only one direction are 
used to block the power line’s current when its polarity 
reverses. Capacitors store energy for use when the 
diodes are not conducting, providing relatively con- 
stant voltage direct current as needed. 


Power supply voltage regulation 


Poor power line voltage regulation causes lights in 
a home to dim each time the refrigerator starts. 
Similarly, if a change in the current from a power 
supply causes the voltage to vary, the power supply 
has poor voltage regulation. Most electronic equip- 
ment will perform best when it is supplied from a 
nearly constant voltage source. An uncertain supply 
voltage can result in poor circuit performance. 


Analysis of a typical power supply’s performance 
is simplified by modeling it as a constant-voltage 
source in series with an internal resistance. The inter- 
nal resistance 1s used to explain changes in the terminal 
voltage when the current in a circuit varies. The lower 
the internal resistance of a given power supply, the 
more current it can supply while maintaining a 
nearly-constant terminal voltage. An ideal supply for 
circuits requiring an unvarying voltage with changing 
load current would have an internal resistance near 
zero. A power supply with a very-low internal resist- 
ance is sometimes called a “stiff” power supply. 


An inadequate power source almost always com- 
promises the performance of electronic equipment. 
Audio amplifiers, for example, may produce distorted 
sound if the supply voltage drops with each loud pulse 
of sound. There was a time when the pictures on tele- 
vision sets would shrink if the AC-line voltage fell 
below a minimum value. These problems are less sig- 
nificant now that voltage regulation has been included 
in most power supplies. 


There are two approaches that may be used to 
improve the voltage regulation of a power supply. A 
simple power supply that is much larger than required 
by the average equipment demand will help. A larger 
power supply should have a lower effective internal 
resistance, although this is not an absolute rule. With a 
lower internal resistance, changes in the current sup- 
plied are less significant and the voltage regulation is 
improved compared to a power supply operated near 
its maximum capacity. 


Some power supply applications require a higher 
internal resistance. High-power radar transmitters 
require a power source with a high internal resistance 
so that the output can be shorted each time the radar 
transmits a signal pulse without damaging the circuitry. 
Television receivers artificially increase the resistance 
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of the very high voltage power supply for the picture 
tube by adding resistance deliberately. This limits the 
current that will be delivered should a technician inad- 
vertently contact the high voltage which might other- 
wise deliver a fatal electrical shock. 


Voltage-regulation circuits 


Voltage-regulated power supplies feature circuitry 
that monitors their output voltage. If this voltage 
changes because of external current changes or because 
of shifts in the power line voltage, the regulator circui- 
try makes an almost instantaneous compensating 
adjustment. 


Two common approaches are used in the design of 
voltage-regulated power supplies. In the less-common 
scheme, a shunt regulator connects in parallel with the 
power supply’s output terminals and maintains a con- 
stant voltage by wasting current the external circuit, 
called the load does not require. The current delivered 
by the unregulated part of the power supply is always 
constant. The shunt regulator diverts almost no cur- 
rent when the external load demands a heavy current. 
If the external load is reduced, the shunt regulator 
current increases. The disadvantage of shunt regula- 
tion is that it dissipates the full power the supply is 
designed to deliver, whether or not the external circuit 
requires energy. 


The more-common series voltage regulator design 
depends upon the variable resistance created by a 
transistor in series with the external circuit current. 
The transistor’s voltage drop adjusts automatically 
to maintain a constant output voltage. The power 
supply’s output voltage is sampled continuously, com- 
pared with an accurate reference, and the transistor’s 
characteristics are adjusted automatically to maintain 
a constant output. 


A power supply with adequate voltage regulation 
will often improve the performance of the electronic 
device it powers, so much so that voltage regulation 
is a very common feature of all but the simplest 
designs. Packaged integrated circuits are commonly 
used, simple three-terminal devices that contain the 
series transistor and most of the regulator’s support- 
ing circuitry. These “off the shelf” chips have made it 
very easy to include voltage regulation capability in a 
power supply. 


Power supplies and load interaction 


When a single power supply serves several inde- 
pendent external circuits, changes in current demand 
imposed by one circuit may cause voltage changes that 
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affect the operation of the other circuits. These inter- 
actions constitute unwanted signal coupling through 
the common power source, producing instability. 
Voltage-regulators can prevent this problem by reduc- 
ing the internal resistance of the common power 
source. 


Ripple reduction 


When an alternating current is converted to direct 
current, small voltage variations at the supply fre- 
quency are difficult to smooth out, or filter, com- 
pletely. In the case of power supplies operated from 
the 60-Hz power line, the result is a low-frequency 
variation in the power supply’s output called ripple 
voltage. Ripple voltage on the power supply output 
will add with the signals processed by electronic circui- 
try, particularly in circuits where the signal voltage is 
low. Ripple can be minimized by using more elaborate 
filter circuitry but it can be reduced more effectively 
with active voltage regulation. A voltage regulator can 
respond fast enough to cancel unwanted changes in the 
voltage. 


Minimizing the effects of line-voltage 
changes 


Power-line voltages normally fluctuate randomly 
for a variety of reasons. A special voltage-regulating 
transformer can improve the voltage stability of the 
primary power. This transformer’s action is based ona 
coil winding that includes a capacitor which tunes the 
transformer’s inductance into resonance at the power 
line frequency. When the line voltage is too high, the 
circulating current in the transformer’s resonant wind- 
ing tends to saturate the magnetic core of the trans- 
former, reducing its efficiency and causing the voltage 
to fall. When the line voltage is too low, as on a hot 
summer day when air conditioners are taxing the capa- 
bilities of the generators and power lines, the circulat- 
ing current is reduced, raising the efficiency of the 
transformer. The voltage regulation achieved by 
these transformers can be helpful even though it is 
not perfect. An early TV brand included resonant 
transformers to prevent picture-size variations that 
accompanied normal line-voltage shifts. 


Resonant power transformers waste energy, a 
serious drawback, and they do not work well unless 
heavily loaded. A regulating transformer will dissipate 
nearly its full rated power even without a load. They 
also tend to distort the alternating-current waveform, 
adding harmonics to their output, which may present 
a problem when powering sensitive equipment. 
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Laboratory power supplies 


Voltage-regulated power supplies are necessary 
equipment in scientific and technical laboratories. 
They provide an adjustable, regulated source of elec- 
trical power to test circuits under development. 


Laboratory power supplies usually feature two 
programmable modes, a constant-voltage output 
over a selected range of load current and a constant- 
current output over a wide range of voltage. The cross- 
over point where the action switches from constant 
voltage to constant current action is selected by the 
user. As an example, it may be desirable to limit the 
current to a test circuit to avoid damage if a hidden 
circuit fault occurs. If the circuit demands less than a 
selected value of current, the regulating circuitry will 
hold the output voltage at the selected value. If, how- 
ever, the circuit demands more than the selected max- 
imum current, the regulator circuit will decrease the 
terminal voltage to whatever value will maintain the 
selected maximum current through the load. The pow- 
ered circuit will never be allowed to carry more than 
the selected constant-current limit. 


Simple transformer power supplies 


Alternating current is required for most power 
lines because AC makes it possible to change the volt- 
age to current ratio with transformers. Transformers 
are used in power supplies when it is necessary to 
increase or decrease voltage. The AC output of these 
transformers usually must be rectified into direct cur- 
rent. The resulting pulsating direct current is filtered to 
create nearly-pure direct current. 


Switching power supplies 


A relatively new development in power-supply 
technology, the switching power supply, is becoming 
popular. Switching power supplies are lightweight and 
very efficient. Almost all personal computers are pow- 
ered by switching power supplies. 


The switching power supply gets its name from the 
use of transistor switches, which rapidly toggle in and 
out of conduction. Current travels first in one direc- 
tion then in the other as it passes through the trans- 
former. Pulsations from the rectified switching signal 
are much higher frequencies than the power line fre- 
quency, therefore the ripple content can be minimized 
easily with small filter capacitors. Voltage regulation 
can be accomplished by varying the switching fre- 
quency. Changes in the switching frequency alter the 
efficiency of the power supply transformer enough to 
stabilize the output voltage. 
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KEY TERMS 


Alternating current—Electric current that flows 
first in one direction, then in the other; abbreviated 
AC. 


Direct current (DC)—Electrical 
always flows in the same direction. 


current that 


Filter—Electrical circuitry designed to smooth volt- 
age variations. 


Harmonic—Whole-number multiple of a funda- 
mental frequency. 


Hz—SI abbreviation for Hertz, the unit of fre- 
quency (1 Hz = one cycle per second). 


Internal resistance—Fictitious resistance proposed 
to explain voltage variation. 


Modeling—Analysis of a complicated device with 
a simpler analogy. 


Ohms—Unit of electrical resistance, equal to 1 Volt 
per Ampere. 


Parallel—Side-by-side electrical connection. 


Rectification—Changing alternating current (AC) 
to direct current (DC) by blocking reverse flow of 
charge. 


Ripple—Repetitive voltage variation from inad- 
equate filtering. 


Switching power supplies are usually not damaged 
by sudden short circuits. The switching action stops 
almost immediately, protecting the supply and the cir- 
cuit load. A switching power supply is said to have 
stalled when excessive current interrupts its action. 


Switching power supplies are light in weight 
because the components are more efficient at higher 
frequencies. Transformers need much less iron in their 
cores at higher frequencies. 


Switching power supplies have negligible ripple 
content at audible frequencies. Variations in the out- 
put of the switching power supply are inaudible com- 
pared to the hum that is common with power supplies 
that operate at the 60-Hz AC power-line frequency. 


The importance of power supplies 


Electrical power supplies are not the most glamor- 
ous part of contemporary technology, but without 
them the electronic products with which we are sur- 
rounded could not function. 


See also Electricity; Electronics. 
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| Electrical resistance 


The electrical resistance of a wire or circuit is its 
resistance to the flow of an electrical current. An 
object made of a good electrical conductor, such as a 
copper, will have low resistance compared to an iden- 
tical object made of a poor conductor. Good insula- 
tors, such as rubber or glass insulators, have a high 
resistance. Resistance is measured in ohms (Q) and is 
related to the current in the circuit and voltage across 
the circuit by Ohm’s law, V = IR (where Vis voltage, I 
is current, and Ris resistance, all in appropriate units). 
Resistance is sometimes desirable, as in the electronic 
components called resistors, which are designed to 
have a certain amount of resistance. Resistance is, on 
the other hand, sometimes undesirable, as in wires 
meant to conduct signals or power from one point to 
another. 


When current flows through an object with non- 
zero resistance, energy is dissipated as heat. The 
amount of power (energy per unit time) P dissipated 
by a resistance R carrying a current I is given by P = 
PR. The power is dissipated in the form of heat. Power 
loss through resistive heating is why long-distance 
power lines are designed to have the lowest resistance 
possible and to operate at high voltage possible; by 
Ohim’s law, high voltage means low current, and by the 
power-current law, low current means low power 
dissipation. 


The resistance of a given piece of wire depends of 
three factors: the length of the wire, the cross-sectional 
area of the wire, and the resistivity of the material 
composing the wire. To understand how this works, 
think of water flowing through a hose. The amount of 
water flowing through the hose is analogous to the 
current in the wire. Just as more water can pass 
through a fat fire hose than a skinny garden hose, a 
fat wire can carry more current than a skinny wire. For 
a wire, the larger the cross-sectional area, the lower the 
resistance; the smaller the cross-sectional area, the 
higher the resistance. Now consider the length. It is 
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harder for water to flow through a very long hose 
simply because it has to travel farther. Analogously, 
it is harder for current to travel through a longer 
wire. A longer wire will have a greater resistance. 
The resistivity is a property of the material in the 
wire that depends on the chemical composition of 
the material but not on the amount of material or 
the shape (length, cross-sectional area) of the mate- 
rial. Copper has a low resistivity, but the resistance of 
a given copper wire depends on the length and area of 
that wire. Replacing a copper wire with a wire of the 
same length and area but a higher resistivity will 
produce a higher resistance. In the hose analogy, it 
is like filling the hose with sand. Less water will flow 
through the hose filled with sand than through an 
identical unobstructed hose. The sand in effect has a 
higher resistivity to water flow. The total resistance of 
a wire is then the resistivity of the material composing 
the wire times the length of the wire, divided by the 
cross-sectional area of the wire. 


Electrical resistivity survey methods see 
Subsurface detection 


fl Electricity 


Electricity consists of all phenomena resulting 
from electrical charges at rest and in motion. Our 
present-day understanding of electrical principles has 
developed from a long history of experimentation. 
Electrical technology, essential to modern society for 
energy transmission and information processing, is the 
result of our understanding of electricity. 


Electrical charge 


Electrical charge is a property possessed by a few 
of the fundamental particles that make up matter. 
Electrical charge is either positive or negative. 
Charges with the same sign repel while unlike charges 
attract. The unit of electrical charge is the coulomb, 
named for Charles Coulomb, an early authority on 
electrical theory. 


The most obvious sources of electric charge are 
the negatively-charged electrons from the outer parts 
of atoms and the positively-charged protons found 
in atomic nuclei. Electrical neutrality is the most prob- 
able condition of matter because most objects contain 
nearly equal numbers of electrons and protons. 
Physical activities that upset this balance will leave 
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Electricity arcing over the surface of ceramic insulators. 
(© Robert Essel NYC/Corbis.) 


an object with a net electrical charge, often with 
important consequences. 


Excess static electric charges can accumulate as a 
result of mechanical friction, as when someone walks 
across a carpet. Friction transfers charge between shoe 
soles and carpet, resulting in the familiar electrical shock 
when the excess charge sparks to a nearby person. 


Many semiconductor devices used in electronics are 
so sensitive to static electricity that they can be destroyed 
if touched by a technician carrying a small excess of 
electric charge. Computer technicians often wear a 
grounded wrist strap to drain away an electrical charge 
that might otherwise destroy sensitive circuits they touch. 


Electric fields 


Charged particles alter their surrounding space to 
produce an effect called an electric field. An electric 
field is the concept we use to describe how one electric 
charge exerts force on another distant electric charge. 
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Whether electric charges are at rest or moving, they 
are acted upon by a force whenever they are within an 
electric field. The ratio of this force to the amount of 
charge is the measure of the field’s strength. 


An electric field has vector properties in that it has 
both a unique magnitude and direction at every point 
in space. An electric field is the collection of all these 
values. When neighboring electrical charges push or 
pull each other, each interacts with the electric field 
produced by the other charge. 


Electric fields are imagined as lines of force that 
begin on positive charges and end on negative charges. 
Unlike magnetic field lines, which form continuous 
loops, electric field lines have a beginning and an end- 
ing. This makes it possible to block the effects of an 
electric field. An electrically conducting surface sur- 
rounding a volume will stop an external electric field. 
Passengers in an automobile may be protected from 
lightning strikes because of this shielding effect. An 
electric shield enclosure is called a Faraday cage, 
named for Michael Faraday. 


Coulomb’s law and the forces between 
electrical charges 


Force, quantity of charge, and distance of separa- 
tion are related by a rule called Coulomb’s law. This 
law states that the force between electrical charges is 
proportional to the product of their charges and inver- 
sely proportional to the square of their separation. 


The Coulomb force binds atoms together to form 
chemical compounds. It is this same force that accel- 
erates electrons in a TV picture tube, giving energy to 
the beam of electrons that creates the television pic- 
ture. It is the electric force that causes charge to flow 
through wires. 


The electric force also binds electrons to the nuclei 
of atoms. In some kinds of materials, electrons stick 
tightly to their respective atoms. These materials are 
electrical insulators that cannot carry a significant 
current unless acted upon by an extremely strong elec- 
trical field. Insulators are almost always nonmetals. 
Metals are relatively good conductors of electricity 
because their outermost electrons are easily removed 
by an electric field. Some metals are better conductors 
than others, silver being the best. 


Current 


The basic unit of electric current is the ampere, 
named for the French physicist Andre Marie Ampere. 
One ampere equals | coulomb of charge drifting past a 
reference point each second. 
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Electricity 


Voltage 


Voltage is the ratio of energy stored by a given a 
quantity of charge. Work must be performed to crowd 
same-polarity electric charges against their mutual 
repulsion. This work is stored as electrical potential 
energy, proportional to voltage. Voltage may also be 
thought of as electrical pressure. 


The unit of voltage is the volt, named for Alessandro 
Volta. One volt equals one joule for every coulomb of 
electrical charge accumulated. 


Resistance 


Ordinary conductors oppose the flow of charge with 
an effect that resembles friction. This dissipative action is 
called resistance. Just as mechanical friction wastes 
energy as heat, current through resistance dissipates 
energy as heat. The unit of resistance is the ohm, named 
for Georg Simon Ohm. If 1 volt causes a current of 1 
ampere, the circuit has | unit of resistance. It is useful to 
know that resistance is the ratio of voltage to current. 


Mechanical friction can be desirable, as in auto- 
mobile brakes, or undesirable, when friction creates 
unwanted energy loss. Resistance is always a factor in 
current electricity unless the circuit action involves an 
extraordinary low-temperature phenomenon called 
superconductivity. While superconducting materials 
exhibit absolutely no resistance, these effects are 
confined to temperatures so cold that it is not yet 
practical to use superconductivity in other than exotic 
applications. 


Ohm’s law 


Ohm’s law defines the relationship between the 
three variables affecting simple circuit action. 
According to Ohm’s law, current is directly propor- 
tional to the net voltage in a circuit and current is 
inversely proportional to resistance. 


Electrical power 


The product of voltage and current equals electri- 
cal power. The unit of electrical power is the watt, 
named for James Watt. One watt of electrical power 
equals | joule per second. If 1 volt forces a 1-ampere 
current through a l-ohm resistance, | joule per second 
will be wasted as heat. That is, 1 watt of power will be 
dissipated. A 100-watt incandescent lamp requires 100 
joules for each second it operates. 


Electricity provides a convenient way to connect 
cities with distant electrical generating stations. Electri- 
city is not the primary source of energy, rather it serves 
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KEY TERMS 


Ampere—A standard unit for measuring electric 
current. 


Conductors—Materials that permit electrons to 
move freely. 


Coulomb force—Another name for the electric 
force. 


Electric field—The concept used to describe how 
one electric charge exerts force on another, distant 
electric charge. 


Generator—A device for converting kinetic energy 
(the energy of movement) into electrical energy. 


Insulator—An object or material that does not con- 
duct heat or electricity well. 


Joule—The unit of energy in the mks system of 
measurements. 


Ohm—tThe unit of electrical resistance. 


Semiconductor devices—Electronic devices made 
from a material that is neither a good conductor or a 
good insulator. 


Volt—A standard unit of electric potential and 
electromotive force 


Watt—The basic unit of electrical power equal to 1 
joule per second. 


as the means to transport energy from the source to a 
load. Electrical energy usually begins as mechanical 
energy before its conversion to electrical energy. At the 
load end of the distribution system the electrical energy 
is changed to another form of energy, as needed. 


Commercial electrical power is transported great 
distances through wires, which always have significant 
resistance. Some of the transported energy is unavoid- 
ably wasted as heat. These losses are minimized by 
using very high voltage at a lower current, with 
the product of voltage and current still equal to the 
power required. Since the energy loss increases as the 
square of the current, a reduction of current by a 
factor of 1/100 reduces the power loss by a factor of 
1/10,000. Voltage as high as 1,000,000 volts is used to 
reduce losses. Higher voltage demands bigger insula- 
tors and taller transmission towers, but the added 
expense pays off in greatly-reduced energy loss. 


Alternating current and direct current 
Direct current, or DC, results from an electric 


charge that moves in only one direction. A car’s 
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battery, for example, provides a direct current when it 
forces electrical charge through the starter motor or 
through the car’s headlights. The direction of this 
current does not change. 


Current that changes direction periodically is 
called alternating current, or AC. Our homes are sup- 
plied with alternating current rather than direct current 
because the use of AC makes it possible to step voltage 
up or down, using an electromagnetic device called a 
transformer. Without transformers to change voltage 
as needed, it would be necessary to distribute electrical 
power at a safer low voltage but at a much higher 
current. The higher current would increase the trans- 
mission loss in the power lines. Without the ability to 
use high voltages, it would be necessary to locate gen- 
erators near locations where electric power is needed. 


Southern California receives much of its electrical 
power from hydroelectric generators in the state of 
Washington by a connection through an unusually 
long DC transmission line that operates at approxi- 
mately one million volts. Electrical power is first gener- 
ated as alternating current, transformed to a high 
voltage, then converted to direct current for the long 
journey south. The direct-current power is changed back 
into AC for final distribution at a lower voltage. In 
certain applications, such as this one, the use of direct 
current more than compensates for the added complex- 
ity of the AC to DC and DC to AC conversions. 


Resources 


BOOKS 

Gibilisco, Stan. Electricity Demystified. New York: 
McGraw-Hill Professional, 2005. 
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ed. Clifton Park, NY: Thomson Delmar Learning, 2005. 


Donald Beaty 


l Electrocardiogram (ECG) 


The electrocardiogram, ECG or EKG, directly 
measures microvoltages in the heart muscle (myocar- 
dium) occurring over specific periods of time in a cardiac, 
ie., a heartbeat, otherwise known as a cardiac impulse. 
Electrocardiography is the noninvasive, virtually risk- 
free procedure of analyzing the electrical activity (electri- 
cal conduction and rhythm) of the heart muscle through 
electrodes positioned on the chest. The results are 
recorded on the electrocardiogram. The ECG describes 
a series of waves that are associated with the electrical 
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impulses that occur during each beat of the heart. From 
2000 to 2005, according to the U.S. Centers for Disease 
Control and Prevention (CDC), around 23 million ECGs 
are performed in the United States each year. 


In the late 1700s medical researchers learned that 
muscles produce tiny electric impulses now known as 
action potentials. Italian biophysicist Carlo Matteucci 
(1811-1868) identified action potentials in a pigeon’s 
heart in 1843 and, in 1856, German scientists Rudolf 
Albert von K6lliker (1817-1905) and Heinrich Miiller 
(1820-1864) recorded these electric currents from a frog’s 
heart. Reasoning that these recordings could reveal irreg- 
ularities and, hence, heart disease, researchers attempted 
to develop accurate measuring devices. French physiol- 
ogist Augustus Waller (1856-1922) found that cardiac 
currents could be recorded by placing surface electrodes 
on the body. In 1887, Waller developed a capillary elec- 
trometer—tubes of mercury that rose and fell with the 
changes in heart muscle current—which, unfortunately, 
was imprecise and difficult to use. 


Therefore, Dutch physiologist Willem Einthoven 
(1860-1927) set out to design an improved apparatus. 
In 1903, he described the result as a string galvanometer 
that consisted of thin, silver-coated quartz stretched 
between the limbs of a patient. As the heart’s electric 
impulse flowed through, the wire was deflected and 
motion was magnified and projected onto moving photo- 
graphic film. The extreme sensitivity of the device, which 
weighed 600 pounds (272.4 kilograms), allowed it to 
detect the tiny cardiac currents very accurately. 
Einthoven called his machine the electrocardiograph 
and the recorded electrical impulses an electrocardio- 
gram. He devised the standard positioning of the electro- 
des and described the regular heart waves and the triangle 
used to interpret electrocardiograms. Through clinical 
studies, Einthoven identified a number of heart problems 
with his galvanometer. Einthoven won the Nobel Prize in 
1924 for inventing the ECG. In 1942, Emanuel 
Goldberger added three augmented limb leads to 
Einthoven’s three limb leads and the six chest leads mak- 
ing the 12-lead electrocardiogram that is used today, and 
English physician Sir Thomas Lewis (1881-1945) estab- 
lished the electrocardiogram as a standard clinical tool. 


With refinements in instrumentation and techni- 
que, electrocardiography became one of the most use- 
ful diagnostic tools in medicine. This highly accurate, 
easy to interpret, and relatively inexpensive device 
permits diagnosis of heart conditions without needle 
or incision and even portable devices are now avail- 
able: the HeartMirror, weighing only 3.3 pounds 
(1.5 kilograms) operates on four AA NiCad (nickel 
cadmium) batteries and will record 12 selectable leads. 
Housed in a carrying case, it is ideal for a physician’s 


1489 


(994) wessoipses04}99/9 


Electrocardiogram (ECG) 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Positional placement of six precordial electrodes 
on the chest wall anterior to the heart. 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


office. The HeartVision portable emergency device 
weighs only 13.4 ounces (380 grams), uses four AA 
batteries, and fits into a shirt pocket. Four built-in 
emergency electrodes eliminate contact leads—the 
device is simply placed on a patient’s chest and 
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Einthoven equilateral triangle illustrating 
connections of standard leads to galvanometer. 
lis from RA and LA. 
Il is from RA and LL. 
Ill is from LA and LL. 
The vector electrical axis is about 60° down 
and to the left. 


displays the reading on a liquid crystal display 
(LCD). It also stores the reading, which can be printed 
out later on an analog ECG recorder or personal 
computer. 


With each heartbeat, electrical currents called 
action potentials, measured in millivolts (mV), travel 
at predictable velocities through a conducting system 
in the heart. The potentials originate in a sinoatrial 
(SA) node, which lies in the entrance chamber of the 
heart, called the right atrium. These currents also 
diffuse through tissues surrounding the heart whereby 
they reach the skin. There, external electrodes, which 
are placed at specific positions on the skin, pick them 
up. They are, in turn, sent through leads to an electro- 
cardiograph. A pen records the transduced electrical 
events onto special paper. The paper is ruled into mV 
against time and it provides the reader with a so-called 
rhythm strip. This is a non-invasive method to used 
evaluate the electrical counterparts of the myocardial 
activity in any series of heartbeats. Careful observa- 
tion of the records for any deviations in the expected 
times, shapes, and voltages of the impulses in the 
cycles gives the observer information that is of signifi- 
cant diagnostic value, especially for human medicine. 
The normal rhythm is called a sinus rhythm if the 
potentials begin in the sinoatrial (SA) node. 


A cardiac cycle has a phase of activity called sys- 
tole followed by a resting phase called diastole. In 
systole, the muscle cell membranes, each called a 
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Scalar electrocardiogram 
showing deflections and intervals 


Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


sarcolemma, allow charged sodium particles to enter 
the cells while charged potassium particles exit. These 
processes of membrane transfer in systole are defined 
as polarization. Electrical signals are generated and this 
is the phase of excitability. The currents travel imme- 
diately to all cardiac cells through the mediation of 
end-to-end high-conduction connectors termed inter- 
calated disks. The potentials last for 200 to 300 
milliseconds. In the subsequent diastolic phase, repola- 
rization occurs. This is a period of oxidative restoration 
of energy sources needed to drive the processes. 
Sodium is actively pumped out of the fiber while potas- 
sium diffuses in. Calcium, which is needed to energize 
the force of the heart, is transported back to canals 
called endoplasmic reticula in the cell cytoplasm. 


The action potentials travel from the superior part 
of the heart called the base to the inferior part called the 
apex. In the human four-chambered heart, a pace- 
maker, the SA node, is the first cardiac area to be 
excited because sodium and potassium interchange 
and energize both right and left atria. The impulses 
then pass downward to an atrioventricular (AV) node 
in the lower right atrium where their velocity is slowed, 
whereupon they are transmitted to a conducting system 
called the bundle of His. The bundle contains Purkinje 
fibers that transmit the impulses to the outer aspects of 
the right and left ventricular myocardium. In turn, they 
travel into the entire ventricular muscles by a slow 
process of diffusion. Repolarization of the myocardial 
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cells takes place in a reverse direction to that of depo- 
larization, but does not utilize the bundle of His. 


The place where electrodes are positioned on the 
skin is important. In what are called standard leads, one 
electrode is fastened to the right arm, a second on the left 
arm, and a third on the left leg. They are labeled Lead I 
(left arm to right arm), IJ (right arm to left leg), and III 
(left arm to left leg). These three leads form angles of 
an equilateral triangle called the Einthoven triangle 
(Figure 1) in a sense, the galvanometer is looking at 
the leads from three different points of view. The stand- 
ard leads are in pairs called bipolar and the galvanom- 
eter measures them algebraically, not from zero to a 
finite value. The ECG record is called frontal, which is 
a record of events downward from base to apex. 


The ECG displays a second set of leads called 
precordial. This means that they are positioned ante- 
rior to the heart at specific places on the skin of the 
chest. They measure electrical events, not in a frontal 
plane like the standard leads do, but tangentially, from 
anterior (ventral) to posterior (dorsal) or vice versa 
across the chest wall. They are numbered from their 
right to left positions as V1 through V6 (Figure 2) this 
allows them to sense impulses directly beneath the 
particular electrode put into the circuit. Events in 
these horizontal planes add significantly to diagnosis. 


The ECG also shows a third set of leads, which 
are three in number. These are called vectorial and are 
essential in obtaining vectorcardiograms because the 
transmission of action potentials in the heart is a 
directional or vector process. The direction of travel 
of the action potentials is found by vectorial analysis 
as it is in physics. It takes two measurements of a 
completed record that are at right angles to one 
another to determine the resultant direction of all 
the potentials occurring at a given time. The resultant, 
computed as an arrow with a given length and direc- 
tion, is considered to be the electrical axis of the heart. 
In the normal young adult, it is predictably about 
minus 60 degrees below the horizontal isoelectric 
base line. The three vectorial leads are each 30 degrees 
away from the standard leads, appearing like spokes 
on a wheel. They explain why twelve leads appear in 
an ECG strip. In the recordings they are designated a 
VR, a VL and a VF. The lower case “a” means aug- 
mented, V is voltage and R, L and F are for the right 
arm, left arm and left foot. 


The normal sinus ECG 


A few selected examples of ECGs are displayed 
herein. In the normal ECG, as taken from standard 
lead II, there are three upward or positive deflections, 
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Electrocardiogram (ECG) 


KEY TERMS 


Action potential—A transient change in the electri- 
cal potential across a membrane that results in the 
generation of a nerve impulse. 

Depolarization—A tendency of a cell membrane 
when stimulated to allow charged (ionic) chemical 
particles to enter or leave the cell. This favors the 
neutralization of excess positive or negative particles 
within the cell. 

Diastole—The phase of rest in a cardiac cycle, 
allowing reconstitution of energy needed for the 
phase of systole which follows. 

Electrocardiogram (ECG)—A moving pen or oscil- 
loscope record of the heart beats. Essentially, the 
measurement of microvolt changes by a galvanom- 
eter over time. 

Precordial leads—These are six leads, labeled V1 
through V6, which pass from electrodes on the 


P, R, and T and two downward negative deflections, 
Q and S. The P wave indicates atrial depolarization. 
The QRS complex shows ventricular activity. The S-T 
segment, as well as the T wave, indicate ventricular 
repolarization. There are atrial repolarization waves 
but they are too low in voltage to be visible (Figure 3). 


The time line on the X axis is real time. The record- 
ing paper is read on this line as 0.04 seconds for each 
small vertical subdivision if the paper is running at 0.98 
in (25 mm) per second. At the end of each group of 
five of these, which corresponds to 0.2 seconds, the 
vertical line is darker on the ruled paper. If the pulse 
rate is found to be 75 per minute, the duration of a 
cardiac cycle is 60/75 or 0.8 seconds. Variations in 
expected normal times for any part of a cycle indicate 
specific cardiac abnormalities. This is used to diagnose 
arrhythmias which have a basis in time deviation. 


On the Y axis, every 0.4 in (10 mm) corresponds to 
1 mV of activity in the heart. Although time on the 
X-axis is real, the mV on the Y-axis cannot always be 
taken literally. Voltages may partly lose significance in 
that a fatty person can to some extent insulate cardiac 
currents from reaching the skin. 


Respiratory sinus arrhythmia 


The young adult male, while resting, breathes 
about 12 times per minute. Each cycle takes five 


1492 


ventral chest wall to the electrocardiograph. They 
are called unipolar in that the active electrode is 
placed on the chest while the second electrode is 
placed on an extremity, but only one transmits the 
action potentials originating in the heart. 


Repolorization—The reverse passage of ions across 
the cell membranes following their depolarization. 
This reestablishes the resting differences, i.e., polar- 
ity, on either side of a cell membrane. 


Standards (limb) leads—These are conductors con- 
necting the electrocardiograph with the right arm, 
left arm, and left leg. They form a hypothetical 
Einthoven triangle. The leads are called bipolar in 
that each lead involves two electrodes placed RA 
and LA, RA and LL, LA and LL. 


Vector—A quantity or term that can be expressed in 
terms of both magnitude (a number) and a direction. 


seconds, two for inspiration, and three for expiration. 
The ECG shows these differences graphically in every 
respiratory cycle and they are easily measurable 
between successive P waves. This is the only arrhyth- 
mia that is considered to be normal. 


Ventricular tachycardia 


The effect of the form of the wave on the ECG, as 
distinguished from the effect of the direction and force 
is illustrated in this disorder. Prominent signs include 
an extraordinary height of the waves and, also, the 
rapidity of the heart beat. Both the X-axis and Y-axis 
must be examined. 
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Normal Sinus Node Rhythm 


Respiratory Sinus Arrhythmia 
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Ventricular Tachycardia 


Figure 4. ECG trace recordings. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Electrochemical cell see Cell, 
electrochemical 


Electrode see Battery 
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l Electroencephalogram (EEG) 


An electroencephalogram, usually abbreviated 
EEG and sometimes called Brain Wave Test, is a 
medical test that records electrical activity in the 
brain. During the test, the brain’s spontaneous elec- 
trical signals are traced onto paper or read onto a 
computer screen. The electroencephalograph is the 
machine that amplifies and records the electrical sig- 
nals from the brain. The e/ectroencephalogram is the 
actual information displayed on a computer screen or 
later printed out as a paper strip. The EEG changes 
with disease or brain disorder, such as epilepsy, so it 


1493 


(5349) weasoyeydaous0.99/9 


Electroencephalogram (EEG) 


can be a useful diagnostic tool, but usually must be 
accompanied by other diagnostic tests to be definitive. 
EEGs are also useful in diagnosing brain tumors, 
strokes, brain damage caused through head trauma, 
and other neurological conditions characterized by 
distinctive, abnormal brain wave patterns. They are 
also used in investigating psychiatric disorders such as 
schizophrenia, and in determining brain death—an 
important process for use in conjunction with organ 
donation for surgical transplant recipients. 


The history 


The founder of electroencephalography was Hans 
Berger (1873-1941), a German psychiatrist who made 
the first human EEG in 1924. Interested primarily in 
psychophysiology—that is, the relationship between 
the mind and the brain—Berger set about measuring 
the brain’s electrical activity in the hope that a phys- 
iological record of this kind would provide insight into 
mental processes. He found inspiration for his work in 
the electrocardiograph (ECG) invented by Dutch 
physiologist Willem Einthoven (1860-1927) in 1900, 
and in work done earlier on the brain waves of 
animals. 


In 1875, Richard Caton (1842-1926), an English 
physiologist and surgeon, measured electrical activity 
in the exposed brains of rabbits and monkeys. 
Unfortunately, Caton had been unable to make a 
graphic recording; the first recording of this kind 
was made in 1913 by Russian scientist Vladimir 
Vladimirovich Pravdich-Neminskii (1879-1952), who 
used the Einthoven string galvanometer to record 
from the intact skulls of dogs. Using a galvanometer 
much like the one Pravdich-Neminskii had used a 
decade earlier; Berger began his search for the 
human EEG by experimenting with the exposed 
brains of dogs. He then started placing needle electro- 
des under the scalp of patients who had lost some of 
their skull bones in surgery. It was while working with 
one of these patients—a seventeen-year-old youth 
who had been operated on because of a suspected 
brain tumor—that Berger recorded the first human 
EEG in 1924. He was initially uncertain whether the 
electrical oscillations he recorded originated in the 
brain. It was not until after conducting many other 
experiments—including experiments on the intact 
skulls of healthy people and of people with brain dis- 
orders—that he published his first paper on the human 
electroencephalogram in 1929. 


The initial reaction of other scientists to Berger’s 
work was one of disbelief; like Berger himself, the 
scientific world at first doubted whether the workings 
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of an organ as complex as the brain could be recorded 
through the skull. Berger did not achieve an interna- 
tional reputation until 1934, when Edgar Douglas 
Adrian (1889-1977), a renowned English neurophysi- 
ologist, confirmed his findings. Even then, however, 
Berger remained unappreciated in his own country. In 
the late 1930s, the German Nazis forced him to retire 
from the University of Jena, where he had been pro- 
fessor and director of psychiatry since 1919. With his 
laboratory dismantled and no facilities to carry on his 
work, Berger fell into a depression and committed 
suicide in 1941. 


Despite his reputation as a reserved and inflexible 
man, Berger would no doubt be pleased to know that, 
over the years, research scientists have used the EEG 
to identify the parts of the brain involved in the mental 
processes of reasoning, memory, and feeling. In addi- 
tion, Berger would be interested in a system that has 
simplified EEG interpretation. Known as BEAM 
(brain electrical activity mapping), this system was 
invented by Frank Duffy of the Harvard Medical 
School in the early 1980s. It uses computer technology 
to combine the signals from the individual electrodes 
into an overall, color-coded map of the brain’s elec- 
trical activity. 


BEAM can store large amounts of EEG data, 
compare healthy profiles with abnormal ones, and 
provide detailed analyses that have been used to accu- 
rately diagnose such conditions as dyslexia and schiz- 
ophrenia, which are usually difficult to detect. Efforts 
are currently underway to use BEAM in matching 
EEG patterns to specific brain functions. For exam- 
ple, research scientists at Johns Hopkins University 
have used BEAM to map the electrical activity 
involved in the movement of a monkey’s arm; their 
studies have shown that when the monkey anticipates 
moving its arm, the pattern of electrical activity in its 
brain changes. If efforts like these are successful, it 
may one day be possible to use computers and the 
electrical activity of the brain not only to control 
artificial limbs but in many other revolutionary appli- 
cations as well. 


The performance 


To perform an EEG, electrodes, which are wires 
designed to detect electrical signals, are placed on the 
cranium either by inserting a needle into the scalp or 
by attaching the wire with a special adhesive. The 
electrodes are placed in pairs so that the difference in 
electric potential between them can be measured. The 
wires are connected to the electroencephalograph, 
where the signal is amplified and directed into pens 
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that record the waves on a moving paper chart. The 
tracing appears as a series of peaks and troughs drawn 
as lines by the recording pens. 


Basic alpha waves, which originate in the cortex, 
can be recorded if the subject closes his eyes and puts 
his brain “at rest” as much as possible. Of course, the 
brain is never still, so some brain activity is going on 
and is recorded in waves of about six to 12 per second, 
with an average of about 10 per second. The voltage of 
these waves is from five to 100 microvolts. A microvolt 
is one-one millionth of a volt. Thus, a considerable 
amount of amplification is required to raise the volt- 
age to a discernable level. 


The rate of the waves, that is, the number that occur 
per second, appears to be a better diagnostic indicator 
than does the amplitude, or strength. Changes in the 
rate indicating a slowing or speeding up are significant, 
and unconsciousness occurs at either extreme. Sleep, 
stupor, and deep anesthesia are associated with slow 
waves and grand mal seizures cause an elevated rate of 
brain waves. The only time the EEG line is straight and 
without any wave indication is at death. A person who 
is brain dead has a straight, flat EEG line. 


The rates of alpha waves are intermediate com- 
pared with other waves recorded on the EEG. Faster 
waves, 14 to 50 waves per second, are lower in voltage 
than alpha waves are called beta waves. Very slow 
waves, averaging 0.5—-5 per second, are delta waves. 
The slowest brain waves are associated with an area of 
localized brain damage such as may occur from a 
stroke or blow on the head. 


The individual at rest and generating a fairly 
steady pattern of alpha waves can be distracted by a 
sound or touch. The alpha waves then flatten some- 
what, that is their voltage is less and their pattern 
becomes more irregular when the individual’s atten- 
tion is focused. Any difficult mental effort such as 
multiplying two four-digit numbers will decrease the 
amplitude of the waves, and any pronounced emo- 
tional excitement will flatten the pattern. The brain 
wave pattern will change to one of very slow waves, 
about three per second, in deep sleep. 


Though the basic EEG pattern remains a stand- 
ard one from person to person, each individual has his 
own unique EEG pattern. The same individual given 
two separate EEG tests weeks or months apart will 
generate the same alpha wave pattern, assuming the 
same conditions of the tests. Identical twins will both 
have the same pattern. One twin will virtually match 
the second twin to the extent that the two tracings 
appear to be from the same individual on two separate 
occasions. 
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Though the EEG is a useful diagnostic tool, its use 
in brain research is limited. The electrodes detect the 
activity of only a few neurons in the cortex out of the 
billions that are present. Electrode placement is stand- 
ardized so the EEG can be interpreted by any trained 
neurologist. Also, the electrical activity being meas- 
ured is from the surface of the cortex and not from the 
deeper areas of the brain. 


The brain 


The brain is the center of all human thought, feel- 
ing, emotion, movement, and touch, among other 
facilities. It consists of the prominent cerebrum, the 
cerebellum, and the medulla oblongata. The cerebral 
cortex, or outer layer, has specialized areas for sight, 
hearing, touch, smell, taste, and so on. 


The basic cell of the brain is the neuron, which 
monitors information coming in to it and directs an 
appropriate response to a muscle or to another neuron. 
Each neuron is connected to other neurons through 
axons, which carry information away from a neuron, 
and dendrites, which carry information to the neuron. 
Thus, an axon from one neuron will end at a dendrite 
of another. The very tiny space between the two nerve 
endings is a synapse. The message is passed across the 
synapse by the release of certain chemical messengers, 
from the axon that cross the space and occupy receptor 
areas in the dendrite. These chemicals are called neuro- 
transmitters. Thus neurons are in constant electrical 
contact with other neurons, receiving and passing on 
information at the rate of billions of reactions a second. 


Neuronal connections are established early in life 
and remain intact throughout one’s lifetime. An inter- 
ruption of those connections because of a stroke or 
accident results in their permanent loss. Sometimes, 
with great effort, alternative pathways or connections 
can be established to restore function to that area, but 
the original connection will remain lost. 


Uses of the EEG 


The electroencephalogram is a means to assess the 
degree of damage to the brain in cases of trauma, or to 
measure the potential for seizure activity. It is used 
also in sleep studies to determine whether an individ- 
ual has a sleep disorder and to study brain wave pat- 
terns during dreaming or upon sudden awakening. 


The EEG is also a useful second-level diagnostic 
tool to follow-up a computerized tomogram (CT) scan 
to assist in finding the exact location of a damaged 
area in the brain. The EEG is one of a battery of brain 
tests available and is seldom used alone to make a 
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Electrolysis 


KEY TERMS 


Electrode—A wire with a special terminal on it to 
attach to a part of the body to measure certain 
signals or transmit stimuli. 


diagnosis. The EEG tracing can detect an abnormality 
but cannot distinguish between, for example, a tumor 
and a thrombosis (site of deposit of a blood clot in an 
artery). 


Although persons with frequent seizures are more 
likely to have an abnormal EEG than are those who 
have infrequent seizures, EEGs cannot be solely used 
to diagnose epilepsy. Approximately 10% of epilepsy 
patients will have a normal EEG. A normal EEG, 
therefore, does not eliminate brain damage or seizure 
potential, nor does an abnormal tracing indicate that a 
person has epilepsy. Something as simple as visual 
stimulation or rapid breathing (hyperventilation) 
may initiate abnormal electrical patterns in some 
patients. 


If the EEG is taken at the time the patient has a 
seizure, the pattern will change. A grand mal seizure 
will result in sharp spikes of higher voltage and greater 
frequency (25 to 30 per second). A petit mal seizure 
also is accompanied by sharp spikes, but at a rate of 
only three waves per second. 


Also, the EEG is not diagnostic of mental illness. 
The individual who is diagnosed with schizophrenia or 
paranoia may have an EEG tracing interpreted as 
normal. Most mental illness is considered to be a 
chemical imbalance of some sort, which does not cre- 
ate abnormal electrical activity. However, an EEG 
may be taken of an individual who exhibits bizarre, 
abnormal behavior to rule out an organic source such 
as thrombosis as the cause. 


Patients being diagnosed for a brain disorder can 
be monitored on a 24-hour basis by a portable EEG 
unit. A special cap with electrodes is fitted onto the 
head where it will remain during the time the test is 
being run. The electroencephalograph is worn on the 
belt. A special attachment on the machine enables the 
patient to communicate with the physician and trans- 
mit the data the machine has accumulated. 
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f Electrolysis 


Electrolysis is the process of causing a chemical 
reaction to occur by passing an electric current 
through a substance or mixture of substances, most 
often in liquid form. Electrolysis frequently results 
in the decomposition of a compound into its ele- 
ments. To carry out an electrolysis, two electrodes, 
a positive electrode (anode) and a negative electrode 
(cathode), are immersed into the material to be elec- 
trolyzed and connected to a source of direct (DC) 
electric current. 


The apparatus in which electrolysis is carried out 
is called an electrolytic cell. The roots -/ys and -/yt 
come from the Greek /ysis and /ytos, meaning to cut 
or decompose; electrolysis in an electrolytic cell is a 
process that can decompose a substance. 


The substance being electrolyzed must be an elec- 
trolyte, a liquid that contains positive and negative 
ions and therefore is able to conduct electricity. 
There are two kinds of electrolytes. One kind is an 
ion compound solution of any compound that produ- 
ces ions when it dissolves in water, such as an inor- 
ganic acid, base, or salt. The other kind is a liquefied 
ionic compound such as a molten salt. 


In either kind of electrolyte, the liquid conducts 
electricity because its positive and negative ions are 
free to move toward the electrodes of opposite 
charge—the positive ions toward the cathode and 
the negative ions toward the anode. This transfer of 
positive charge in one direction and negative charge 
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in the opposite direction constitutes an electric cur- 
rent because an electric current is, after all, only a 
flow of charge, and it does not matter whether the 
carriers of the charge are ions or electrons. In an ionic 
solid such as sodium chloride, for example, the nor- 
mally fixed-in-place ions become free to move as soon 
as the solid is dissolved in water or as soon as it is 
melted. 


During electrolysis, the ions move toward the elec- 
trodes of opposite charge. When they reach their 
respective electrodes, they undergo chemical oxida- 
tion-reduction reactions. At the cathode, which is 
pumping electrons into the electrolyte, chemical reduc- 
tion takes place—a taking on of electrons by the pos- 
itive ions. At the anode, which is removing electrons 
out of the electrolyte, chemical oxidation takes place— 
a loss of electrons by the negative ions. 


In electrolysis, there is a direct relationship 
between the amount of electricity that flows through 
the cell and the amount of chemical reaction that takes 
place. The more electrons are pumped through the 
electrolyte by the battery, the more ions will be forced 
to give up or take on electrons, thereby being oxidized 
or reduced. To produce one mole’s worth of chemical 
reaction, one mole of electrons must pass through 
the cell. A mole of electrons, that is, 6.02 x 107° of 
electrons, is called a faraday. The unit is named after 
Michael Faraday (1791-1867), the English chemist 
and physicist who discovered this relationship 
between electricity and chemical change. He is also 
credited with first using the words anode, cathode, 
electrode, electrolyte, and electrolysis. 


Various kinds of electrolytic cells can be devised 
to accomplish specific chemical objectives. 


Electrolysis of water 


Perhaps the best known example of electrolysis is 
the electrolytic decomposition of water to produce 
hydrogen and oxygen: 


2H,0 + energy > 2H, + O, 
water hydrogen oxygen 
gas gas 


Because water is such a stable compound, scien- 
tists can only make this reaction go by pumping 
energy into it—in this case, in the form of an electric 
current. Pure water, which does not conduct electricity 
very well, must, first, be made into an electrolyte by 
dissolving an acid, base, or salt in it. Then, an anode 
and a cathode, usually made of graphite or some 
non-reacting metal such as platinum, can be inserted 
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and connected to a battery or other source of direct 
current. 


At the cathode, where electrons are being pumped 
into the water by the battery, they are taken up by 
water molecules to form hydrogen gas: 


4HO0 + 4e — 2H, + 4OH7 
water electrons hydrogen hydroxide 
gas ions 


At the anode, electrons are being removed from 
water molecules: 


2H,0 — 4e > O, + 4H 
water electrons oxygen hydrogen 
gas ions 


The net result of these two electrode reactions 
added together is 


2H,O > 2H, + O, 


(Note that when these two equations are added 
together, the four H* ions and four OH’ ions on the 
right-hand side are combined to form four H2O mol- 
ecules, which then cancel four of the H,O molecules on 
the left-hand side.) Thus, every two molecules of water 
have been decomposed into two molecules of hydro- 
gen and one molecule of oxygen. 


The acid, base, or salt that made the water into an 
electrolyte was chosen so that its particular ions can- 
not be oxidized or reduced (at least at the voltage of 
the battery), so they do not react chemically and serve 
only to conduct the current through the water. 
Sulfuric acid, H,SO,, is commonly used. 


Production of sodium and chlorine 


By electrolysis, common salt, sodium chloride, 
NaCl, can be broken down into its elements, sodium 
and chlorine. This is an important method for the 
production of sodium. It is used also for producing 
other alkali metals and alkaline earth metals from 
their salts. 


To obtain sodium by electrolysis, scientists will 
first melt some sodium chloride by heating it above 
its melting point of 1,474°F (801°C). Then they will 
insert two inert (non-reacting) electrodes into the 
melted salt. The sodium chloride must be molten 
in order to permit the Na* and CI ions to move 
freely between the electrodes; in solid sodium chloride, 
the ions are frozen in place. Finally, scientists will 
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pass a direct electric current (DC) through the molten 
salt. 


The negative electrode (the cathode) will attract 
Na‘ ions and the positive electrode (the anode) will 
attract Cl ions, whereupon the following chemical 
reactions take place. 


At the cathode, where electrons are being pumped 
in, they are being grabbed by the positive sodium ions: 


Nato + e > Na 
sodium electron sodium 
ion atom 


At the anode, where electrons are being pumped 
out, they are being ripped off the chloride ions: 


cl - e- > cl 
chloride electron chlorine 
ion atom 


(The chlorine atoms immediately combine into 
diatomic molecules, Cly.) The result is that common 
salt has been broken down into its elements by 
electricity. 


Production of magnesium 


Another important use of electrolysis is in the 
production of magnesium from seawater. Seawater is 
a major source of that metal, since it contains more 
ions of magnesium than of any other metal except 
sodium. First, magnesium chloride, MgCl, is obtained 
by precipitating magnesium hydroxide from seawater 
and dissolving it in hydrochloric acid. The magnesium 
chloride is, then, melted and electrolyzed. Similar to the 
production of sodium from molten sodium chloride, 
above, the molten magnesium is deposited at the cath- 
ode, while the chlorine gas is released at the anode. The 
overall reaction is MgCl, ~Mg+ Ch. 


Production of sodium hydroxide, chlorine 
and hydrogen 


Sodium hydroxide, NaOH, also known as lye 
and caustic soda, is one of the most important of all 
industrial chemicals. As of 2004, it is produced at the 
rate of over 25 billion pounds (11 billion kilograms) 
each year in the United States alone. World produc- 
tion, in that same year, is over 100 billion pounds 
(44 billion kilograms). The major method for produc- 
ing it is the electrolysis of brine or salt water, a 
solution of common salt, sodium chloride in water. 
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Chlorine and hydrogen gases are produced as valua- 
ble byproducts. 


When an electric current is passed through salt 
water, the negative chloride ions, Cl’, migrate to the 
positive anode and lose their electrons to become 
chlorine gas. 


cr + e > cl 
chloride electron chlorine 
ion atom 


(The chlorine atoms then pair up to form 
Cl, molecules.) Meanwhile, sodium ions, Na~, are 
drawn to the negative cathode. However, they do not 
pick up electrons to become sodium metal atoms as 
they do in molten salt. This is because in a water 
solution the water molecules themselves pick up elec- 
trons more easily than sodium ions do. What happens 
at the cathode, then, is 


2H,0 + 2e0 =5 H, + OH™ 
water electrons hydrogen hydroxide 
gas ions 


The hydroxide ions, together with the sodium ions 
that are already in the solution, constitute sodium 
hydroxide, which can be recovered by evaporation. 


This so-called chloralkali process is the basis of an 
industry that has existed for well over one hundred 
years. By electricity, it converts cheap salt into valua- 
ble chlorine, hydrogen, and sodium hydroxide. 
Among other uses, the chlorine is used in the purifica- 
tion of water, the hydrogen is used in the hydrogena- 
tion of oils, and the lye is used in making soap, 
industrial drain and oven cleaner, and paper. 


Production of aluminum 


The production of aluminum by the Hall process 
was one of the earliest applications of electrolysis on a 
large scale, and is still the major method for obtaining 
that very useful metal. Charles M. Hall, a 21-year-old 
student at Oberlin College in Ohio, who had been 
searching for a way to reduce aluminum oxide to the 
metal, discovered the process in 1886. Aluminum was 
a rare and expensive luxury at that time, because the 
metal is very reactive and therefore difficult to reduce 
from its compounds by chemical means. On the other 
hand, electrolysis of a molten aluminum salt or oxide 
is difficult because the salts are hard to obtain in 
anhydrous (dry) form and the oxide, Al,O03, does not 
melt until 3,762°F (2,072°C). 
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Hall discovered that Al,O3, in the form of the 
mineral bauxite, dissolves in another aluminum min- 
eral called cryolite, Na3AlF,, and that the resulting 
mixture could be melted easily. When an electric cur- 
rent is passed through this molten mixture, the alumi- 
num ions migrate to the cathode, where they are 
reduced to metal: 


3 
Al’ + BeOS Al 
aluminum electrons molten 
ion aluminum metal 


At the anode, oxide ions are oxidized to oxygen 


gas: 
10 = 2e- > O, 
oxide electrons oxygen 
ion gas 


The molten aluminum metal sinks to the bottom 
of the cell and can be drawn off. 


Notice that three moles of electrons (three fara- 
days of electricity) are needed to produce each mole of 
aluminum, because there are three positive charges on 
each aluminum ion that must be neutralized by elec- 
trons. The production of aluminum by the Hall proc- 
ess, therefore, consumes huge amounts of electrical 
energy. The recycling of beverage cans and other alu- 
minum objects has become an important energy con- 
servation measure. 


Refining of copper 


Unlike aluminum, copper metal is fairly easy to 
obtain chemically from its ores. But by electrolysis, it 
can be refined and made very pure—up to 99.999%. 
Pure copper is important in making electrical wire, 
because copper’s electrical conductivity is reduced by 
impurities. These impurities include such valuable 
metals as silver, gold, and platinum; when they are 
removed by electrolysis and recovered, they go a long 
way toward paying electricity bill. 


In the electrolytic refining of copper, the impure 
copper is made from the anode in an electrolyte bath 
of copper sulfate, CuSO4, and sulfuric acid H2SO4. 
The cathode is a sheet of pure copper. As current is 
passed through the solution, positive copper ions, 
Cu’*, in the solution are attracted to the negative 
cathode, where they take on electrons and deposit 
themselves as neutral copper atoms, thereby building 
up more and more pure copper on the cathode. 
Meanwhile, copper atoms in the positive anode give 
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up electrons and dissolve into the electrolyte solution 
as copper ions. However, the impurities in the anode 
do not go into solution because silver, gold, and plat- 
inum atoms are not as easily oxidized (converted into 
positive ions) as copper is oxidized. So the silver, gold, 
and platinum simply fall from the anode to the bottom 
of the tank, where they can be scraped up. 


Electroplating 


Another important use of electrolytic cells is in the 
electroplating of silver, gold, chromium, and nickel. 
Electroplating produces a thin coating of these expen- 
sive metals on the surfaces of cheaper metals in order 
to give them the appearance and the chemical resist- 
ance of the expensive ones. 


In silver plating, the object to be plated (i.e., a 
spoon) is made from the cathode of an electrolytic 
cell. The anode is a bar of silver metal, and the electro- 
lyte (the liquid in between the electrodes) is a solution 
of silver cyanide, AgCN, in water. When a direct 
current is passed through the cell, positive silver ions 
(Ag” ) from the silver cyanide migrate to the negative 
anode (the spoon), where they are neutralized by elec- 
trons and stick to the spoon as silver metal: 


2H,0 + energy —> 2H, + O, 
water hydrogen oxygen 
gas gas 


Meanwhile, the silver anode bar gives up electrons 
to become silver ions: 


Ag e —> Agt 
silver electron silver 
atom ion 


Thus, the anode bar gradually dissolves to replen- 
ish the silver ions in the solution. The net result is that 
silver metal has been transferred from the anode to the 
cathode, in this case the spoon. This process continues 
until the desired coating thickness is built up on the 
spoon—usually only a few thousandths of an inch—or 
until the silver bar has completely dissolved. 


In electroplating with silver, silver cyanide is used 
in the electrolyte rather than other compounds of 
silver such as silver nitrate, AgNO3, because the cya- 
nide ion, CN’, reacts with silver ion, Ag", to form the 
complex ion Ag(CN).°. This limits the supply of free 
Ag” ions in the solution, so they can deposit them- 
selves only gradually onto the cathode. This produces 
shinier and more adherent silver plating. Gold plating 
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KEY TERMS 


Complex ion—A large ion that is made up of 
smaller ions, combined with each other or with 
other atoms or molecules 


Faraday—A unit of electrical charge equal to the 
amount of charge carried by one mole of electrons. 
One faraday is equivalent to 96,485 coulombs. 


Oxidation—The process in which an atom’s oxida- 
tion state is increased, by its losing one or more 
electrons. 


Reduction—The process by which an atom’s oxi- 
dation state is decreased, by its gaining one or more 
electrons. 


is done in much the same way, using a gold anode and 
an electrolyte containing gold cyanide, AuCN. 
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l Electrolyte 


An electrolyte is a substance that will allow cur- 
rent to flow through the solution when dissolved in 
water. Electrolytes promote this current flow because 
they produce positive and negative ions when dis- 
solved. The current flows through the solution in the 
form of positive ions (cations) moving toward the 
negative electrode and negative ion (anions) moving 
the positive electrode. 


Electrolytes can be classified as strong electrolytes 
and weak electrolytes. Strong electrolytes are substan- 
ces that completely break apart into ions when dis- 
solved. The most familiar example of a strong 
electrolyte is table salt, sodium chloride. Most salts 
are strong electrolytes, as are strong acids such as 
hydrochloric acid, nitric acid, perchloric acid, and 
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sulfuric acid. Strong bases such as sodium hydroxide 
and calcium hydroxide are also strong electrolytes. 
Although calcium hydroxide is only slightly soluble, 
all of the compound which dissolves in completely 
ionized. 


Weak electrolytes are substances that only parti- 
ally dissociate into ions when dissolved in water. Weak 
acids such as acetic acid, found in vinegar, and weak 
bases such as ammonia, found in cleaning products, 
are examples of weak electrolytes. Very slightly solu- 
ble salts such as mercury chloride are also sometimes 
classified as weak electrolytes. Ligands and their asso- 
ciated metal ions can be weak electrolytes. 


Not all substances that dissolve in water are elec- 
trolytes. Sugar, for example, dissolves readily in water, 
but remains in the water as molecules, not as ions. 
Sugar is classified as a non-electrolyte. Water itself 
ionizes slightly and is a very, very weak electrolyte. 


Electrolytes are sometimes associated with sport- 
ing events and exercise activities. Electrolyte drinks, 
which contain sodium and potassium salts, are used to 
replenish water and electrolyte levels in the body dur- 
ing or after performing strenuous exercises. Sports 
drinks, such as Gatorade®, are electrolyte drinks that 
also contain large amounts of carbohydrates, such as 
glucose, to provide extra energy. It is generally not 
necessary to use electrolyte drinks when performing 
light or moderate exercise, only during strenuous and/ 
or long-duration physical events that last longer than 
five hours. 


l Electromagnetic field 


An electromagnetic field exists in any volume of 
space in which electric and magnetic forces are inter- 
acting. It can arise from electric charges (such as 
those borne by electrons and protons) in motion; it 
can also be created by a changing magnetic field or 
changing electric field. Since a changing electric field 
can generate an electric field and vice versa, a self- 
sustaining pair of electric and magnetic fields can 
move through space, the two fields rapidly exchang- 
ing energy. These electromagnetic rays permeate the 
universe; depending on the frequency with which they 
oscillate, they form radio waves, infrared rays, visible 
light, x rays, and other forms of electromagnetic 
radiation. 


An electromagnetic field is best understood as a 
mathematical function or property of space time, but 
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A demonstration of the effect of an electromagnetic field on 
an electron beam. The dark circles are the coils of wire of an 
electromagnet. Current flowing in the wire produces a 
magnetic field along the axis of the coils which deflects the 
electron beam in a direction perpendicular it. (John Howard. 
National Audubon Society Collection/Photo Researchers, Inc.) 


may be represented as a group of vectors, quantities 
(usually drawn as arrows) with specific strength and 
direction. A stationary charge produces an electric 
field, while a moving charge additionally produces a 
magnetic field. Since velocity is a relative concept 
dependent on one’s choice of reference frame, magnet- 
ism and electricity are not independent, but linked 
together, hence the term electromagnetism. 


Superposition of fields 


Since all charges, moving or not, have fields asso- 
ciated with them, we must have a way to describe the 
total field due to all randomly distributed charges that 
would be felt by a positive charge, such as proton or 
positron, at any position and time. The total field is the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


sum of the fields produced by the individual particles. 
This idea is called the principle of superposition. 


Let us look at arrow or vector representations of 
the fields from some particular charge distributions. 
There is an infinite number of possibilities, but we will 
consider only a few simple cases. 


Electric fields 


According to Coulomb’s law, the strength of the 
electric field from a nonmoving point charge depends 
directly on the charge value q and is inversely propor- 
tional to the distance from the charge. That is, farther 
from the source charge will be subject to the same 
strength of force regardless of whether it is above, 
below, or to the side of the source, as long as the 
distance is the same. A surface of the same radius all 
around the source will have the same field strength. 
This is called a surface of equipotential. For a point 
source charge, the surface of equipotential is a sphere, 
and the force F will push a positive charge radially 
outward. A test charge of mass m and positive charge 
q will feel a push away from the positive source charge 
with an acceleration (a) directly proportional to the 
field strength and inversely proportional to the mass 
of the test charge. 


If a charge does not move because it is acted upon 
by the electromagnetic force equally from all direc- 
tions, it is in a position of stable equilibrium. 


The dipole field 


Now let us consider the field from two charges, 
one positive and one negative, a distance d apart. We 
call this combination of charges a dipole. Remember, 
opposite charges attract, so this is not an unusual 
situation. A hydrogen atom, for example, consisting 
of an electron (negative charge) and a proton (positive 
charge) is a very small dipole, as these particles do not 
sit right on top of each other. According to the super- 
position principle mentioned above, we can just add 
the fields from each individual charge and get a rather 
complicated field. If we only consider the field at a 
position very far from the dipole, we can simplify the 
field equation so that the field is proportional to the 
product of the charge value and the separation of the 
two charges. There is also dependence on the distance 
along the dipole axis as well as radial distance from the 
axis. 


The field of a line of charge 


Next, we consider the field due to a group of 
positive charges evenly distributed along an infinite 
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straight line, defined to be infinite because we want to 
neglect the effect of the endpoints as an unnecessary 
complication here. Just as the field of a point charge is 
directed radially outward in a sphere, the field of a line 
of charge is directed radially outward, but at any 
specific radius the surface of equipotential will be a 
cylinder. 


Magnetic fields 


Recall that the force of a stationary charge is 
F— = qE-, but if the charge is moving the force is 
F— = qE-> + qv- x B—.A steady (unchanging in 
time) current in a wire, generates a magnetic field. 
Electric current is essentially charges in motion. In 
an electrical conductor like copper wire, electrons 
move, while positive charges remain steady. The pos- 
itive charge cancels the electric charge so the overall 
charge looks like zero when viewed from outside the 
wire, so no electric field will exist outside the wire, but 
the moving charges create a magnetic field from 
F- = qv—- x B- where B-— is the magnetic field 
vector. The cross product results in magnetic field lines 
circling the wire. Because of this effect, solenoids (a 
current-carrying coil of wire that acts as a magnet) can 
be made by wrapping wire in a tight spiral around a 
metallic tube, so that the magnetic field inside the tube 
is linear in direction. 


Relating this idea to Newton’s first law of motion, 
which states that for every action there is an equal and 
opposite reaction, we see that an external magnetic 
field (from a bar magnet, for example) can exert a 
force on a current-carrying wire, which will be the 
sum of the forces on all the individual moving charges 
in the wire. 


Electromagnetic fields 


A simple example of a combination of electric and 
magnetic fields is the field from a single point charge, 
say a proton, traveling through space at a constant 
speed in a straight line. In this case, the field vectors 
pointing radially outward would have to be added to 
the spiral magnetic field lines (circles extend into spi- 
rals because an individual charge is moving) to get the 
total field caused by the charge. 


For a static electric field—meaning an unchanging 
electric field, which can only be generated by charges at 
rest—the force F— on a test charge is F> = qE-, 
where q is the value of the test charge and E— is the 
vector electric field. For a static magnetic field (caused 
by moving charge inside an overall neutral group of 
charges, or a bar magnet, for example) the force is given 
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by F> = qv— x B—, where v— is the charge velocity, 
B— is the vector magnetic field, and the x indicates a 
cross-product of vectors. 


Maxwell’s equations 


A description of the field from a current which 
changes in time is much more complicated, but is 
calculable owing to James Clerk Maxwell (1831- 
1879). His equations, which have unified the laws of 
electricity and magnetism, are called Maxwell’s equa- 
tions. They are differential equations, which com- 
pletely describe the combined effects of electricity 
and magnetism, and are considered to be one of the 
crowning achievements of the nineteenth century. 
Maxwell’s formulation of the theory of electromag- 
netic radiation allows us to understand the entire elec- 
tromagnetic spectrum, from radio waves through 
visible light to gamma rays. 


l Electromagnetic induction 


Electromagnetic induction is the generation of an 
electromotive force in a closed electrical circuit by a 
changing magnetic field that passes through the circuit. 
(To grasp what it means for a magnetic field to “pass 
through” a circuit, imagine a bundle of raw spaghetti 
held in a circle made of thumb and forefinger: the 
strands of spaghetti correspond to magnetic field lines, 
and the thumb and forefinger correspond to the con- 
ducting loop or circuit.) Some of the most basic compo- 
nents of electrical power systems, such as generators and 
transformers, make use of electromagnetic induction. 


Fundamentals 


The phenomenon of electromagnetic induction was 
discovered by the British physicist Michael Faraday in 
1831 and independently observed soon thereafter by the 
American physicist Joseph Henry. Prior to that time, it 
was known that the presence of an electric charge would 
cause other charges on nearby conductors to redistribute 
themselves. Furthermore, in 1820 the Danish physicist 
Hans Christian Oersted demonstrated that an electric 
current produces a magnetic field. It seemed reasonable, 
then, to ask whether or not a magnetic field might cause 
some kind of electrical effect, such as a current. 


An electric charge that is stationary in a magnetic 
field will not interact with the field in any way. Nor will a 
moving charge interact with the field if it travels parallel 
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Magnetic 
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a) stationary charge 
- no force 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Magnetic 
field 


Circuit 
motion 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


to the field’s direction. However, a moving charge that 
crosses the field will experience a force that is perpen- 
dicular both to the field and to the direction of motion of 
the charge (Figure 1). Now, instead of a single charge, 
consider a rectangular loop of wire moving through the 
field. Two sides of the loop will be subjected to forces 
that are perpendicular to the wire itself so that no 
charges will be moved. Along the other two sides charge 
will flow, but because the forces are equal the charges 
will simply bunch up on the same side, building up an 
internal electric field to counteract the imposed force, 
and there will be no net current (Figure 2). 


How can a magnetic field cause current to flow 
through the loop? Faraday discovered that it was not 
enough for a magnetic field to be present In order to 
generate current, the magnetic flux through the loop— 
the number of magnetic field lines enclosed—must 
change with time. The term flux refers to the flow of 
the magnetic field lines through the area enclosed by 
the loop. The flux of the magnetic field lines is like the 
flow of water through a pipe and may increase or 
decrease with time. 


To understand how the change in flux generates a 
current, consider a circuit made of many rectangular 
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b) parallel motion 
- no force 


charge charge 
Magnetic 
field 


c) perpendicular motion 
- perpendicular force 


loops connected to a light bulb. Under what condi- 
tions will current flow and the light bulb shine? If the 
circuit is pulled through a uniform magnetic field there 
will be no current because the flux will be constant. 
But, if the field is non-uniform, the charges on one side 
of the loop will continually experience a force greater 
than that on the other side. This difference in forces 
will cause the charges to circulate around the loop ina 
current that lights the bulb. The work done in moving 
each charge through the circuit is called the electro- 
motive force (EMF). The units of electromotive force 
are volts just like the voltage of a battery that also 
causes current to flow through a circuit. It makes no 
difference to the circuit whether the changing flux is 
caused by the loop’s own motion or that of the mag- 
netic field, so the case of a stationary circuit and a 
moving non-uniform field is equivalent to the previous 
situation and again the bulb will light (Figure 3). 


Yet a current can be induced in the circuit without 
moving either the loop or the field. While a stationary 
loop in a constant magnetic field will not cause the 
bulb to light, that same stationary loop in a field that is 
changing in time (such as when the field is being turned 
on or off) will experience an electromotive force. This 
comes about because a changing magnetic field gen- 
erates an electric field whose direction is given by the 
right-hand rule—with the thumb of your right hand 
pointing in the direction of the change of the magnetic 
flux, your fingers can be wrapped around in the direc- 
tion of the induced electric field. With an EMF 
directed around the circuit, current will flow and the 
bulb will light (Figure 3). 


The different conditions by which a magnetic field 
can cause current to flow through a circuit are sum- 
marized by Faraday’s law of induction. The variation 
in time of the flux of a magnetic field through a surface 
bounded by an electrical circuit generates an electro- 
motive force in that circuit. 
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Electromagnetic induction 


a) Circuit through uniform field — no current 


b) Circuit through non-uniform field — current 


c) Non-uniform field through circuit — current 


d) Constant field (uniform or non-uniform)/stationary circuit — no current 


e) Changing field/stationary circuit — current 


Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


What is the direction of the induced current? initial magnetic flux through the circuit, then there 
A magnetic field will be generated by the induced would be more current, which would create more 
current. If the flux of that field were to add to the flux, which would create more current, and so on 
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Magnetic field 


Current 
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Rotation 


Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


without limit. Such a situation would violate the con- 
servation of energy and the tendency of physical sys- 
tems to resist change. So the induced current will be 
generated in the direction that will create magnetic 
flux, which opposes the variation of the inducing 
flux. This fact is known as Lenz’s law. 


The relation between the change in the current 
through a circuit and the electromotive force it induces 
in itself is called the self-inductance of the circuit. If the 
current is given in amperes and the EMF is given in 
volts, the unit of self-inductance is the henry. A chang- 
ing current in one circuit can also induce an electro- 
motive force in a nearby circuit. The ratio of the 
induced electromotive force to the rate of change of 
current in the inducing circuit is called the mutual 
inductance and is also measured in henrys. 


Applications 


An electrical generator is an apparatus that con- 
verts mechanical energy into electrical energy. In this 
case the magnetic field is stationary and does not vary 
with time. It is the circuit that is made to rotate 
through the magnetic field. Since the area that admits 
the passage of magnetic field lines changes while the 
circuit rotates, the flux through the circuit will change, 
thus inducing a current (Figure 4). Generally, a tur- 
bine is used to provide the circuit’s rotation. The 
energy required to move the turbine may come from 
steam generated by nuclear or fossil fuels, or from the 
flow of water through a dam. Asa result, the mechan- 
ical energy of rotation is changed into electric current. 


Transformers are devices used to transfer electric 
energy between circuits. They are used in power lines to 
convert high voltage electricity into household current. 
Common devices such as radios, televisions, and power 
supplies of digital devices also use transformers. By 
making use of mutual inductance, the transformer’s 
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KEY TERMS 


Ampere—A standard unit for measuring electric 
current. 


Faraday’s law of induction—The variation in time 
of the flux of a magnetic field through a surface 
bounded by an electrical circuit generates an elec- 
tromotive force in that circuit. 


Flux—tThe flow of a quantity through a given area. 


Generator—A device for converting kinetic energy 
(the energy of movement) into electrical energy. 


Henry—A standard unit for measuring inductance. 


Lenz’s law—The direction of a current induced ina 
circuit will be such as to create a magnetic field 
which opposes the inducing flux change. 


Mutual inductance—The ratio of the induced elec- 
tromotive force in one circuit to the rate of change 
of current in the inducing circuit. 


Right-hand rule (for electric fields generated by 
changing magnetic fields)—With the thumb of the 
right hand along the direction of change of mag- 
netic flux, the fingers curl to indicate the direction 
of the induced electric field. 


Self-inductance—The electromotive force induced 
in a circuit that results from the variation with time 
in the current of that same circuit. 


Volt—A standard unit of electric potential and 
electromotive force. 


primary circuit induces current in its secondary circuit. 
By varying the physical characteristics of each circuit, 
the output of the transformer can be designed to meet 
specific needs. 


John Appel 


l Electromagnetic pulse 


Any nuclear explosion 25 miles (40 km) or higher 
above the ground produces a high-altitude electromag- 
netic pulse (HEMP), a short-lived, overlapping series of 
intense radio waves that blanket a large swath of 
ground. These radio waves can induce electrical currents 
in metallic objects and so cause damage to electrical and 
electronic equipment, including electrical power grids, 
telephone networks, radios, and computers. The HEMP 
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An electrical engineer explains to the media how he was able to convert a Volkswagen camper bus into a portable radio 
frequency weapon at the Aberdeen Testing Facility in Maryland. The weapon, which uses commonly available materials, 
simulates a electromagnetic pulse similar to that of a nuclear weapon, which disables electrical and communications devices 
such as cell phones, computers, radios and medical monitors. The US government funded the project to determine whether the 
technology poses a significant terrorist threat to the country. (Greg Whitesell/Liason/Getty Images.) 


produced by a single large (i.e., multi-megaton) nuclear 
weapon detonated 125 miles (200 km) above the center 
of the continental United States would affect more than 
half the country; a weapon detonated at 250 miles (400 
km) would affect the entire country, though at lower 
pulse intensities. Military electronics are often “hard- 
ened” against HEMP by enclosures of metal foil and 
by specialized surge protectors. Civilian systems are not 
hardened against HEMP. 


A typical HEMP consists of a series of overlapping 
radio pulses, each produced by a different physical 
aspect of the nuclear explosion. The first, briefest, and 
most intense component of a HEMP is the prompt 
gamma signal, which is produced as follows: When a 
nuclear weapon detonates, large numbers of gamma rays 
(high-energy photons with wavelengths less than.1 nm) 
range radiate outward from the burst point. Many of 
these collide with atoms in the Earth’s atmosphere, 
knocking electrons free. These free electrons are created 
almost simultaneously in a large volume of the 
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atmosphere surrounding the explosion, and travel rap- 
idly away from the burst point in all directions. Because 
any charged particle crossing magnetic field lines experi- 
ences a force at right angles to its direction of motion, the 
Earth’s magnetic field forces these electrons to follow 
curved paths, and because charged particles following 
curved paths emit electromagnetic waves (synchrotron 
radiation), the explosion-liberated electrons spiraling 
through the Earth’s magnetic field emit a strong radio 
pulse, namely, the prompt gamma component of the 
HEMP. Additional pulses, of longer duration but 
lower magnitude, arrive soon afterward. These are 
caused by scattered neutrons and gamma rays (radiation 
that has made one or more bounces, rather than follow- 
ing a straight radial path from the burst point) and by 
the expansion and ascent of the ionized nuclear fireball 
through the Earth’s magnetic field. The electromagnetic 
pulse caused by the latter effect, termed the magneto- 
hydrodynamic EMP or HD-EMP, is of low intensity but 
long duration, and is thought to be a particular threat to 
power transmission lines. 
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Although the first nuclear weapon was exploded 
in 1945, HEMP was unknown to U.S. scientists until 
July 8, 1962, when a high-altitude nuclear test code- 
named Starfish was conducted by the U.S. approxi- 
mately 250 miles (400 km) above the Pacific Ocean, 
some 800 miles (1280 km) from the Hawaiian island of 
Oahu. Unexpectedly, some 30 strings of streetlights 
failed in the island’s main town simultaneously with 
the Starfish explosion. Investigation showed that cer- 
tain of the lines, randomly oriented so as to pick up the 
HEMP from Starfish like radio antennae, had 
absorbed enough energy to blow their fuses. Soviet 
scientists were probably already aware of HEMP, 
because the Soviet Union had already conducted 
high-altitude tests like Starfish. HEMP subsequently 
became a central component in strategic nuclear war- 
simulations; many speculative scenarios for a Soviet 
first strike on the U.S. began with an EMP “lay-down” 
created by simultaneously exploding a relatively small 
number of nuclear weapons at high altitude over the 
United States. The goal would have been to cause 
widespread damage to civilian and military electrical 
and electronics systems at relatively low cost, to be 
followed by a more devastating ground attack. More 
recently, some U.S. officials considered a smaller-scale 
EMP laydown attack on Iraq as a prelude to the Gulf 
War of 1990. (The attack was not carried out.) 


Although some planners have worried that a 
nation or terrorist group possessing only a few nuclear 
weapons might use one of them to blanket the U.S. 
with a damaging HEMP, this is thought by most 
experts to be unlikely. To create a significant HEMP 
attack, a weapon must be small enough to be lofted on 
a ballistic missile, and few countries have the know- 
how either to make powerful nuclear weapons of such 
small size or to build ballistic missiles. In any case, it is 
unlikely that an adversary seeking to cause maximal 
harm and willing to risk using nuclear weapons 
against a nuclear-armed adversary such as the U.S. 
would make a HEMP attack. Any nuclear weapon 
would cause far more destruction by direct blast 
(if detonated over or in a city) than by HEMP (if 
detonated at high altitude). 


Besides HEMP, two other forms of electromagnetic 
pulse may be caused by nuclear explosions. The first is 
generated inside electronic devices by the passage of 
ionizing radiation (e.g., neutrons and gamma rays) 
directly into metallic cases, circuit boards, semiconduc- 
tor chips, and other components, where it can cause 
brief electrical currents to flow by knocking electrons 
loose from atoms. This effect is termed systems-gener- 
ated electromagnetic pulse (SGEMP). The other form 
of EMP—source-region EMP or SREMP—occurs 


GALE ENCYCLOPEDIA OF SCIENCE 4 


when a nuclear weapon explodes at low altitude. In 
this situation, a highly asymmetric electric field is pro- 
duced in the vicinity of the burst (e.g., within a radius 
of 3-8 km) having intensities that are much greater than 
those produced by HEMP. Since the region affected 
by SREMP corresponds to that of the affected by the 
nuclear blast itself, SREMP is relevant only to the 
defense of hardened targets such as buried missile silos, 
which are intended to remain functional even in the 
aftermath of a near-surface nuclear blast. 


Carbon-graphite coils capable of generating an 
electromagnetic pulse used to destroy electronics 
equipment—especially communications equipment— 
can be fitted to cruise missiles. Carbon-graphite 
equipped cruise missiles were used by U.S.-led forces 
in raids on Baghdad, Iraq in 1991 and in 2003. 


Scientists at Lawrence Livermore National Labora- 
tory reportedly developed an HPM weapon for the 
Department of Justice: aimed at a moving vehicle, the 
HPM could shut off the electronic ignition, thus bring- 
ing a high-speed car chase to an abrupt end. 


See also Computer hardware security; Electro- 
magnetic spectrum; Nuclear weapons; Weapons of 
mass destruction. 


Resources 


BOOKS 

“Electromagnetic Pulse Threats to U.S. Military and Civilian 
Infrastructure.” Hearing Before the Military Research 
and Development Subcommittee of the Committee on 
Armed Services, U.S. House of Representatives, Oct. 7, 
1999 (H.A.S.C. No. 106-31). Washington, DC: U.S. 
Government Printing Office, 2000. 


Larry Gilman 


Electromagnetic radiation see 
Electromagnetic spectrum 


fl Electromagnetic spectrum 


The electromagnetic spectrum is a continuous 
range of frequencies or wavelengths (each determines 
the other) of electromagnetic radiation. The spectrum 
ranges from long-wavelength, low frequency radio 
waves to short-wavelength, high frequency gamma 
rays. The electromagnetic spectrum is traditionally 
divided into radio waves, microwaves, infrared radia- 
tion, visible light, ultraviolet rays, x rays, and gamma 
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Electromagnetic spectrum 


Electromagnetic spectrum 


Region 
Radio waves 
Microwaves 
Infrared 
Visible 
Ultraviolet 
X-rays 


Frequency (Hz) 
<10° 
10°- 3x10" 
3x10" — 3.9x10" 
3.9x10" — 7.9x10" 
7.9X10" — 3.4x10% 
3.4x10" — 5x10" 
>5x10° 


Wavelength (m) 
>0.3 
0.001 — 0.3 
7.6x10-’ — 0.001 
3.8x10°’ — 7.6x10°" 
8x10°° — 3.8x107" 
6x10-" — 8x10°° 
< 6x10? 


Energy (eV) 
<7x107 
7x1077 — 2x10" 
2x104-0.3 
0.3 — 0.5 
0.5 — 20 
20 — 3x10" 
>3x10! 


Size scale 
Mountains, building 


Bacteria 
Viruses 
Atoms 
Nuclei 


Gamma rays 


Table 1. (Thomson Gale.) 


Color regions of the electromagnetic spectrum 


Red 6300 — 7600 A 


Orange 5900 — 6300A 
Yellow 5600 — 5900 A 
Green 4900 — 5600 A 
Blue 4500 — 4900 A 


Table 2. (Thomson Gale.) 


rays. The divisions between these types of rays are 
invented, not physical. 


Scottish physicist James Clerk Maxwell’s 
(1831-1879) development of a set of equations that 
accurately described electromagnetic phenomena 
allowed the mathematical and theoretical unification 
of electrical and magnetic phenomena. When 
Maxwell’s calculated speed of light fit well with exper- 
imental determinations of the speed of light, Maxwell 
and other physicists realized that visible light should 
be a part of a broader electromagnetic spectrum con- 
taining forms of electromagnetic radiation that varied 
from visible light only in terms of wavelength and 
wave frequency. Frequency is defined as the number 
of wave cycles that pass a particular point per unit 
time, and is commonly measured in Hertz (cycles per 
second). Wavelength defines the distance between 
adjacent points of the electromagnetic wave that are 
in equal phase (e.g., wavecrests). 


Exploration of the electromagnetic spectrum 
quickly resulted practical advances. German physicist 
Henrich Rudolph Hertz regarded Maxwell’s equa- 
tions as a path to a “kingdom” or “great domain” of 
electromagnetic waves. Based on this insight, in 1888, 
Hertz demonstrated the existence of radio waves. 
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A decade later, Wilhelm R6entgen’s discovery of 
high-energy electromagnetic radiation in the form of 
x rays quickly found practical medical use. 


At the beginning of the twentieth century, German 
physicist, Maxwell Planck, proposed that atoms absorb 
or emit electromagnetic radiation only in certain bun- 
dles termed quanta. In his work on the photoelectric 
effect, German-born American physicist Albert Einstein 
used the term photon to describe these electromagnetic 
quanta. Planck determined that energy of light was 
proportional to its frequency (i.e., as the frequency of 
light increases, so does the energy of the light). Planck’s 
constant, h = 6.626 x 10~*4 joule-second in the meter- 
kilogram-second system (4.136 x 10~!° eV-sec), relates 
the energy of a photon to the frequency of the electro- 
magnetic wave and allows a precise calculation of the 
energy of electromagnetic radiation in all portions of the 
electromagnetic spectrum. 


Although electromagnetic radiation is now under- 
stood as having both photon (particle) and wavelike 
properties, descriptions of the electromagnetic spec- 
trum generally utilize traditional wave-related termi- 
nology (1.e., frequency and wavelength). 


Electromagnetic fields and photons exert forces 
that can excite electrons. As electrons transition 
between allowed orbitals, energy must be conserved. 
This conservation is achieved by the emission of pho- 
tons when an electron moves from a higher potential 
orbital energy to a lower potential orbital energy. 
Accordingly, light is emitted only at certain frequen- 
cies characteristic of every atom and molecule. 
Correspondingly, atoms and molecules absorb only a 
limited range of frequencies and wavelengths of the 
electromagnetic spectrum, and reflect all the other 
frequencies and wavelengths of light. These reflected 
frequencies and wavelengths are often the actual 
observed light or colors associated with an object. 
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The region of the electromagnetic spectrum that 
contains light at frequencies and wavelengths that stim- 
ulate the rod and cones in the human eye is termed the 
visible region of the electromagnetic spectrum. Color is 
the association the eye and brain make with various 
frequencies in the visible region; that is, particular col- 
ors are associated with specific wavelengths of visible 
light Mixed wavelengths produce more complex color 
sensations. A nanometer (10~° m) is the most common 
unit used for characterizing the wavelength of visible 
light. Using this unit, the visible portion of the electro- 
magnetic spectrum is located between 380 nm—750 nm 
and the component color regions of the visible spectrum 
are red (670-770 nm), orange (592-620 nm), yellow 
(578-592 nm), green (500-578 nm), blue (464-500 nm), 
indigo (444464 nm), and violet (400-446 nm). Because 
the energy of electromagnetic radiation (i.e., the photon) 
is inversely proportional to the wavelength, red light 
(longest in wavelength) is the lowest in energy. As wave- 
lengths contract toward the blue end of the visible region 
of the electromagnetic spectrum, the frequencies and 
energies of colors steadily increase. 


Like colors in the visible spectrum, other regions 
in the electromagnetic spectrum have distinct and 
important components. Radio waves, with wave- 
lengths that range from hundreds of meters to less 
than a centimeter, transmit radio and television sig- 
nals. Within the radio band, FM radio waves have a 
shorter wavelength and higher frequency than AM 
radio waves. Still higher frequency radio waves with 
wavelengths of a few centimeters can be utilized for 
radar imaging. 


Microwaves range from approximately 1 ft (30 cm) 
in length to the thickness of a piece of paper. The atoms 
in food placed in a microwave oven become agitated 
(heated) by exposure to microwave radiation. Infrared 
radiation comprises the region of the electromagnetic 
spectrum where the wavelength of light is measured 
region from one millimeter (in wavelength) down to 
400 nm. Infrared waves are discernible to humans as 
thermal radiation (heat). Just above the visible spec- 
trum in terms of higher energy, higher frequency and 
shorter wavelengths is the ultraviolet region of the spec- 
trum with light ranging in wavelength from 400 to 10 
billionths of a meter. Ultraviolet radiation is a common 
cause of sunburn even when visible light is obscured or 
blocked by clouds. X rays are a highly energetic region 
of electromagnetic radiation with wavelengths ranging 
from about ten billionths of a meter to 10 trillionths of a 
meter. The ability of x rays to penetrate skin and other 
substances renders them useful in both medical and 
industrial radiography. Gamma rays, the most ener- 
getic form of electromagnetic radiation, are light with 
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wavelengths of less than about ten trillionths of a meter 
and include waves with wavelengths smaller than the 
radius of an atomic nucleus (10'° m). Gamma rays are 
generated by nuclear reactions (e.g., radioactive decay 
and nuclear explosions). 


Cosmic rays are not a part of the electromagnetic 
spectrum because they are not a form of electromag- 
netic radiation. Rather, they are high-energy charged 
particles with energies similar to, or higher than, 
observed gamma electromagnetic radiation energies. 


Wavelength, frequency, and energy 


The wavelength of radiation is sometimes given in 
units with which we are familiar, such as inches or 
centimeters, but for very small wavelengths, they are 
often given in angstroms (abbreviated A). There are 
10,000,000,000 angstroms in 3.3 ft (1 m). 


An alternative way of describing a wave is by its 
frequency, or the number of peaks which pass a par- 
ticular point in one second. Frequencies are normally 
given in cycles per second, or hertz (abbreviation Hz), 
after Hertz. Other common units are kilohertz (kHz, 
or thousands of cycles per second), megahertz (MHz, 
millions of cycles per second), and gigahertz (GHz, 
billions of cycles per second). The frequency and wave- 
length, when multiplied together, give the speed of the 
wave. For electromagnetic waves in empty space, that 
speed is the speed of light, which is approximately 
186,000 miles per second (300,000 km per sec). 


In addition to the wavelike properties of electro- 
magnetic radiation, it also can behave as a particle. 
The energy of a particle of light, or photon, can be 
calculated from its frequency by multiplying by 
Planck’s constant. Thus, higher frequencies (and 
lower wavelengths) have higher energy. A common 
unit used to describe the energy of a photon is the 
electron volt (eV). Multiples of this unit, such as keV 
(1000 electron volts) and MeV (1,000,000 eV), are also 
used. 


Properties of waves in different regions of the 
spectrum are commonly described by different nota- 
tion. Visible radiation is usually described by its wave- 
length, for example, while x rays are described by their 
energy. All of these schemes are equivalent, however; 
they are just different ways of describing the same 
properties. 


Wavelength regions 


The electromagnetic spectrum is typically divided 
into wavelength or energy regions, based on the char- 
acteristics of the waves in each region. Because the 
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Electromagnetism 


KEY TERMS 


Electromagnetic spectrum—The range of electro- 
magnetic radiation that includes radio waves, 
x rays, visible light, ultraviolet light, infrared radia- 
tion, gamma rays, and other forms of radiation. 


Frequency—A property of an electromagnetic 
wave that describes the amount of wave cycles 
that occur in a given time period, usually in one 
second and measured in Hertz (Hz). 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


properties vary on a continuum, the boundaries are 
not sharp, but rather loosely defined (Table 1). 


Radio waves are familiar to us due to their use in 
communications. The standard AM radio band is at 
540-1650 kHz, and the FM band is 88-108 MHz. This 
region also includes shortwave radio transmissions 
and television broadcasts. 


We are most familiar with microwaves because of 
microwave ovens, which heat food by causing water 
molecules to rotate at a frequency of 2.45 GHz. In 
astronomy, radiation emitted at a wavelength of 8.2 
inches (21 cm) has been used to map neutral hydrogen 
throughout the galaxy. Radar is also included in this 
region. 

The infrared region of the spectrum lies just 
beyond the visible wavelengths. It was discovered by 
William Herschel in 1800 by measuring the dispersing 
sunlight with a prism, and measuring the temperature 
increase just beyond the red end of the spectrum. 


The visible wavelength range is the range of fre- 
quencies with which we are most familiar. These are 
the wavelengths to which the human eye is sensitive, 
and which most easily pass through Earth’s atmos- 
phere. This region is further broken down into the 
familiar colors of the rainbow, which fall into the 
wavelength intervals listed in Table 2. 


A common way to remember the order of colors is 
through the name of the fictitious person ROY G. BIV 
(the I stands for indigo). 


The ultraviolet range lies at wavelengths just short 
of the visible. Although humans do not use UV to see, 
it has many other important effects on Earth. The 
ozone layer high in Earth’s atmosphere absorbs 
much of the UV radiation from the sun, but that 
which reaches the surface can cause suntans and 
sunburns. 
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We are most familiar with x rays due to their uses 
in medicine. X radiation can pass through the body, 
allowing doctors to examine bones and _ teeth. 
Surprisingly, x rays do not penetrate Earth’s atmos- 
phere, so astronomers must place x-ray telescopes in 
space. 


Gamma rays are the most energetic of all electro- 
magnetic radiation, and we have little experience with 
them in everyday life. They are produced by nuclear 
processes, for example, during radioactive decay or in 
nuclear reactions in stars or in space. 


See also Electromagnetic field; Electromagnetic 
induction; Electromagnetism. 
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Electromagnetic waves see Electromagnetic 
spectrum 


l Electromagnetism 


Electromagnetism comprises all physical phe- 
nomena in which electric and magnetic fields are 
involved. The rules of electromagnetism are responsi- 
ble for the way charged particles of atoms interact, and 
are employed in all electrical and electronic machines. 


Some of the rules of electrostatics, the study of 
electric charges at rest, were first noted by the ancient 
Romans, who observed the way a brushed comb 
would attract particles. It is now known that electric 
charges occur in two different types, called positive 
and negative. Like types repel each other, and differ- 
ing types attract. 


The force that attracts positive charges to negative 
charges weakens with distance, but is intrinsically very 
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strong. The fact that unlike types attract means that 
most of this force is normally neutralized and not seen 
in full strength. The negative charge is generally car- 
ried by the atom’s electrons, while the positive resides 
with the protons inside the atomic nucleus. There are 
other less well-known particles that can also carry 
charge. When the electrons of a material are not 
tightly bound to the atom’s nucleus, they can move 
from atom to atom and the substance, called a con- 
ductor, can conduct electricity. On the contrary, when 
the electron binding is strong, the material is called an 
insulator. 


When electrons are weakly bound to the atomic 
nucleus, the result is a semiconductor, often used in the 
electronics industry. It was not initially known if the 
electric current carriers were positive or negative, and 
this initial ignorance gave rise to the convention that 
current flows from the positive terminal to the nega- 
tive. In reality we now know that the electrons actually 
run from the negative to the positive. 


Electromagnetism is the theory of a unified expres- 
sion of an underlying force, the so-called electromag- 
netic force. This is seen in the movement of electric 
charge, which gives rise to magnetism (the electric cur- 
rent in a wire being found to deflect a compass needle), 
and it was a Scotsman, James Clerk Maxwell, who 
published the theory unifying electricity and magnet- 
ism in 1865. The theory arose from former special- 
ized work by Gauss, Coulomb, Ampére, Faraday, 
Franklin, and Ohm. However, one factor that did 
not contradict the experiments was added to the equa- 
tions by Maxwell so as to ensure the conservation of 
charge. This was done on the theoretical grounds that 
charge should be a conserved quantity, and this addi- 
tion led to the prediction of a wave phenomena with a 
certain anticipated velocity. Light, which has the 
expected velocity, was found to be an example of 
this electromagnetic radiation. 


Light had formerly been thought of as consisting 
of particles (photons) by Newton, but the theory of 
light as particles was unable to explain the wave nature 
of light (diffraction and the like). In reality, light dis- 
plays both wave and particle properties. The resolu- 
tion to this duality lies in quantum theory, where light 
is neither particles nor wave, but both. It propagates as 
a wave without the need of a medium and interacts in 
the manner of a particle. This is the basic nature of 
quantum theory. 


Classical electromagnetism, useful as it is, con- 
tains contradictions (acausality) that make it incom- 
plete and drove scientists to consider its extension to 
the area of quantum physics. 
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There is much symmetry between electric and 
magnetic fields. A changing electric field gives rise to 
a magnetic field, and a changing magnetic field gives 
rise to an electric field. It is a back-and-forth exchange 
of this kind that allows the propagation of electro- 
magnetic waves. These waves, although they do not 
need a medium of propagation, are slowed when trav- 
eling through a transparent substance. The induction 
of magnetic and electric fields by each other is also 
used in transformers, which allow alternating currents 
of one voltage to be transformed into alternating cur- 
rents of another voltage, either lesser or greater. 


Electromagnetic waves differ from each other 
only in amplitude, frequency and orientation (polar- 
ization). Laser beams are particular in being very 
coherent, that is, the radiation is of one frequency, 
and the waves coordinated in motion and direction. 
This permits a highly concentrated beam that is used 
not only for its cutting abilities, but also in electronic 
data storage, such as in CD-ROMs and DVD-ROMS. 


The differing frequency forms are given a variety 
of names, from radio waves at very low frequencies 
through light itself, to the high frequency x and 
gamma rays. 


Many miracles depend upon the broad span of the 
electromagnetic spectrum. The ability to communicate 
across long distances despite intervening obstacles, 
such as the walls of buildings, is possible using the 
radio and television frequencies. X rays can see into 
the human body without opening it. These things, 
which would once have been labeled magic, are now 
ordinary ways we use the electromagnetic spectrum. 


The unification of electricity and magnetism has 
led to a deeper understanding of physical science, and 
much effort has been put into further unifying the four 
forces of nature. The remaining known forces are the 
so-called weak, strong, and gravitational forces. The 
weak force has now been unified with electromagnet- 
ism, called the electroweak force. There are proposals 
to include the strong force in a grand unified theory, 
but the inclusion of gravity remains an open problem. 


The fundamental role of special relativity 
in electromagnetism 


Maxwell’s theory is in fact in contradiction with 
Newtonian mechanics, and in trying to find the reso- 
lution to this conflict, Einstein was led to his theory of 
special relativity. Maxwell’s equations withstood the 
conflict, but it was Newtonian mechanics that were 
corrected by relativistic mechanics. These corrections 
are most necessary at velocities, close to the speed of 
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Electromotive force 


light. The many strange predictions about space and 
time that follow from special relativity are found to be 
a part of the real world. 


Paradoxically, magnetism is a counter example to 
the frequent claims that relativistic effects are not 
noticeable for low velocities. The moving charges that 
compose an electric current in a wire might typically 
only be traveling at several feet per second (walking 
speed), and the resulting Lorentz contraction of special 
relativity is indeed minute. However, the electrostatic 
forces at balance in the wire are of such great magni- 
tude, that this small contraction of the moving (nega- 
tive) charges exposes a residue force of real world 
magnitude, namely the magnetic force. It is in exactly 
this way that the magnetic force derives from the elec- 
tric. Special relativity is indeed hidden in Maxwell’s 
equations, which were known before special relativity 
was understood or separately formulated by Einstein. 


Technological uses of electromagnetism 


Before the advent of technology, electromagnet- 
ism was perhaps most strongly experienced in the form 
of lightning, and electromagnetic radiation in the form 
of light. Ancient man kindled fires which he thought 
were kept alive in trees struck by lightning. 


Much of the magic of nature has been put to work 
by man, but not always for his betterment or that of 
his surroundings. Electricity at high voltages can carry 
energy across extended distances with little loss. 
Magnetism derived from that electricity can then 
power vast motors. But electromagnetism can also be 
employed in a more delicate fashion as a means of 
communication, either with wires (as in the tele- 
phone), or without them (as in radio communication). 
It also drives our electronics devices (as in computers). 


Magnetism has long been employed for naviga- 
tion in the compass. This works because Earth is itself 
a huge magnet, thought to have arisen from the great 
heat driven convection currents of molten iron in its 
center. In fact, it is known that Earth’s magnetic poles 
have exchanged positions in the past. 


| Electromotive force 


In an electric circuit, electromotive force is the 
work done by a source on an electrical charge. 
Because it is not really a force but a quantity of energy, 
the term is actually a misnomer. Electromotive force is 
more commonly referred to by the initials EMF. EMF 
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is sometimes used as a synonym for electrical poten- 
tial, or the difference in charge across a battery or 
voltage source. For a circuit with no current flowing, 
the potential difference is called EMF. However, elec- 
trical potential is not synonymous with EMF; the 
former refers only to the work done on a unit of 
electrical charge moving against an electric field, 
whereas EMF may include non-magnetic, chemical, 
and other types of work on the charge. 


Electrical sources that convert energy from 
another form are called seats of EMF. In the case of 
a complete circuit, such a source performs work on 
electrical charges, pushing them around the circuit. At 
the seat of EMF, charges are moved from low electri- 
cal potential to higher electrical potential. 


Water flowing downhill in a flume is a good anal- 
ogy for charges in an electric circuit. The water starts 
at the top of the hill with a certain amount of potential 
energy, just as charges in a circuit start with high 
electrical potential at the battery. As the water begins 
to flow downhill, its potential energy drops, just as the 
electrical potential of charges drops as they travels 
through the circuit. At the bottom of the hill, the 
potential energy is minimum, and work must be per- 
formed to pump it to the top of the hill to travel 
through the flume again. Similarly, in an electrical 
circuit, the seat of EMF performs work on the charges 
to bring them to a higher potential after their trip 
through the circuit. 


I Electron 


The electron is a negatively charged subatomic 
particle which is an important component of the 
atoms which make up ordinary matter. The electron 
is fundamental; that means it is not believed to be 
made up of smaller constituents. The size of the charge 
on the electron has for many years been considered the 
fundamental unit of charge found in nature. Recently, 
however, considerable evidence has been found to 
indicate that particles classified as mesons and bary- 
ons are made up of objects called quarks, which have 
charges of either 2/3 or 1/3 the charge on the electron. 
For example, the neutrons and protons, which make 
up the nuclei of atoms, are baryons. However, scien- 
tists have never been able to observe an isolated quark, 
so for all practical purposes the charge on the electron 
can still be considered the fundamental unit of charge 
found in nature. The mass of the electron is about one- 
thousandth that of the smallest atom. 
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Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


All atoms found in nature have a positively 
charged nucleus about which the negatively charged 
electrons move. The atom is electrically neutral and 
thus the positive electrical charge on the nucleus (con- 
tributed by protons) has the same magnitude as the 
negative charge due to all the electrons. The electrons 
are held in the atom by the attractive force exerted on 
them by the positively charged nucleus. They move 
very rapidly about the nucleus; their exact location at 
any moment in time is expressed in terms of probabil- 
ity. Thus, for a given electron, it can be more likely 
that it will be found in some locations than in others. 
The total probabilities can be drawn as an electron 
cloud, which is densest nearer to the nucleus and pro- 
gressively less dense at an increasing distance from the 
nucleus. Some of the electrons in a typical atom can be 
quite close to the nucleus, while others can be at dis- 
tances which are many thousands of times larger than 
the diameter of the nucleus. Thus, the electron cloud 
determines the size of the atom. It is the outermost 
electrons that determine the chemical behavior of the 
various elements. The size and shape of the electron 
clouds around atoms can only be explained utilizing a 
field of physics called quantum mechanics. 


In metals, some of the electrons are not tightly 
bound to atoms and are free to move through the 
metal under the influence of an electric field. It is this 
situation that accounts for the fact that most metals 
are good conductors of electricity and heat. 


Quantum theory also explains several other rather 
strange properties of electrons. Electrons behave as if 
they were spinning, which allows them to behave like 
little magnets. The way electrons are arranged in some 
materials, such as iron, causes these materials to be 
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magnetic. The existence of the positron, the antipar- 
ticle of the electron, was predicted by French physicist 
Paul Dirac in 1930. To predict this antiparticle, he 
used a version of quantum mechanics which included 
the effects of the theory of relativity. The positron’s 
charge has the same magnitude as the electron’s 
charge but is positive. Dirac’s prediction was verified 
two years later when the positron was observed exper- 
imentally by Carl Anderson in a cloud chamber used 
for research on cosmic rays. The positron does not 
exist for very long in the presence of ordinary matter 
because it soon comes in contact with an ordinary 
electron and the two particles annihilate, producing a 
gamma ray with an energy equal to the energy equiv- 
alent of the two electron masses, according to 
Einstein’s famous equation E = mc’. 


Robert L. Stearns 


[| Electron cloud 


The term electron cloud describes the area around 
an atomic nucleus where electrons will probably be. It 
is also described as the “fuzzy” orbit of an atomic 
electron. 


An electron bound to the nucleus of an atom is 
often thought of as orbiting the nucleus in much the 
same manner that a planet orbits a sun, but this is not 
a valid visualization. An electron is not bound by grav- 
ity, but by the Coulombforce, whose direction depends 
on the sign of the particles’ charge. (Remember, oppo- 
sites attract, so the negative electron is attracted to the 
positive proton in the nucleus.) Although both the 
Coulomb and gravitational forces depend inversely 
on the square of the distance between the objects of 
interest, and both are central forces, there are impor- 
tant differences. In the classical picture, an accelerat- 
ing charged particle, like the electron (a circling body 
changes direction, so it is always accelerating) should 
radiate and lose energy, and therefore spiral in 
towards the atom’s nucleus—but it does not. 


Since we are discussing a very small (microscopic) 
system, an electron must be described using quantum 
mechanical rules rather than the classical rules that 
govern planetary motion. According to quantum 
mechanics, an electron can be a wave or a particle, 
depending on how it’s measured. Because of its wave 
nature, we can never predict where in its orbit around 
the nucleus an electron will be found. We can only 
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Electron cloud 


Electron cloud. (ArSciMed/Science Photo Library/Photo Researchers, Inc.) 


calculate whether there is a high probability that it will 
be located at certain points when a measurement is 
made. 


The electron is therefore described in terms of its 
probability distribution or probability density. This 
does not have definite cutoff points; its edges are 
somewhat fuzzy. Hence the term “electron cloud.” 
This “cloudy” probability distribution takes on differ- 
ent shapes, depending on the state of the atom. At 
room temperature, most atoms exist in their ground 
(lowest energy) state. If energy is added—by shooting 
a laser at it, for example—the outer electrons can 
“jump” to a higher state (think larger orbit, if it 
helps). According to quantum mechanics, there are 
only certain specific states to which an electron 
can jump. These are labeled by quantum numbers. 
The letters that designate basic quantum numbers 
are n, /, and m, where n is the principal or energy 
quantum number, / relates to the electron’s orbital 
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angular momentum, and m is a magnetic quantum 
number. The principal quantum number n can 
take integer values from 1 to infinity. For the same 
electron, / can be any integer from 0 to (n —1), and m 
can have any integer value from —/to /. For example, if 
n = 3, we can have states with / = 2, 1, or 0. For the 
state with n = 3 and /= 2, we could have m = —2, —1, 
0, 1, or 2. 


Each set of n, /, m quantum numbers describes a 
different probability distribution for the electron. A 
larger n means the electron is most likely to be found 
farther from the nucleus. For n = 1, /and m must be 0, 
and the electron cloud about the nucleus is spherical. 
For n = 2, / = 0, there are two concentric spherical 
shells of probability about the nucleus. For n = 2, /= 
1, the cloud is more barbell-shaped. We can even have 
a daisy shape when / = 3. The distributions can 
become quite complicated. 
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Experiment has verified these distributions for 
one-electron atoms, but the wave function computa- 
tions can be very difficult for atoms with more than 
one electron in their outer shell. In fact, when the 
motion of more than one electron is taken into 
account, it can take days for the largest computer to 
output probability distributions for even a low-lying 
state, and simplifying approximations must often be 
made. 


Overall, however, the quantum mechanical wave 
equation, as developed by Schrédinger in 1926, gives 
an excellent description of how the microscopic world 
is observed to behave, and we must admit that while 
quantum mechanics may not be precise, it is accurate. 


Electron microscope see Microscopy 
Electronegativity see Chemical bond 


| Electronics 


Electronics is a field of engineering and applied 
physics that grew out of the study and application of 
electricity. Electricity concerns the generation and 
transmission of power and uses metal conductors. 
Electronics manipulates the flow of electrons in a 
variety of ways and accomplishes this by using gases, 
semiconducting materials like silicon and germanium, 
masers, lasers, and microwave tubes. By custom, devi- 
ces that manipulate the flow of electronics by using 
only conductors, resistors, and magnetic fields are not 
considered “electronic”: a generator or electronic 
motor is considered an electric machine, not an elec- 
tronic machine. The distinction is cultural, not funda- 
mental. Electronics applications include radio, radar, 
television, communications systems and satellites, 
navigation aids and systems, control systems, space 
exploration vehicles, watches, many appliances, and 
computers. 


History 


The history of electronics is a story of the late 
nineteenth and early twentieth centuries and of three 
key components—the vacuum tube, the transistor, 
and the integrated circuit. In 1883, Thomas Alva 
Edison discovered that electrons flow from one metal 
conductor to another through a vacuum. This discov- 
ery of conduction became known as the Edison effect. 
In 1904, John Fleming applied the Edison effect in 
inventing a two-element electron tube called a diode, 
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and Lee De Forest followed in 1906 with the three- 
element tube, the triode. These vacuum tubes were the 
devices that made manipulation of electrical energy 
possible so it could be amplified and transmitted. 


The first applications of electron tubes were in 
radio communications. Guglielmo Marconi pioneered 
the development of the wireless telegraph in 1896 and 
long-distance radio communication in 1901. Early 
radio consisted of either radio telegraphy (the trans- 
mission of Morse code signals) or radio telephony 
(voice messages). Both relied on the triode and made 
rapid advances thanks to armed forces communica- 
tions during World War I. Early radio transmitters, 
telephones, and telegraph used high-voltage sparks 
to make waves and sound. Vacuum tubes strength- 
ened weak audio signals and allowed these signals to 
be superimposed on radio waves. In 1918, Edwin 
Armstrong invented the “superheterodyne receiver” 
that could select among radio signals or stations and 
could receive distant signals. Radio broadcasting 
grew astronomically in the 1920s as a direct result. 
Armstrong also invented wide-band frequency modu- 
lation (FM) in 1935; only AM or amplitude modula- 
tion had been used from 1920 to 1935. 


Communications technology was able to make 
huge advances before World War II as more special- 
ized tubes were made for many applications. Radio as 
the primary form of education and entertainment was 
soon challenged by television, which was invented in 
the 1920s but didn’t become widely available until 
1947. Bell Laboratories publicly unveiled the televi- 
sion in 1927, and its first forms were electromechan- 
ical. When an electronic system was proved superior, 
Bell Labs engineers introduced the cathode ray picture 
tube and color television. But Vladimir Zworykin, an 
engineer with the Radio Corporation of America 
(RCA), is considered the “father of the television” 
because of his inventions, the picture tube and the 
iconoscope camera tube. 


Development of the television as an electronic 
device benefited from many improvements made to 
radar during World War II. Radar was the product 
of studies by a number of scientists in Britain of the 
reflection of radio waves. An acronym for RA dio D 
etection A nd R anging, radar measures the distance 
and direction to an object using echoes of radio micro- 
waves. It is used for aircraft and ship detection, con- 
trol of weapons firing, navigation, and other forms of 
surveillance. Circuitry, video, pulse technology, and 
microwave transmission improved in the wartime 
effort and were adopted immediately by the television 
industry. By the mid-1950s, television had surpassed 
radio for home use and entertainment. 
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Electronics 


After the war, electron tubes were used to develop 
the first computers, but they were impractical because 
of the sizes of the electronic components. In 1947, a 
team of engineers from Bell Laboratories invented the 
transistor. John Bardeen, Walter Brattain, and William 
Shockley received a Nobel Prize for their creation, but 
few could envision how quickly and dramatically the 
transistor would change the world. The transistor func- 
tions like the vacuum tube, but it is tiny by comparison, 
weighs less, consumes less power, is much more reli- 
able, and is cheaper to manufacture with its combina- 
tion of metal contacts and semiconductor materials. 


The concept of the integrated circuit was proposed 
in 1952 by Geoffrey W. A. Dummer, a British elec- 
tronics expert with the Royal Radar Establishment. 
Throughout the 1950s, transistors were mass produced 
on single wafers and cut apart. The total semiconductor 
circuit was a simple step away from this; it combined 
transistors and diodes (active devices) and capacitors 
and resistors (passive devices) on a planar unit or 
chip. The semiconductor industry and the silicon inte- 
grated circuit (SIC) evolved simultaneously at Texas 
Instruments and Fairchild Semiconductor Company. 
By 1961, integrated circuits were in full production at a 
number of firms, and designs of equipment changed 
rapidly and in several directions to adapt to the technol- 
ogy. Bipolar transistors and digital integrated circuits 
were made first, but analog ICs, large-scale integration 
(LSI), and very-large-scale integration (VLSI) followed 
by the mid-1970s. VLSI consists of thousands of circuits 
with on-and-off switches or gates between them on a 
single chip. Microcomputers, medical equipment, video 
cameras, and communication satellites are only exam- 
ples of devices made possible by integrated circuits. 


Electronic components 


Integrated circuits are sets of electronic compo- 
nents that are interconnected. Active components sup- 
ply energy and include vacuum tubes and transistors. 
Passive components absorb energy and include resis- 
tors, capacitors, and inductors. 


Vacuum tubes or electron tubes are glass or 
ceramic enclosures that contain metal electrodes for 
producing, controlling, or collecting beams of elec- 
trons. A diode has two elements, a cathode and an 
anode. The application of energy to the cathode frees 
electrons, which migrate to the anode. Electrons only 
flow during one half-cycle of an alternating (AC) cur- 
rent. A grid inserted between the cathode and anode 
can be used to control the flow and amplify it. A small 
voltage can cause large flows of electrons that can be 
passed through circuitry at the anode end. 
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Special purpose tubes use photoelectric emission 
and secondary emission, as in the television camera 
tube that emits and then collects and amplifies return 
beams to provide its output signal. Small amounts of 
argon, hydrogen, mercury, or neon vapors in the tubes 
change its current capacity, regulate voltage, or con- 
trol large currents. The finely focused beam from a 
cathode-ray tube illuminates the coating on the inside 
of the television picture tube to reproduce images. 


Transistors are made of silicon or germanium con- 
taining foreign elements that produce many electrons or 
few. N-type semiconductors produce a lot of electrons, 
and p-type semiconductors do not. Combining the 
materials creates a diode, and when energy is applied, 
the flow can be directed or stopped depending on direc- 
tion. A triple layer with either n-p-n or p-n-p creates a 
triode, which, again can be used to amplify signals. The 
field-effect transistor or FET superimposes an electric 
field and uses that field to attract or repel charges. The 
field can amplify the current much like the grid does in 
the vacuum tube. FETs are very efficient because only a 
small field controls a large signal. A controlling termi- 
nal or gate is called a JFET or junction FET. Addition 
of metal semiconductors, metal oxides, or insulated 
gates produce other varieties of transistor that enhance 
different signal-transmitting aspects. 


Integrated circuits 


An integrated circuit consists of tens of thousands 
of transistors and other circuit elements that are fab- 
ricated in a substrate of inert material. That material 
can be ceramic or glass for a film-integrated circuit or 
silicon or gallium-arsenide for a semiconductor inte- 
grated circuit (SIC). These circuits are small pieces or 
chips that may be 0.08-0.15 sq in long (2-4 sq mm 
long). Designers are able to place these thousands of 
components on a chip by using photolithography to 
place the components and minute conducting paths in 
the proper patterns for the purpose of each type of 
circuit. Many chips are made simultaneously on a 
4-sq-in (10-sq-cm) wafer. 


Several methods are used to introduce impurities 
into the silicon in the planar process. A mask with some 
regions isolated is placed over the surface or plane of the 
wafer, and the surface of the silicon is altered or treated 
to modify its electrical character. Crystals of silicon are 
grown on the substrate in a process called epitaxy; 
another method, thermal oxidation, grows a film of 
silicon dioxide on the surface that acts as a gate insula- 
tor. During solid-state diffusion, impurities diffused as a 
gas or spread in a beam of ions are distributed or redis- 
tributed in regions of the semiconductor. The number of 
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impurities diffused into the crystal can be carefully con- 
trolled so the movement of electrons through the chip 
will also be specific. Coatings can also be added by 
chemical vapor deposition, evaporation, and a method 
called sputtering used to deposit tungsten on the sub- 
strate; the results of all these methods are coatings on the 
substrate or disturbed surfaces of the substrate that are 
only atoms thick. Etching and other forms of lithogra- 
phy (using electron beams or x rays) are also used to 
pattern the wafer surface for the interconnection of the 
surface elements. 


Resistors, capacitors, and inductors 


Resistance to the flow of current can be controlled 
by the conductivity of the material, dimensions over 
which current flows, and the applied voltage. In elec- 
tronic circuits, metal films, mixtures containing car- 
bon, and resistance wire are used to make resistors. 
Capacitors have the ability to retain charge and volt- 
age and to act as conductors, especially when currents 
change in flow. Inductors regulate rapid changes in 
signals and current intensity. 


Sensors 


Sensors are specialized electronic devices that 
detect changes in quantities such as temperature, elec- 
trical power levels, chemical concentrations, physical 
position, fluid flow, or mechanical properties like 
velocity or acceleration. When a sensor responds to 
change, it usually requires a transducer to convert the 
quantity the sensor has measured into electrical signals 
that are translated into printouts, electronic readouts, 
recordings, or information that is returned to the 
device to control the change measured. Specialized 
resistors and capacitors are sometimes used as com- 
bined sensors and transducers. Variable resistors 
respond to mechanical motions by changing them to 
electrical signals. The thermistor varies its resistance 
with temperature; a thermocouple also measures tem- 
perature changes in the form of small voltages as 
temperatures are measured at two different junctions 
on the thermocouple. Usually, sensors produce weak 
electronic signals, and added circuits amplify these. 
But sensors can be operated from a distance and in 
conditions such as extreme heat or cold or contami- 
nated environments where working conditions are 
unpleasant or hazardous to humans. 


Amplifiers 
Amplifiers are electronic devices that boost current, 


voltage, or power. Amplifiers are classed according to 
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what sort of signal they amplify: audio amplifiers, for 
example, which increase the power of signals that can 
(when transduced into sound waves) be heard by the 
human ear, are used in radios, televisions, cassette 
recorders, sound systems, and citizens band radios. 
They receive sound as electrical signals, amplify these, 
and convert them to sound in speakers. Video ampli- 
fiers increase the strength of the visual information seen 
on the television screen by regulating the brightness of 
the image-forming light. Radio frequency amplifiers are 
used to amplify the signals of communication systems 
for radio or television broadcasting and operate in the 
frequency range from 100 kHz to 1 GHz and sometimes 
into the microwave-frequency range. Video amplifiers 
increase all frequencies equally up to 6 MHz; audio 
amplifiers, in contrast, usually operate below 20 kHz. 
But both audio and video amplifiers are linear ampli- 
fiers that proportion the output signal to the input 
received; that is, they do not distort signals. Other 
forms of amplifiers are nonlinear and do distort signals 
usually to some cutoff level. Nonlinear amplifiers boost 
electronic signals for modulators, mixers, oscillators, 
and other electronic instruments. 


Oscillators 


Oscillators are amplifiers that receive an incoming 
signal and their own output as feedback (that is, also 
as input). They produce radio and audio signals for 
precision signaling, such as warning systems, tele- 
phone electronics between individual telephones and 
central telephone stations, computers, alarm clocks, 
high-frequency communications equipment, and 
the high-frequency transmissions of broadcasting 
stations. 


Power-supply circuits 


Electronic equipment usually operates on direct 
current (DC) power supplies because these are more 
easily regulated. Power supplies in electrical outlets, 
however, are alternating currents (AC), so electronic 
equipment must be able to convert AC to DC. A team 
of devices is used for this conversion. The piece of 
equipment has an internal transformer that adjusts 
the voltage it receives from the outlet up or down to 
suit operation of the equipment. The transformer is 
also a ground, a type of insulation that reduces the 
possibility of electrical shock. A rectifier converts AC 
to DC, and a capacitor filters the converted voltage to 
level out any fluctuations. A voltage regulator may 
take the place of the capacitor, especially in more 
sophisticated equipment; modern voltage regulators 
are manufactured as integrated circuits. 
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Electronics 


Microwave electronics 


Microwaves are the frequencies of choice for 
many forms of communications especially telephone 
and television signals that are transmitted long distan- 
ces through overland methods, broadcast stations, 
and satellites. Microwave electronics are also used 
for radar. 


Microwaves are within the frequency of 3 GHz to 
about 300 GHz; because of their high frequency spec- 
trum, microwaves can carry large numbers of chan- 
nels. They also have short wavelengths from 10 cm to 
0.1 cm; wavelength dictates the size of antenna that 
can be used to transmit that particular wavelength, so 
the small antennae for microwave communications 
are very practical. They do require repeater stations 
to make long-distance links. 


Electronic devices like capacitors, inductors, oscil- 
lators, and amplifiers were not usable with microwaves 
because their high frequency and the speeds of electrons 
are not compatible. This complication of component 
size was studied in detail in the 1930s. Finally, it was 
found that the velocity of the electrons could be modu- 
lated to the advantage of microwave applications. The 
modulating device, the klystron, was a tube that ampli- 
fied the microwave signal in a resonating cavity. The 
klystron could amplify only a narrow range of micro- 
wave frequencies, but the traveling-wire tube (invented 
in 1934)—a similar velocity modulator—could amplify 
a wider frequency band using a wire helix instead of a 
resonating cavity. 


High-powered and high-pulsed microwave use 
especially for radar required another device, the mag- 
netron. The magnetron was perfected in 1939 and was 
a tube with multiple resonating cavities. While these 
devices were successful for their specialized uses, they 
were expensive and bulky (like other vacuum tubes); 
they have been replaced completely by semiconduc- 
tors and integrated circuits with equally sophisticated 
and specialized solutions for handling the high fre- 
quencies of microwaves that fit much smaller spaces 
and can be mass produced economically. 


Microwave electronics have also required adapta- 
tions of other parts of transmission systems. Con- 
ventional wires cannot carry microwaves because 
of the energy they give off; instead, coaxial cables 
can carry microwaves up to 5 GHz in frequency 
because their self-shielding conductors prevent radiat- 
ing energy. Waveguides are used for higher-frequency 
microwave transmission; waveguides are hollow metal 
tubes with a refractive interface that reflects energy 
back. Microstrips are an alternative to waveguides 
that connect microwave components and work by 
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separating two conductors with dielectric material. 
Microstrips (also called striplines) can be manufac- 
tured using integrated circuit (IC) technology and are 
compatible with the small size of ICs. 


Masers were first developed in 1954. The Maser 
(M icrowave A mplification by S timulated E mission 
of R adiation) can be used for amplifying and oscillat- 
ing microwaves in signals from satellites, atomic 
clocks, spacecraft, and radio. Masers focus molecules 
in an excited energy state into a resonant microwave 
cavity which then emits them as stimulated emission of 
radiation through the microwave output. 


Optical electronics 


Optical electronics involve combined applications 
of optical (light) signals and electronic signals. Opto- 
electronics have a number of uses, but the three general 
classifications of these uses are to detect light, to con- 
vert solar energy to electric energy, and to convert 
electric energy to light. Like radio waves and micro- 
waves, light is also a form of electromagnetic radiation 
except that its wavelength is very short. Photodetectors 
allow light to irradiate a semiconductor that absorbs 
the light as photons and converts these to electric sig- 
nals. Light meters, burglar alarms, and many industrial 
uses feature photodetectors. 


Solar cells convert light from the sun to electric 
energy. They use single-crystal doped silicon to reduce 
internal resistance and metal contacts to convert over 
14% of the solar energy that strikes their surfaces to 
electrical output voltage. Cheaper, polycrystalline sil- 
icon sheets and other lenses are being developed to 
reduce the cost and improve the effectiveness of solar 
cells. 


Light-emitting diodes (LEDs) direct incoming 
voltage to gallium-arsenide semiconductors that, 
when agitated, emit photons of light. The wavelength 
of the emitted light depends on the material used to 
construct the semiconductor. The LED is used in 
many applications where illuminated displays are 
needed on instruments and household appliances. 
Liquid crystal displays (LCDs) use very low power 
levels to produce reflected or scattered light; they can- 
not be seen in the dark like LED displays because they 
do not produce light. Conductive patterns of electro- 
des overlie parallel-plate capacitors that hold large 
molecules of the liquid crystal material that works as 
the dielectric. 


Like microwaves, optical electronics use wave- 
guides to reflect, confine, and direct light. The most 
familiar form of optical waveguide is the optic fiber. 
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These fine, highly specialized glass fibers are made of 
silica that has been doped with germanium dioxide. 


Digital electronics 


Digital electronics are the electronics that trans- 
formed our lives beginning in the 1970s. The personal 
computer is one of the best examples of this trans- 
formation because it has simplified tasks that were 
difficult or impossible for individuals to accomplish. 
Digital devices use simple “true-false” or “on-off” 
statements to represent information and to make deci- 
sions. In contrast, analog devices use a continuous 
system of values. Because digital devices only recog- 
nize one of two permissible signals, they are more 
tolerant to noise (unwanted electronic signals) and a 
range of components than analog devices. Digital sys- 
tems are built of a collection of components that proc- 
ess, store, and transmit or communicate information. 
The basis of these components is the logic circuit that 
makes the true-false decision from what may be many 
true-false signals. The logic circuit is an integrated 
circuit from any one of a number of families of digital 
logic devices that use switches, transducers, and timing 
circuits to function. Digital logic gates are the most 
elementary inputs and outputs in a logic device. A 
logic gate is based on a simple operation in Boolean 
algebra (a form of mathematics that uses logic varia- 
bles to express thought processes). For example, a 
logic gate may perform an “or,” “and,” or “not” func- 
tion; to make it capable of a “nor” function, an “or” 
gate is followed by an inverter. By linking combina- 
tions of these gates, any decision is possible. 


The most common form of logic circuit is prob- 
ably the transistor-wtransistor logic (TTL) circuit. 
High-speed systems use emitter-coupled logic (ELC), 
and the complementary metal oxide semiconductor 
(CMOS) logic uses lower speeds to also lower power 
levels. Logic gates are also combined to make static- 
memory cells. These are combined in a rectangular 
array to form the random-access memory (RAM) 
familiar to home computer users. The binary digits 
that make up this memory are called “bits,” and typ- 
ical large-scale integrated (LSI) circuit memory chips 
have over 16,000 bits of static memory. Dynamic 
memory cells use capacitors to send memory to a 
selected cell or to “write” to that cell. Very-large- 
scale chips with 256,000 bits per chip were made begin- 
ning in the 1980s, and dynamic memory made these 
possible because of its high density. By 2006, micro- 
processor chips with many millions of transistors were 
commonplace: the Intel Core Duo, used in many 
Macintosh computers from 2006 onward, contained 
151 million transistors. Also by 2006, RAM chips 
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KEY TERMS 


Epitaxy—The growth of a crystalline substance on 
a substrate such that the crystals imitate the orien- 
tation of those in the substrate. 


storing 1 gigabyte (billion bytes, 8 billion bits) had 
become commonplace. 


Microprocessors have replaced combinations of 
switching and timing circuits. They are programmed 
to perform sets of tasks and a wider variety of logic 
functions. Electronic games and digital watches are 
examples of microprocessor systems. Digital methods 
have revolutionized music, library storage, medical 
electronics, and television, among thousands of other 
tools that influence our lives daily. Future develop- 
ments in computer architecture are directed toward 
greater speed and more memory capacity. In most 
forms of electronics, increased miniaturization per- 
mits increased complexity at fixed or decreasing cost. 
This trend, driven by strong market forces, is sure to 
continue for many years to come. 


Resources 
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Gillian S. Holmes 


l Electrophoresis 


Electrophoresis is a technique used for the sepa- 
ration of biological molecules based on their move- 
ment due to the influence of a direct electric current. 
The technique was pioneered in 1937 by the Swedish 
chemist Arne Tiselius for the separation of proteins. It 
has now been extended to the separation of many 
other different classes of biomolecules including 
nucleic acids, carbohydrates and amino acids. 
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Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


Load DNA 


Electrophoresis of DNA 


Figure 2. (Hans & Cassidy. Courtesy of Gale Group.) 


Electrophoresis has become increasingly impor- 
tant in the laboratory for basic research, biomedical 
research and in clinical settings for the diagnosis of 
disease. Electrophoresis is not commonly used to 
purify proteins in large quantities because other meth- 
ods exist which are simpler, faster, and more efficient. 
However, it is valuable as an analytical technique for 
detecting and quantifying minute traces of many bio- 
molecules in a mixture. It is also useful for determining 
certain physical properties such as molecular weight, 
isoelectric point, and biological activity. 


In paper electrophoresis, the charged molecules 
(i.e., proteins) to be separated are electrophoresed 
upward through a buffersolution toward electrodes 
immersed on either side of a U-shaped tube. The indi- 
vidual proteins are resolved because they have differ- 
ent mobilities as described above. This technique 
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separates the biomolecules on the basis of their 
charges. Positively charged molecules migrate toward 
the negative electrode (cathode) and negatively 
charged particles move to the positive electrode 
(anode). The migration of the particles to the electro- 
des can be followed by instruments which measure the 
refractive index or absorption of light by the solution. 


Another type of electrophoresis is gel electropho- 
resis. Here, the sample is loaded into a gel matrix 
support. This has many important advantages: 


1. The density and size of the holes (pores) of gels 
can be easily controlled and adjusted for different 
biomolecules or different experimental conditions. 
Since the gel pore size is on the order of the dimensions 
of the macromolecules, the separations are based on 
molecular sieving as well as electrophoretic mobility of 
the molecules. Large molecules migrate more slowly 
relative to smaller molecules as they cannot pass as 
easily through the gel during electrophoresis. 


In addition to proteins, DNA fragments can be 
separated from one another electrophoretically. Highly 
purified agarose, a major component of seaweed, is used 
as the solid gel matrix into which the DNA samples are 
loaded for electrophoresis. By varying the agarose 
concentration in the gel, DNA fragments in different 
size ranges can be separated. 


The agarose is dissolved in water, heated and cast 
as a gel slab approximately 0.2 in (0.5 cm) in thick- 
ness. Wells are formed at one end of the gel for the 
loading of the DNA sample. The slab is then placed 
horizontally into the electrophoresis buffer chamber. 
The DNA migrates in bands toward the positive 
electrode. The smaller molecules pass through the 
matrix more rapidly than the larger ones, which are 
restricted. The DNA bands are then stained using a 
fluorescent dye such as ethidium bromide. The stained 
gel is then viewed directly under ultraviolet light and 
photographed. 


Because proteins are typically much smaller than 
DNA, they are run in gels containing polymers of 
much smaller pore size. The most common technique 
for protein separation is known as SDS-Polyacrylamide 
Gel Electrophoresis (SDS-PAGE). in this approach the 
proteins are treated with a detergent (sodium dodecyl 
sulfate) which unfolds them and gives them similar 
shape and ratio of charge to mass. Thus, proteins, 
treated with SDS separate on the basis of mass, with 
the smaller proteins migrating more rapidly through 
the gel. The gel matrix is polyacrylamide, a synthetic 
copolymer which has excellent molecular sieving proper- 
ties. Polyacrylamide gels are cast between glass plates 
to form what is called a “sandwich.” Protein gels are 
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Figure 3. (Hans & Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Biological activity—The specific biochemical 
function of a biomolecule such as enzyme affinity 
for a substrate. 


Biomolecule—An organic compound present in 
living organisms. 

Electrophoresis gel—A natural or synthetic poly- 
mer matrix used as a support for sample separation 
in electrophoresis. 


Isoelectric point—The pH at which a molecule has 
no electric charge and does not move in an electric 


field. 


Molecular sieving—tThe restriction of molecules 
migrating through a gel due to their size. 


Sodium dodecyl sulfate (SDS)—A negatively charg- 
ed detergent which strongly binds to amino acid 
residues of protein and denatures the protein. 


generally run in a vertical fashion. The electrophoresis 
apparatus has an upper and lower buffer tank. The top 
and bottom of the sandwich is in contact with either 
buffer. Protein is loaded into the wells in the upper 
buffer tank and current is applied. The proteins thus 
migrate down through the gel in bands, according to 
their sizes. After electrophoresis, the polyacrylamide gel 
is removed from between the glass plates and chemically 
stained to show protein bands which can then be 
studied. The SDS-PAGE technique allows researchers 
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to study parts of proteins and protein-protein interac- 
tions. If a protein has different subunits they will be 
separated by SDS treatment and will form separate 
bands. 


Electrophoretic techniques have also been adapted 
to other applications such as the determination of pro- 
tein isoelectric points. Affinity gels with biospecific 
properties are used to study binding sites and surface 
features of proteins. Continuous flow electrophoresis 
is applied to separations in free solution and has 
found very useful application in blood cell separation. 
Recently, High Performance Capillary Electrophoresis 
(HPCE) has been developed for the separation of many 
classes of biological molecules. 


Resources 
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| Electrostatic devices 


Electrostatics, in physics, is the study of the 
behavior of electric charges that are at rest (static). 
The phenomenon of static electricity has been known 
for well over 2,000 years, and a variety of electrostatic 
devices have been created over the centuries. 


Ancient Greek philosopher Thales (624-546 BC) 
discovered that when a piece of amber was rubbed, it 
could pick up light objects, a process known as tribo- 
electrification. The Greek name for amber, e/ektron, 
gave rise to many of the words used in connection with 
electricity. It was also noted that lodestone had the 
natural ability to pick up iron objects, although the 
early Greeks did not know that electricity and magnet- 
ism were linked. 


In the late sixteenth century, English physician 
William Gilbert (1544-1603) began experimenting 
with static electricity, pointing out the difference 
between static electric attraction and magnetic attrac- 
tion. Later, in the mid-1600s, German scientist and 
inventor Otto von Guericke (1602-1686) built the first 
electrostatic machine. His device consisted of a sulfur 


1521 


SODIAVP 91}L}SOA}DI]F 


Electrostatic devices 


A Van de Graaff generator is a device that is capable of 
building up a very high electrostatic potential. In this photo, 
the charge that has accumulated in the dome is leaking into 
the hair of a wig that has been placed on top of the generator. 
Because the charge is of one polarity, the hairs repel each 
other. (© Adam Hart-Davis/Science Photo Library, National 
Audubon Society Collection/Photo Researchers, Inc.) 


globe that was rotated by a crank and stroked by 
hand. It released a considerable static electric charge 
with a large spark. 


A similar device was invented by English scientist 
Francis Hawkesbee (1666-1713) in 1706. In his design, 
an iron chain contacted a spinning globe and con- 
ducted the electric charge to a suspended gun barrel; 
at the other end of the barrel another chain conducted 
the charge. 


In 1745, the first electrostatic storage device was 
invented nearly simultaneously by two scientists work- 
ing independently. Peter von Muschenbrock, a profes- 
sor at the University of Leyden (England), and Ewald 
von Kleist of the Cathedral of Camin, Germany, 
devised a water-filled glass jar with two electrodes. A 
Leyden student who had been using a Hawkesbee 
machine to electrify the water touched the chain to 
remove it and nearly died from the electric shock. This 
device, known as the Leyden jar, could accumulate a 
considerable electric charge, and audiences willingly 
received electric shocks in public displays. One of these 
displays aroused the curiosity of American author, 
scientist, publisher, and inventor Benjamin Franklin 
(1706-1790), who obtained a Leyden jar for study. He 
determined that it was not the water that held the 
electric charge but the glass insulator. This is the prin- 
ciple behind the electrical condenser (capacitor), one 
of the most important electrical components in use 
today. 


French chemist Charles Francois de Cisternay du 
Fay (1698-1739) discovered that suspended bits of 
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cork, electrified with a statically charged glass rod, 
repelled each other. Du Fay concluded that any two 
objects that had the same charge repelled each other, 
while unlike charges attracted. The science of electro- 
statics, so named by French scientist André Marie 
Ampére (1775-1836), is based on this fact. 


French physicist Charles Coulomb (1736-1806) 
became interested in the work of English chemist 
Joseph Priestley (1733-1804), who had built an electro- 
static generator in 1769, and studied electrical repul- 
sion. Coulomb used his torsion balance to make precise 
measurements of the force of attraction between two 
electrically charged spheres and found they obeyed an 
inverse square law. The mathematical relationship 
between the forces is known as Coulomb’s law, and 
the unit of electric charge is named the coulomb in his 
honor. 


Italian physicist Alessandro Volta (1745-1827) 
invented a device in 1775 that could create and store 
an electrostatic charge. Called an electrophorus, it 
used two plates to accumulate a strong positive 
charge. The device replaced the Leyden jar, and the 
two-plate principle is behind the electrical condensers 
in use today. 


Several other electrostatic machines have been 
devised. In 1765, John Reid, an instrument maker in 
London, England, built a portable static electric 
generating machine to treat medical problems. In 
1783, John Cuthbertson built a huge device that 
could produce electrical discharges 2 ft (61 cm) in 
length. The gold leaf electroscope, invented in 1787, 
consists of two leaves that repel each other when they 
receive an electric charge. In 1881, British engineer 
James Wimshurst invented his Wimshurst machine, 
two glass discs with metal segments spinning opposite 
each other. Brushes touching the metal segments 
removed the charge created and conducted it to a 
pair of Leyden jars where it was stored for later use. 


The most famous of all the electrostatic devices is 
the Van de Graaff generator. Invented in 1929 by 
American physicist Robert J. Van de Graaff (1901- 
1967), it uses a conveyor belt to carry an electric charge 
from a high-voltage supply to a hollow ball. It had 
various applications. For his experiments on proper- 
ties of atoms, Van de Graaff needed to accelerate 
subatomic particles to very high velocity, and he 
knew that storing an electrostatic charge could result 
ina high potential. Another generator was modified to 
produce x rays for use in the treatment of internal 
tumors. It was installed in a hospital in Boston, 
Massachusetts, in 1937. Van de Graaff’s first genera- 
tor operated at 80,000 volts, but was eventually 
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The Vivitron electrostatic particle accelerator under construction at the Centre des Recherches Nucleaires, Strasbourg, France. 
Vivitron, the largest Van de Graaff generator in the world, can generate a potential of up to 35 million volts. The accelerator will be 
used to fire ions of elements such as carbon at other nuclei. Under the right conditions this creates superdeformation, a 
relatively stable state in which the rotating nuclei have an elliptical form. Gamma rays given off by these nuclei reveal much 
about the internal structure of the nucleus. (Philippe Plailly/Eurelios. National Audubon Society Collection/Photo Researchers, Inc.) 


improved to five million volts. It remains one of the 
most widely used experimental exhibits in schools and 
museums today. 


Electroweak interactions see 


l Element, chemical 


A chemical element is a fundamental substance of 
the material world, one that cannot be divided into a 
more elementary substance by chemical processes. 
Each element has an identity; for example, gold consists 
of only gold atoms, and a gold atom is unlike any other 
atom. Indeed, a gold atom can be split, but the sub- 
atomic particles (electrons, protons, and neutrons) that 
constitute a gold atom are not gold. It could be said 
that subatomic particles are generic, interchangeable. 
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Atoms, on the other hand, have an identity, and con- 
stitute the identity of an element. 


A chemical element is a substance made up of only 
one kind of atom (atoms having the same atomic 
number). A compound, on the other hand, is made 
up of two or more kinds of atom combined together in 
specific proportions. 


The atomic number of an element is the number of 
protons found in the nucleus of each atom of that 
element; the number of protons in the nucleus equals 
the number of electrons that can bind to the atom. 
(Since electrons and protons have equal but opposite 
electrical charges, atoms can bind as many electrons to 
themselves as they have protons in their nuclei.) 
Because the chemical properties of an atom—the 
ways in which it binds to other atoms—are determined 
by the number of electrons that can bind to its nucleus, 
every element has a unique set of chemical properties. 


Some elements, such as the rare gases, exist as col- 
lections of single atoms; such a substance is monatomic. 
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Element, chemical 


Two dozen of the most common and/or important chemical elements 


Percent of all atoms(@) 


In the In the 
universe 


In sea 


Element Symbol Earth’s crust water 


In the Characteristics under 
human body ordinary room conditions 


Aluminum = 6.3 = 
Calcium = Dal — 
Carbon = = = 
Chlorine = 

Copper 

Gold 

Helium 

Hydrogen 

lodine 

Iron 

Lead 

Magnesium 

Mercury 

Nickel 

Nitrogen 

Oxygen 

Phosphorus 

Potassium 

Silicon 

Silver 

Sodium 

Sulfur 

Titanium 

Uranium 


(a) If no number is entered, the element constitutes less than 0.1 percent. 


Table 1. (Thomson Gale.) 


Others may exist as molecules that consist of two or 
more atoms of that element bonded together. For exam- 
ple, oxygen (O) can remain stable as either a diatomic 
(two-atom) molecule (O02) or a triatomic (three-atom) 
molecule (O3). (O2 is the form of oxygen that humans 
breathe; O3 [ozone] is toxic to animals and plants, yet 
ozone in the upper atmosphere screens Earth from harm- 
ful solar radiation.) Phosphorus (P) is stable as a four- 
atom molecule (P,), while sulfur (S) is stable as an eight- 
atom molecule (Ss). 


Even though all atoms of a given element have the 
same number of protons in their nuclei, they may not 
have the same number of neutrons in their nuclei. 
Atoms of the same element having different numbers 
of neutrons in their nuclei are termed isotopes of that 
element. An isotope is named according to the sum of 
the number of protons and the number of neutrons in 
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—= A lightweight, silvery metal 
0.2 Common in minerals, seashells, and bones 
10.7 Basic in all living things 
— A toxic gas 
The only red metal 
The only yellow metal 
A very light gas 
The lightest of all elements; a gas 
A nonmetal; used as antiseptic 
A magnetic metal; used in steel 
A soft, heavy metal 
A very light metal 
A liquid metal; one of the two liquid elements 
A noncorroding metal; used in coins 
A gas; the major component of air 
A gas; the second major component of air 
A nonmetal; essential to plants 
A metal; essential to plants; commonly called “potash” 
A semiconductor; used in electronics 
Avery shiny, valuable metal 
A soft metal; reacts readily with water, air 
A yellow nonmetal; flammable 
A light, strong, noncorroding metal used in space vehicles 
A very heavy metal; fuel for nuclear power 


its nucleus. For example, 99% of all carbon (C), atomic 
number 6, has 6 neutrons in the nucleus of each atom; 
this isotope of carbon is called carbon 12 ('?C). An 
isotope is termed stable if its nuclei are permanent, 
and unstable (or radioactive) if its nuclei occasionally 
explode. Some elements have only one stable (non- 
radioactive) isotope, while others have two or more. 
Two stable isotopes of carbon are '*C (6 protons, 6 
neutrons) and '3C (6 protons, 7 neutrons); a radioactive 
isotope of carbon is '* (6 protons, 8 neutrons). Tin (Sn) 
has ten stable isotopes. Some elements have no stable 
isotopes; all their isotopes are radioactive. All isotopes 
of a given element have the same outer electron struc- 
ture and therefore the same chemical properties. 


Ninety-two different chemical elements occur natu- 
rally on Earth; 81 of these have at least one stable 
isotope. Other elements have been made synthetically 
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A who’s who of the elements 


Element Distinction 


Comment 


Astatine (At) 
Boron (B) 
Californium (Cf) 
Carbon (C) 
Germanium (Ge) 
Helium (He) 
Hydrogen (H) 
Lithium (Li) 
Osmium (Os) 
Radon (Rn) 
Tungsten (W) 


The rarest 

The strongest 

The most expensive 

The hardest 

The purest 

The lowest melting point 
The lowest density 

The lowest-density metal 
The highest density 

The highest-density gas 
The highest melting point 


Table 2. A Who’s Who of the Elements. (Thomson Gale.) 


(artificially), usually by causing the nuclei of two atoms 
to collide and merge. Since 1937, when technetium (Tc, 
atomic number 43), the first synthetic element, was 
made, the number of known elements has grown as 
nuclear chemists made new elements. Most of these 
synthetic elements have atomic numbers higher than 92 
(i.e., more than 92 protons in their nuclei); since 92 is the 
atomic number of uranium (U), these artificial heavy 
elements are called transuranium (past-uranium) ele- 
ments. The heaviest element discovered and verified so 
far is Element 111, Roentgenium (Rg), which was dis- 
covered in 1994. Since then, Elements 112 (Ununbium 
[Uub], discovered in 1996), 113 (Ununtrium [Uut], 2003), 
114 (Ununquadium [Uuq], 1998), 115 (Ununpentium 
[Uup], 2003), and 116 (Ununhexium [Uuh], 2000) have 
been discovered but not verified by independent scientific 
studies. 


A survey of the elements 


Of the 116 currently known elements, 11 are gases, 
two are liquids, and 103 are solids. (The transuranium 
elements are presumed to be solids, but since only a 
few atoms at a time can be synthesized it is impossible 
to be sure.) Many elements, such as iron (Fe), copper 
(Cu), and aluminum (Al), are familiar everyday sub- 
stances, but many are unfamiliar, either because they 
are not abundant on Earth or because they are not 
used much by human beings. Less-common naturally 
occurring elements include dysprosium (Dy), thulium 
(Tm) and protactinium (Pa). 


Every element (except a few of the transuranium 
elements) has been assigned a name and a one- or two- 
letter symbol for convenience in writing formulas and 
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Rarest of the naturally occurring elements 
Highest stretch resistance 


Sold at one time for about $1 billion a gram 


As diamond, one of its three solid forms 

Has been purified to 99.99999999 percent purity 

—457.09°F (—271.72°C) at a pressure of 26 times atmospheric pressure 
Density 0.0000899 g/cc at atmospheric pressure and 32°F (0°C) 

Density 0.534g/cc 

Density 22.57 g/cc 

Density 0.00973 g/cc at atmospheric pressure and 32°F (0°C) 

6,188°F (3,420°C) 


chemical equations; these symbols are shown above in 
parentheses. For example, to distinguish the four ele- 
ments that begin with the letter c, calcium is symbol- 
ized as Ca, cadmium as Cd, californium as Cf, and 
carbon as C. 


Many of the symbols for chemical elements do not 
seem to make sense in terms of their English names— 
Fe for iron, for example. Those are mostly elements 
that have been known for thousands of years and that 
already had Latin names before chemists began hand- 
ing out the symbols. Iron is Fe for its Latin name, 
ferrum. Gold is Au for aurum, sodium is Na for 
natrium, copper is Cu for cuprum, and mercury is Hg 
for hydrargyrum, meaning liquid silver, which is 
exactly what it looks like, but is not. 


Notice that only two elements taken together— 
hydrogen and helium—make up 99.9% of the atoms 
in the entire universe. That is because virtually all the 
mass in the universe is in the form of stars, and stars 
are made mostly of H and He. Only H and He were 
produced in the big bang that (theoretically) began the 
universe; all other elements have been built up by 
nuclear reactions since that time, either naturally (in 
the cores of stars) or artificially (in laboratories). On 
Earth, only three elements—oxygen, silicon and alu- 
minum—make up more than 87% of the Earth’s crust 
(the rigid, rocky outer layer of the planet, about 10.5 
mi [17 km] under most dry land [less under the 
oceans]). Only six more elements—hydrogen, sodium, 
calcium, iron, magnesium, and potassium—account 
for more than 99% of Earth’s crust. 


The abundance of an element can be quite differ- 
ent from its importance to humans. Nutritionists 
believe that some 24 elements are essential to life, 
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even though many are fairly rare and are needed in 
only tiny amounts. 


History of the elements 


Many substances now known as elements have 
been known since ancient times. Gold (Au) was 
found and made into ornaments during the late 
Stone Age, some 10,000 years ago. More than 5,000 
years ago, in Egypt, the metals iron (Fe), copper (Cu), 
silver (Ag), tin (Sn), and lead (Pb) were also used for 
various purposes. Arsenic (As) was discovered around 
1250 AD, and phosphorus (P) was discovered around 
1674. By 1700, about 12 elements were known, but 
they were not yet recognized as they are today. 


The concept of elements—i.e., the theory that there 
are a limited number of fundamental pure substances 
out of which all other substances are made—goes back 
to the ancient Greeks. Empedocles (c. 495-435 BC) 
proposed that there are four basic roots of all materials: 
earth, air, fire and water. Plato (c. 427-347 BC) referred 
to these four roots as stoicheia elements. Aristotle 
(384-322 BC), a student of Plato’s, proposed that an 
element is “one of those simple bodies into which other 
bodies can be decomposed and which itself is not 
capable of being divided into others.” Except for 
nuclear fission and other nuclear reactions discovered 
more than 2,000 years later, by which the atoms of an 
element can be decomposed into smaller parts, this 
definition remains accurate. 


Several other theories were generated throughout 
the years, most of which have been dispelled. For 
example, Swiss physician and alchemist Theophrastus 
Bombastus von Hohenheim (c. 1493-1541), also known 
as Paracelsus, proposed that everything was made 
of three principles: salt, mercury, and sulfur. An 
alchemist named van Helmont (c. 1577-c.1644) tried 
to explain everything in terms of just two elements: air 
and water. 


Eventually, English chemist Robert Boyle (1627— 
1691) revived Aristotle’s definition and refined it. In 
1789, French chemist Antoine Lavoisier (1743-1794) 
was able to publish a list of chemical elements that met 
Boyle’s definition. Even though some of Lavoisier’s 
elements later turned out to be compounds (combina- 
tions of actual elements), his list set the stage for the 
adoption of standard names and symbols for the var- 
ious elements. 


Swedish chemist J. J. Berzelius (1779-1848) was 
the first person to employ the modern method of 
classification: a one- or two-letter symbol for each 
element. These symbols could be put easily together 
to show how the elements combine into compounds. 
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For example, writing two Hs and one O together as 
H,O would mean that the particles (molecules) of 
water consist of two hydrogen atoms and one oxygen 
atom, bonded together. Berzelius published a table of 
24 elements, including their atomic weights, most of 
which are close to the values used today. 


By the year 1800 only about 25 true elements were 
known, but progress was relatively rapid throughout 
the nineteenth century. By the time Russian scientist 
Dmitri Ivanovich Mendeleev (1834-1907) organized 
his periodic table in 1869, he had about 60 elements to 
reckon with. By 1900, there were more than 80. The list 
quickly expanded to 92, ending at uranium (atomic 
number 92). There it stayed until 1940, when synthesis 
of the transuranium elements began. 


Organization of the elements 


The task of organizing more than a hundred very 
different elements into some simple, sensible arrange- 
ment would seem difficult. Mendeleev’s periodic table, 
however, is the answer. It even accommodates the 
synthetic transuranium elements without strain. In 
this encyclopedia, each individual chemical element 
is discussed under at least one of the following types 
of entry: (1) Fourteen particularly important elements 
are discussed in their own entries. They are aluminum, 
calcium, carbon, chlorine, copper, hydrogen, iron, 
lead, nitrogen, oxygen, silicon, sodium, sulfur, and 
uranium. (2) Elements that belong to any of seven 
families of elements—groups of elements that have 
similar chemical properties—are discussed under 
their family-name headings. These seven families are 
the actinides, alkali metals, alkaline earth metals, hal- 
ogens, lanthanides, rare gases, and transuranium ele- 
ments. (3) Elements that are not discussed either under 
their own name or as part of a family (orphan ele- 
ments) are discussed briefly below. Any element that is 
not discussed below can be found in the headings 
described above. 


Orphan elements 


Actinium. The metallic chemical element of atomic 
number 89, with symbol Ac, specific gravity 10.07, 
melting point 1,924°F (1,051°C), and boiling point 
5,788°F (3,198°C). All isotopes of this element are 
radioactive; the half-life of its most stable isotope, 
actinium-227, is 21.8 years. Its name is from the 
Greek aktinos, meaning ray. 


Antimony. The metallic chemical element of atomic 
number 51, with symbol Sb, atomic weight 121.8, 
specific gravity 6.69, melting point 1,167°F (630.63°C), 
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and boiling point 2,889°F (1,587°C). One of its main 
uses is to alloy with lead in automobile batteries; acti- 
nium makes the lead harder. 


Arsenic. The metallic chemical element of atomic 
number 33, with symbol As, atomic weight 74.92, 
specific gravity 5.73 in gray metallic form, and melt- 
ing point 1,503°F (817°C). It sublimes (solid turns 
to gas) at 1,137°F (614°C). Arsenic compounds are 
poisonous. 


Bismuth. The metallic chemical element of atomic 
number 83, with symbol Bi, atomic weight 208.98, 
specific gravity 9.75, melting point 520.5°F (271.4°C), 
and boiling point 2,847.2°F (1,564°C). Bismuth oxy- 
chloride is used in pearlized cosmetics. Bismuth 
subsalicylate, an insoluble compound, is the major 
ingredient in Pepto-Bismol®. The soluble compounds 
of bismuth, however, are poisonous. 


Boron. The non-metallic chemical element of 
atomic number 5, with symbol B, atomic weight 10.81, 
specific gravity (amorphous form) 2.37, melting point 
3,767° F (2,075°C), and boiling point 7,232° F (4,000°C). 
Common compounds are borax, Na2B4O07-10H,0, 
used as a cleansing agent and water softener, and boric 
acid, H3BO3, a mild antiseptic and an effective cock- 
roach poison. 


Cadmium. The metallic chemical element of atomic 
number 48, with symbol Cd, atomic weight 112.4, 
specific gravity 8.65, melting point 609.92°F (321.07°C), 
and boiling point 1,413°F (767°C). A soft, highly toxic 
metal used in silver solder, in many other alloys, and in 
nickel-cadmium rechargeable batteries. Because it is 
an effect absorber of moving neutrons, it is used in 
control rods for nuclear reactors to slow the chain 
reaction. 


Chromium. The metallic chemical element of 
atomic number 24, with symbol Cr, atomic weight 
51.99, specific gravity 7.19, melting point 3,465°F 
(1,907°C), boiling point 4,840°F (2,671°C). It is a 
hard, shiny metal that takes a high polish. It is used 
to electroplate steel for protection against corrosion 
and as the major ingredient (next to iron) in stainless 
steel. Alloyed with nickel, it makes Nichrome®, a high- 
electrical-resistance metal that gets red hot when elec- 
tric current passes through it; toaster and heater coils 
are made of Nichrome® wire. Chromium is named 
from the Greek chroma, meaning color, because most 
of its compounds are highly colored. Chromium is 
responsible for the green color of emeralds. 


Cobalt. The metallic chemical element of atomic 
number 27, with symbol Co and atomic weight 58.93. 
Cobalt is a grayish, hard, brittle metal closely resembling 
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iron and nickel. These three metals are the only natu- 
rally occurring magnetic elements on Earth. 


Gallium. The metallic chemical element of atomic 
number 31, with symbol Ga, atomic weight 69.72, 
melting point 85.6°F (29.78°C), and boiling point 
3,999°F (2,204°C). Gallium is frequently used in the 
electronics industry and in thermometers that measure 
a wide range of temperatures. 


Germanium. The metallic chemical element of 
atomic number 32, with symbol Ge and atomic weight 
72.59. In pure form, germanium is a brittle crystal. It 
was used to make the world’s first transistor and is still 
used as a semiconductor in electronics devices. 


Gold. The metallic chemical element of atomic 
number 79, with symbol Au and atomic weight 
196.966. This most malleable of metals was probably 
one of the first elements known to humans. It is usu- 
ally alloyed with harder metals for use in jewelry, 
coins, or decorative pieces. 


Hafnium. The metallic chemical element of atomic 
number 72, with symbol Hf, atomic weight 178.49, 
melting point 4,040.6 +68°F (2,227 +20°C), and boil- 
ing point 8,315.6°F (4,602°C). Hafnium is strong and 
resistant to corrosion. It also absorbs neutrons well, 
making it useful in control rods of nuclear reactors. 


Indium. The metallic chemical element of atomic 
number 49, with symbol In, atomic weight 114.82, 
melting point 313.89°F (156.61°C), and boiling point 
3,776°F (2,080°C). Indium is a lustrous, silvery metal 
that bends easily. It is often alloyed with other metals 
in solid-state-electronics devices. 


Iridium. The metallic chemical element of atomic 
number 77, with symbol Ir and atomic weight 192.22. 
Iridium is an extremely dense metal that resists corro- 
sion better than most others. In its pure state, it is often 
used in aircraft spark plugs. 


Manganese. The metallic chemical element of 
atomic number 25, with symbol Mn and atomic 
weight 54.93. The biggest use of manganese is in steel- 
making, where it is alloyed with iron. This element is 
required by all plants and animals, so it is sometimes 
added as manganese oxide to animal feed. 


Mercury. The metallic chemical element of atomic 
number 80, with symbol Hg, atomic weight 200.59, 
melting point -37.96°F (-38.87°C), and boiling point 
673.84°F (356.58°C). Mercury is highly poisonous and 
causes irreversible damage to the nervous and excre- 
tory systems. This element was long used in thermom- 
eters because it expands and contracts at a nearly 
constant rate; however, mercury thermometers are 
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being phased out in favor of alcohol-based and elec- 
tronic thermometers because of mercury’s high 
toxicity. 


Molybdenum. The metallic chemical element of 
atomic number 42, with symbol Mo, atomic weight 
95.94, melting point 4,753°F (2,623°C), and boiling 
point 8,382°F (4,639°C). Molybdenum is used to make 
superalloyed metals designed for high-temperature 
processes. It is also found as a trace element in plant 
and animal tissues. 


Nickel. The metallic chemical element of atomic 
number 28, with symbol Ni and atomic weight 58.71. 
Nickel is often mixed with other metals, such as copper 
and iron, to increase the alloy’s resistance to heat and 
moisture. 


Niobium. The metallic chemical element of atomic 
number 41, with symbol Nb, atomic weight 92.90, 
melting point 4,474.4 +50°F (2,468 +10°C), and boil- 
ing point 8,571.2°F (4,744°C). Niobium is used to 
strengthen alloys used to make lightweight aircraft 
frames. 


Osmium. The metallic chemical element of atomic 
number 76, with symbol Os and atomic weight 190.2. 
Osmium is hard and dense, weighing twice as much as 
lead. The metal is used to make fountain pen tips and 
electrical devices. 


Palladium. The metallic chemical element of 
atomic number 46, with symbol Pd and atomic weight 
106.42. Palladium is soft. It also readily absorbs hydro- 
gen and is, therefore, used to purify hydrogen gas. 


Phosphorus. The nonmetallic chemical element of 
atomic number 15, with symbol P and atomic weight 
30.97. Phosphorus is required by all plant and animal 
cells. Most of the phosphorus in human beings is in the 
bones and teeth. Phosphorus is heavily used in agri- 
cultural fertilizers. 


Platinum. The metallic chemical element of 
atomic number 78, with symbol Pt, atomic weight 
195.08, melting point 3,215.1°F (1,768.4°C), and boil- 
ing point 6,920.6 +212°F (3,827 £100°C). Platinum 
withstands high temperatures well and is used in 
rocket and jet-engine parts. It is also used as a catalyst 
in chemical reactions. 


Polonium. The metallic chemical element of 
atomic number 84, with symbol Po and atomic weight 
209. Polonium is a product of uranium decay and is 
100 times as radioactive as uranium. 


Rhenium. The metallic chemical element of atomic 
number 75, with symbol Re, atomic weight 186.207, 
specific gravity 21.0, melting point 5,766.8° F (3,186°C), 
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and boiling point 10,104.8°F (5,596°C). Rhenium is 
used in chemical and medical instruments, as a catalyst 
for the chemical and petroleum industries, and in pho- 
toflash lamps. 


Rhodium. The metallic chemical element of atomic 
number 45, with symbol Rh and atomic weight 102.91. 
This element is similar to palladium. Electroplated 
rhodium, which is hard and highly reflective, is used 
as a reflective material for optical instruments. 


Ruthenium. The metallic chemical element of 
atomic number 44, with symbol Ru, atomic weight 
101.07, specific gravity 12.5, melting point 4,233.2°F 
(2,334°C), and boiling point 7,502°F (4,150°C). This 
element is alloyed with platinum and palladium to 
form hard, resistant contacts for electrical equipment 
that must withstand a great deal of wear. 


Scandium. The metallic chemical element of atomic 
number 21, with symbol Sc, atomic weight 44.96, 
melting point 2,805.8°F (1,541°C), and boiling point 
5,127.8°F (2,831°C). Scandium 1s a silvery-white metal 
that develops a yellowish or pinkish cast when exposed 
to air. It has relatively few commercial applications. 


Selenium. The nonmetallic chemical element of 
atomic number 34, with symbol Se and atomic weight 
78.96. Selenium is able to convert light directly into 
electricity, and its resistance to electrical current 
decreases when it is exposed to light. Both properties 
make this element useful in photocells, exposure 
meters, and solar cells. 


Silver. The metallic chemical element of atomic 
number 47, with symbol Ag and atomic weight 107.87. 
Silver has long been used in the manufacture of coins. 
It is also an excellent conductor of heat and electricity. 
Some compounds of silver are light-sensitive, making 
silver important in the manufacture of photographic 
films and papers. 


Tantalum. The metallic chemical element of 
atomic number 73, with symbol Ta, atomic weight 
180.95, melting point 5,462.6°F (3,017°C), and boiling 
point of 9,797 +212°F (5,425 +100°C). Tantalum is a 
heavy, gray, hard metal that is used in alloys to pen 
points and analytical weights. 


Technetium. The metallic chemical element of 
atomic number 43, with symbol Tc and atomic weight 
98. Technetium was the first element to be produced 
synthetically; scientists have never detected the natural 
presence of this element on Earth. 


Tellurium. The nonmetallic chemical element of 
atomic number 52, with symbol Te, atomic weight 
127.60, melting point 841.1 + 32.54°F (449.5 +0.3°C), 
and boiling point 1,813.64 +38.84°F (989.8 +3.8°C). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Tellurium is a grayish-white, lustrous, brittle metal. It 
is a semiconductor and is used in the electronics 
industry. 


Thallium. The metallic chemical element of atomic 
number 81, with symbol Tl] and atomic weight 204.38. 
Thallium is a bluish-gray metal that is soft enough to 
be cut with a knife. Thallium sulfate is used as a 
rodenticide and ant poison. 


Tin. The metallic chemical element of atomic num- 
ber 50, with symbol Sn and atomic weight 118.69. Tin 
is alloyed with copper and antimony to make pewter. It 
is also used as a soft solder and as coating to prevent 
other metals from corrosion. 


Titanium. The metallic chemical element of atomic 
number 22, with symbol Ti, atomic weight 47.90, melt- 
ing point 3,020 +50°F (1,660 £10°C), and boiling 
point 5,948.6°F (3,287°C). This element occurs as a 
bright, lustrous brittle metal or dark gray powder. 
Titanium alloys are strong for their weight and can 
withstand large changes in temperature. 


Tungsten. The metallic chemical element of 
atomic number 74, with symbol W, atomic weight 
183.85, and melting point 6,170 £68°F (3,410 420°C). 
The melting point of tungsten is higher than that of 
any other metal. Its chief use is as a filament in electric 
light bulbs. 


Vanadium. The metallic chemical element of atomic 
number 23, with symbol V and atomic weight 50.94. 
Pure vanadium is bright white. This metal finds its 
biggest use in strengthening steel. 


Yttrium. The metallic chemical element of atomic 
number 39, with symbol Y, atomic weight 88.91, melt- 
ing point 2,771.6 £46.4°F (1,522 +8°C), and boiling 
point 6,040.4°F (3,338°C). Yttrium is a relatively 
active metal that decomposes in cold water slowly 
and in boiling water rapidly. Certain compounds con- 
taining yttrium have been shown to become super- 
conducting at relatively high temperatures. 


Zinc. The metallic chemical element of atomic 
number 30, with symbol Zn and atomic weight 65.39. 
Zinc—a brittle metal at room temperature—forms 
highly versatile alloys in industry. One zinc alloy is 
nearly as strong as steel, but has the malleability of 
plastic. 


Zirconium. The metallic chemical element of 
atomic number 40, with symbol Zr, atomic weight 
91.22, melting point 3,365.6 + 35.6°F (1,852 +2°C), 
and boiling point 7,910.6°F (4,377°C). Neutrons can 
pass through this metal without being absorbed; this 
makes it highly desirable as a construction material for 
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the metal rods containing the fuel pellets in nuclear 
power plants. 


See also Ammonia; Compound, chemical; Deuterium; 
Element, transuranium; Tritium; Valence. 
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l Element, families of 


A family of chemical elements usually consists of 
elements in the same group (the same column) on the 
periodic table. The term is also applied to certain 
closely related elements within the same period 
(row). Just as the individual members in a human 
family are different but have common characteristics, 
such as hair color, the elements in a chemical family 
have certain properties in common, and others that 
make them unique. 


The search for patterns among the elements 


Johann Dobereiner (1780-1849) made one of the 
earliest attempts to organize the elements into families 
in 1829, when he observed that for certain groups of 
three elements, called triads, the properties of one 
element were approximately midway between those 
of the other two. However, because the number of 
elements known to Dobereiner was far fewer than it 
is today, the number of triads that he was able to find 
was very limited. 


In 1864 John Newlands (1837-1898) noticed that 
when the known elements were arranged in order of 
increasing atomic weight, every eighth element 
showed similar properties. This observation, which 
was at first dismissed by the chemical community as 
being purely coincidental, is readily explicable using 
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the modern periodic table and the concept of families 
of elements. 


In 1869, after organizing the known elements so 
that those with similar properties were grouped 
together, Dmitri Mendeléev (1834-1907) predicted 
the existence and properties of several as-yet undiscov- 
ered elements. The subsequent discovery of these ele- 
ments, and the accuracy of many of Mendeléev’s 
predictions, fully justified the notion that the elements 
could be organized into families. Today, we recognize 
that the basis for this classification is the similarity in 
the electronic configurations of the atoms concerned. 


Main-group families 


For those families of elements found among the 
main group elements, that is, elements in groups | and 
2, and 13 through 18 of the periodic table, each mem- 
ber of a given family has the same number of valence 
electrons. A detailed examination of the electron con- 
figurations of the elements in these families reveals 
that each family has its own characteristic arrange- 
ment of electrons. 


For example, each element in group 1, the alkali 
metals, has its valence electron in an s sublevel. As a 
result, all the elements in this family have an electron 
configuration which, when written in linear form, ter- 
minates with ns’, where n is an integer representing the 
principal quantum number of the valence shell. Thus, 
the electron configuration of lithium is 1s? 2s’, that of 
sodium is 1s? 2 s? 2p6 3s’, potassium is 1 s? 2s 2p6 3s7 
3p6 As!) and so on. 


In a similar way, the elements in group 2, the 
alkaline earth metals, each have two valence electrons 
and electron configurations that terminate in ns*. For 
example, beryllium is 1s? 2s’, magnesium is 1s? 2s? 
2p6 38°, calcium is 1s? 2s? 2p6 3s? 3p6 45°. 


Because the s sublevel can only accommodate a 
maximum of 2 electrons, the members of group 13, 
which have 3 valence electrons, all have electron con- 
figurations terminating in ns2;np1;; for example, alu- 
minum is 1s? 2s? 2p6 3s? 3p’. The remaining main- 
group families, group 14 (the carbon family), group 15 
(the pnicogens), group 16 (the chalcogens), group 17 
(the halogens), and group 18 (the rare gases) have 4, 5, 
6, 7, and 8 valence electrons, respectively. Of these 
valence electrons, two occupy an s sublevel and the 
remainder occupy the p sublevel having the same prin- 
cipal quantum number. 


The similarity in electron configurations within a 
given main group family results in the members of the 
family having similar properties. For example, the 
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alkali metals are all soft, highly reactive elements 
with a silvery appearance. None of these elements is 
found uncombined in nature, and they are all willing 
to give up their single valence electron in order to form 
an ion with a charge of +1. Each alkali metal will react 
with water to give hydrogen gas and a solution of the 
metal hydroxide. 


Characteristic patterns of behavior can also be 
identified for other main-group families; for example, 
the members of the carbon family all form chlorides of 
the type ECl, and hydrides of the type EHy, and have a 
tendency towards catenation, that is, for identical 
atoms to join together to form long chains or rings. 
Similarly, although little is known about the heaviest, 
radioactive halogen, astatine, its congeners all nor- 
mally exist as diatomic molecules, X, and show a 
remarkable similarity and predictability in their prop- 
erties. All the members of this family are quite reactive- 
fluorine, the most reactive, combines directly with all 
the known elements except helium, neon and argon- 
and they all readily form ions having a charge of -1. 


The family of elements at the far right of the 
periodic table, the rare gases, consists of a group of 
colorless, odorless gases that are noted for their lack of 
reactivity. Also known as noble gasses, the first com- 
pounds of these elements were not prepared until 
1962. Even today there are only a limited number of 
krypton compounds known and still no known com- 
pounds of helium, neon, or argon. 


Hydrogen: The elemental orphan 


When the elements are organized into families, 
hydrogen presents a problem. In some of its proper- 
ties, hydrogen resembles the alkali metals, but it also 
shows some similarities to the halogens. Many peri- 
odic tables include hydrogen in group 1; others show it 
in groups 1 and 17. An alternative approach is to 
recognize hydrogen as being unique and not to assign 
it to a family. 


Other families of elements 


In addition to the main-group families, other fam- 
ilies of elements can be identified among the remaining 
elements of the periodic table. 


The transition metals 


The elements in groups 3 through 12, the transi- 
tion metals or d -block elements, could be considered 
as one large family. Their characteristic feature, with 
some exceptions, is the presence of an incomplete d 
sublevel in their electron configurations. As with any 
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large family, transition metals show considerable 
diversity in their behavior, although there are some 
unifying features, such as their ability to form ions 
with a charge of +2. Another similarity between 
these elements is that most of their compounds are 
colored. 


The coinage metals and the platinum metals 


At least two small family units can be identified 
within the larger transition-metal family. One of these 
small families, the coinage metals, consists of copper, 
silver and gold, the three elements in group 11. The 
other family, the platinum metals, includes elements 
from three groups: ruthenium and osmium from 
group 8; rhodium and iridium from group 9; and 
palladium and platinum from group 10. 


The coinage metals are resistant to oxidation, 
hence their traditional use in making coins. Unlike 
the majority of the transition metals, the coinage met- 
als each have a full d sublevel and one electron in an s 
sublevel, that is, an electron configuration that termi- 
nates in (n-1) d 10 ns’. One result of this electron 
configuration is that each of these metals will form 
an ion of the type M*, although it is only for silver that 
this ion is relatively stable. 


The platinum metals occur together in the same 
ores, are difficult to separate from one another, and 
are relatively unreactive. 


The lanthanides and actinides 


The lanthanides (or rare-earth elements) and acti- 
nides are two families that are related because they 
both result from electrons being added into an f sub- 
level. Both families have 14 members, the lanthanides 
consisting of the elements with atomic numbers 58 
through 71, and the actinides including the elements 
with atomic numbers 90 through 103. However, it is 
sometimes convenient to consider lanthanum (atomic 
number 57) as an honorary member of the lanthanide 
family and to treat actinium (atomic number 89) in a 
similar manner with respect to the actinides. 


The lanthanides are usually found together in the 
same ores and despite their alternative name of the 
rare-earth elements, they are not particularly rare. In 
contrast, only two of the actinides, thorium and ura- 
nium, occur in nature, the remainder having been syn- 
thesized by nuclear scientists. Members of both families 
form ions with a charge of +3, although other ions are 
also formed, particularly by the actinides. 


See also Element, chemical; Element, transuranium. 
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KEY TERMS 


Catenation—The ability of identical atoms to bond 
together to form long chains or rings. 
Congeners—Elements in the same group of the 
periodic table. 

Diatomic molecule—A molecule consisting of two 
atoms. 

Electron configuration—The arrangement of elec- 
trons in the occupied electron energy levels or sub- 
levels of an atom. 

Main-group elements—Those elements in groups 
1, 2 and 13 through 18 of the periodic table. 
Principal quantum number—An integer used to 
identify the energy levels of an atom. 

Triad—A group of three elements displaying a cer- 
tain regularity in their properties. 

Valence electrons—The electrons in the outermost 
shell of an atom that determine an element’s chem- 
ical properties. 
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l Element, transuranium 


In chemistry, a transuranium (beyond uranium 
(U)) element, sometimes also called a transuranic ele- 
ment, is any of the chemical elements with atomic 
numbers higher than 92, which is the atomic number 
of uranium. 
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Element, transuranium 


Ever since the eighteenth century when chemists 
began to recognize certain substances as chemical ele- 
ments, uranium had been the element with the highest 
atomic weight; it had the heaviest atoms of all the 
elements that could be found on the Earth. The gen- 
eral assumption was that no heavier elements could 
exist on the planet Earth. The reasoning went like this: 
Heavy atoms are heavy because of their heavy nuclei, 
and heavy nuclei are unstable, or radioactive; they 
spontaneously transform themselves into other 
elements. Uranium and several even lighter ele- 
ments—all those with atomic numbers higher than 
83 (bismuth)—were already radioactive. Therefore, 
still heavier ones would probably be so unstable that 
they could not have lasted for the billions of years that 
Earth has existed, even if they were present when 
Earth was formed. In fact, uranium itself has a half- 
life that is just about equal to the age of Earth 
(4.5 billion years), so only one-half of all the uranium 
that was present when Earth was formed is still here. 


If scientists could create atoms of elements 
beyond uranium, however, perhaps they would be 
stable enough to hang around long enough to study. 
A few years, or even hours, would do. However, in 
order to make an atom of an element with an atomic 
number higher than uranium which has 92 protons in 
its nucleus, scientists would have to add protons to its 
nucleus; one added proton would make an atom of 
element number 93, two added protons would make 
element 94, and so on. There was no way to add 
protons to nuclei, though, until the invention of the 
cyclotron in the early 1930s by American nuclear 
physicist Ernest O. Lawrence (1901-1958) at the 
University of California at Berkeley. The cyclotron 
could speed up protons or ions (charged atoms) of 
other elements to high energies and fire them at 
atoms of uranium (or any other element) like 
machine-gun bullets at a target. In the resulting 
nuclear smashup, maybe some protons from the bullet 
nuclei would stick in some of the hit target nuclei, 
thereby transforming them into nuclei of higher 
atomic numbers. That result is exactly what happened. 
Shooting light atoms at heavy atoms has turned out to 
be the main method for producing even heavier atoms 
far beyond uranium. 


Such processes are called nuclear reactions. Using 
nuclear reactions in cyclotrons and other atom smash- 
ing machines, nuclear chemists and physicists over the 
years have learned a great deal about the atomic 
nucleus and the fundamental particles that make up 
the universe. Making new transuranium elements has 
been only a small part of it. 
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The road beyond uranium 


Like any series of elements, the transuranium ele- 
ments have similarities and differences in their chem- 
ical properties. Also like any other series of elements, 
they must fit into the periodic table in positions that 
match their atomic numbers and electronic structures. 
The transuranium elements are often treated as a fam- 
ily, not because their properties are closely related 
(although some of them are), but only because they 
represent the latest, post-1940 extension of the peri- 
odic table. Uniting them is their history of discovery 
and their radioactivity, more than their chemical 
properties. 


Transuranium elements and the periodic 
table 


Scientists can think of the atomic numbers of 
the transuranium elements as mileposts along a 
Transuranium Highway that begins at uranium (mile- 
post 92) and runs onward into transuranium country 
as far as milepost 116. As one begins the trip at 92, 
however, one realizes that the element is three mile- 
posts into another series of elements that began back 
at milepost 89: the actinides. Actinide Road runs from 
milepost 89 to 103, so it overlaps the middle of the 92 
to 116 transuranium trip. (The road signs between 92 
and 103 read both Actinide Road and Transuranium 
Highway.) 


The actinides and all of the transuranium elements 
fit in periods 6 and 7 on the Periodic Table. The names 
that go along with the symbols of the elements from 93 to 
109 are: Np = neptunium, Pu = plutonium, Am = 
americium, Cm = curium, Bk = berkelium, Cf = cal- 
ifornium, Es = einsteintum, Fm = fermium, Md = 
mendelevium, No = nobelium, and Lr = lawrencium. 
Names for elements 104 to 109 are: Ru = rutherfordium, 
Db = dubnium, Sg = seaborgium, Bh = bohrium, Hs = 
hassium, and Mt = meitnerium. Elements 110 amd 111 
are: Ds = darmstadtium and Rg = Roentgenium. 
Elements 111 to 116 have only been temporarily named 
while they wait to be independently confirmed. Their 
temporary names are: 112 = ununbium, 113 = unun- 
tium, 114 = ununquadium, 115 = ununpentium, and 
116 = ununhexium. (Other super-heavy elements, which 
have been predicted to exist [such as elements 117 and 
118], have yet to be completely created in the laboratory, 
although research continues into the creation of these 
elements.) 


The names of some of the transuranium elements 
and who discovered them have been the subjects of a 
raging battle among the world’s chemists. In one 
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corner of the name-game ring is the International 
Union of Pure and Applied Chemistry (IUPAC), a 
more-or-less official organization that among other 
things makes the rules about how new chemicals 
should be named. In another corner is the American 
Chemical Society (ACS) and most of the American 
and German scientists who discovered transuranium 
elements. The names listed above are the ACS 
recommendations. 


History of the transuranium elements 


In 1940, the first element with an atomic number 
higher than 92 was found, element number 93, now 
known as neptunium. This set off a search for even 
heavier elements. In the 15 years between 1940 and 
1955 eight more were found, going up to atomic num- 
ber 101 (mendelevium). Most of this work was done at 
the University of California laboratories in Berkeley, 
led by nuclear chemists Albert Ghiorso and Glenn 
Seaborg. Since 1955, the effort to find new transura- 
nium elements has continued, although with rapidly 
diminishing returns. As of 1995, 19 transuranium ele- 
ments had been made, ranging up to atomic number 
111. Between 1996 and 2006, another five have been 
discovered but have yet to be confirmed. While the 
first nine transuranium elements were discovered 
within a 15-year period, discovering the last ten took 
almost 40 years. It was not that the experiments took 
that long; they had to await the development of more 
powerful cyclotrons and other ion-accelerating 
machines. This reason is because these transuranium 
elements do not exist on Earth; they have to be made 
artificially in the laboratory. 


The transuranium story began when nuclear fis- 
sion was discovered by German scientists Otto Hahn 
(1879-1968)and Fritz Strassmann (1902-1980) in 
1938. Chemists were soon investigating the hundreds 
of new radioactive isotopes that were formed in fis- 
sion, which spews its nuclear products over half the 
periodic table. In 1940, American scientists Edwin 
M. McMillan (1907-1991) and Philip H. Abelson 
(1913-2004) at the University of California in 
Berkeley found that one of those isotopes could not 
be explained as a product of nuclear fission. Instead, it 
appeared to have been formed by the radioactive 
transformation—rather than the fission—of uranium 
atoms, and that it had the atomic number 93. 


When uranium was bombarded with neutrons, 
some uranium nuclei apparently had become radio- 
active and had increased their atomic number from 
92 to 93 by emitting a (negative) beta particle. (It was 
already known that radioactive beta decay could 
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increase the atomic number of an atom.) Because 
uranium had been named after Uranus, the seventh 
planet from the Sun in Earth’s solar system, the dis- 
coverers named their next element neptunium, after the 
next (eighth) planet. When McMillan and other chem- 
ists at Berkeley, including G. Seaborg, E. Segre, 
A. Wahl, and J. W. Kennedy, found that neptunium 
further decayed into the next higher element with 
atomic number 94, they named it plutonium, after 
the next (ninth) planet, Pluto (since then, Pluto has 
been demoted to a dwarf planet). From there on, new 
transuranium elements were synthesized by using 
nuclear reactions in cyclotrons and other accelerators. 


These experiments become more and more diffi- 
cult as atomic numbers increase. For one thing, if 
scientists to make the next higher transuranium ele- 
ment, they have to have some of the preceding one to 
use as a target, and the world’s supply of that one may 
be only a few micrograms—a very tiny target indeed. It 
is worse than trying to hit a mosquito at 50 yards with a 
BB gun. While the probability of hitting one of these 
target nuclei with a bullet atom is incredibly small, the 
probability is even smaller that one will transform some 
of the nuclei that is hit into a particular higher atomic 
number nucleus, because once a bullet atom crashes 
into a target atom many different nuclear reactions can 
happen. To make matters even worse, the target ele- 
ment is likely to be very unstable, with a half-life of 
only a few minutes. So it is not only an incredibly tiny 
target, it is a rapidly disappearing one. 


The heaviest transuranium elements have, there- 
fore, been made literally one atom at a time. Claims of 
discovery of new transuranium elements have often 
been based on the production of only half a dozen 
atoms. It is no wonder that the three major groups of 
discoverers, Americans, Russians, and Germans, 
have had professional disagreements about who dis- 
covered which element first. When organizations such 
as IUPAC and the ACS get into the act, trying to 
choose a fair name that honors the true discoverers 
of each element, the disagreements can get rather 
heated. 


Cruising the transuranium highway 


Following is a brief sketch of each of the trans- 
uranium elements. Nuclear chemists using incredibly 
ingenious experiments have, in most cases, determined 
the chemical properties of these elements. They often 
work with one atom at a time, and with radioisotopes 
that last only a few minutes. The chemical properties 
of these elements will be omitted, however, because 
they are not available in sufficient quantities to be used 
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Element, transuranium 


in any practical chemical way; only their nuclear prop- 
erties are important. 


Neptunium (93) is named after the planet 
Neptune, the next planet after Uranus, for which ura- 
nium (92) was named. It was discovered in 1940 by 
McMillan and Abelson at the Radiation Laboratory 
of University of California, Berkeley (now called the 
Lawrence Radiation Laboratory), as a product of the 
radioactive decay of uranium after it was bombarded 
with neutrons. The neutrons produced uranium-239 
from the ordinary uranium-238. The resulting ura- 
nium-239 has a half-life of 23.5 minutes, changing 
itself into to neptunium-239, which has a half-life of 
2.35 days. Trace amounts of neptunium actually occur 
on Earth, because it is continually being formed in 
uranium ores by the small numbers of ever-present 
neutrons. 


Plutonium (94) was first found in 1940 by 
Seaborg, McMillan, Kennedy, and Wahl at Berkeley 
as a secondary product of the radioactive decay of 
neutron-bombarded uranium. The most important 
isotope of plutonium is plutonium-239, which has a 
half-life of 24,390 years. It is produced in large quanti- 
ties from the neutron bombardment of uranium-238 
while ordinary nuclear power reactors are operating. 
When the reactor fuel is reprocessed, the plutonium 
can be recovered. This fact is of critical strategic 
importance because plutonium-239 is the major ingre- 
dient in nuclear weapons. 


Americium (95) was named after the Americas 
because europium, which is just above it in the peri- 
odic table, had been named after Europe. It was found 
by Seaborg, James, Morgan, and Ghiorso, in 1944, in 
neutron-irradiated plutonium during the Manhattan 
Project (the atomic bomb project) in Chicago, Illinois. 


Curium (96) was named after French scientist 
Marie Curie (1867-1934), the discoverer of the ele- 
ments radium and polonium and the world’s first 
nuclear chemist, and her husband, French physicist 
Pierre Curie (1859-1906). It was first identified by 
Seaborg, James, and Ghiorso in 1944 after bombard- 
ing plutonium-239 with helium nuclei in a cyclotron. 


Berkelium (97) was named after Berkeley, 
California. Thompson, Ghiorso, and Seaborg discov- 
ered it in 1949, when they bombarded a few milligrams 
of americium-241 with helium ions. By 1962, the first 
visible quantity of berkelium had been produced. It 
weighed three billionths of a gram. 


Einsteintum (99) was named after German— 
American physicist Albert Einstein (1879-1955). It 
was discovered by Ghiorso and his coworkers at 
Berkeley in the debris from the world’s first large 
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thermonuclear (hydrogen bomb) explosion, in the 
Pacific Ocean in 1952. About a hundredth of a micro- 
gram of einsteinium was separated out of the bomb 
products. 


Fermium (100) was named after Italian-American 
physicist Enrico Fermi (1901-1954). It was isolated in 
1952 by Ghiorso, who was working with scientists 
from Berkeley, the Argonne National Laboratory, 
and the Oak Ridge National Laboratory, from the 
debris of a thermonuclear explosion in the Pacific 
Ocean. It was also produced by a group at the Nobel 
Institute in Stockholm by bombarding uranium with 
oxygen ions in a heavy ion accelerator, a kind of 
cyclotron. 


Mendelevium (101) was named after Russian 
chemist Dmitri Mendeleev (1834-1907), originator of 
the periodic table. Ghiorso, Harvey, Choppin, 
Thompson, and Seaborg at Berkeley made it in 1955 
by bombarding einsteinium-253 with helium ions. The 
discovery was based on the detection of only 17 atoms. 


Nobelium (102) was named after Swedish inven- 
tor Alfred Nobel (1833-1896), the discoverer of dyna- 
mite and founder of the Nobel prizes. It was produced 
and positively identified in 1958 by Ghiorso, 
Sikkeland, Walton, and Seaborg at Berkeley, when 
they bombarded curium with carbon ions. It was also 
produced, but not clearly identified as element 102, by 
a group of American, British, and Swedish scientists in 
1957 at the Nobel Institute of Physics in Stockholm. 
IUPAC hastily named the element for the Swedish 
workers. The Berkeley chemists eventually agreed to 
the Swedish name, but not to the Swedes’ credit for 
discovery. Ironically, in 1992 the International Union 
of Pure and Applied Chemistry (IUPAC) and of 
International Union of Pure and Applied Physics 
(IUPAP) credited the discovery of nobelium to a 
group of Russian scientists at the Joint Institute for 
Nuclear Research at Dubna, near Moscow. 


Lawrencium (103) was named for American 
nuclear physicist Ernest O. Lawrence (1901-1958), 
inventor of the cyclotron. It was produced in 1961 by 
Ghiorso, Sikkeland, Larsh, and Latimer at Berkeley 
by bombarding californium with boron ions. 


Many of the identities of the discoverers of ele- 
ments 104 to 116 are tangled in an assortment of very 
difficult experiments performed by different groups of 
scientists. These groups include the American 
Lawrence Radiation Laboratory in Berkeley, the 
German Gesellschaft fiir Schwerionenforschung 
(Institute for Heavy-Ion Research) in Darmstadt, the 
Russian Joint Institute for Nuclear Research in 
Dubna, and the Swedish Nobel Institute of Physics 
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in Stockholm. Other elements have not yet been inde- 
pendently discovered nor confirmed. 


At this time, to name a transuranium element a 
researcher or team of researchers must be certified by 
IUPAC as the discoverers of that element, at which 
time they are free to name the compound. The 
elements 104 through 109 were subject to a naming 
controversy. The originally proposed names of these 
elements by IUPAC were, in order, dubnium, jolio- 
tium, rutherfordium, bohrium, hahnium, and meite- 
rium. The names that appear on the current periodic 
table are, in order, rutherfordium (Rf), dubnium (Db), 
seaborgium (Sg), bohrium (Bh), hassium (Hs), and 
meitnerium (Mt). 


A particular controversy among these elements 
involved element 106 that researchers at Berkeley 
were credited with discovering by IUPAC. Following 
historical convention, the Berkeley researchers were 
free to name the element. They chose to name it sea- 
borgium, after Glenn T. Seaborg who contributed to 
the element’s discovery. IUPAC ignored the recom- 
mendations of the discoverers and suggested the name 
rutherfordium for element 106. A vote of the IUPAC 
Council in August 1995 resolved the issue, and now 
element 104 is called rutherfordium and element 106 is 
called seaborgium. 


The end of the road? 


The Transuranium Highway would appear to be 
coming to a dead end for two reasons. Chemists do not 
have large enough samples of the heaviest transura- 
nium elements to use as targets in their cyclotrons, and 
the materials are so radioactive anyway that they only 
last for seconds or at most a few minutes. 


Element 110 has been made by a slightly different 
trick—shooting medium-weight atoms at each other. 
The nuclei of these atoms can fuse together, and hope- 
fully stick, to make a nucleus of a transuranium ele- 
ment. In spite of this gloomy picture, nuclear chemists 
are trying very hard to make much heavier, superheavy 
elements. There are theoretical reasons for believing 
that they would be more stable and would stick 
around much longer. The Transuranium Highway 
may be still under construction. 
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Elementary particles see Subatomic particles 


[ Elements, formation of 


Elements are identified by the number of protons 
in the nuclei of their atoms. For example, an atom 
having six protons in its nucleus is carbon, and one 
having 26 protons is iron. There are over 80 naturally 
occurring elements, with uranium (92 protons) being 
the heaviest (heavier nuclei have been produced in 
reactors). Nuclei also contain certain neutrons, usu- 
ally in numbers greater than the number of protons. 
The number of neutrons in the atoms of a given ele- 
ment varies. 


Heavy elements can be formed from light ones by 
nuclear fusion reactions; these are nuclear reactions in 
which atomic nuclei merge together. The simplest 
reactions involve hydrogen, whose nucleus consists 
only of a single proton, but other fusion reactions, 
involving mergers of heavier nuclei, are also possible. 
When the universe formed in an initial state of very 
high temperature and density, the big bang, the first 
elements to exist were the simplest, primarily hydro- 
gen and helium (two protons). But we, and Earth, and 
all other objects including elements other than hydro- 
gen and helium, are made of heavier elements, so a 
major question for scientists is how these heavier ele- 
ments were created. 


During the formation of the universe in the big 
bang, only the lightest elements were formed: hydro- 
gen, helium, lithium, and beryllium. Hydrogen and 
helium dominated; lithium and beryllium were only 
made in trace quantities. The other 88 elements found 
in nature were created in nuclear reactions in the 
hearts of stars and in the huge stellar explosions 
known as supernovas. Stars like the sun and planets 
like Earth containing elements other than hydrogen 
and helium could only form after the first generation 
of massive stars exploded as supernovas, and scattered 
the atoms of heavy elements throughout the galaxy to 
be recycled. 
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Elements, formation of 


History 


The first indications that stars manufacture ele- 
ments by nuclear reactions came in the late 1930s when 
Hans Bethe and C. F. von Weizsdcker independently 
deduced that the energy source for the sun and stars 
was nuclear fusion of hydrogen in a process that 
formed helium. They received the Nobel Prize in 
physics for this work. 


George Gamow championed the big bang theory 
in the 1940s. Working with Ralph Alpher, he devel- 
oped the theory that the elements formed during the 
big bang. With Robert Herman in the early 1950s, the 
pair used early computers to try to work out in detail 
how all the elements could have been formed during 
this cataclysmic period. The attempt was unsuccessful, 
but was one of the first large scientific problems to be 
tackled by computer. 


Astronomers now realize that heavier elements 
could not have been formed in the big bang. The prob- 
lem was that the universe cooled too rapidly as it 
expanded, and the extremely high temperatures required 
for nuclear reactions to occur did not last long enough 
for the creation of elements heavier than lithium or 
beryllium. By the time the universe had the raw materi- 
als to form the heavier elements, it was too cool. 


In 1957, Margaret Burbidge, Geoffery Burbidge, 
William Fowler, and Fred Hoyle (referred to as B7FH) 
published a monumental paper in which they outlined 
the specific nuclear reactions that occur in stars and 
supernovas to form the heavy elements. Fowler 
received the 1983 Nobel Prize in physics for his role 
in understanding nuclear processes in stars. 


Formation of elements 


During most of their lives, stars fuse hydrogen 
into helium in their cores, but the fusion process rarely 
stops at this point; most of the helium in the universe 
was made during the initial big bang. When the star’s 
core runs out of hydrogen, the star begins to die out. 
The processes that occur during this period form the 
heavier elements. 


The dying star expands into a red giant star. A 
typical red giant at the sun’s location would extend to 
roughly Earth’s orbit. The star now begins to manu- 
facture carbon atoms by fusing three helium atoms. 
Occasionally a fourth helium atom combines to pro- 
duce oxygen. Stars of about the sun’s mass stop with 
this helium burning stage and collapse into white 
dwarfs about the size of Earth, expelling their outer 
layers in the process. Only the more massive stars play 
a significant role in manufacturing heavy elements. 
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Massive stars become much hotter internally than 
stars like the sun, and additional reactions occur after 
all the hydrogen in the core has been converted to 
helium. At this point, massive stars begin a series of 
nuclear burning, or reaction, stages: carbon burning, 
neon burning, oxygen burning, and silicon burning. In 
the carbon burning stage, carbon undergoes fusion 
reactions to produce oxygen, neon, sodium, and mag- 
nesium. During the neon burning stage, neon fuses 
into oxygen and magnesium. During the oxygen burn- 
ing stage, oxygen forms silicon and other elements that 
lie between magnesium and sulfur in the periodic 
table. These elements, during the silicon burning 
stage, then produce elements near iron on the periodic 
table. 


Massive stars produce iron and the lighter ele- 
ments by the fusion reactions described above, as 
well as by the subsequent radioactive decay of unsta- 
ble isotopes. Elements heavier than iron are more 
difficult to make, however. Unlike nuclear fusion of 
elements lighter than iron, in which energy is released, 
nuclear fusion of elements heavier than iron requires 
energy. Thus, the reactions in a star’s core stop once 
the process reaches the formation of iron. 


Manufacturing heavy elements 


How then are elements heavier than iron made? 
There are two processes, both triggered by the addi- 
tion of neutrons to atomic nuclei: the s (slow) process 
and the r (rapid) process. In both processes, a nucleus 
captures a neutron, which emits an electron and 
decays into a proton, a reaction called a beta decay. 
One proton at a time, these processes build up ele- 
ments heavier than iron. Some elements can be made 
by either process, but the s process can only make 
elements up to bismuth (83 protons) on the periodic 
table. Elements heavier than bismuth require the r 
process. 


The s process occurs while the star is still in the red 
giant stage. This is possible because the reactions cre- 
ate excess energy, which keeps the star stable. Once 
iron has formed in the star’s core, however, further 
reactions suck heat energy from the core, leading to 
catastrophic collapse, followed by rebound and explo- 
sion. The r process occurs rapidly when the star 
explodes. 


During a supernova, the star releases as much 
energy as the sun does in 10 billion years and also 
releases the large number of neutrons needed for the 
r process, creating new elements during the outburst. 
The elements that were made during the red giant 
stage, and those that are made during the supernova 
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KEY TERMS 


Beta decay—the splitting of a neutron into a pro- 
ton and an electron. 


Fusion—The conversion of nuclei of two or more 
lighter elements into one nucleus of a heavier 
element. 


r process—Rapid process, the process by which 
some elements heavier than iron are made in a 
supernova. 


Red giant—An extremely large star that is red 
because of its relatively cool surface. 


s process—Slow process, the process by which 
some elements heavier than iron are made in a 
red giant. 


explosion, are spewed out into space. The atoms are 
then available as raw materials for the next generation 
of stars, which can contain elements that were not 
made during the big bang. These elements are the 
basic materials for life as we know it. During their 
death throes, massive stars sow the seeds for life in 
the universe. We are made from the ashes of stellar 
explosions. 


See also Cosmology; Nuclear fission; Stellar 
evolution. 
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l Elephant 


Elephants are large, four-legged, herbivorous 
mammals. They have a tough, almost hairless hide, a 
long flexible trunk, and two ivory tusks growing from 
their upper jaw. Two—or, according to some elephant 
specialists, three—species of elephant exist today, the 
African elephant (Loxodonta africana) and the Asian or 
Indian elephant (Elephas maximus). There are two sub- 
species of African elephant, the African bush elephant 
(Loxodonta africana africana) and the African forest 
elephant (Loxodonta africana cyclotis), but scientists 
increasingly believe that the African forest elephant 
should be treated as a separate species (Loxodonta 
cyclotis). 


African elephants are the largest of all land ani- 
mals, weighing up to 5 tons. Bush elephants inhabit 
grassland and savanna, while forest elephants live in 
tropical rainforest. Asian elephants are widely domes- 
ticated, with the few surviving wild elephants living 
mainly in forest and woodland. Field workers have 
differing opinions of the life span of elephants, some 
estimating between 60 and 80 years while others sug- 
gesting more than 100 years. 


Evolution 


Elephants are placed within the suborder 
Elephantoidea, in the order Proboscidea. The first 
identifiable ancestors of today’s elephants were small 
animals that lived 50-70 million years ago and stood 
about 2 ft (0.75 m) tall. The suborder Elephantoidea 
originated in North Africa long before that region 
became extensively desertified, and from there ele- 
phants spread to every continent except Australia 
and Antarctica. The group once included three fami- 
lies, several genera, and hundreds of species. 
Mammoths and mastodons also belonged to the sub- 
order Elephantoidea, but these species became extinct 
about 10,000 years ago. 


About 400,000 years ago Asian elephants inhab- 
ited a much wider range than they do today, including 
Africa. This species now survives only in southern 
Asia, from India to Sumatra and Borneo. The single 
species of Asian elephant has three subspecies: Elephas 
maximus maximus of Sri Lanka, E. m. indicus of India, 
Indochina, and Borneo, and EF. m. sumatranus of 
Sumatra. African elephants only ever existed in 
Africa, appearing in the fossil record about four mil- 
lion years ago. As recently as only a hundred years 
ago, some 10 million African elephants inhabited that 
continent. By 1999, however, their numbers were 
reduced by overhunting to only about 300,000. 
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An African elephant (Loxodonta africana) in Amboseli National Park, Kenya. (Malcolm Boulton. The National Audubon Society 
Collection/Photo Researchers, Inc.) 


Body 


Asian and African elephants can be distinguished 
by the shape of their backs, the Asian having a convex, 
gently sloping back and the African a concave or 
saddle-shaped one. Male elephants (or bulls) are 
much larger than females (cows), being 20-40% taller 
and up to 70% heavier. The average African adult bull 
weighs about 5 tons and measures about 8 ft (2.4 m) to 
the shoulder. The largest elephant on record was a 
magnificent bull, now mounted as a specimen in the 
Smithsonian Museum in Washington, DC, standing a 
massive 13 ft 2 in (4 m) at the shoulder. 


Skin texture varies from the tough, thick, 
wrinkled, folds on the back and forehead, to the soft, 
thinner, pliable skin of the breast, ears, belly, and 
underside of the trunk. The tough skin bears a few, 
scattered, bristly hairs, while the thinner skin on the 
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trunk, chin, ear rims, eyelids, knees, wrists, and tip of 
the tail has somewhat thicker hair. Daily skin care 
includes showers, dusting with sand, and full-bodied 
mud-packs which are later rubbed off against a tree or 
boulder, removing dead skin as well. These activities 
help to keep the skin moist, supple, protected from the 
sun and insects, and also aid in keeping the animal 
cool. 


Limbs 


Supporting the elephant’s massive body are four 
sturdy, pillarlike legs. Although the back legs are 
slightly longer than the front legs, the high shoulder 
makes the forelimbs look longer. The back legs have 
knees with kneecaps, while the front leg joints are 
more like wrists. Elephants kneel on their “wrists,” 
stand upright on their back legs, sit on their haunches, 
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Female elephant and her calf eating grass. (© Frans Lanting/ 
Corbis.) 


and can be trained to balance on their front feet. The 
feet have thick, spongelike pads with ridged soles that 
act as shock absorbers and climbing boots, helping 
these sure-footed animals to ascend embankments 
and negotiate narrow pathways with amazing dexter- 
ity. The African species has four toenails on its round 
front feet, and three on its oval-shaped back feet; the 
Asian species has five toes on the front feet and four on 
the back feet. In spite of their size, elephants can move 
quickly, but cannot make sustained runs, as all four 
feet are never off the ground at one time. Elephants 
often doze on their feet, but sleep lying down for about 
one to three hours at night. 


Head 


Elephants have a large skull which supports the 
massive weight of their tusks. The size and shape of the 
skull helps distinguish between African and Asian 
elephants and between females and males. Asian 
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elephants have a high, dome-shaped forehead while 
African elephants display a lower, more gently angled 
forehead. Heads of the males are larger in both species. 
Also in both species, the neck is short, making the 
head relatively immobile. To see behind, elephants 
must move their entire body. They display excited, 
restless behavior and turn quickly when detecting 
unfamiliar sounds or smells from the rear. 


Mouth and trunk 


Elephants have a small mouth and a large, mobile 
tongue which cannot extend past the short lower lip. 
Contributing to the elephant’s unique appearance is its 
long, strong, flexible trunk, which is a fusion and elon- 
gation of the nose and upper lip. The trunk, with no 
bones and more than 100,000 muscles, is so strong and 
flexible it can coil like a snake around a tree and uproot 
it. At the end of this mighty “limb,” which trails on the 
ground unless curled up at the end, are two nostrils and 
flexible fingerlike projections. The tip is so sensitive and 
dexterous it can wipe a grain of sand from the ele- 
phant’s eye and detect delicate scents blowing in the 
breeze. Using this remarkable appendage, an elephant 
can feed by plucking grass from the ground, or foliage 
from a tree, placing it in its mouth. Water drawn up the 
trunk may be squirted into the mouth for drinking, or 
sprayed over the body for bathing and cooling. Loud 
trumpeting sounds and soft, affectionate murmurs can 
echo through the trunk. The trunk is also used to 
tenderly discipline, caress, and guide young offspring, 
to stroke the mate, to fight off predators, and to push 
over trees during feeding. The trunk is clearly an essen- 
tial organ. It is also sometimes the object of attack by an 
enemy, and damage to it causes extreme pain and can 
lead to death. 


Teeth 


The tusks of elephants begin as two front teeth 
which drop out after about a year. In their place grow 
ivory tusks that eventually protrude from beneath the 
upper lip. The tusks of female Asian elephants, how- 
ever, remain short and are barely visible. Male African 
elephants grow the largest tusks, the longest recorded 
measuring approximately 137 in (348 cm) and weigh- 
ing over 220 lb (100 kg) each. Today, however, tusks 
are much smaller in wild elephants because most of the 
older animals have been slaughtered for their ivory. 
Although there are variations, the long, cylindrical 
tusks grow in a gradual upward curve, somewhat 
resembling the sliver of a new moon. Elephants use 
their tusks as weapons in combat, and to dig up roots, 
strip bark off trees, lift objects, and (for females) to 
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establish feeding dominance. Tusks continue to grow 
throughout an animal’s life at an average of about 5 in 
(12.7 cm) a year; however, their length is not an accu- 
rate measure of the animals age, as the tips wear and 
break with daily use and during combat. 


Elephants have large, grinding, molar teeth which 
masticate (chew and grind) their plant diet with a 
backward-forward jaw action. These teeth fall out 
when worn down, and are replaced by new, larger 
teeth. During its lifetime, an elephant may grow 24 
of these large molar teeth, each weighing up to 9 Ib 
(4 kg) in older animals. Only four teeth, two on each 
side of the jaw, are in use at any one time. As the teeth 
wear down, they move forward; the new teeth grow 
from behind and the worn teeth drop out. This pattern 
repeats up to six times over the elephant’s lifetime, and 
the most common method of determining an ele- 
phant’s age is by tooth and jaw examination. Once 
all of its teeth have fallen out, an elephant can no 
longer chew its food, and will soon die. 


Ears 


One astute elephant observer noted that “the ears 
of Asian elephants are shaped like India, and African 
elephants like Africa!” The ears of African elephants 
are much larger than those of Asian elephants, and the 
ears of the African bush elephants are larger than 
those of the forest elephants. African elephants cool 
themselves off by fanning with their ears and, con- 
versely, in extreme cold elephants must increase their 
activity level to produce enough body heat to prevent 
their ears being frostbitten. Elephants have a keen 
sense of hearing, and spread their ears wide to pick 
up distant sounds; the spread-out ears also intimidate 
enemies by making the elephants appear larger. 


Eyes 


The eyes of elephants are about the same size as a 
human’s. The eyes are usually dark brown, with upper 
and lower lids, and long eyelashes on the upper lid. 
With one eye on either side of their head elephants 
have a wide visual field, although their eyesight is 
relatively poor, particularly in bright sunlight. 


Social behavior 


Few animals other than humans have a more 
complex social network than elephants, which field 
biologists are just beginning to decipher. These out- 
going, emotionally demonstrative animals rarely fight 
among themselves and peacefully coexist with most 
other animals. Elephants give and receive love, care 
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intensely for their young, grieve deeply for their dead, 
get angry, show fear, and are thought to be more 
intelligent than any other animals except the higher 
primates. 


Group structure 


Each elephant troop has its own home range, but 
territorial fights are rare even though ranges often 
overlap. While several hundred elephants may roam 
a similar range, small “kin groups” form between 
female relatives. The leader of each group is a 
respected older female with years of accumulated 
knowledge. This matriarch is the mother and grand- 
mother of other members but sometimes allows her 
sisters and their offspring to join the group. Once a 
male reaches maturity, he is forced to leave. The entire 
group looks to the matriarch for guidance, particu- 
larly in the face of danger. Her actions, based on her 
superior knowledge, will determine whether the group 
flees or stands its ground. Young members learn from 
their elders how to find water and food during 
drought, when to begin travel and where to go, and 
many other survival skills. This knowledge is passed 
on from generation to generation. 


Once a male elephant reaches sexual maturity at 
12 years or older, the matriarch no longer tolerates 
him in the group. He will then live mostly alone or 
perhaps join a small, loosely knit group of other males. 
Bull elephants seldom form long-term relationships 
with other males, but often one or two young males 
accompany an old bull, perhaps to learn from him. 
Bulls often spar with each other to establish a domi- 
nance hierarchy. Elephants have an excellent memory; 
once a social hierarchy is established, the same two 
elephants not only recognize each other, even after 
many years, but know which one is dominant. This 
way, they avoid fighting again to reestablish domi- 
nance. After about 25 years of age, male elephants 
experience annual periods of heightened sexuality 
called “musth,” which lasts about a week in younger 
animals and perhaps three or four months as they near 
their 50s. During this time they aggressively search out 
females and challenge other bulls, sometimes even 
causing more dominant males to back down. 
Different bulls come into musth at different times of 
the year; however, two well-matched bulls in musth 
may fight to the death. 


Mating 


Female elephants come into estrus (heat), mark- 
ing ovulation and the ability to get pregnant, for only a 
few days each year. Because the mating season is short, 
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mature female elephants are never far from adult 
males. The scent of a female elephant in estrus attracts 
male bulls. A receptive female will hold her head high, 
producing a low, rumbling invitation as she leaves her 
group and runs quickly across the plains chased by the 
bulls. It appears she actually chooses her mate, for she 
seldom stops for a young bull but slows down for a 
larger, dominant male who, once she allows him to 
catch her, gently rests his trunk across her back in a 
caress. They may mate several times, and he may stay 
with her until the end of her estrus, warding off other 
bulls and fighting if necessary. She may, however, 
mate with others. Because males play no part in raising 
the young and are not needed to protect the mother or 
baby, their role appears to be purely reproductive. 


At the end of estrus, the cow returns to her group 
and the male goes off in search of another mate. The 
gestation period of female elephants lasts for 22 
months, longer than any other animal. Pregnancies 
are spaced from three to nine years apart. There is 
usually only one offspring, but twin births do occur 
and both calves may survive under favorable condi- 
tions. There is much excitement in the group during a 
birth, and another female almost always tends to the 
birthing mother. An adult female and her sexually 
immature offspring are a “family unit” within the 
group. However, females assist each other in raising 
the young, with one mother even sometimes nursing 
the calf of another. In general, females reach sexual 
maturity between the age of 12 to 15 years and, over the 
course of 60 years, will bear from five to 15 offspring. 


Communication 


Elephants teach and learn by behavioral examples 
and “talk” with vocalized sounds that can be described 
as screams, trumpets, growls, and _ rumbles. 
Originating from the throat or head, these calls can 
signal danger and express anger, joy, sadness, and 
sexual invitation. An animal separated from its family 
will make “contact rumbles,” which are low, vibrating 
sounds that can be heard at great distances. Once 
reunited, the family engages in a “greeting ceremony,” 
reserved strictly for close relatives, in which excited 
rumbling, trumpeting, touching of trunks, urinating, 
and defecating occurs. Vocal sounds range from high- 
pitched squeaks to extremely powerful infrasonic 
sounds of a frequency much lower than can be heard 
by the human ear. 


Death 


Elephants mourn deeply for their dead and often 
cover them with leaves, dirt, and grass. An animal will 
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stand over the body of a dead loved one, gently rock- 
ing back and forth as other animals caress the mourner 
with their trunks. One field-biologist watching such a 
display wrote: “This isn’t just a dead elephant; it is a 
living elephant’s dead relative or friend.” 


Habitat and food 


Because of their high intelligence level, elephants 
can adapt to and modify habitat, while their wide 
range of food choices permits habitation of a diverse 
range of ecosystems, including forest, woodland, 
savanna, grassy plains, swampy areas, and sparsely 
vegetated desert. Unfortunately, because of massive 
poach-ing for ivory and the destruction of much of 
the elephant’s natural habitat, most African elephants 
are now restricted to the protection of national parks. 
Not so long ago, however, they freely followed age-old 
seasonal migration routes from one habitat to another. 


Elephants need massive quantities of food, perhaps 
300-350 Ib (136-159 kg) a day, although proportional 
to their body-weight elephants eat less than mice. The 
diet of elephants includes roots, bark, grass, leaves, 
berries, seedpods, and other fruits. Elephants will 
uproot trees to obtain tasty treats from the top, or 
delicately pluck a single berry from a_ branch. 
Elephants never roam far from water, and will travel 
great distances in search of it. They may drink up to 50 
gal (189 1) of water a day, and after drinking their fill, 
will splash themselves with water and mud, wash their 
young, and sometimes just frolic, tossing and squirting 
water about while their young splash, play, and roll in 
the mud. Surprisingly, populations of these water- 
loving creatures may inhabit desert areas, using their 
tusks and trunk to dig for water under dry riverbeds. 
The knowledge of where to find water is handed down 
from one generation to another. 


The future 


Only a few surviving elephant herds remain in the 
wild. In Asia, elephants are venerated. However, they 
are also highly valued as domestic animals for work 
and transport and most tamed animals must be cap- 
tured from the wild (although there has been recent 
progress in captive breeding). One-third of the surviv- 
ing 35,000 Asian elephants are now in captivity, and 
the survival of all wild herds is endangered. 


The combination of habitat loss and ivory poach- 
ing have made the African elephants endangered. 
Ivory has been traded for thousands of years, but 
this commercial activity escalated dramatically after 
the middle of the twentieth century. During the 1980s, 
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about 100,000 elephants were being slaughtered each 
year, their tusks ending up as billiard balls, piano keys, 
jewelry, and sculptures. The oldest males, bearing the 
biggest tusks, were killed first, but as their population 
diminished, younger males and females were also 
slaughtered, leaving young calves to grieve and usually 
die of starvation. 


The unsustainable “elephant holocaust” was 
brought to public attention in the 1970s and bitter 
battles have ensued between government authorities, 
ivory traders, and conservationists. Not until 1989 was 
a ban imposed on the international trading in elephant 
ivory. This was enacted by the Convention on the 
International Trade in Endangered Species of Wild 
Flora and Fauna (or CITES). In the early 1990s, 
elephant kills in Kenya and other African countries 
dropped to almost zero, but by then the total surviving 
population of elephants had been reduced to an 
extremely low level. Today, elephants are worth 
more alive than dead in some regions, where local 
ivory prices have crashed from $30 a kilogram to $3, 
while tourists coming to see elephants and other wild- 
life bring hard currency to African governments, total- 
ing more than $200 million a year. 


However, the international ban on trading ele- 
phant ivory is extremely controversial, and there are 
strong calls to partially lift it. This is mostly coming 
from South Africa, Zimbabwe, and other countries of 
southern Africa. Effective conservation efforts in that 
region have resulted in relatively large elephant pop- 
ulations in comparison with the natural areas that are 
available to support the herds, so that habitat damage 
is being caused. In fact, some of these countries engage 
in legal culls of some of their elephants, to ensure that 
the population does not exceed the carrying capacity 
of the available habitat. These countries also believe 
that they should be able to harvest their elephants at a 
sustainable rate, and to sell the resulting ivory in Asian 
markets, where the price for legal ivory is extremely 
high. This seems to be a sympathetic goal. In fact, 
CITES has decided to make limited trade exceptions; 
in April 1999, Zimbabwe held an auction for 20 tons of 
legal ivory, all of which was purchased by Japanese 
dealers. These relatively small, closely monitored sales 
of legal ivory from southern Africa will now probably 
occur periodically. 


Unfortunately, it is extremely difficult to separate 
“legal” and “illegal” ivory in the international market- 
place, and some people feel that this partial lifting of 
the ban could result in greater poaching activity in 
countries where elephant populations remain peril- 
ously small. The real problem, of course, is that the 
growing human population and its many agricultural 
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Estrus—A condition marking ovulation and sexual 
receptiveness in female mammals. 


Musth—A period of heightened sexuality and 
aggressiveness in mature bull elephants. 


and industrial activities are not leaving enough habitat 
for elephants and other wild creatures, resulting in the 
endangerment of many species. 
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| Elephant shrews 


Elephant shrews or sengis are relatively small 
mammals in the family Macroscelididae, order 
Macroscelidea. Elephant shrews have a characteristic 
long, narrow snout that is broad at the base, and very 
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An elephant shrew (Elephantulus rozeti). (© Tom McHugh, 
National Audubon Society Collection/Photo Researchers, Inc.) 


sensitive and flexible but not retractile. This snout is 
movable in circular manner at the base, and has nos- 
trils at the end. There are four genera with some 15 
species of elephant shrews, living in continental Africa 
and on the island of Zanzibar. Elephant shrews live in 
thorn bush country, grassy plains, thickets, the under- 
growth of forests, and on rocky outcrops. 


The head and body length is 3.7-12.3 in 
(9.5-31.5 cm) and the tail 3.1—-10.3 in (8—26.5 cm). The 
tail is usually slender and covered with bristles, which 
may be rough at the underside and terminating in knobs. 
There is a naked black musk gland under the tail which 
secretes a highly scented substance, especially in females. 
The body is covered with soft fur which is lacking on the 
rump. The two bones of the hind legs are joined. The feet 
have four or five toes, and the hands have five fingers. 
The females have two or three pairs of nipples. 


The elephant shrews are active mainly in daytime, 
but in hot weather they may be nocturnal. These ani- 
mals may hide during the day when harassed by diur- 
nal predators, but are often seen sun bathing. They 
reside singly or in pairs in burrows, ground depres- 
sions, rock crevices, and in the crevices of termite 
mounds. Burrows of rodents are occasionally used. 
When running, elephant shrews leave runways with a 
broken appearance because of their jumping locomo- 
tion which is like a bouncing ball, running on their 
hind legs, with the tail extended upward. 


The smaller species of elephant shrews feed on ants, 
termites, and slender shoots, roots, and berries, while 
some larger species prefer beetles. The members of the 
genus Elephantulus and Rhynchocyon produce squeaks, 
while Petrodromus make cricket-like calls. Elephantulus 
and Petrodromus rap their hind feet when nervous or to 
give an alarm. Species of Petrodromus and Rhynchocyon 
are known to beat their tails on the ground. 
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Gestation takes about two months and one or two 
young are born relatively large and well developed, 
fully covered with fur and with eyes open at birth or 
soon after. There is a short nursing period and ele- 
phant shrews become sexually mature at five to six 
weeks of age. The life span in the wild is probably 18 
months or less, but captive North African elephant 
shrews lived 40 months. Some larger elephant shrews, 
such as Petrodromus tetradactylus and Rhynchocyon 
chrysopygus, are snared and eaten by natives. 


See also Shrews. 


l Elephant snout fish 


Elephant snout or elephantnose fish belong to a 
diverse group of fishes that comprise the family 
Mormyridae. All are freshwaterspecies that are con- 
fined to tropical parts of the African continent. Some 
150 species have been described so far. The group takes 
its common or English name from the animals’ 
extended snout. This adaptation is taken to the extreme 
in the genus Gnathonemus, which has a pendulous, 
trumpet-shaped snout. This species, like many other 
in the genus, feeds almost exclusively on small crusta- 
ceans. In some species, the snout is so modified that it 
possesses only a tiny mouth equipped with just a few, 
but relatively large, teeth. In some species the “trunk” is 
pendulous, while in others it may be held straight out 
from the head. Although this adaptation may, at first 
sight appear at odds to a predatory fish, because these 
animals often frequent muddy waters, this slender, 
highly tactile snout is ideally suited for detecting and 
grasping small prey that hide in vegetation or amongst 
rubble or mud on the base of streams and lakes. 


All mormyroid fish possess specialized electric 
organs, a feature that is not unusual in species living 
in either deep or gloomy waters. In the elephant snout 
fish, this feature is probably related to helping the fish 
to move around and avoid obstacles, as well as assist- 
ing with the location of prey. By emitting a series of 
short, pulsed electrical signals, the fish is able to detect 
and avoid obstacles. In the same way, it can detect 
and pinpoint living animals that also give off a small 
electric field. In this way they are able to identify 
potential food items and avoid conflict with other 
electric-producing snout fish. Members of the family 
Mormyridae probably constitute the most diverse 
group of electric fishes; most swim by synchronous 
movements of the opposite dorsal and anal fins, 
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thereby keeping the electric organs arranged along the 
sides of the body in perfect alignment with the body. 


i Elephantiasis 


Elephantiasis is an extreme symptom of human 
infection by a type of roundworm or nematode. It 
involves massive swelling of a limb or of the scrotum. 
The leg of an individual suffering from elephantiasis 
can become enlarged to two or three times normal 
diameter. 


The disease or infection that causes elephantiasis 
is lymphatic filariasis, an important parasitic infection 
(a parasite is any organism that survives by living 
within another organism) in Africa, Latin America, 
the Pacific Islands, and Asia. It infects about 250 
million individuals (more than the number suffering 
from malaria). At one time, there was a small focus of 
infection that occurred in South Carolina, but this 
ended in the 1920s. 


How lymphatic filariasis is spread 


Lymphatic filariasis is caused by infestation by 
one of three nematodes (Wucheria bancrofti, Brugia 
malayi, or Brugia timori). These nematodes are spread 
to humans through mosquito bites. The mosquitoes 
are considered vectors, meaning that they spread the 
nematode, and therefore the disease. Humans are con- 
sidered hosts, meaning that actual reproduction of the 
nematode occurs within the human body. 


The nematode has a rather complicated life cycle. 
The larval form lives within the mosquito, and it is this 
form that is transmitted to humans through the bite of 
an infected mosquito. The larvae pass into the human 
lymphatic system, where they mature into the adult 
worm. Adult worms living within the human body 
produce live offspring, known as microfilariae, which 
find their way into the bloodstream. 


Microfilariae are released into the bloodstream 
primarily during the night, a property called nocturnal 
periodicity. Therefore, the vectors (carriers) of filaria- 
sis, which deliver the infective worm larvae to the 
human host, tend to be the more nocturnal (active at 
night) species of mosquito. 


Symptoms and progression of filarial disease 


The majority of the suffering caused by filarial 
nematodes occurs because of blockage of the 
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Elephantiasis. (C. James Webb. Phototake NYC.) 


lymphatic system. The lymphatic system is made up 
of a network of vessels that drain tissue fluid from all 
the major organs of the body, including the skin, and 
from all four limbs. These vessels pass through lymph 
nodes on their way to empty into major veins at the 
base of the neck and within the abdomen. While it was 
originally thought that lymph flow blockage occurred 
due to the live adult worms coiling within the lym- 
phatic vessels, it is now thought that the worst obstruc- 
tions occur after the adult worms die. 


While the worm is alive, the human immune sys- 
tem attempts to rid itself of the foreign invader by 
sending a variety of cells to the area, causing the 
symptoms of inflammation (redness, heat, swelling) 
in the infected node and lymph channels. The skin 
over these areas may become thickened and rough. 
In some cases, the host will experience systemic symp- 
toms as well, including fever, headache, and fatigue. 
This complex of symptoms lasts seven to ten days, and 
may reappear as often as ten times in a year. 
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After the worm’s death, the inflammatory process 
is accelerated, and includes the formation of tough 
fibrous tissue that ultimately blocks the lymphatic 
vessel. Lymph fluid cannot pass through the blocked 
vessel, and the fluid backup results in swelling 
(also called edema) below the area. Common areas to 
experience edema are arms, legs, and the genital area 
(especially the scrotum). These areas of edema are also 
prone to infection from bacterial agents. When 
extreme, lymphatic obstruction to vessels within the 
abdomen and chest can rupture those vessels, spilling 
lymph fluid into the abdominal and chest cavities. 


An individual who picks up filarial disease while 
traveling does not tend to experience the more extreme 
symptoms of elephantiasis that occur in people who 
live for longer periods of time in areas where the 
disease is common. It is thought that people who live 
in these areas receive multiple bites by infected mos- 
quitoes over a longer period of time, and are therefore 
host to many, many more nematodes than a traveler 
who is just passing through. The larger worm load, as 
the quantity of nematodes present within a single 
individual is called, contributes to the severity of the 
disease symptoms suffered by that individual. 


Diagnosis 


An absolutely sure diagnosis (called a definitive 
diagnosis) of filarial disease requires that the actual 
nematode be identified within body tissue or fluid 
from an individual experiencing symptoms of infec- 
tion. This is not actually easy to accomplish, as the 
lymph nodes and vessels in which the nematodes dwell 
are not easy to access. Sometimes, blood samples can 
be examined to reveal the presence of the microfilar- 
iae. Interestingly enough, because of the nocturnal 
periodicity of these microfilariae, the patient’s blood 
must be drawn at night to increase the likelihood of the 
sample actually containing the parasite. 


Many times, however, diagnosis is less sure, and 
relies on the patient’s history of having been in an area 
where exposure to the nematode could have occurred, 
along with the appropriate symptoms, and the presence 
in the patient’s blood of certain immune cells which 
could support the diagnosis of filarial disease. 


Treatment 


A drug called diethylcarbamazine (DEC) is quite 
effective at killing the microfilariae as they circulate in 
the blood, and injuring or killing some of the adult 
worms within the lymphatic vessels. An individual 
may require several treatment with DEC, as any 
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KEY TERMS 


Host—An animal or plant within which a parasite 
lives. 


Microfilariae—Live offspring produced by adult 
nematodes within the host’s body. 


Nocturnal—Occurring at night. 


Periodicity—The regularity with which an event 
occurs. 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


adult worms surviving the original DEC treatment 
will go on to produce more microfilariae offspring. 


As the nematodes die, they release certain chem- 
icals that can cause an allergic-type reaction in the 
host, so many individuals treated with DEC will also 
need treatment with potent anti-allergy medications 
such as steroids and antihistamines. Tissue damage 
caused by elephantiasis is permanent, but the extreme 
swelling can be somewhat reduced by surgery or the 
application of elastic bandages or stockings. 


Prevention 


Prevention of lymphatic filariasis is very difficult, if 
not impossible, for people living in the areas where the 
causative nematodes are commonly found. Travelers to 
such areas can minimize exposure to the mosquito 
vectors by using insect repellant and mosquito netting. 
Work is being done to determine whether DEC has any 
use as a preventive measure against the establishment 
of lymphatic filariasis. 


See also Roundworms. 
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| Elevator 


An elevator is an enclosed car that moves in a 
vertical shaft between the multi-story floors of a build- 
ing carrying passengers or freight. In England, it is 
called a lift. All elevators are based on the principle 
of the counterweight. Modern elevators also use 
geared, electric motors and a system of cables and 
pulleys to propel them. It is the world’s most often 
used means of mechanical transportation, and it is 
also the safest. The elevator has played a crucial role 
in the development of the high-rise or skyscraper. It is 
largely responsible for how cities look today. 
Sometimes also called vertical transport systems in 
the elevator industry, it has become an indispensable 
factor of modern urban life. 


History 


Lifting loads by mechanical means goes back at 
least to the Romans who used primitive hoists oper- 
ated by human, animal, or water power during their 
ambitious building projects. An elevator employing a 
counterweight is said to have been built in the seven- 
teenth century by a Frenchman named Velayer. It was 
also in that country that a passenger elevator was built 
in 1743 at the Versailles Palace for King Louis XV. By 
1800, steam power was used to power such lift devices, 
and in 1830, several European factories were operat- 
ing with hydraulic elevators that were pushed up and 
down by a plunger that worked in and out of a 
cylinder. 


All of these lifting systems were based on the 
principle of the counterweight, by which the weight 
of one object is used to balance the weight of another 
object. For example, while it may be very difficult to 
pull up a heavy object using only a rope tied to it, this 
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job can be made very easy if a weight is attached to the 
other end of the rope and hung over a pulley. This 
other weight, or counterweight, balances the first and 
makes it easy to pull up. Thus, an elevator, which uses 
the counterweight system, never has to pull up 
the total weight of its load, but only the difference 
between the load-weight and that of the counter- 
weight. Counterweights are also found inside the 
sash of old-style windows, in grandfather clocks, and 
in dumbwaiters. 


Until the mid-nineteenth century, the prevailing 
elevator systems had two problems. The plunger sys- 
tem was very safe but also extremely slow, and it had 
obvious height limitations. If the plunger system was 
scrapped and the elevator car was hung from a 
rope to achieve higher speeds, the risk of the rope or 
cable breaking was an ever-present and very real dan- 
ger. Safety was the main technical problem that 
American inventor Elisha Graves Otis (1811-1861) 
solved when he invented the first modern, fail-safe 
passenger elevator in 1853. In that year, Otis demon- 
strated his fail-safe mechanism at the Crystal Palace 
Exposition in London, England. In front of an aston- 
ished audience, he rode his invention high above the 
crowd and ordered that the cable holding the car be 
severed. When it was, instead of crashing to the 
ground, his fail-safe mechanism worked automatically 
and stopped the car. 


The secret of Otis’s success was a bow-shaped 
wagon spring device that would flex and jam its ends 
into the guide rails if tension on the rope or cable was 
released. What he had invented was a type of speed 
governor that translated an elevator’s downward 
motion into a sideways, braking action. On March 
23, 1857, Otis installed the first commercial passenger 
elevator in the Haughwout Department Store (488 
Broadway) in New York City, and the age of the sky- 
scraper was begun. Until then, large city buildings 
were limited to five or six stories, which was the max- 
imum number of stairs people were willing to climb. 
When architects developed the iron-frame building in 
the 1880s, the elevator was ready to service them. By 
then, electric power had replaced the old steam-driven 
elevator. German inventor Ernest Werner von 
Siemens (1816-1892) built the first electric elevator in 
1880. The first commercial passenger elevator to be 
powered by electricity was installed in 1889 in the 
Desmarest Building in New York City. In 1904, a 
gearless feature was added to the electric motor, mak- 
ing elevator speed virtually limitless. By 1915, auto- 
matic leveling had been introduced and cars would 
now stop precisely where they should. 
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KEY TERMS 


Centrifugal force—The inertial reaction that 
causes a body to move away from a center about 
which it revolves. 


Counterweight—The principle in which the weight 
of one object is used to balance the weight of 
another object; for an elevator, it is a weight that 
counterbalances the weight of the elevator car plus 
approximately 40% of its capacity load. 


Hydraulic elevator—A power elevator where the 
energy is applied, by means of a liquid under pres- 
sure, in a cylinder equipped with a plunger or a 
piston; a direct-plunge elevator had the elevator car 
attached directly to the plunger or piston that went 
up and down a sunken shaft. 


Microprocessor—tThe central processing unit of a 
microcomputer that contains the silicon chip, 
which decodes instructions and controls operations. 


Sheave—A wheel mounted in bearings and having 
one or more grooves over which a rope or ropes 
may pass. 


Speed governor—A device that mechanically reg- 
ulates the speed of a machine, preventing it from 
going any faster than a preset velocity. 


Modern elevators 


Today’s passenger elevators are not fundamentally 
different from the Otis original. Practically all are elec- 
trically propelled and are lifted between two guide rails 
by steel cables that loop over a pulley device called a 
sheave at the top of the elevator shaft. They still employ 
the counterweight principle. The safety mechanism, 
called the overspeed governor, is an improved version 
of the Otis original. It uses centrifugal force that causes 
a system of weights to swing outward toward the rails 
should the car’s speed exceed a certain limit. Although 
the travel system has changed little, its control system 
has been revolutionized. Speed and automation now 
characterize elevators, with microprocessors gradually 
replacing older electromechanical control systems. 
Speeds ranging up to 1,800 ft (550 m) per minute can 
be attained. Separate outer and inner doors are another 
essential safety feature, and most now have electrical 
sensors that pull the doors open if they sense something 
between them. Most elevators also have telephones, 
alarm buttons, and emergency lighting. Escape hatches 
in their roofs serve both for maintenance and for emer- 
gency use. 
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Modern elevators can also be programmed to 
provide the fastest possible service with a minimum 
number of cars. They can further be set to sense the 
weight of a car and to bypass all landing calls when 
fully loaded. In addition to regular passenger or 
freight elevators, today’s specialized lifts are used in 
ships, dams, and even on rocket launch pads. Today’s 
elevators are safe, efficient, and an essential part of 
daily lives. 

In 2006, the Otis Elevator Company is part of 
United Technologies Corporation. It is the largest 
manufacturer of elevators. Other manufacturers of 
elevators are Thyssen-Krupp, Kone, and Schindler. 


See also Building design/architecture. 
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[ Ellipse 


An ellipse is a two-dimensional shape similar to a 
stretched circle, only it has a bit longer and flatter 
sides. It is often classified as an oval. In fact, an ellipse 
is the oval formed by the intersection of a plane and a 
right circular cone—one of the four types of conic 
sections. The other three are the circle, hyperbola, 
and parabola. The ellipse is symmetrical along two 
lines, called axes. The major axis runs through the 
longest part of the ellipse and its center, and the 
minor axis is perpendicular to the major axis through 
the ellipse’s center. 


Other definitions of an ellipse 


Ellipses are described in several ways, each way 
having its own advantages and limitations: 


1. An ellipse is a set of points, the sum of whose 
distances from two fixed points (the foci, 
which lie on the major axis) is constant. That is, 
P: PF; + PF, = constant. 


1547 


asdij|a 


Ellipse 


Semi-major axis 


Perihelion 


Aphelion 


Minor axis 


Earth travels around the sun in a slighlty elliptical orbit. (Argosy. The Gale Group.) 


2. An ellipse is a set of points whose distances from 
a fixed point (the focus) and fixed line (the direc- 
trix) are in a constant ratio less than 1. That is, 
P: PF/PD =e, where 0 <e < 1. The constant, e, is 
the eccentricity of the ellipse. 


3. An ellipse is a set of points (x,y) in a Cartesian 
plane satisfying an equation of the form x*/a* + 
y’/b* = 1, where a is the distance from the origin 
to the end of the x axis on the ellipse (semimajor 
axis), b is the distance from the origin to the end 
of the y axis on the ellipse (semiminor axis), and 
a > b. The equation of an ellipse can have other 
forms, but this one, with the center at the origin 
and the major axis coinciding with one of the 
coordinate axes, is the simplest. 


4. An ellipse is a set of points (x,y) in a Cartesian 
plane satisfying the parametric equations x = a 
cos t and y = b sin t, where a and b are constants 
and t is a variable that is 0 < t < 2m. Other para- 
metric equations are possible, but these are the 
simplest. 


Features 


In working with ellipses it is useful to identify 
several special points, chords, measurements, and 
properties: 


The major axis: The longest chord in an ellipse 
that passes through the foci. It is equal in length to the 
constant sum in Definition 1 above. 


The center: The midpoint, C, of the major axis. 
The vertices: The end points of the major axis. 


The minor axis: The chord which is perpendicular 
to the major axis at the center. It is the shortest chord 
that passes through the center. 


The foci: The fixes points in Definitions 1 and 2. 
In any ellipse, these points lie on the major axis and are 
at a distance c on either side of the center. When a and 
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b are the semimajor and semiminor axes respectively, 
then a? = b? + c”. 


The eccentricity: A measure of the relative elon- 
gation of an ellipse. It is the ratio e in Definition 2, or 
the ratio FC/VC (center-to-focus divided by center- 
to-vertex). These two definitions are mathematically 
equivalent. When the eccentricity is close to zero, the 
ellipse is almost circular; when it is close to 1, the 
ellipse is almost a parabola. All ellipses having the 
same eccentricity are geometrically similar figures. 


The angle measure of eccentricity: Another meas- 
ure of eccentricity. It is the acute angle formed by the 
major axis and a line passing through one focus and an 
end point of the minor axis. This angle is the arc cosine 
of the eccentricity. 


The area: The area of an ellipse is given by the 
simple formula mab, where a and b are the semimajor 
and semiminor axes. 


The perimeter: There is no simple formula for the 
perimeter of an ellipse. The formula is an elliptic inte- 
gral that can be evaluated only by approximation. 


The reflective property of an ellipse: If an ellipse is 
thought of as a mirror, any ray that passes through 
one focus and strikes the ellipse will be reflected 
through the other focus. This is the principle behind 
rooms designed so that a small sound made at one 
location can be easily heard at another, but not else- 
where in the room. The two locations are the foci of an 
ellipse. 


Drawing ellipses 


There are mechanical devices, called ellipso- 
graphs, based on Definition 4 for drawing ellipses 
precisely, but lacking such a device, one can use simple 
equipment and the definitions above to draw ellipses 
that are accurate enough for most practical purposes. 


To draw large ellipses one can use the pin-and- 
string method based on Definition 1: Stick pins into 
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KEY TERMS 


Axes—Chords through the center of an ellipse. The 
major axis is the longest chord and the minor axis 
the shortest. They are perpendicular to each other. 


Eccentricity—A measure of the relative lengths the 
major and minor axes of an ellipse. 


Foci—Two points in the interior of an ellipse. Their 
spacing, along with one other dimension, deter- 
mines the size and shape of an ellipse. 


the drawing board at the two foci and at one end of the 
minor axis. Tie a loop of string snugly around the three 
pins. Replace the pin at the end of the minor axis with 
a pencil. While keeping the loop taut, draw the ellipse. 
If string is used that does not stretch, the resulting 
ellipse will be quite accurate. 


To draw small and medium sized ellipses a techni- 
que based on Definition 4 can be used: Draw two 
concentric circles whose radii (make up values for a 
and b) are equal to the semimajor axis and the semi- 
minor axis respectively. Draw a ray from the center, 
intersecting the inner circle at y and outer circle at x. 
From y, draw a short horizontal line, and from x, draw 
a short vertical line. Where these lines intersect is a 
point on the ellipse. Continue this procedure with 
many different rays until points all around the ellipse 
have been located. Connect these points with a smooth 
curve. If this is done carefully, using ordinary drafting 
equipment, the resulting ellipse will be quite accurate. 


Uses 


Ellipses are found in both natural and artificial 
objects. The paths of the planets and some comets 
around the Sun are approximately elliptical, with the 
Sun at one of the foci. The seam where two cylindrical 
pipes are joined is an ellipse. Artists drawing circular 
objects such as the tops of vases use ellipses to render 
them in proper perspective. In Salt Lake City, the 
roof of the Mormon Tabernacle has the shape of an 
ellipse rotated around its major axis, and its reflective 
properties give the auditorium its unusual acoustical 
properties. For instance, a person standing at one 
focus can hear a pin dropped at the other focus clearly. 
An ellipsoidal reflector in a lamp such as those dentists 
use will, if the light source is placed at its focus, con- 
centrate the light at the other focus. 


Because the ellipse is a particularly graceful sort of 
oval, it is widely used for esthetic purposes, in the 
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design of formal gardens, in table tops, in mirrors, in 
picture frames, and in other decorative uses. 
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tl Elm 


Elms are trees (occasionally shrubs) of flowering 
plants in the genus U/mus. Elm leaves possess stipules, 
and often have a nonsymmetrical leaf, that is, one half 
is larger than the other so that the bottom ends do not 
meet where they are attached to the mid-rib. Elms 
flower in the spring. Their flowers lack petals, form 
reddish brown clusters in the tops of the trees, appear 
before the leaves have fully expanded, and are polli- 
nated by the wind. The fruits are samaras that are 
technically equivalent to the keys (fruits) of maple, 
although in elms the seed is surrounded entirely by a 
greenish, papery wing so that the oval or circular fruit 
(seed plus wing) resembles a fried egg. 


There are about 30 species of elms in the world. 
Most occur in north temperate regions of North 
America, Europe, and Asia, and on mountains of trop- 
ical Asia. Elms rarely occur in large tracts in forests. 
Instead they are usually found interspersed among 
other deciduous trees. 


Elm was, until recently, an important ornamental 
and shade tree. In eastern North America there is 
hardly a single town without an Elm Street, named 
after the stately white or American elm (U/mus amer- 
icana), which is a tall tree reaching heights of 130 ft 
(40 m). American elm has elegant upswept limbs that 
arch down at the ends. Unfortunately, these beautiful 
trees are becoming rare because of a devastating dis- 
ease called Dutch elm disease that was accidentally 
imported from Europe, probably on infected timber. 


Dutch elm disease is so named because it was first 
discovered on elm trees in Holland in 1921. There is no 
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Embiids 


tree known as Dutch elm, and the disease originated in 
Asia. The disease appeared in the United States in 
1930 and spread rapidly throughout the range of elm 
in eastern North America. 


Dutch elm disease is caused by an ascomycete 
fungus (Ophiostoma ulmi) in partnership with an 
insect. Although the fungus causes the disease, an 
insect is generally necessary as an agent in spreading 
fungal spores from infected trees to healthy trees. The 
bark beetles Scolytus multistriatus, S. scolytus, and 
Hylurgopinus rufipes are the common agents of 
spread, although birds and, to a limited extent, water 
and wind can also spread the disease. The fungus can 
also spread from diseased trees to healthy trees by 
natural root grafts. 


Once a tree has been infected, the fungus initially 
grows within the water-conducting cells called vessels, 
where spores (different from those produced on cor- 
emia) are produced and released. Carried in the water 
of the vessels, these spores spread the infection to 
other parts of the tree. The symptoms shown by 
infected trees include: yellowing of the leaves, followed 
by wilting and their premature fall, death of branches 
causing the crown to appear sparse, and browning of 
the sapwood. If the infection spreads throughout the 
vascular system, the tree can die within weeks of infec- 
tion, although many trees survive for several years 
before succumbing to the disease. In the later stages 
of the disease, the fungus moves out of the water- 
conducting cells into other tissues. There is no satis- 
factory method for managing Dutch elm disease. Not 
all species of elm have been affected by Dutch elm 
disease. Asiatic species, such as Siberian and Chinese 
elms, are generally resistant. 


Elm wood is economically valuable. Most species 
produce fine timber with a distinctive pattern. The 
timber resists decay when waterlogged, thus making it 
quite useful in certain specialized uses, such as serving 
as underwater pilings. Before metalworking, elm was 
used in Europe in water pipes and water pumps; 200- 
year-old pipes are often dug up in London, England. 
The grain of elm wood is strongly interlocked so that it 
is very difficult to split. For this reason, elm wood is 
often used for certain kinds of furniture, such as the 
seats of chairs, since the driving in of legs and backs 
tends to split most other woods, and also for wheel- 
hubs and mallet heads. Elm wood has also been exten- 
sively used for coffin boards and shipping cases for 
heavy machinery. 


The inner bark of elm, especially of roots, is 
fibrous and can be made into rope, and string for 
fishing-line, nets, or snares. The fruits are eaten by 
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KEY TERMS 


Samara—A simple, dry, fruit that is unopen at 
maturity, usually contains one seed, and has one 
or more wings. 


Stipule—An appendage found at the base of a leaf 
where it joins a branch or stem. 


many birds and squirrels. Twigs and leaves are eaten 
by deer and rabbits. The leaves are quite nutritious 
and in ancient times in Europe, branches were cut off 
so that livestock could feed on the foliage. Elms have 
little value as food for people, although in times of 
famine, the ground bark, leaves, and fruits have been 
eaten by the Chinese, and bark ground into a meal and 
mixed with flour for bread has similarly been used in 
times of scarcity in Norway. The inner bark of slippery 
elm reputedly has some medicinal properties. 


email see Internet file transfer and tracking 


l Embiids 


Embiids are small, cylindrical, soft-bodied insects 
in the order Embioptera that spin tubular galleries 
of silk, an ability that gives them the common name 
web-spinners. They have chewing mouthparts, and 
undergo paurometabolism, or gradual metamorpho- 
sis, exhibiting a definite egg, nymph, and adult stage. 
In the phylogeny, or evolutionary history of the class 
Insecta, embiids are thought to be most closely related 
to the orders Dermaptera (the earwigs) and Plecoptera 
(the stoneflies). 


A distinguishing morphological feature of the 
web-spinners is that the silk glands are in the tarsal 
segments of the front legs. Another unique character- 
istic of these insects is that the wings of the males are 
flexible when the insect is not in flight. Their wing 
veins are hollow, and fill with blood in order to stiffen 
the wings for flight. 


Embiids are gregarious, or group-living, insects in 
which the wingless females live in silken galleries 
where they care for their young. The males of this 
order are often, but not always winged, and do not 
feed as adults. They die soon after finding and mating 
with a female. Individuals in all developmental stages 
have the ability to spin silk. They spin galleries in the 
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soil, under bark, in dead plant matter, in rock crevices, 
and other such inconspicuous substrates. The females 
and nymphs living in the galleries are flightless but 
they are adapted to run backwards through the tunnel 
to flee potential predators that may discover the open- 
ing of the chamber. 


These secretive insects are rare, with only 200 
species known to exist, most of which are tropical. In 
the United States, there are ten species, all of which 
have a southern distribution. The main food source of 
Embioptera is dead plant matter, and this, as well as 
their relative rarity, make embiids of little known eco- 
nomic significance to humans. 


| Embolism 


An embolism is the sudden blockage of a blood 
vessel by a blood clot that has been brought to that 
location by the bloodstream. The clot, called an embo- 
lus, from the Greek word meaning plug, is a blood clot 
that has formed inside the circulatory system and is 
floating in the bloodstream. It will remain on the move 
until it encounters a blood vessel too small for it to fit 
through, where it will plug the vessel and prevent any 
further circulation of blood through it. The plural of 
embolism is emboli. 


A blood clot that forms in a given location and 
remains there is called a thrombus, from the Greek 
word for clot. 


An embolism is named by the location in which 
the clot lodges. A pulmonary embolism is an embolus 
that has plugged a blood vessel, usually an artery, in 
one of the lungs. A coronary embolism is obscuring 
the channel in one of the coronary arteries, which feed 
the heart muscle. A cerebral embolism lodges in a 
blood vessel in the brain and perhaps precipitates a 
stroke. 


Of the three general categories of emboli—coro- 
nary (arterial), cerebral (gas), and pulmonary—pul- 
monary emboli are the most common. 


In coronary (arterial) emboli, blood flow is 
blocked at the junction of major arteries, most often 
at the groin, knee, or thigh. Arterial emboli are gener- 
ally a complication of heart disease. An arterial embo- 
lism in the brain (cerebral embolism) causes stroke, 
which can be fatal. An estimated 5 to 14% of all strokes 
are caused by cerebral emboli. Arterial emboli to the 
extremities can lead to tissue death and amputation 
of the affected limb if not treated effectively within 


GALE ENCYCLOPEDIA OF SCIENCE 4 


hours. Intestines and kidneys can also suffer damage 
from emboli. 


Cerebral (gas) emboli result from the compression 
of respiratory gases into the blood and other tissues 
due to rapid changes in environmental pressure, for 
example, while flying or scuba diving. As external 
pressure decreases, gases (like nitrogen) which are dis- 
solved in the blood and other tissues become small 
bubbles that can block blood flow and cause organ 
damage. 


In a pulmonary embolism, a common illness, 
blood flow is blocked at a pulmonary artery. When 
emboli block the main pulmonary artery and in cases 
where there are no initial symptoms, a pulmonary 
embolism can quickly become fatal. According to the 
American Heart Association, an estimated 600,000 
people in the United States develop pulmonary emboli 
annually and 60,000 people die from it each year. 


Common symptoms of a pulmonary embolism 
include: 


-Labored breathing, sometimes accompanied by 
chest pain, 


- A rapid pulse, 
- A cough that may produce sputum, 
- A low-grade fever, and 
« Fluid build-up in the lungs. 
Less common symptoms include: 
- Coughing up blood, 
- Pain caused by movement or breathing, 
- Leg swelling, 
- Bluish skin, 
- Fainting, and 
- Swollen neck veins. 
Symptoms of an coronary embolism include: 
- Severe pain in the area of the embolism, 
« Pale, bluish cool skin, 
« Numbness, 
- Tingling, and 
- Muscular weakness or paralysis. 


Risk factors for coronary and pulmonary emboli 
include: prolonged bed rest, surgery, childbirth, heart 
attack, stroke, congestive heart failure, cancer, obe- 
sity, a broken hip or leg, oral contraceptives, sickle cell 
anemia, chest trauma, certain congenital heart defects, 
and old age. Risk factors for cerebral emboli include: 
scuba diving, amateur airplane flight, exercise, injury, 
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Embryo and embryonic development 


obesity, dehydration, excessive alcohol, colds, and 
medications such as narcotics and antihistamines. 


A pulmonary embolism is difficult to diagnose, 
with less than 10% of patients who die from a pulmo- 
nary embolism being diagnosed with the condition. 
More than 90% of cases of pulmonary emboli are 
complications of deep vein thrombosis, blood clots in 
the deep vein of the leg or pelvis. 


Arterial emboli are usually a complication of 
heart disease where blood clots form in the heart’s 
chambers. Gas emboli are caused by rapid changes in 
environmental pressure that could happen when flying 
or scuba diving. A pulmonary embolism is caused by 
blood clots that travel through the blood stream to the 
lungs and block a pulmonary artery. More than 90% 
of the cases of pulmonary embolism are a complica- 
tion of deep vein thrombosis, which typically occurs in 
patients who have had orthopedic surgery and in 
patients with cancer and other chronic illnesses like 
congestive heart failure. 


When an embolus plugs a blood vessel, the tissues 
that are bathed by the blood in the vessel will die when 
the blood supply is cut off. Death of tissue resulting 
from the lack of blood is called an infarct. If the 
embolism is in a coronary artery and the infarct is in 
the heart muscle it is a heart attack. The seriousness of 
the attack is determined by which vessel the clot blocks 
and how much of the heart muscle is infracted (that is, 
the deadening of the muscle as a result of loss of 
blood). 


The same situation applies to other organs. A 
cerebral embolism can cause brain damage and bring 
about a stroke. A pulmonary embolism causes damage 
to the lung tissue that can be serious. Any of these 
embolisms can be fatal and must be treated quickly. 


An embolism can be diagnosed through the 
patient’s history, a physical examination, and diagnos- 
tic tests. For coronary emboli, cardiac ultrasound and/ 
or arteriography are ordered. For a pulmonary embo- 
lism, a chest x ray, lung scan, pulmonary angiography, 
electrocardiography, arterial blood gas measure- 
ments, and venography or venous ultrasound could 
be ordered. 


Patients with emboli require immediate hospital- 
ization. They are generally treated with clot-dissolving 
and/or clot-preventing drugs. Thrombolytic therapy 
to dissolve blood clots is the definitive treatment for 
a very severe pulmonary embolism. Streptokinase, 
urokinase, and recombinant tissue plasminogen acti- 
vator (TPA) are used. Heparin is the anticoagulant 
drug of choice for preventing formation of blood 
clots. Warfarin (Coumadin®), an oral anticoagulant, 
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is sometimes used concurrently and is usually contin- 
ued after the hospitalization. 


What causes most emboli to form is not known. 
Some may form after surgery if air gets into the 
bloodstream. 


[ Embryo and embryonic 


development 


An embryo is a stage directly after fertilization 
that signifies the early stages of growth and develop- 
ment of an organism. In humans, this stage ends dur- 
ing the third month of pregnancy, and the embryo is 
then called a fetus. Plants and invertebrates as well as 
vertebrate animals have an embryonic stage of devel- 
opment. For example, the embryo of the common 
North American leopard frog, Rana pipiens has been 
studied extensively because it is common, relatively 
easy to induce ovulation in females, and developmen- 
tal progress can be monitored in a glass dish due to the 
fact that the embryo is neither within a shell (as with 
reptiles and birds) nor within the body of the mother 
(as with mammals). 


Much of what is known today about the stages of 
embryonic development and characterization of the 
embryo has been accomplished through research con- 
tributions related to the development of the frog. In 
fact, the technique of removing male and female 
sex cells to be used for fertilization and then replace 
the fertilized egg into the appropriate place in the 
female, also known as in vitro fertilization was first 
demonstrated in this species. This technique has revo- 
lutionized reproductive technologies in humans and 
has allowed some infertile couples to have children. 
Although there are many differences, human develop- 
ment is much like the frog in terms of the basic 
embryological terminology as well as distinct stages 
of development. In Rana pipiens, development is div- 
ided into an embryonic period that occurs prior to 
hatching from the jelly membranes that enclose the 
embryo, and larval development which is the period 
of the free-living feeding tadpole. 


Embryonic development in the Rana pipiens 


Embryonic development begins with the formation 
of the fertilized egg called the zygote. In North American 
leopard frogs, zygote formation occurs in breeding 
ponds or wetlands in the early spring. During winter, 
the frogs reside in the cold water of northern lakes. 
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Ahuman embryoat five to six weeks of development. (Petit Fromat/Nestle. National Audubon Society Collection/Photo Researchers, Inc.) 


When the ice melts and the days grow longer, the frogs 
leave the cold lakes and seek shallow ephemeral bodies 
of water. Water has a high specific heat, which means 
that lakes resist a change in temperature. The shallow 
water of breeding ponds warms readily, which is essen- 
tial for both ovulation (the release of eggs) and embryo 
development. Male frogs clasp mature female frogs and 
this may encourage egg release. The clasping male 
releases sperm as the eggs are extruded. A female may 
release as many as 3,000 eggs which, when fertilized, 
results in 3,000 potential embryos. 


In vitro fertilization and stages of frog 
development 


The processes leading to fertilization can be accom- 
plished in the laboratory. Laboratory frogs are ordi- 
narily kept cold until embryo formation is required. 
Female frogs brought to laboratory temperature 
(18°C or about 65°F) are injected with a pituitary 
extract combined with progesterone, which causes 
ovulation within 48 hours. The release of sperm is 
induced with an injection of human chorionic gonado- 
tropin hormone. A zygote is formed when freshly 
ovulated ova are combined with freshly released 
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sperm. The zygote cleaves (divides) within 3.5 hours 
into two cells called blastomeres. It divides again into 
four cells, then eight, and continues until a ball of cells 
forms known as a morula. With continued division, 
the morula gives rise to the blastula. The frog blastula 
is also a hollow ball of cells. The mature blastula has 
about 3,000 cells, which can form within the first 24 
hours in the laboratory. 


Blastula cell sizes depend on the amount of yolky 
granules they contain. Very yolky cells are large; cells 
with minimal yolk are tiny but clearly visible under the 
microscope. Regardless of size, the cells are considered 
to be developmentally equivalent until they begin the 
process of specialization known as differentiation. 
Classic grafting experiments in the early 1900s dem- 
onstrated the lack of specialization by grafting small 
populations of blastula cells to a new site within an 
embryo with no effect on development. While 3,000 
cells are present at the definitive blastula stage, there 
has been no net growth and, therefore, no increase in 
mass. A frog blastula has the same diameter as a 
zygote. Cleavage gives rise to an increasing number 
of cells which partitions the former zygote into ever 
smaller compartments (cells). 
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Embryo transfer 


Gastrulation, which precedes the blastula stage, is a 
time of developmental change. Many living cells can 
migrate within a developing organism and the first 
migrations are observed during gastrulation. Some 
cells on the surface migrate to the interior. In the process 
of migration, the former population of equivalent and 
unspecialized cells becomes a structured sphere with a 
complicated interior with the potential to differentiate. 
The three primary germ layers may be detected at this 
time; the external ectoderm, the internal endoderm, and 
the intermediate mesoderm. The rearrangement of cells 
that result from migration forms an area that invagi- 
nates and cells move toward the interior. The site of 
movement inwards is known as the blastopore; this 
will eventually become the posterior opening of the 
digestive system and the positioning of the blastopore 
within the gastrula permits identification of an anterior 
and posterior axis as well as left and right sides. 


Differentiation occurs during gastrulation. Cells 
begin their specialization, limiting their competence to 
differentiate into all of the different possible cell types. 
Thus, when a graft is made, which exchanges popula- 
tions of cells from one area to another, the grafts develop 
in their new locations as if they had not been moved. For 
example, when cells destined to form nerve structures are 
grafted to a skin-forming area, they do not form skin but 
continue on their pathway to differentiate neural cells. 


Tissue specific differentiation during 
embryogenesis 


Specific tissue types form during embryo develop- 
ment. A portion of the ectoderm on the dorsal side of 
the embryo rolls up into a tube, which forms into the 
central nervous system. The anterior portion of the 
tube becomes the brain and the posterior portion 
becomes the spinal cord. Some mesoderm cells become 
specialized to form muscle and the muscle functions 
well before feeding occurs. This can be observed by 
muscular activity (bending and twisting of the embryo 
body) in the as yet unhatched embryo in its jelly mem- 
branes. Careful examination of the embryo at this time 
reveals a pulsation. The pulsation is the beating of the 
heart muscle, which begins to circulate embryonic 
blood cells. Embryonic gills are exposed on either 
side of the head. The structure of the gills is so delicate 
that blood cells, with a dissecting microscope, can be 
seen surging in synchrony with the beating heart. 


During embryonic development, the excretory 
system and the digestive system begin their formation. 
Within six days in the laboratory, all embryonic sys- 
tems have begun developing. Hatching occurs at 
about this time, which marks the end of the embryonic 
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period and the beginning of larval development. 
Larvae feed in about a week after fertilization. 
Embryonic development has been characterized by 
differentiation of organ systems but no increase in 
mass. Feeding begins and the tadpole grows enor- 
mously in size compared with its origin. Feeding and 
growing will continue until the larval tadpole begins its 
metamorphosis into a juvenile frog. 


See also Embryo transfer; Embryology; Sexual 
reproduction. 
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l Embryo transfer 


Embryo transfer is defined as the phase where 
numerous embryos developed outside the female 
reproductive system are inserted into the uterus of a 
female in order to make her pregnant. Developments 
in reproductive technology are occurring at a rapid 
rate in animal science as well as in human biology. In 
vitro fertilization, embryo culture, preservation of 
embryos by freezing (cryopreservation), and cloning 
technology yield embryos that are produced outside of 
the female reproductive system. Embryo transfer per- 
mits continued survival of embryos by insertion into 
the female reproductive system. 


Traditionally, relatively little scientific attention 
has been focused on the technique of human embryo 
transfer, as it is considered an unimportant variable in 
the success of an in vitro fertilization cycle. Essentially, 
the characteristics of embryo transfer in the human 
have changed little during the quarter-century since 
British physician and physiologist Robert Geoffrey 
Edwards (1925) described the technique in the 1980s. 
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While cell culture im vitro has made remarkable 
strides, embryos can be sustained in culture for only a 
few days. Thus, their survival is dependent upon trans- 
fer to the hospitable and nurturing environment of the 
uterus of a foster mother. While embryo transfer may 
seem to be high technology, it actually got its start well 
over a century ago and over the past two decades, 
evolution in culture conditions (as well as stage-spe- 
cific or sequential complex media) have significantly 
increasing the viability of in vitro fertilized embryos. 


Embryos may be transferred to the patient on day 
one (zygote stage) of development, on day two (two- 
cells to four-cells stage), on day three (six-cells to 
eight-cells stage), on day four (morula), or on days 
five to seven (different blastocyst stages). The process 
of embryo transfer includes several steps and the over- 
all pregnancy rate is affected by several factors. One of 
the most difficult considerations of embryo transfer is 
the determination of which embryos are most suitable 
for transfer into the uterus. Recent advanced technol- 
ogies such as micromanipulation yield increased suc- 
cesses in embryo implantation. 


Selection of embryos is an important issue, because 
the higher the number of embryos transferred, the 
higher the pregnancy rate. The multiple pregnancy rate 
also increases, a condition that often is not desirable for 
the survival of all fetuses. To avoid this, it is important 
that embryos be selected prior to implantation. The 
embryo is selected for quality of viability and other 
important characteristics. Embryo scoring techniques 
have been developed to evaluate the potential for 
embryo implantation including cell number, fragmenta- 
tion characteristics, cytoplasmic pitting, blastomere reg- 
ularity, presence of vacuoles, and blastomere expansion. 


Cell stages at the time of transfer correlate to 
embryo survival because its genome activation occurs 
between the four-cell and eight-cell stages of pre- 
implantation development. Events used to score the 
embryos include embryo metabolism assessment and 
pre-implantation genetic diagnosis. Genetic abnormal- 
ities of the embryo as well as defects in uterine recep- 
tivity are also factors in the success of embryo transfer. 
Additional aspects of successful implantation include 
bed rest following embryo transfer, the absence of 
hydrosalpinx (blocked, fluid-filled fallopian tubes) 
that could lead to washing out of the implanted 
embryos by intermittent leakage of the hydrosalpingeal 
fluid. Should uterine contractions occur after transfer, 
the embryos could be expelled down through the cer- 
Vix, or up into the fallopian tubes, instead of implant- 
ing in the uterus. Additionally, the presence of blood 
on the outside of the transfer catheter tip correlates 
with lower rates of successful implantation. 
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The majority of embryo transfers are currently car- 
ried out by cannulating (inserting a hollow tube into) 
the uterine cavity via the cervix (transcervical transfers). 
A catheter is inserted inside the uterus and the embryos 
are deposited at least one to two millimeters from the 
fundus. Disadvantages include possible cervical steno- 
sis, the risk of infection from the introduction of micro- 
organisms, and release of prostaglandins that may cause 
contractions. Interaction between the embryo and the 
endometrium is another important topic in determining 
embryo transfer success. Paracrine modulators are nec- 
essary for embryo-uterine interactions and they are 
more favorable during the so called implantation win- 
dow that generally occurs between days 18 and 24 of the 
normal menstrual cycle. This time interval can be 
assessed either by endometrial biopsies or imaging tech- 
niques (ultrasound and magnetic resonance imaging). 


See also Embryo and embryonic development; 
Embryology. 
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l Embryology 


Embryology is the study of the development of 
organisms. This is as true of plants as it is of animals. 
Seed formation proceeds following fertilization in higher 
plants. The seed consists of the embryo, the seed coat, 
and another part sometimes called the endosperm. 
While plants are extraordinarily important for survival 
of animal life, animal embryology is described here. 


The dictionary definition limits the meaning of 
“embryo” to developing animals that are unhatched 
or not yet born. The human embryo phase is the first 
eight weeks after conception. Many embryologists 
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Embryology 


A human two-cell embryo 24 hours after fertilization. (Richard 
G. Rawlins. Custom Medical Stock Photo.) 


have difficulty with this terminology because it is 
purely arbitrary. It would be difficult indeed, if not 
impossible, to distinguish a human embryo nearing 
the end of the eighth week from one in the ninth week 
after conception. Correspondingly, there are no mor- 
phological events that distinguish a prehatched tad- 
pole from a posthatched one (hatching never occurs 
synchronously in an egg mass—there are always lar- 
vae that hatch early and those that are dilatory). 


Embryologists study an embryo’s development 
from a zygote to a multicellular organism. In the par- 
ticular case of humans, development does not even 
stop at birth: teeth continue to develop and sex glands 
with sexual differentiation mature long after birth. 
Many embryologists refer to their discipline as devel- 
opmental biology to escape from the need to confine 
their studies to earlier stages. Embryology in the mod- 
ern sense is the study of an animal’s life history; human 
embryology considers developmental aspects of life as 
a whole and not just the first eight weeks. 


History of embryology as a science 
The study of embryology, the science that deals 


with the formation and development of the embryo 
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and fetus, can be traced to ancient Greek philoso- 
phers. Originally, embryology was part of the field 
known as “generation,” a term that also encompassed 
studies of reproduction, development and differentia- 
tion, regeneration of parts, and genetics. Generation 
describes the means by which new animals or plants 
come into existence. The ancients believed that new 
organisms could arise through sexual reproduction, 
asexual reproduction, or spontaneous generation. As 
early as the sixth century BC, Greek physicians and 
philosophers suggested studying the developing 
chicken egg to investigate embryology. 


Aristotle (384-322 BC) described the two histori- 
cally important models of development known as pre- 
formation and epigenesis. According to preformation 
theory, an embryo or miniature individual preexists in 
either the mother’s egg or the father’s semen and begins 
to grow when properly stimulated. Some preformation- 
ists believed that all the embryos that would ever 
develop had been formed by God at creation. Aristotle 
actually favored the theory of epigenesis, which 
assumed that the embryo begins as an undifferentiated 
mass and that new parts are added during development. 
Aristotle thought that the female parent contributed 
only unorganized matter to the embryo. He argued 
that semen from the male parent provided the “form,” 
or soul, which guided development and that the first 
part of the new organism to be formed was the heart. 


Aristotle’s theory of epigenetic development 
dominated embryology until physiologist William 
Harvey (1578-1657) raised doubts about many aspects 
of classical theories. In his studies of embryology, as in 
his research on the circulation of the blood, Harvey 
was inspired by the work of his teacher, Girolamo 
Fabrici (ca.1533-1619). Some historians think that 
Fabrici should be considered the founder of modern 
embryology because of the importance of his embryo- 
logical texts: On the Formed Fetus and On the 
Development of the Egg and the Chick. Harvey’s On 
the Generation of Animals was not published until 
1651, but it was the result of many years of research. 
Although Harvey began these investigations to pro- 
vide experimental proof for Aristotle’s theory of epi- 
genesis, his observations proved that many aspects of 
Aristotle’s theory of generation were wrong. 


Aristotle believed that the embryo essentially 
formed by coagulation in the uterus immediately after 
mating when the form-building principle of themale 
acted on the material substance provided by the female. 
Using deer that had mated, Harvey dissected the uterus 
and searched for the embryo. He was unable to find any 
signs of a developing embryo in the uterus until about six 
or seven weeks after mating had taken place. In addition 
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to his experiments on deer, Harvey carried out system- 
atic studies of the developing chick egg. His observations 
convinced him that generation proceeded by epigenesis, 
that is, the gradual addition of parts. Nevertheless, many 
of Harvey’s followers rejected epigenesis and turned to 
theories of preformation. 


Naturalists who favored preformation were 
inspired by the new mechanical philosophy and by the 
microscope, a device that allowed them to see the 
embryo at earlier stages of development. Some natural- 
ists produced very unreliable observations of early 
embryos, but Marcello Malpighi (1628-1694) and Jan 
Swammerdam (1637-1680), two pioneers of microscopy, 
provided observations that seemed to support preforma- 
tion. Based on Swammerdam’s studies of insects and 
amphibians, naturalists suggested that embryos preex- 
isted within each other like a nest of boxes. However, 
given such a theory, only one parent can serve as the 
source of the sequence of preformed individuals. At the 
time, the eggs of many species were well known, but 
when the microscope revealed the existence of “little 
animals” in male semen, some naturalists argued that 
the preformed individuals must be present in the sperm. 


Respected scientists of the time, including Albrecht 
von Haller (1708-1777), Charles Bonnet (1720-1793), 
Lazzaro Spallanzani (1729-1799), and René Antoine 
Ferchault de Reaumur (1683-1757), supported prefor- 
mation. Bonnet’s studies of parthenogenesis in aphids 
were regarded as strong support of ovist preformation- 
ism. Thus, some naturalists argued that the whole human 
race had preexisted in the ovaries of Eve, while others 
reported seeing homunculi (tiny people) inside sperma- 
tozoa. Other eighteenth-century naturalists rejected both 
ovist and spermist preformationist views. One of the 
most influential was Casper Friedrich Wolff (1733- 
1794), who published a landmark article in the history 
of embryology, “Theory of Generation,” in 1759. Wolff 
argued that the organs of the body did not exist at the 
beginning of gestation, but formed from some originally 
undifferentiated material through a series of steps. 
Naturalists who became involved in the movement 
known as nature philosophy found Wolff’s ideas very 
attractive. During the nineteenth century, cell theory, the 
discovery of the mammalian ovum by Karl Ernst von 
Baer (1792-1876), and the establishment of experimental 
embryology by Wilhelm Roux (1850-1924) and Hans 
Driesch (1867-1941) transformed philosophical argu- 
ments about the nature of embryological development. 


About a century ago, a number of developing 
organisms were observed carefully. By this time, there 
was a cell theory and good microscopes were available. 
Next came a causal analysis. For instance, it was known 
that the dorsal ectoderm of all vertebrate embryos rolls 
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up into a tube to form the central nervous system. What 
factors control the very regular appearance of the nerv- 
ous system and subsequent differentiation into the vari- 
ous parts of the brain and the spinal cord? It was 
hypothesized that the underlying chordamesoderm cells 
of the gastrula signaled the ectoderm to become neural. 
The signal was referred to as induction. Other embryonic 
organs also seemed to appear as a result of induction. 


Chemical embryology sought to characterize the 
nature of inducing signals. Modern molecular embry- 
ology studies specific tissue and cell differentiation at 
the genetic level. 


There are practical considerations that drive some 
embryologists. The causes of developmental abnor- 
malities (congenital malformations) in humans 
becomes more understandable with a consideration 
of embryology. The human embryo is extraordinarily 
vulnerable to drugs, viruses, and radiation during the 
first several months of development when many crit- 
ical organ systems are developing. 


See also Embryo and embryonic development; 
Embryo transfer; Clone and cloning. 
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| Emission 


Emission is generally considered the process of 
letting something out or releasing it. Heat that is 
expelled (or released) from a home’s furnace in the 
winter is a form of emission. In the context of ecology 
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Emission 


In 2000, the wildfires in New Mexico caused considerable air pollution. (© Rick Wilking. Reuters NewMedia/Corbis-Bettmann.) 


and environmental science, the word emission gener- 
ally refers to a release of a substance or energy to the 
environment. Often, emissions refer to substances or 
energy that are ecological stressors (something that 
causes stress), and can potentially cause deleterious 
changes. 


Emission sources are of two broad types, point 
and diffuse. Point sources of emission are discrete and 
spatially localized. A volcano is a natural example of a 
point source of emission of gases and particulates to 
the atmosphere. Some point sources associated with 
human activities are automobiles, chimneys of homes, 
smokestacks of power plants and smelters, and 
aquatic discharge pipes for chemical effluent and 
waste heat of factories. In contrast, diffuse emissions 
occur over large areas from many, often indistinct 
sources. For example, although each is a small point 
source, the large numbers of houses and vehicles in 
cities collectively represent a large, diffuse source of 
emissions of pollutants into Earth’s atmosphere. 


Emitted energy can be of two types, heat or elec- 
tromagnetic. Heat is a type of kinetic energy, involving 
the vibration of atoms or molecules. The more vigo- 
rously these particles are vibrating, the greater the heat 
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content of a substance. Discharges of warm water 
from power plants and factories are examples of the 
emission of heat. 


Electromagnetic energy is the energy of photons, 
which are entities that have properties of both par- 
ticles and waves. Electromagnetic energy is divided 
into spectral components on the basis of wavelength, 
and includes radio waves, infrared, visible (so-called 
because it is perceptible by the human eye), ultraviolet, 
x rays, and gamma radiation. Electromagnetic energy 
is generally emitted by a point source, whose emission 
spectrum can involve one or more of the categories 
just noted. 


Emissions of materials can be from diffuse or 
point sources. Human activities result in emissions of 
many chemicals, which can be major pollutants that 
cause environmental damages. Some of the most dan- 
gerous of these emitted materials are gases such as 
sulfur dioxide, oxides of nitrogen (a mixture of nitric 
oxide and nitrogen dioxide), and carbon dioxide, par- 
ticulates containing metals and organic compounds, and 
vapors of hydrocarbons, mercury, and other chemicals. 


Emission is also used in other fields of science. In 
chemistry, the product of a chemical reaction, whether 
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it be chemical or nuclear, is called an emission. In 
physics, the release or output of electromagnetic radi- 
ation in the form of energy is considered emission. In 
physiology, the human body can release various mate- 
rials, each is called an emission. 


See also Non-point source; Stress, ecological. 


[ Emphysema 


Emphysema is a lung disease that results in the 
destruction of air sacs. It is brought about almost 
exclusively by smoking. In the past, the majority of 
its victims were male, but the disease has become more 
common in women as more women become smokers. 


Emphysema is also called chronic obstructive pul- 
monary disease (COPD). Chronic bronchitis (inflam- 
mation) of the air tubes leading into the lungs is linked 
to the development of emphysema, and may in fact 
represent the same disease. 


Although emphysema is closely linked to smok- 
ing, a few patients—fewer than 1% of cases—have a 
genetic lack of an enzyme, called alpha-1-antitrypsin, 
that leads to the development of the disease. Alpha-1- 
antitrypsin normally protects the elastic fibers in the 
walls of the small air sacs in the lungs. If the enzyme is 
not present, the air sacs are vulnerable to damage by 
cigarette smoke, chemical fumes, dust, and other sub- 
stances that are inhaled. 


The target of emphysema are the lungs; two large, 
spongy sacs that lie on each side of the chest (thorax), 
separated by the heart. The right lung is divided into 
three lobes and the left into two lobes. Each lobe is 
further divided into two to five segments, which are 
divided by a membrane. Each segment is supplied with 
incoming air by a branching tube called a bronchiole. 
The bronchioles are connected to larger and larger 
bronchioles, which, in turn, connect to large tubes 
called bronchi. Each individual bronchus from each 
lung merge into a single tube called the trachea, which 
connects with the upper part of the respiratory system 
leading to the nose. 


The lungs are made up of hundreds of millions of 
tiny air sacs called alveoli. Each alveolus is surrounded 
by tiny blood vessels, and it is here that the carbon 
dioxide from the body is exchanged for fresh oxygen 
that has been inhaled into the lungs. 


During respiration, the diaphragm, which forms 
the floor of the thorax, moves downward toward the 
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abdomen and draws fresh air, inflating the lungs. 
When the diaphragm relaxes, it resumes its resting 
domed shape, which forces the air, now heavy with 
carbon dioxide, out of the lungs. The cycle then is 
repeated for the next breath. In the case of lung disease 
such as emphysema the declining number of alveoli 
means that less oxygen is absorbed into the blood with 
each breath. At first this may not be a discomfort, 
especially when the individual is at rest, but with exer- 
cise or as more of the alveoli are destroyed the patient 
will notice an increasing difficulty in getting a breath, 
will tire easily, and will gasp for air even while resting. 


Once destroyed, the alveoli cannot be repaired or 
replaced. Continued destruction of these air sacs leads 
to open, nonfunctional areas in the lungs, reducing the 
area through which oxygen and carbon dioxide can be 
exchanged. 


In emphysema, the bronchi and bronchioles also 
become constricted, interfering with the free flow of 
air in and out of the lungs. The patient finds it harder 
and harder to breathe, and will find himself straining 
to force air in and out of the lungs. The initial symp- 
toms of emphysema are shortness of breath and a mild 
cough, both of which become more severe as the dis- 
ease progresses. 


In advanced stages of the disease, the patient will 
develop a barrel chest from the strain of breathing and 
probably will need to breathe pure oxygen with the aid 
of a machine. He or she will no longer have the lung- 
power to blow out a candle held only a few inches from 
the mouth. The emphysema patient also is at increased 
risk of worsening the disease by catching pneumonia 
or even a common cold. 


There is no treatment that will reverse emphysema. 
The alveoli cannot be healed to restore normal respira- 
tion. Some patients may need to take medications to 
keep the bronchi as open as possible. Also, many 
emphysema patients require oxygen infusion to provide 
sufficient oxygen for the body functions. Emphysema 
patients are advised to avoid people who have colds or 
pneumonia or other contagious diseases. Also, avoiding 
cold air is advisable, as the air will constrict the bronchi 
even more and increase the effort required to breathe. 
The patient should also avoid dusty areas, paint fumes, 
automobile exhaust, and other lung irritants. Above all, 
when the early symptoms of emphysema appear, the 
individual should stop smoking. This will prevent fur- 
ther lung damage and ease the burden of respiration. 
Continued cigarette smoking will worsen the condition 
and lead to an earlier death. 


Special breathing techniques and respiratory exer- 
cises can strengthen the diaphragm, abdominal 
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muscles, and chest muscles to make breathing easier. 
Oxygen tanks can be installed in the home and small, 
portable oxygen tanks can be obtained for travel. 
These may be so small that they can hang on the 
belt, or if larger supplies are needed, small packs 
containing tanks can be worn on the back or pushed 
in a cart. 


Individuals who have severe emphysema may be 
helped by a lung transplant. Until recently efforts to 
transplant only the lungs were met with little success. 
Now, however, improvement in medications and tech- 
nology allow successful lung transplants. 


Individuals who have a genetic lack of alpha-1- 
antitrypsin may benefit from enzyme replacement 
therapy, in which a function version of the enzyme is 
infused into the lungs. It is necessary that the infusion 
be started in the early stages of the disease. Repeated 
infusions will be needed during the patient’s lifetime, 
since the enzyme has a limited functional lifetime. 


Resources 
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[ Emulsion 


An emulsion is a two-phase system that has at 
least one immiscible liquid (one incapable of being 
and remaining mixed), called the dispersed phase, dis- 
tributed in another liquid or solid, called the disper- 
sion medium, in the form of tiny droplets. It is an 
unstable system, which can be made more stable by 
the presence of a surfactant. (A surfactant is any solu- 
ble substance that reduces the surface tension between 
two liquids, or one solid and one liquid. A detergent is 
a common surfactant.) Humans have used emulsions 
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for centuries. They continue to find application in a 
variety of industries. The word emulsion is from the 
seventeenth century Latin words emulgere and emul- 
sum, which means to milk. 


Emulsions provide a variety of benefits such as the 
ability to deliver water insoluble active materials from 
water based products, to improve control over a prod- 
uct’s physical properties, and effectively dilute expen- 
sive or hazardous functional materials. These 
properties make emulsions useful in a variety of prod- 
ucts including pharmaceuticals, cosmetics, paints and 
inks, pesticides, and foods. 


Emulsions throughout history 


Emulsions in one form or another, have been used 
for centuries. Early societies learned to take advantage 
of this natural phenomenon; for example, the ancient 
Egyptians used eggs, berry extracts, and oils to form 
crude emulsified paints. In recent times, emulsions 
have been developed to deliver medicine in the form 
of ointments. Today, many products including drugs, 
paints and inks, cosmetics, and even certain foods, are 
made possible through the use of emulsions. 


Emulsions are created by surfactants 


An emulsion can be described as a collection of 
tiny droplets of one liquid (e.g., an oil) dispersed in 
another liquid (e.g., water) in which it, the first liquid, 
is insoluble. Emulsions are formed by mixing these 
two liquids with a third substance, known as an emul- 
sifier, which creates a uniform, stable dispersion of the 
first liquid in the second. 


Emulsifiers belong to the class of chemicals 
known as surfactants, or surface active agents, which 
are able to reduce the surface tension of liquids. This 
ability is important because surface tension, (one of 
the physical properties that determines how liquids 
behave) must be overcome for the two liquids to effec- 
tively intermingle. Surfactants are able to create this 
effect by virtue of the dual nature of their molecular 
structure. One part of the molecule is soluble in water, 
the other in oil; therefore, when an emulsifying surfac- 
tant is added to a mixture of oil and water it acts 
similar to a bridge between the two immiscible materi- 
als. This bridging effect reduces the forces between the 
liquid molecules and allows them to be broken into, 
and maintained as, separate microscopic droplets. 


In an emulsion, millions of these tiny surfactant 
bridges surround the dispersed droplets, shielding 
them from the other liquid in which they are mixed. 
The dispersed drops are called the internal phase, the 
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liquid that surrounds the drops is known as the exter- 
nal phase. Depending on the desired characteristics of 
the finished emulsion, either water or oil may comprise 
the external phase. The emulsion is further character- 
ized by the type of charge carried by its emulsifiers: it 
can be anionic (containing a negative charge), cationic 
(containing a positive charge), or nonionic (containing 
no charge). 


Characteristics of emulsions 


The resulting emulsion has physical properties 
different from either ofits two components. For exam- 
ple, while water and oils are transparent, emulsions are 
usually opaque and may be designed to have a lus- 
trous, pearlized appearance. While water and oil are 
thin free flowing liquids, emulsions can be made as 
thick creams that do not flow. Furthermore, the tactile 
and spreading properties of emulsions are different 
than the materials of which they are composed. 


One of the most important characteristics of 
emulsions is their inherent instability. Even though 
the dispersed drops are small, gravity exerts a meas- 
urable force on them and over time they coalesce to 
form larger drops that tend to either settle to the 
bottom or rise to the top of the mixture. This process 
ultimately causes the internal and external phases to 
separate into the two original components. Depending 
on how the emulsion is formulated and the physical 
environment to which it is exposed, this separation 
may take minutes, months, or millennia. 


Uses of emulsions 


Many functional chemical ingredients (such as 
drugs) are not water soluble and require alcohol or 
other organic solvents to form solutions. These sol- 
vents may be costly, hazardous to handle, or toxic. 
Emulsions are useful because they allow ways to deliver 
active materials in water that is inexpensive and innoc- 
uous. A related advantage of emulsions is they allow 
dilution of these active ingredients to an optimal con- 
centration. For example, in hair conditioning products, 
the oils and other conditioning agents employed would 
leave hair limp and sticky if they were directly applied. 
Through emulsification, these materials can be diluted 
to an appropriate level that deposits on hair without 
negative side effects. 


Emulsions are commonly used in many major 
chemical industries. In the pharmaceutical industry, 
they are used to make medicines more palatable, to 
improve effectiveness by controlling dosage of active 
ingredients, and to provide improved aesthetics for 
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topical drugs such as ointments. Nonionic emulsions 
are most popular due to their low toxicity, ability to be 
injected directly into the body, and compatibility with 
many drug ingredients. Cationic emulsions are also 
used in certain products due to their antimicrobial 
properties. 


In the agricultural industry, emulsions are used as 
delivery vehicles for insecticides, fungicides, and pes- 
ticides. These water insoluble biocides must be applied 
to crops at very low levels, usually by spraying through 
mechanical equipment. Emulsion technology allows 
these chemicals to be effectively diluted and provides 
improved sprayability. Nonionic emulsions are often 
used in this regard due to their low foaming properties 
and lack of interaction with biocidal agents they are 
carrying. 


In cosmetics, emulsions are the delivery vehicle for 
many hair and skin conditioning agents. Anionic and 
nonionic emulsions are used to deliver various oils and 
waxes that provide moisturization, smoothness, and 
softness to hair and skin. Emulsions formed with cat- 
ionic emulsifiers are themselves effective conditioning 
agents since their positive charge is attracted to the 
negative sites on the hair, thus allowing them to resist 
rinse off. 


Many paints and inks are based on emulsions. Such 
products may be true liquid-in-liquid emulsions or they 
may be dispersions. Dispersions are similar to emul- 
sions except that the dispersed phase is usually divided 
finely into solid particles. The same surfactant technol- 
ogy used to formulate emulsions is used to create dis- 
persions of pigments that are used in paints and inks. 
These dispersions are designed to dry quickly and form 
waterproof films, while not affecting the color. In this 
regard emulsions provide benefits over solvent contain- 
ing systems because of reduced odor and flammability. 


Many food products are in the form of emulsions. 
An example of a naturally occurring food emulsion is 
milk, which contains globules of milk fat (cream) dis- 
persed in water. The whiteness of milk is due to light 
scattering as it strikes the microscopic fat particles. 
Salad dressings, gravies and other sauces, whipped des- 
sert toppings, peanut butter, and ice cream are also 
examples of emulsions of various edible fats and oils. 
In addition to affecting the physical form of food prod- 
ucts, emulsions influence taste because emulsified oils 
coat the tongue, imparting mouthfeel (or an interaction 
of the food’s physical and chemical characteristics with 
the tongue and mouth). Emulsions are useful tools in 
industries that directly impact many aspects of society. 
Although emulsions have been used for years, science 
still has much to learn. In part, this is due to the infinite 
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KEY TERMS 


Anionic—A type of surfactant characterized by a 
net negative charge on its water soluble portion. 


Cationic—A type of surfactant characterized by a 
net positive charge on its water soluble portion. 


Dispersion—A mixture composed of tiny particles 
suspended in a medium such as water. 


Immiscible—Compounds that will not dissolve or 
form solutions with one another. 


Microemulsions—A dispersion mixture that con- 
sists of particles so small that it is transparent. 


Nonionic—A type of surfactant that has no net 
charge on its water soluble portion. 


Surface tension—A force that causes a liquid to 
resist an increase in its surface area. 


Surfactant—Chemical that has both water soluble 
and oil soluble portions and is capable of forming 
nearly homogenous mixtures of typically incom- 
patible materials. Also known as an emulsifier. 


number of combinations of emulsion systems and the 
task of fully characterizing their structure. New emul- 
sion types are constantly being developed as new needs 
arise; for example, a relatively recent advance in emul- 
sion technology is the microemulsion, a special type of 
emulsion characterized by an extremely small particle 
size. Microemulsions are completely transparent. They 
have enhanced stability as compared to conventional 
systems. As science continues to respond to the needs of 
industry, more unusual emulsion combinations will be 
developed resulting in improved medicines, cosmetics, 
pesticides, and dessert toppings. 
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l Encephalitis 


Encephalitis, or aseptic meningitis, is an inflam- 
matory disease of the brain. It is caused by a virus that 
either has invaded the brain, or a virus encountered 
elsewhere in the body that has caused a sensitivity 
reaction in the brain. Most cases of encephalitis are 
considered secondary to a virus infection that stimu- 
lates an immune reaction. The inflammation is a reac- 
tion of the body’s immune system to infection or 
invasion. During the inflammation, the brain’s tissues 
become swollen. The combination of the infection and 
the immune reaction to it can cause headache and 
fever, as well as more severe symptoms in some cases. 
According to the U.S. Centers for Disease Control and 
Prevention (CDC), the occurrence and intensity of 
encephalitis in the United States in any one year varies 
from 150 to 3,000 cases. 


An infection that involves the membranes associ- 
ated with the spinal cord is called meningitis. This is a 
less-serious condition than encephalitis in that it usu- 
ally has few long-term effects. Encephalitis is an infec- 
tion of the brain tissue itself, not the surrounding 
protective covering (meninges), so the consequences 
are more serious. 


Types of the disease 


Among the many forms of encephalitis are those 
that occur seasonally (Russian spring-summer  ence- 
phalitis, for example), those that affect animals (bovine, 
fox, and equine), and a form that is carried by a mos- 
quito. Viruses that have been directly implicated in 
causing encephalitis include the arbovirus, echovirus, 
poliovirus, and the herpes virus. Encephalitis occurs as 
a complication of, for example, chickenpox, polio, and 
vaccinia, which is a cowpox virus used in smallpox 
vaccinations, as well as the common flu virus. The 
herpes simplex virus, responsible for the common cold 
sore, eczema, and genital herpes; the measles (rubeola) 
virus; some of the 31 types of echoviruses that also 
cause a paralytic disease or an infection of the heart 
muscle; the coxsackievirus responsible for infections of 
the heart and its covering and paralysis; the mumps 
virus; the arboviruses that normally infect animals and 
can be spread by mosquito to humans—all have been 
implicated as causal agents in human encephalitis. 


The virus responsible for the infection can invade 
the cranium and infect the brain via the circulatory 
system. The blood-brain barrier, a system that serves 
to protect the brain from certain drugs and other 
toxins, is ineffective against viruses. Once it has gained 
entrance into the brain the virus infects the brain 
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tissue. The immediate reaction is an inflammation 
causing the brain to swell and activating the immune 
system. The tightly closed vault of the cranium leaves 
little room for the brain to enlarge, so when it does 
expand it is squeezed against the bony skull. This, with 
the active immune system can result in loss of brain 
cells (neurons), which can result in permanent post- 
infection damage, depending upon the location of the 
damage. 


Symptoms and treatment 


The individual who is developing encephalitis 
will have a fever, headache, and other symptoms that 
depend upon the affected area of the brain. He/she may 
fade in and out of consciousness and have seizures 
resembling epileptic seizures. The patient may also 
have rigidity in the back of the neck. Nausea, vomiting, 
weakness, and sore throat are common. Certain viruses 
may cause symptoms out of the nervous system as well. 
The mumps virus will cause inflammation of the paro- 
tid gland (parotitis), the spleen, and the pancreas as well 
as of the brain, for example. An infection by the herpes 
virus can cause hallucinations and bizarre behavior. 


Treatment of encephalitis is difficult. It is impor- 
tant that the type of virus causing the infection be 
identified. Drugs are available to treat a herpes virus 
infection, but not others. Mortality (the death rate) 
can be as high as 50% among patients whose encepha- 
litis is caused by the herpes virus. Infection by other 
viruses, such as the arbovirus, may have a mortality 
rate as low as 1%. Treatment is supportive of the 
patient. Reduction of fever, as well as treatment for 
nausea and headache are needed. Unfortunately, even 
those who survive viral encephalitis may have remain- 
ing neurologic defects and seizures. 


Reye’s syndrome 


Reye’s syndrome is a special form of encephalitis 
coupled with liver dysfunction seen in young children 
and those in their early teens. 


Invariably, the individual who develops Reye’s 
syndrome has had an earlier viral infection from 
which they seemingly have recovered. Hours or days 
later they will begin to develop symptoms such as 
vomiting, convulsions, delirium, and coma. A virus 
such as the influenza virus, varicella (measles), and 
coxsackie virus are responsible. For reasons unknown, 
giving a child aspirin tablets to reduce fever accompa- 
nying a cold or flu can trigger Reye’s syndrome. 


At the time the nervous system begins to show 
signs of infection, the liver is also being affected. 
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KEY TERMS 


Blood-brain barrier—A blockade of cells separat- 
ing the circulating blood from elements of the cen- 
tral nervous system (CNS); it acts as a_ filter, 
preventing many substances from entering the cen- 
tral nervous system. 


Meninges—The tough, fibrous covering of the 
brain and spinal cord. 


Spinal cord—The long cord of nervous tissue that 
leads from the back of the brain through the spinal 
column, from which nerves branch to various areas 
of the body. Severing the cord causes paralysis in 
areas of the body below the cut. 


Fatty deposits begin to replace functional liver tissue. 
Similar fatty tissue can be found in the heart muscle 
and the kidneys. The relationship between the viral 
effects on the brain and the parallel liver damage is not 
known. 


Treatment is not specific to the virus, but is 
directed at relieving pressure on the brain and reduc- 
ing symptoms. The head of the bed can be elevated and 
the room left very cool. Care is taken to maintain 
blood sugar level at normal and not let it drop. Other 
blood factors such as sodium and potassium also fall 
quickly and must be corrected. 


The mortality rate for Reye’s syndrome can be as 
high as 25 to 50%. Early diagnosis and initiation of 
treatment play an important part in keeping the mor- 
tality low. Other factors, including age and severity of 
symptoms, affect the outcome. Some children who 
survive Reye’s syndrome will show signs of brain 
damage such as impaired mental capacity or seizures. 


Thus, it is important that children who contract 
one of the common childhood diseases of viral origin, 
such as mumps, measles, or chickenpox be watched 
closely to insure they do not develop symptoms of a 
brain infection from the same virus. 


Prevention 


Because encephalitis is due to infection, it may be 
prevented by avoiding the infection. Minimizing con- 
tact with others who have any of the viral illness listed 
above may reduce the chances of becoming infected. 
Most infections are spread by hand-to-hand or hand- 
to-mouth contact; frequent hand washing may reduce 
the likelihood of infection if contact cannot be 
avoided. 
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Mosquito-borne viruses may be avoided by pre- 
venting mosquito bites. Mosquitoes are most active at 
dawn and dusk, and are most common in moist areas 
with standing water. Minimizing exposed skin and use 
of mosquito repellents on other areas can reduce the 
chances of being bitten. 


Vaccines are available against some viruses, 
including polio, herpes B, Japanese encephalitis, and 
equine encephalitis. Rabies vaccine is available for 
animals; it is also given to people after exposure. 
Japanese encephalitis vaccine is recommended for 
those traveling to Asia and staying in affected rural 
areas during transmission season. 
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I Endangered species 


An endangered species of plant, animal, or micro- 
organism is at risk of imminent extinction or extirpa- 
tion in all or most of its range. Extinct species no 
longer exist anywhere on Earth, and once gone they 
are gone forever. Extirpated species have disappeared 
locally or regionally, but still survive in other regions 
or in captivity. Threatened species are at risk of 
becoming endangered in the foreseeable future. In 
the United States, the Endangered Species Act (ESA) 
of 1973 protects threatened and endangered species 
that meet specified criteria. Many nations have their 
own version of the ESA and, like the United States, are 
members of the World Conservation Union (IUCN), 
and signatories of the Convention on International 
Trade In Endangered Species of Wild Fauna and 
Flora (CITES). 


Species have become extinct throughout geologi- 
cal history. Biological evolution, driven by natural 
climate change, catastrophic geologic events, and 
competition from better-adapted species, has resulted 
in the extinction of billions of species since the advent 
of life on Earth about three billion years ago. In fact, 
according to the fossil record, only 2-4% of the species 
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that have existed on Earth exist today. In modern 
times, however, species threatened by human activities 
are becoming extinct at a rate that far exceeds the pace 
of extinction throughout most of geologic history. 
(The mass species extinctions that occurred at the 
end of the Paleozoic and Mesozoic eras are notewor- 
thy exceptions to this generalization. Geologic data 
show evidence that a cluster of very large meteorite 
impacts killed about 85% of Earth’s species, including 
the dinosaurs, about 65 million years ago at the end of 
the Mesozoic Cretaceous era.) Meteorite impacts not- 
withstanding, scientists approximate that present 
extinction rates are 1,000 to 10,000 times higher than 
the average natural extinction rate. 


Human causes of extinction and 
endangerment 


Human activities that influence the extinction and 
endangerment of wild species fall into a number of 
categories: (1) unsustainable hunting and harvesting 
that cause mortality at rates that exceed recruitment of 
new individuals, (2) land use practices like deforesta- 
tion, urban and suburban development, agricultural 
cultivation, and water management projects that 
encroach upon and/or destroy natural habitat, (3) 
intentional or unintentional introduction of destruc- 
tive diseases, parasites, and predators, (4) ecological 
damage caused by water, air, and soil pollution, and 
(5) anthropogenic (human-caused) global climate 
change. Alone, or in combination, these stressors 
result in small, fragmented populations of wild flora 
and fauna that become increasingly susceptible to 
inbreeding, and to the inherent risks of small abun- 
dance, also called demographic instability. Without 
intervention, stressed populations often decline fur- 
ther, and become endangered. 


Why are endangered species important? 


Sociopolitical actions undertaken to preserve 
endangered species and their natural habitats often 
conflict with human economic interests. In fact, efforts 
to protect an endangered species usually require an 
economic sacrifice from the very business or govern- 
ment that threatened the plant or animal in the first 
place. It is necessary, therefore, to define endangered 
species in terms of their aesthetic, practical, and eco- 
nomic value for humans. Preservation of endangered 
species is important and practical for a number of 
reasons: (1) organisms other than humans have intrin- 
sic moral and ethical value, and a natural right to exist, 
(2) many plants and animals have an established eco- 
nomic value, as is the case of domesticated species, and 
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The endangered golden frog, seen here in Central America. (JLM Visuals.) 


exploited wildlife like deer, salmon, and trees, (3) other 
species, including undiscovered medicinal plants and 
potential agricultural species, have as-yet unknown 
economic value, and (4) most species play a critical 
role in maintaining the health and integrity of their 
ecosystem, and are therefore indirectly important to 
human welfare. Such ecological roles include nutrient 
cycling, pest and weed control, species population 
regulation, cleansing chemical and organic pollution 
from water and air, erosion control, production of 
atmospheric oxygen, and removal of atmospheric car- 
bon dioxide. 


Rates of endangerment and extinction have 
increased rapidly in concert with human population 
growth. Though accelerating habit loss and extinction 
rates are hallmarks of the modern biodiversity crisis, 
the link between human enterprise and species extinc- 
tion has existed for almost 100,000 years, during which 
time Australia, the Americas, and the world’s islands 
lost 74-86% of their animals larger than 97 lb (44 kg). 
In North and South America, the disappearance of 
numerous large animals, including extraordinary spe- 
cies like mammoths, saber-toothed cats, giant ground 
sloths, and armored glyptodonts coincided with the 
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arrival of significant population of humans between 
11,000 and 13,000 years ago. More than 700 vertebrate 
animals, including about 160 species of birds and 100 
mammals, have become extinct since 1600 AD. 


There is no accurate estimate of the number of 
endangered species. A thorough census of Earth’s 
smallest and most numerous inhabitants—insects, 
marine microorganisms, and plants—has yet to be 
conducted. Furthermore, ecologists believe that a 
large percentage of Earth’s as-yet uncataloged biodi- 
versity resides in equatorial rainforests. Because 
human development is rapidly converting their trop- 
ical forest habitat into agricultural land and settle- 
ments, many of the unnamed species of tropical 
animals and plants are likely endangered. 


The 2006 IUCN Red List of Threatened Species 
lists 16,118 species of plants and animals facing immi- 
nent extinction. The Red List includes approximately 
1 in 5 mammal species, and | in 8 bird species. While 
only 3% of all plant species are included in the Red 
List; nearly one third of all gymnosperms are on the 
list. In the United States, where species must meet a 
stringent set of criteria to be listed as endangered 
under the ESA, in 2006 the list of endangered species 
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included 932 animal species and 599 plant species. The 
humid Southeast and the Pacific Northwest have the 
largest numbers of endangered species in the United 
States. These regions tend to have unique ecological 
communities with many narrowly-distributed endemic 
species, as well as extensive human urbanization and 
resource development that threaten them. 


There are numerous examples of endangered spe- 
cies. In this section, a few cases are chosen that illus- 
trate the major causes of extinction, the socioeconomic 
conflicts related to protection of endangered species, 
and some possible successful strategies for wildlife pro- 
tection and conflict resolution. 


Species endangered by unsustainable hunting 


Overhunting and overfishing have threatened ani- 
mal species since aboriginal Europeans, Australians, 
and Americans developed effective hunting technol- 
ogy thousands of years ago. The dodo, passenger 
pigeon, great auk, and Steller’s sea cow were hunted 
to extinction. Unsustainable hunting and fishing 
continue to endanger numerous animals worldwide. 
In the United States, many of the animals considered 
national symbols—bald eagle, grizzly bear, timber 
wolf, American bison, bighorn sheep, and Gulf of 
Mexico sea turtles—have been threatened by over- 
hunting. (American bison, incidentally, are no longer 
considered threatened, but they exist mainly in man- 
aged herds, and have never repopulated their wide 
range across the American and Canadian west.) 


The Eskimo curlew is a large sandpiper that was 
abundant in North America in the nineteenth century. 
The birds were relentlessly hunted by market gunners 
during their migration from the prairies and coasts 
of Canada and the United States to their wintering 
grounds on the pampas and coasts of South America. 
The Eskimo curlew became very rare by the end of the 
nineteenth century. The last observation of a curlew 
nest was in 1866, and the last “collection” of birds was 
in 1922. There have been a few reliable sightings of 
individuals in the Canadian Artic and small migrating 
flocks in Texas since then, but sightings are so rare that 
the species’ classification changes to extinct between 
each one. 


The Guadalupe fur seal was abundant along the 
coast of western Mexico in the nineteenth century, 
numbering as many as 200,000 individuals. This 
marine mammal was hunted for its valuable fur and 
almost became extinct in the 1920s. Fortunately, a 
colony of 14 seals, including pups, was discovered off 
Baja California on Guadalupe Island in 1950. 
Guadalupe Island was declared a pinnaped sanctuary 
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in 1975; the species now numbers more than 1,000 
animals, and has begun to spread throughout its for- 
mer range. The Juan Fernandez fur seal of Chile had 
a similar history. More than three million individuals 
were killed for their pelts between 1797 and 1804, when 
the species was declared extinct. The Juan Fernandez 
seal was rediscovered in 1965; and its population pres- 
ently numbers several thousand individuals. 


Commercial whaling for meat and oil since the 
eighteenth century has threatened most of the world’s 
baleen whale species, and several toothed whales, with 
extinction. (Baleen whales feed by straining microor- 
ganisms from seawater.) Faced with severe depletion 
of whale stock, 14 whaling nations formed the 
International Whaling Commission (IWC) in 1946. 
While the IWC was somewhat successful in restoring 
whale populations, it lacks authority to enforce hunt- 
ing bans, and non-member nations often threaten to 
disregard IWC directives. The Marine Mammal 
Protection Act of 1972 banned all whaling in United 
States waters, the CITES treaty protects all whale spe- 
cies, and many whales have been protected by the ESA. 
In spite of these measures, only a few whale species 
have recovered to their pre-whaling populations, and a 
number of species remain on the brink of extinction. 
Eight whales remain on the ESA list today: blue whale, 
bowhead whale, finback whale, gray whale, sei whale, 
humpback whale, right whale, and sperm whale. The 
California gray whale is a rare success story. This 
species was twice hunted near extinction, but it has 
recovered its pre-whaling population of about 21,000 
individuals. In 1994, the gray whale was delisted from 
the east Pacific Ocean, but remains an endangered 
species in the west Pacific Ocean. 


Large predators and trophies 


Many large predators are killed because they com- 
pete with human hunters for wild game like deer 
and elk, because they prey on domestic animals like 
sheep, or sometimes because they threaten humans. 
Consequently, almost all large predators whose for- 
mer range has been developed by humans have 
become extirpated or endangered. The list of endan- 
gered large predators in the United States includes 
most of the species that formerly occupied the top of 
the food chain, and that regulated populations of 
smaller animals and fishes: grizzly bear, black bear, 
gray wolf, red wolf, San Joaquin kit fox, jaguar, lynx, 
cougar, mountain lion, Florida panther, bald eagle, 
northern falcon, American alligator, and American 
crocodile. 


A number of generally harmless species are 
endangered because of their threatening appearance 
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or reputation, including several types of bats, condors, 
non-poisonous snakes, amphibians, and _ lizards. 
Internationally, many endangered species face extinc- 
tion because of their very scarcity. Though CITES 
agreements attempt to halt trade of rare animals and 
animal products, trophy hunters, collectors of rare 
pets, and traders of luxury animal products continue 
to threaten numerous species. International demand 
for products like elephant tusk ivory, rhino horn, 
aquarium fish, bear and cat skins, pet tropical birds, 
reptile leather, and tortoise shells have taken a toll on 
many of Earth’s most extraordinary animals. 


Endangerment caused by introduced species 


In many places, vulnerable native species have 
been decimated by non-native species imported by 
humans. Predators like domestic cats and dogs, herbi- 
vores like cattle and sheep, diseases, and broadly- 
feeding omnivores like pigs have killed, starved, and 
generally outcompeted native species after introduc- 
tion. Some destructive species introductions, like 
the importation of mongooses to the Pacific islands 
to control snakes, are intentional, but most of the 
damage caused by exotic species and diseases is 
unintended. 


For example, the native birds of the Hawaiian 
archipelago are dominated by a family of about 25 
species known as honeycreepers. Thirteen species of 
honeycreepers have been rendered extinct by intro- 
duced predators and habitat loss since Polynesians 
discovered the islands, and especially since European 
colonization. The surviving 12 species of honey- 
creepers are all endangered; they continue to face 
serious threats from introduced diseases, like avian 
malaria, to which they have no immunity. 


Deliberate introduction of the Nile perch caused 
terrible damage to the native fish population of Lake 
Victoria in eastern Africa. Fisheries managers stocked 
Lake Victoria, the world’s second-largest lake, with 
Nile Perch in 1954. In the 1980s the perch became a 
major fishery resource and experienced a spectacular 
population increase that was fueled by predation on 
the lake’s extremely diverse community of cichlid 
fishes. The collapse of the native fish community of 
Lake Victoria, which originally included more than 
400 species, 90% of which only occurred in Lake 
Victoria, resulted in the extinction of about one-half 
of Earth’s cichlid species. Today, most of the remain- 
ing cichlids are endangered, and many of those species 
exist only in captivity. 


Species living on islands are especially vulnerable 
to introduced predators. In one case, the accidental 
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introduction of the predatory brown tree snake to the 
Pacific island of Guam in the late 1940s caused a 
severe decline of native birds. Prior to the introduction 
of the snake there were 11 native species of birds on 
Guam, most of which were abundant. By the mid- 
1980s seven of the native species were extinct or extir- 
pated on Guam, and four more were critically endan- 
gered. The Guam rail, a flightless bird, is now extinct 
in the wild, although it survives in captivity and will 
hopefully be captive-bred and released to a nearby, 
snake-free island. 


Endangerment caused by habitat destruction 


Many species have become extinct or endangered 
as their natural habitat has been converted for human 
land-use purposes. The American ivory-billed wood- 
pecker, for example, once lived in mature, bottomland 
hardwood forests and cypress swamps throughout the 
southeastern United States. These habitats were heav- 
ily logged and/or converted to agricultural land by the 
early 1900s. For more than 40 years there were no 
reliable sightings of the American ivory-billed wood- 
pecker, and it was assumed to be extinct in North 
America. However, in 2002 and again in 2004, sight- 
ings of the ivory-billed woodpecker were confirmed in 
central Arkansas. Major efforts are underway to pro- 
tect this rare animals habitat. A related subspecies, the 
Cuban ivory-billed woodpecker, is also critically 
endangered because of habitat loss, as is the closely 
related imperial woodpecker of Mexico. 


The black-footed ferret was first discovered in the 
North American prairie in 1851. This small predator 
became endangered when the majority of its grassland 
habitat was converted to agricultural use. Farming in 
the American and Canadian plains also dramatically 
reduced the population of prairie dogs, the black- 
footed ferret’s preferred food. 


Furbish’s lousewort is an example of a botanical 
species endangered by habitat destruction. This herba- 
ceous plant only occurs along a 143-mi (230-km) reach 
of the St. John River in Maine and New Brunswick. It 
was considered extinct until a botanist “re-discovered” 
it in Maine in 1976. At that time, a proposed hydro- 
electric reservoir threatened the entire habitat of 
Furbish’s lousewort. In the end, the controversial 
dam was not built, but the lousewort remains threat- 
ened by any loss of its habitat. 


The northern spotted owl lives in the old-growth 
conifer forests of North America’s Pacific Northwest. 
These small owls require large areas of uncut forest to 
breed, and became endangered when their habitat was 
greatly reduced and fragmented by heavy logging. The 
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Environmental Species Act prescribes, and legally 
requires, preservation of large areas of extremely val- 
uable timberland to protect the northern spotted owl. 
Upon receiving its status as an endangered species, the 
otherwise unremarkable owl became a symbol of the 
conflict between environmental preservation and 
commercial enterprise. For environmentalists, endan- 
gered classification of northern spotted owl brought 
the possibility of protecting the forests from all exploi- 
tation; for timber industry workers, the decision rep- 
resented the government’s choice to preserve a small 
bird instead of their livelihood. Small stores on the 
back roads of the Pacific Northwest expressed their 
resentment for the ESA by advertising such specialties 
as “spotted owl barbeque” and activities as “spotted 
owl hunts.” 


Like the northern spotted owl, the endangered 
red-cockaded woodpecker of the southeastern 
United States requires old-growth pine forest to sur- 
vive. The woodpecker excavates nest cavities in heart- 
rotted trees, and younger plantation trees do not meet 
its needs. Suitable forests have been greatly diminished 
by conversion to agriculture, logging, and residential 
development. Natural disturbance like hurricanes and 
wildfires threaten the remaining diminished and frag- 
mented populations of red-cockaded woodpeckers. 
The ESA has attempted to protect the red-cockaded 
woodpecker by establishing ecological reserves and 
non-harvested buffers around known nesting colonies 
outside the reserves. Also like the spotted owl, the 
red-cockaded woodpecker is maligned by farmers, 
loggers, and developers for its role in their economic 
restriction. 


Tropical deforestation presents represents the sin- 
gle greatest threat to endangered species today, 
though destruction of coastal and shallow marine 
habitats associated with anthropogenic global warm- 
ing may present an even larger challenges in the future. 
While there was little net change (-2%) in the total 
forest cover of North America between the 1960s and 
the 1980s, the global area of forested land decreased by 
17% during that period. Conversion of species-rich 
tropical forests in Central America, South America, 
Africa, and the Pacific islands to unforested agricul- 
tural land accounts for most of the decline. (Ironically, 
tropical soils have such poor structure and nutrient 
content that they generally cannot support profitable 
agriculture once the forest biomass has been 
removed.) 


In the mid-1980s, tropical rainforests were being 
cleared at a rate of 15—20 million acres (6-8 million 
hectares) per year, or about 6-8% of the total equato- 
rial forest area. The causes of tropical deforestation 
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include conversion to subsistence and market agricul- 
ture, logging, and harvesting of fuelwood. All of these 
activities represent enormous threats to the multitude 
of endangered species native to tropical countries. 
Recent efforts to slow the rate of deforestation have 
included international financial and scientific aid to 
help poorer tropical nations protect important ecosys- 
tems, and to adopt new, more sustainable, methods of 
profitable resource use. 


Actions to protect endangered species 


Numerous international agreements deal with 
issues related to the conservation and protection of 
endangered species. The scientific effort to more accu- 
rately catalog species and better define the scope of 
biodiversity has dramatically raised the number of 
recorded threatened and endangered species in recent 
years. In spite of these shocking statistics of endanger- 
ment, there is a good deal of evidence that national and 
international efforts to preserve endangered species 
have been very successful. 


Some of the most important international conven- 
tions are ratified by most of the world’s nations, and have 
had significant power to enforce agreements in the deca- 
des since their introduction: (1) the 1971 Convention on 
Wetlands of International Importance that promotes 
wise use of wetlands and encourages designation of 
important wetlands as ecological reserves; (2) the 1972 
Convention Concerning the Protection of the World 
Cultural and Natural Heritage that designates of high- 
profile World Heritage Sites for protection of their nat- 
ural and cultural values; (3) the 1973 Convention on 
International Trade in Endangered Species of Wild 
Fauna and Flora (CITES); (4) the 1979 Convention on 
the Conservation of Migratory Species of Wild Animals 
of 1979 that deals with species that regularly cross 
national boundaries or that occur in international waters; 
and (5) the 1992 Convention on Biological Diversity 
(CBD). The CBD was presented by the United Nations 
Environment Program (UNEP) at the United Nations 
Conference on Environment and Development at Rio de 
Janeiro, Brazil in 1992, and has been regularly updated 
since then; the most recent conference of the CBD 
occurred in 2006 in Curitiba, Brazil. The CBD is a central 
element of another international program called the 
Global Biodiversity Strategy, a joint effort by the 
IUCN, UNEP, and the World Resources Institute to 
study and conserve biodiversity. 


Many countries, like the United States, have also 
undertaken their own actions to catalog and protect 
endangered species and other elements of biodiversity. 
Many of these national conservation efforts, like the 
ESA, have and international component that deals 
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KEY TERMS 


Endangerment—Refers to a situation in which a 
species is vulnerable to extinction or extirpation. 


Endemic—Refers to species with a relatively local 
distribution, sometimes occurring as small popula- 
tions confined to a single place, such as a particular 
oceanic island. Endemic species are more vulner- 
able to extinction than are more widespread 
species. 


Extinction—The condition in which all members of 
a group of organisms have ceased to exist. 


Extirpation—The condition in which a species is 
eliminated from a specific geographic area of its 
habitat. 


with species migration and trade across borders, and 
that mesh with the international conventions. Another 
important aspect of endangered species protection is 
collaboration with non-governmental organizations 
like the World Wildlife Fund, the Nature Conservancy 
and the Ocean Conservancy. The United States, for 
example, has a network of conservation data centers 
(CDCs) that gather and compile information on the 
occurrence and abundance of biological species and 
ecosystems that was designed and established by The 
Nature Conservancy. The Nature Conservancy has also 
facilitated development of CDCs in Canada and in 
Central and South America. 


International, national and non-governmental 
agencies attempting to conserve biodiversity and pro- 
tect endangered species choose whether to pursue sin- 
gle-species approaches that focus on _ particular 
species, or to develop more comprehensive strategies 
that focus on larger ecosystems. Because there are so 
many endangered species, many of which have not 
even been discovered, the single-species approach has 
obvious limitations. While the method works well for 
charismatic, large animals like giant pandas, grizzly 
bears, whales, and whooping cranes, this approach 
fails to protect most endangered species. More effec- 
tive strategies focus on entire natural ecosystems that 
include numerous, hidden elements of threatened bio- 
diversity. Furthermore, more conservation policies are 
attempting to consider the social, political, and eco- 
nomic ramifications of a species or environmental 
protection plan. As in the case of the northern spotted 
owl, policies that require large economic sacrifices and 
offer no immediate local benefits often alienate the 
very humans that could best help to preserve an 
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endangered species or ecosystem. Modern environ- 
mental protection strategies attempt to present alter- 
natives that permit sustainable human productivity. 


See also Stress, ecological. 
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I Endemic 


Generally, endemic is defined as anything character- 
istic or native to a particular local area or environment. 
In a biogeographic sense (referencing both biology and 
geography), the term refers to a distinct race or species 
that originated in a local place or region, and that has a 
geographically restricted distribution. Endemic species 
tend to occur in certain ecological contexts, being espe- 
cially frequent in places that are ecologically isolated, 
and that have not been affected by a regional-scale, 
catastrophic disturbance for a very long time. 


For example, islands situated in remote regions of 
the oceans are physically isolated from other land- 
masses and, thus, are likely to develop endemic spe- 
cies. The Hawaiian Islands are classic examples of 
isolated regions that support endemic species of 
organisms. In any cases, where such islands have con- 
tinuously supported ecosystems for a long period of 
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time (at least tens of thousands of years), their biota 
will mostly be composed of endemic species of plants 
and animals that are not found elsewhere. This attrib- 
ute of islandbiodiversity occurs because, under highly 
isolated conditions, evolution over long periods of 
time proceeds towards the development of new species 
from older, founder species. In itself, this process leads 
to the evolution of distinctly different, endemic races 
and species on remote islands. 


Moreover, the biotas of remote islands tend to be 
depauperate (lacking) in numbers of species, compared 
with any continental area of similar size and habitat 
type. As a result, competition among similar species 
tends to not be very intense in some types of island 
habitats, and there may be relatively broad niche oppor- 
tunities available to be exploited by plants and animals. 
Consequently, on the rare occasions when remote 
islands are successfully colonized by new species, these 
founders may be able to evolutionarily radiate, and 
develop a number of new species that are found 
nowhere else. Some of the more remarkable examples 
of evolutionary radiation of endemic species on oceanic 
islands include: (1) the 13 species of Darwin’s finches 
(subfamily Geospizinae of the finch family, Fringillidae) 
on the Galapagos Islands of the Pacific Ocean; (2) the 25 
species of honeycreepers (Drepanididae) of the 
Hawaiian Islands; and (3) the approximately 1,250 spe- 
cies of fruit flies (genus Drosophila) on the Hawaiian 
Islands. All of these diverse groups likely evolved by 
adaptive radiations into unfilled habitat opportunities 
of single, founder species. 


Therefore, because of the evolutionary influences 
of isolation and adaptive radiation on islands, these 
places tend to have many endemic species. For exam- 
ple, almost 900 species of birds, about 90% of all bird 
species, are endemic to oceanic islands. The native 
flora of the Hawaiian archipelago is estimated to 
have originally contained 2,000 species of angiosperm 
plants, of which 94 to 98% were endemic. Similarly, 
76% of the plants of the Pacific island of New 
Caledonia are endemic, as are 50% of those of Cuba, 
and 36% of those of Hispaniola. 


Habitat islands can also occur on land, in the form 
of isolated communities located within a dominant 
matrix of another type of ecosystem. Large numbers 
of endemic species may evolve over long periods of 
time in terrestrial habitat islands. This arrangement 
could be part of the basis of the evolution of the 
extraordinary species richness of tropical rainforests, 
which may have been contracted into isolated frag- 
ments during past episodes of dry climate. It is likely 
that more than 90% of the Earth’s species live in 
tropical forests, and most of these are endemics. 
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Endemic species are rare in places that have recently 
been subject to some sort of catastrophic, regional-scale 
disturbance. (Note that in the sense used here, recent on 
the evolutionary time scale means within the most 
recent, several tens of thousands of years.) For example, 
much of North America was covered by glacial ice up 
until about 10,000 to 12,000 years ago. Although most 
of that region has since supported vegetation for about 
ten thousand years, this has not been enough time to 
allow many endemic species to develop. Consequently, 
countries like Canada, which were entirely glaciated, 
have virtually no endemic species. 


Because endemic species have geographically 
restricted distributions, and they have often evolved in 
isolation from many types of diseases, predators, and 
competitors, they tend to be highly vulnerable to extinc- 
tion as a result of the activities of humans. About three- 
quarters of the species of plants and animals that are 
known to have become extinct during the past few cen- 
turies were endemics that lived on islands. For example, 
of the 108 species of birds that have become extinct 
during that period, 90% lived on islands. About 97% 
of the endemic plants of Lord Howe Island are extinct or 
endangered, as are 96% of those of Rodrigues and 
Norfolk Islands, 91% of those of Ascension Island, and 
81% of those of Juan Fernandez and the Seychelles 
Islands. Tremendous numbers of endemic species also 
occur in the tropical rainforests of continental regions. 
Most of these species are now endangered by the con- 
version of their habitat to agriculture, or by disturbances 
associated with forestry and other human activities. 


See also Biological community. 


Endive see Composite family 


l Endocrine system 


The endocrine system is the human body’s group 
of specialized organs and tissues that produce, store, 
and secrete chemical hormones. This network of nine 
glands and over 100 hormones that maintain and 
regulate numerous events throughout the body. The 
glands of the endocrine system include the pituitary, 
thyroid, parathyroids, thymus, pancreas, pineal, adre- 
nals, and ovaries or testes: in addition, the hypothal- 
amus, in the brain, regulates the release of pituitary 
hormones. Each of these glands secrete hormones 
(chemical messengers) into the blood stream. Once 
hormones enter the blood, they travel throughout the 
body and are detected by receptors that recognize 
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The human endocrine system. (Argosy. The Gale Group.) 
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specific hormones. These receptors exist on target cells 
and organs. Once a target site is bound by a particular 
hormone, a cascade of cellular events follows that 
culminates in the physiological response to a particu- 
lar hormone. 


The endocrine system differs from the exocrine 
system in that exocrine glands contain ducts that direct 
their hormones to specific sites; whereas endocrine 
hormones travel through blood until they reach their 
destination. The endocrine is also similar to the nerv- 
ous system, because both systems regulate body events 
and communicate through chemical messengers with 
target cells. However, the nervous system transmits 
neurotransmitters (also chemical messengers) between 
neighboring neurons via nerve extension, and neuro- 
transmitters do not generally enter the circulation. Yet, 
some overlap between hormones and neurotransmit- 
ters exists, which gives rise to chemical signals called 
neurohormones that function as part of the neuroen- 
docrine system. The endocrine system oversees many 
critical life processes involving metabolism, growth, 
reproduction, immunity, and homeostasis. The branch 
of medicine that studies endocrine glands and the hor- 
mones that they secrete is called endocrinology. 


History of endocrinology 


Although some ancient cultures noted biological 
observations grounded in endocrine function, modern 
understanding of endocrine glands and how they 
secrete hormones has evolved only in the last 300 
years. Ancient Egyptian and Chinese civilizations cas- 
trated (removed the testicles of) a servile class of men 
called eunuchs. It was noted that eunuchs were less 
aggressive than other men, but the link of this behav- 
ior to testosterone was not made until recently. 


Light was shed on endocrine function during the 
seventeenth and eighteenth centuries by a few signifi- 
cant advances. Seventeenth century English scientist, 
Thomas Wharton (1614-1673) noted the distinction 
between ductile and ductless glands. In the 1690s, 
Dutch scientist Fredrik Ruysch (1638-1731) first 
stated that the thyroid secreted important substances 
into the blood stream. A few decades later, Theophile 
Bordeu (1722-1776) claimed that “emanations” were 
given off by some body parts that influenced functions 
of other body parts. 


One of the greatest early experiments performed 
in endocrinology was published by A. A. Berthold 
(1803-1861) in 1849. Berthold took six young male 
chickens, and castrated four of them. The other two 
chickens were left to develop normally; thus, they were 
used comparatively as control samples. Two of the 
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castrated chickens were left to become chicken 
eunuchs. However, what Berthold did with the other 
two castrated chickens is what really changed endocri- 
nology. He transplanted the testes back into these two 
chickens at a distant site from where they were origi- 
nally. The two castrated chickens never matured into 
roosters with adult combs or feathers. However, the 
chickens that received transplanted testes did mature 
into normal adult roosters. This experiment revealed 
that hormones that could access the blood stream from 
any site would function correctly in the body and that 
hormones did, in fact, travel freely in the circulation. 


The same year Berthold published his findings, 
Thomas Addison (1793-1860), a British scientist, 
reported one of the first well documented endocrine 
diseases which was later named Addison’s disease 
(AD). AD patients all had a gray complexion with 
sickly skin; they also had weak hearts and insufficient 
blood levels of hemoglobin necessary for oxygen 
transport throughout the body. On autopsy, each of 
the patients Addison studied was found to have dis- 
eased adrenal glands. This disease can be controlled 
today if it is detected early. President John F. Kennedy 
(1917-1963) suffered from AD. 


Basic endocrine principles 


Most endocrine hormones are maintained at spe- 
cific concentrations in the plasma, the non-cellular, 
liquid portion of the blood. Receptors at set locations 
monitor plasma hormonal levels and inform the gland 
responsible for producing that hormone if levels are 
too high or too low for a particular time of day, 
month, or other life period. When excess hormone is 
present, a negative feedback loop is initiated such that 
further hormone production is inhibited. Most hor- 
mones have this type of regulatory control. However, 
a few hormones operate on a positive feedback cycle 
such that high levels of the particular hormone will 
activate release of another hormone. With this type of 
feedback loop, the end result is usually that the second 
hormone released will eventually decrease the initial 
hormone’s secretion. An example of positive feedback 
regulation occurs in the female menstrual cycle, where 
high levels of estrogen stimulate release of the pituitary 
hormone, luteinizing hormone (LH). 


All hormones are influenced by numerous factors. 
The hypothalamus can release inhibitory or stimulatory 
hormones that determine pituitary function. In addition, 
every physiological component that enters the circulation 
can affect some endocrine function. Overall, this system 
uses multiple bits of chemical information to hormonally 
maintain a biochemically balanced organism. 
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Endocrine hormones do not fall into any one 
chemical class, but most are either a protein (polypep- 
tides, peptides, and glycoproteins are also included in 
this category) or a steroid. Protein hormones bind cell- 
surface receptors and activate intracellular events that 
carry out the hormone’s response. Steroid hormones, 
on the other hand, usually travel directly into the cell 
and bind a receptor in the cell’s cytoplasm or nucleus. 
From there, steroid hormones (bound to their recep- 
tors) interact directly with genes in the DNA (deoxy- 
ribonucleic acid) to elicit a hormonal response. 


The pituitary 


The pituitary gland has long been called the master 
gland, because it secretes multiple hormones that, in turn, 
trigger the release of other hormones from other endo- 
crine sites. The pituitary is roughly situated behind the 
nose and is anatomically separated into two distinct 
lobes, the anterior pituitary (AP) and the posterior pitui- 
tary (PP). The entire pituitary hangs by a thin piece of 
tissue, called the pituitary stalk, beneath the hypothala- 
mus in the brain. The AP and PP are sometimes called the 
adenohypophysis and neurohypophysis, respectively. 


The PP secretes two hormones, oxytocin and anti- 
diuretic hormone (ADH), under direction from the 
hypothalamus. Direct innervation of the PP occurs 
from regions of the hypothalamus called the supraoptic 
and paraventricular nuclei. Although the PP secretes its 
hormones into the bloodstream through blood vessels 
that supply it, it is regulated in a neuroendocrine fash- 
ion. The AP, on the other hand, receives hormonal 
signals from the blood supply within the pituitary stalk. 


AP cells are categorized according to the hormones 
that they secrete. The hormone-producing cells of the 
AP include: somatotrophs, corticotrophs, thyrotrophs, 
lactotrophs, and gonadotrophs. Somatotrophs secrete 
growth hormone; corticotrophs secrete adrenocortico- 
tropic hormone (ACTH); thyrotrophs secrete thyroid 
stimulating hormone (TSH); lactotrophs secrete 
prolactin; and gonadotrophs secrete LH and follicle 
stimulatory hormone (FSH). Each of these hormones 
sequentially signals a response at a target site. While 
ACTH, TSH, LH, and FSH primarily stimulate other 
major endocrine glands, growth hormone and prolac- 
tin primarily coordinate an endocrine response directly 
on bones and mammary tissue, respectively. 


The pineal 


The pineal gland is a small cone-shaped gland 
believed to function as a body clock. The pineal is 
located deep in the brain just below the rear-most 
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portion of the corpus callosum (a thick stretch of 
nerves that connects the two sides of the brain). The 
pineal gland, also called the pineal body, has mystified 
scientists for centuries. Seventeenth century French 
mathematician and philosopher René Descartes 
(1596-1650) speculated that the pineal was the seat 
of the soul. However, its real function is somewhat 
less grandiose than that described by Descartes. 


The pineal secretes the hormone melatonin, which 
fluctuates on a daily basis with levels highest at night. 
Although its role is not well understood, some scien- 
tists believe that melatonin helps to regulate other 
diurnal events, because melatonin fluctuates in a 24- 
hour period. Exactly what controls melatonin levels is 
not well understood either; however, visual registra- 
tion of light may regulate the cycle. 


The thyroid 


The thyroid is a butterfly-shaped gland that wraps 
around the back of the esophagus. The two lobes of 
the thyroid are connected by a band of tissue called the 
isthmus. An external covering of connective tissue 
separates each lobe into another 20 to 40 follicles. 
Between the follicles are numerous blood and lymph 
vessels in another connective tissue called stroma. The 
epithelial cells around the edge of the follicles produce 
the major thyroid hormones. 


The major hormones produced by the thyroid are 
triiodothyronine (T3), thyroxine (T4), and calcitonin. 
T3 and T4 are iodine-rich molecules that fuel metab- 
olism. The thyroid hormones play several important 
roles in growth, metabolism, and development. The 
thyroid of pregnant women often become enlarged in 
late pregnancy to accommodate metabolic require- 
ments of both the woman and the fetus. 


Thyroid hormones accelerate metabolism in sev- 
eral ways. They promote normal growth of bones and 
increase growth hormone output. They increase the 
rate of lipid synthesis and mobilization. They increase 
cardiac output by increasing rate and strength of heart 
contractions. They can increase respiration, the num- 
ber of red blood cells in the circulation, and the 
amount of oxygen carried in the blood. In addition, 
they promote normal nervous system development 
including nerve branching. 


The parathyroids 


While most people have four small parathyroid 
glands poised around the thyroid gland, about 14% 
of the population have one or two additional 
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parathyroid glands. Because these oval glands are so 
small, the extra space occupied by extra glands does 
not seem to be a problem. The sole function of these 
glands is to regulate calcium levels in the body. 
Although this may seem like a simple task, the main- 
tenance of specific calcium levels is critical. Calcium 
has numerous important bodily functions. Calcium 
makes up 2 to 3% of adult weight with roughly 99% 
of the calcium in bones. Calcium also plays a pivotal 
role in muscle contraction and neurotransmitter 
secretion. 


The thymus 


In young children, the thymus extends into the 
neck and the chest, but after puberty, it begins to 
shrink. The size of the thymus in most adults is very 
small. Like some other endocrine glands, the thymus 
has two lobes connected by a stalk. The thymus 
secretes several hormones that promote the matura- 
tion of different cells of the immune system in young 
children. In addition, the thymus oversees the develop- 
ment and learning of a particular type of immune 
system cell called a T lymphocyte, or T cell. 


Although many details of thymal hormonal activ- 
ity are not clear, at least four thymal products have 
been identified that control T cell and B cell (antibody- 
producing immune cells) maturation. The four prod- 
ucts are: thymosin, thymic humoral factor (THF), 
thymic factor (TF), and thymopoietin. Because the 
viral disease, AIDS (acquired immune deficiency syn- 
drome), is characterized by T cell depletion, some 
AIDS treatment approaches have tried administering 
tymosin to boost T cell production. 


The pancreas 


The pancreas is a large endocrine and exocrine 
gland situated below and behind the stomach in the 
lower abdomen. The pancreas is horizontally placed 
such that its larger end falls to the right and its nar- 
rower end to the left. Clusters of exocrine pancreatic 
cells called acini secrete digestive enzymes into the 
stomach; while endocrine cells secrete hormones 
responsible for maintaining blood glucose levels. 


The endocrine cells of the pancreas are contained 
in the islets of Langerhans which are themselves 
embedded in a rich network of blood and lymph ves- 
sels. About one million islet cells make up about 2% of 
the total pancreas: the islet cells are quite small. The 
three major types of endocrine cells within the islets 
are alpha cells, beta cells, and delta cells. Beta cells 
make up about 70% of islet cells and secrete insulin. 
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Alpha cells, which secrete glucagon, comprise roughly 
20% of islet cells. Delta cells, which comprise up to 8% 
of islet cells, secrete somatostatin. Another pancreatic 
hormone, called pancreatic polypeptide, is secreted by 
F cells in the islets and has just recently been 
characterized. 


Insulin is secreted in response to high plasma 
glucose levels. Insulin facilitates glucose uptake into 
blood cells; thus, reducing plasma glucose levels. 
Glucagon has the opposite effect; low plasma glucose 
triggers the breakdown of stored glucogen in the liver 
and glucose release into the blood. By balancing these 
two hormones, the islets continually regulate circulat- 
ing glucose levels. Both hormones are contained 
within secretory vesicles in the cells that release them. 
In addition, the monitoring of blood glucose concen- 
trations are evaluated directly at the pancreas, as 
opposed to being mediated by another gland such as 
the pituitary. Moreover, nerve endings at the islets 
contribute in regulating insulin and glucagon secre- 
tion. The hormone somatotostatin is also released 
under conditions of increased blood glucose, gluca- 
gon, and amino acids. Somatostatin inhibits addi- 
tional insulin release. 


The overall effect of insulin is to store fuel in 
muscle and adipose tissue. It also promotes protein 
synthesis. Hence, insulin is said to be anabolic, which 
means that it works to build up instead of break down 
energy-storing molecules. Glucagon, however, is met- 
abolic, since it promotes glycogen breakdown. 
However, each of the pancreatic hormones is also 
considered to be paracrine, since they also modulate 
other pancreatic cells. 


Diabetes mellitus (DM) is a very serious endocrine 
disorder caused by insulin dysfunctions. In type 1 DM, 
the beta cells are defective and cannot produce enough 
insulin. Type II DM is caused by a lack of target cell- 
receptor responsiveness to available insulin. While 
type I requires regular insulin injections, type HI can 
be controlled with diet. 


The adrenals 


One of the two adrenals sit atop each kidney and 
are divided into two distinct regions, the cortex and 
the medulla. The outer area makes up about 80% of 
each adrenal and is called the cortex. In addition, the 
inner portion is called the medulla. The adrenals pro- 
vide the body with important buffers against stress 
while helping it adapt to stressful situations. 


The cells of the cortex form three distinct layers, 
the zona glomerulosa (ZG), the zona fasciculata (ZF), 
and the zona reticularis (ZR). All three layers secrete 
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steroid hormones. The ZG secretes mineralocorti- 
coids; the ZF secretes glucocorticoids; and the ZR 
secretes primary androgens. Cholesterol droplets are 
interspersed throughout the cortex for synthesis of 
cortical steroids. ACTH released from the anterior 
pituitary triggers glucocorticoids release from the 
ZF. The major glucocorticoid in humans is cortisol, 
which fluctuates in concentration throughout the day: 
the highest levels exist in the morning around 8 A.M. 
with the lowest levels around midnight. Both physical 
and emotional stress can affect cortisol secretion. 
The major human mileralocorticoid is aldosterone. 
Aldosterone acts on the kidneys and is important in 
regulating fluid balance. It triggers increased extracel- 
lular fluid that leads to increased blood pressure. 


Cells of the adrenal medulla, called chromaffin 
cells, secrete the hormones epinephrine (adrenaline) 
and non-epinephrine (nor-adrenaline). Chromaffin 
cells are neuroendocrine cells that function like some 
nerve fibers of the sympathetic nervous system. 
However, these cells are endocrine because the neuro- 
hormones that they release target distant organs. 
Although the effects of these two medullary hormones 
are the same whether they originate in the endocrine or 
the nervous system, endocrine hormonal effects are 
prolonged because they are removed more slowly 
from blood than from a nerve terminal. Both cortical 
and medullary hormones work together in emergen- 
cies, or stressful situations, to meet the physical 
demands of the moment. 


The ovaries 


The ovaries are located at the end of each fallopian 
tube in the female reproductive tract, and they produce 
the female reproductive hormones: estrogen, progester- 
one, and relaxin. Although the fluctuation of these 
hormones is critical to the female menstrual cycle, a 
hormone from the hypothalamus, called a releasing 
factor, initially triggers them. They enable gonado- 
trophs in the pituitary to release LH and FSH that, in 
turn, regulate part of the menstrual cycle. All of these 
hormones work together as part of the endocrine sys- 
tem to ensure fertility. They are also important for the 
development of sexual characteristics during puberty. 


Each month after puberty, females release a single 
egg (ovulation) when the pituitary releases LH. Prior to 
ovulation, the maturing egg releases increasing levels of 
estrogen that inform the pituitary to secrete LH. While 
an egg travels down the fallopian tube, progesterone is 
released that prevents another egg from beginning to 
mature. Once an egg is shed in the uterine lining (Gn 
menstruation) the cycle can begin again. During 


GALE ENCYCLOPEDIA OF SCIENCE 4 


pregnancy, high levels of circulating estrogen and pro- 
gesterone prevent another egg from maturing. Estrogen 
levels fall dramatically at menopause, signifying the end 
of menstrual cycling and fertility. Menopause usually 
occurs between the ages of 40 and 50 years. 


Endocrine regulation of the female reproductive 
tract does not stop during pregnancy. In fact, more sex 
hormones are released during pregnancy than during 
any other phase of female life. At this time, a new set of 
conditions support and protect the developing baby. 
Even cells of the developing embryo begin to release 
some hormones that keep the uterine lining intact for 
the first couple of months of pregnancy. High proges- 
terone levels prevent the uterus from contracting so 
that the embryo is not disturbed. Progesterone also 
helps to prepare breasts for lactation. Towards the end 
of pregnancy, high estrogen levels stimulate the pitui- 
tary to release the hormone, oxytocin, which triggers 
uterine contractions. Prior to delivery, the ovaries 
release the hormone, relaxin, a protein which causes 
the pelvic ligaments to become loose for labor. 


The testes 


The two testes are located in the scrotum, which 
hangs between the legs behind the penis. The testes is 
devoted primarily to sperm production, but the 
remaining cells, called Leydig cells, produce testoster- 
one. Testosterone caries out two important endocrine 
tasks in males: it facilitates sexual maturation, and it 
enables sperm to mature to a reproductively compe- 
tent form. Healthy men remain capable of fertilizing 
an egg throughout their post-pubertal life. However, 
testosterone levels do show a gradual decline after 
about the age of 40 years with a total drop of around 
20% by age 80 years. 


Testosterone also has the important endocrine 
function of providing sexual desire in both men and 
women. Although reproduction can occur without 
maximal desire, this added incentive increases the like- 
lihood of reproduction. Human sexual behavior is also 
influenced by several other factors including thoughts 
and beliefs. 


Endocrine disorders 


As much as 10% of the population will experience 
some endocrine disorder in their lifetime. Most endo- 
crine disorders are caused by a heightened or dimin- 
ished level of particular hormones. For example, 
excess growth hormone can cause giantism (unusually 
large stature). Tumors in endocrine glands are one of 
the major causes of hormone overproduction. 
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KEY TERMS 


Exocrine—Glands with ducts that direct hormones 
to a specific target. 


Hormone underproduction is often due to a muta- 
tion in the gene that codes for a particular hormone or 
the hormone’s receptor; even if the hormone is normal, a 
defective receptor can render the hormone ineffective in 
eliciting a response. The distinction between the pancre- 
atic endocrine disorders, diabetes mellitus types I and I, 
make this point very clearly. In addition, underproduc- 
tion of growth hormones can lead to dwarfism. 
Insufficient calcitonin from the thyroid can also lead to 
cretinism that is also characterized by diminished stature 
due to low calcium availability for bone growth. 


The importance of diet can not be overlooked in 
some endocrine disorders. For example, insufficient 
dietary iodine (required for T3 and T4 synthesis) can 
cause goiters. Goiters are enlarged thyroid glands 
caused by the thyroid’s attempt to compensate for 
low iodine with increased size. Certain endocrine 
imbalances can also cause mental problems ranging 
from poor ability to concentrate to mental retardation 
(as in cretinism). 


See also Chemoreception. 
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l Endoprocta 


The phylum Endoprocta is a group of more than 
100 species that closely resemble moss animals or mem- 
bers of the phylum Bryozoa. With the exception of the 
genus Urnatella all endoprocts are marine-dwelling 
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species. Like bryozoans they are sessile, found attached 
to a wide range of submerged objects such as rocks, 
shells, sponges, corals, and other objects. These tiny 
animals—the largest measures just 0.2 in (5 mm) in 
length—imay either live a solitary or colonial existence. 
All members of the phylum are filter feeders that extract 
plankton and other food particles from the water. 


Body form is rather consistent with most species 
consisting of a stalk and an oval calyx surrounded by 
tentacles. Solitary species are usually positioned on a 
short stalk while colonial species may have a large 
number of individual animals all arising from a single, 
spreading stalk. The top of the animal is dominated by 
a ring of short tentacles which are produced directly 
from the body wall and which may be withdrawn when 
the animal is not feeding. The mouth is set to one side 
of the ring, the anus on the opposite side. As with other 
small, filter-feeding organisms, a mass of tiny cilia line 
the inner side of the tentacles. When they beat, they 
create a downward current drawing water and food 
particles towards the animal, in between the tentacles 
and towards the mouth. From here, additional cilia 
continue the downward movement of food items 
towards the stomach. 


Asexual reproduction is common in both solitary 
and colonial species. Many endoprocts also produce 
male and female gametes. Fertilization is internal. 
Fertilized eggs develop into free-living larvae, which, 
can both swim and glide along the bottom. After a 
short period, the larva settles, attaches itself firmly to 
some substrate and undergoes metamorphosis. 


fl Endoscopy 


Endoscopy is the use of a thin, lengthy, flexible 
scope that can be inserted into the body for the diag- 
nosis and treatment of various conditions. Until the 
last third of the twentieth century, one of the limiting 
factors in the treatment of internal injuries or diseases 
was the need to perform open surgery. That meant 
general anesthesia, carrying out the operation, sewing 
up the incision, and allowing the patient to recuperate 
from the procedure for several days in the hospital. In 
some instances, such as trauma, the need for open 
surgery only added to the time involved for the patient 
to be treated. 


For many years surgeons had attempted various 
means to penetrate the interior of the body without the 
need for a major incision. 
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The use of x rays allowed observation of bones and, 
with some enhancement, certain organs and blood ves- 
sels. Although this procedure gave ample information 
about bone fractures and at times even bone cancer, 
X rays gave evidence of a tumor or other disease process 
without telling the physician what caused the condition. 
Knowing the tumor or disease was present did not 
remove the need for surgical treatment. 


Clearly, a method was needed to look into the 
body to observe a pathologic condition as it existed 
rather than as a shadow on an x-ray plate. 


As early as 1918, a physician named Takagi was 
attempting to use the technology of the day to examine 
the interior of joints. He used a cystoscope, an instru- 
ment used to examine the interior of the urinary blad- 
der, but immediately came upon major problems. The 
cystoscope was a rigid tube with a light on it that was 
inserted in the urethra to examine the urinary bladder. 
Because it was rigid, the instrument was not maneu- 
verable or flexible enough to be guided around various 
anatomic structures. The light on the cystoscope was 
at the far end and could easily be broken off inside the 
patient. Also the heat of the lamp, small as it was, soon 
heated the joint space to an unacceptable level, far too 
quickly for the doctor to carry out a thorough 
examination. 


Technology available by the late 1970s, however, 
solved these problems and allowed a specialty to begin 
that today is widespread and beneficial. The space age 
brought on the science of fiber optics, long strands of 
glass that could carry light and electricity over long 
distances, around corners, in a small bundle compared 
to copper wires. Using fiber optics, the light source for 
the endoscope could be housed in the handle end of the 
scope so that the light itself never entered the body. 
Fiber optics also allowed the instrument to be flexible 
so that the doctor could steer the end into whatever 
area was wanted. The efficiency of fiber optics in 
carrying light and images meant that the diameter of 
the endoscope could be reduced considerably com- 
pared with the few scopes then available. 


At first, the endoscope was called the arthroscope 
and used only to visualize the internal anatomy of 
joints such as the knee. Soon the scope was fitted with 
instruments such as scalpels and scissors to carry out 
surgery, a vacuum line to suck out any floating mate- 
rial that might interfere with the function of the joint, 
and a television camera so the physician, instead of 
peering through a small opening in the scope, could 
watch his progress on a larger television screen. 


With these and other refinements the endoscope 
now can be used to penetrate nearly any area of the 
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body, provide the physician with information on the 
condition of the area being examined, and the means 
to carry out surgical procedures through a tiny inci- 
sion. The patient usually is in and out of the treatment 
facility the same day and the recovery from such minor 
surgery is rapid. 


Like any other surgery, endoscopy is carried out 
in a sterile environment. The patient is positioned and 
appropriate anesthetic is administered. Often the area 
to be examined is filled with saline to expand the 
interior space and lift the overlying tissues from the 
area being examined. Saline is a mild salt solution. 
Through a small incision the tip of the endoscope is 
inserted into the joint space. The end of the endoscope 
being held by the surgeon has a “joy stick,” a lever that 
protrudes and that can be used to guide the tip of the 
endoscope from one area into another. A second 
endoscope may be needed to assist with surgery, pro- 
vide more light, maintain the saline environment, or 
for any of a number of other reasons. Using the lever 
the physician moves the tip of the endoscope with the 
TV camera from one area to another, examining the 
structures within the joint. 


The use of the endoscope to penetrate joints is 
called arthroscopy. It is an especially useful procedure 
in sports medicine where athletes often suffer knee 
injuries as the result of running, jumping, or being 
tackled. The ligaments that hold the lower leg bone, 
the tibia, to the upper leg bone, the femur, can be 
ruptured if the knee is twisted or hit from the side. 
Arthroscopy allows the surgeon to examine the details 
of the injury, determine whether a more radical proce- 
dure is needed, and if not, to repair the torn ligaments 
and remove any loose material from the joint using the 
arthroscope. The athlete will require a few weeks of 
physical therapy to regain full strength, but the actual 
surgery can be completed in only a short time and he 
will be out of the hospital the same day he enters. 


The laparoscope or peritoneoscope (so named 
because it penetrates the peritoneum, the lining of 
the abdominal cavity) is used to examine the interior 
of the abdomen. The scope tip with TV camera 
attached can be guided around, above, and under- 
neath the organs of the abdomen to determine the 
source of bleeding, the site of a tumor, or the probable 
cause of an illness. In the case of gallstones, which 
form in the gallbladder near the liver, the gallbladder 
can be removed using the surgical attachments. 
Suturing the stump of the gallbladder can also be 
accomplished using the attachments. 


The scope used to examine the inner surface of the 
lower digestive tract is the sigmoidoscope. It can be 
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KEY TERMS 


Arthroscope—Literally, “to examine the joint.” An 
instrument to examine the inside of a joint such as 
the knee. Sometimes called the arthroendoscope. 


Pathology—An abnormality or disease; differing 
from healthy. 


Peritoneum—A thin, fibrous sheet that lines the 
abdomen. 


passed into the colon to examine the walls of the intes- 
tine for possible cancer or other abnormal structures. 


Obviously, the physician using the endoscope 
must be highly knowledgeable about anatomy. 
Human anatomy as it appears through the lens of 
the scope is considerably different from its appearance 
on the page of a book or during open surgery. The 
physician must be able to recognize structures, which 
may appear distorted through the lens of the endo- 
scope, to determine the location of the tip of the endo- 
scope and to know where to maneuver the scope next. 
Training is carried out under the guidance of a physi- 
cian who has extensive experience with the endoscope. 


Resources 


PERIODICALS 

Bechtel, S. “Operating through a Keyhole.” Prevention 45 
(July, 1993): 72+. 

Frandzel, S. “The Incredible Shrinking Surgery.” American 
Health 13 (April, 1994): 80-84. 

OTHER 


Imaginis. “Medical Procedures: Endoscopy” <http:// 
www.imaginis.com/endoscopy/> (accessed November 
24, 2006). 

World Gastroenterology Organisation. “The History and 
Impact of Flexible Endoscopy” <http://www.omge. 
org/publications/archive/2001_3/lect/lect1.htm> 
(accessed November 24, 2006). 


Larry Blaser 


| Endothermic 


Endothermic refers to a reaction that that absorbs 
heat from the environment. The term is often used in 
physiology, in reference to organisms that metabolically 
generate heat to maintain their body temperature. 


1578 


It may also be used in chemistry, in reference to a 
chemical reaction or phase transition that absorbs heat. 


Heat is a form of energy expressed in units of 
joules or calories. The heat consumed or released in a 
chemical reaction is known as the enthalpy change, if 
measured at a constant pressure, or the energy change, 
if measured at a constant volume. The heat consumed 
may not be the same under these different conditions, 
because energy may be transferred to or from the 
reaction in the form of work, if it occurs at a constant 
pressure. A positive enthalpy or energy change indi- 
cates that a reaction is endothermic. The evaporation 
of water is a familiar, endothermic reaction. When 
water moves from a liquid phase to a gaseous phase, 
it absorbs heat; that is why drying objects usually feel 
cool when touched. 


Physiologists use the term endothermic when 
referring to organisms classified as endotherms, such 
as mammals or birds. Endothermic organisms main- 
tain their body temperature above that of their 
surroundings by maintaining a high metabolic rate. 
(Metabolism refers to the material and energy trans- 
formations within an organism.) These transforma- 
tions are highly exothermic, causing the endotherm’s 
body temperature to remain high. The fact that endo- 
thermic organisms derive heat from exothermic 
chemical reactions can lead to some confusion. 


See also Temperature regulation. 


Endothermic reaction see Chemical 
reactions 


fl Energy 


Energy is commonly defined as the capacity to do 
work. Since work is defined as the action of a force 
through a distance, energy can also be described as the 
ability to make a force act through a distance. For 
example, a rocket motor exerts force against a rocket, 
accelerating it through space. In doing so, the rocket 
expends energy. A rocket can move through space at 
any velocity without expending energy, as long as its 
motor is not firing. Likewise, lifting a stone requires 
energy, because a force equal to or greater than the 
weight of the stone must be exerted through the height 
the stone is moved; but a falling stone expends no 
energy. 


Unlike matter, energy can not be taken hold of or 
placed on a laboratory bench for study. We know the 
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nature and characteristics of energy best because of 
the effect it has on objects around it, as in the case of 
the bar magnet and iron filings mentioned above. 


Energy is described in many forms, including 
mechanical, heat, electrical, magnetic, sound, chemi- 
cal, and nuclear. Although these forms appear to be 
very different from each other, they often have much 
in common and can generally be transformed into one 
another. 


Over time, a number of different units have been 
used to measure energy. In the British system, for 
example, the fundamental unit of energy is the foot- 
pound. One foot-pound is the amount of energy that 
can move a weight of one pound a distance of one foot. 
In the metric system, the fundamental unit of energy is 
the joule (abbreviation: J), named after the English 
scientist James Prescott Joule (1818-1889). A joule is 
the amount of energy that can move a weight of one 
newton a distance of one meter. 


Potential and kinetic energy 


Every object has energy as a consequence of its 
position in space and/or its motion. For example, a 
baseball poised on a railing at the top of the observa- 
tion deck on the Empire State Building has potential 
energy because of its ability to fall off the railing and 
come crashing down onto the street. The potential 
energy of the baseball—as well as that of any other 
object—is dependent on two factors, its mass and its 
height above the ground. The formula for potential 
energy is p.e. = m x g x h, where m stands for mass, h 
for height above the ground, and g for the gravita- 
tional constant (9.8 m per second per second). 


Potential energy of position is a manifestation of 
the gravitational attraction of two bodies for each 
other. The baseball on top of the Empire State Building 
has potential energy because of the gravitational force 
that tends to bring the ball and Earth together. When 
the ball falls, both Earth and ball are actually moving 
toward each other. Since Earth is so many times more 
massive than the ball, however, we do not see its very 
minute motion. 


When an object falls, at least part of its potential 
energy is converted to kinetic energy, the energy due to 
an object’s motion. The amount of kinetic energy 
possessed by an object is a function of two variables, 
its mass and its velocity. The formula for kinetic 
energy is k.e. = 1/2m x v*, where m is the mass of 
the object and vis its velocity. This formula shows that 
an object can have a lot of kinetic energy for two 
reasons. It can either be very heavy or it can be moving 
very fast. For that reason, a fairly light baseball falling 
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over a very great distance and traveling at a very great 
speed can do as much damage as a much more massive 
object falling at a slower speed. 


Conservation of energy 


The sum total of an object’s potential and kinetic 
energy is known as its mechanical energy. The total 
amount of mechanical energy possessed by a body is a 
constant. The baseball described above has a maxi- 
mum potential energy and minimum kinetic energy 
(actually a zero kinetic energy) while at rest. In the 
fraction of a second before the ball has struck the 
ground, its kinetic energy has become a maximum 
and its potential energy has reached almost zero. 


The case of the falling baseball described above is a 
special interest of a more general rule known as the law 
of conservation of energy. According to this law, energy 
can never be created or destroyed. In other words, the 
total amount of energy available in the universe remains 
constant and can never increase or decrease. 


Although energy can never be created or 
destroyed, it can be transformed into new forms. In 
an electric iron, for example, an electrical current 
flows through metallic coils within the iron. As it 
does so, the current experiences resistance from the 
metallic coils and is converted into a different form, 
heat. A television set is another device that operates by 
the transformation of energy. An electrical beam from 
the back of the television tube strikes a thin layer of 
chemicals on the television screen, causing them to 
glow. In this case, electrical energy is converted into 
light. All of the modern appliances that we use trans- 
form of energy from one form to another. 


In the early 1900s, Albert Einstein announced 
perhaps the most surprising energy transformation of 
all. Einstein showed by mathematical reasoning that 
energy can be converted into matter and vice versa. He 
expressed the equivalence of matter and energy in a 
now famous equation, E = mc’, where E is energy, m 
is mass, and c is a constant, the speed of light. 


Forms of energy 


The operation of a steam engine is an example of 
heat being used as a source of energy. Hot steam is 
pumped into a cylinder, forcing a piston to move within 
the cylinder. When the steam cools off and changes 
back to water, the piston returns to its original position. 
The cycle is then repeated. The up-and-down motion of 
the piston is used to turn a wheel or do some other kind 
of work. In this example, the heat of the hot steam is 
used to do work on the wheel or some other object. 
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Energy 


The source of heat energy is the motion of mole- 
cules within a substance. In the example above, steam 
is said to be “hot” because the particles of which it is 
made are moving very rapidly. When those particles 
slow down, the steam has less energy. The total 
amount of energy contained within any body as a 
consequence of particle motion is called the body’s 
thermal energy. 


One measure of the amount of particle motion 
within a body is temperature. Temperature is a meas- 
ure of the average kinetic energy of the particles within 
the body. An object in which particles are moving very 
rapidly on average has a high temperature. One in 
which particles are moving slowly on average has a 
low temperature. 


Temperature and thermal energy are different 
concepts, however, because temperature measures 
only the average kinetic energy of particles, while 
thermal energy measures the total amount of energy 
in an object. A thimbleful of water and a swimming 
pool of water might both have the same temperature, 
that is, the average kinetic energy of water molecules 
in both might be the same. But there is a great deal 
more water in the swimming pool, so the total thermal 
energy in it is much greater than the thermal energy of 
water in the thimble. 


Electrical energy 


Suppose that two ping pong balls, each carrying 
an electrical charge, are placed near to each other. If 
free to move, the two balls have a tendency either to 
roll toward each other or away from each other, 
depending on the charges. If the charges they carry 
are the same (both positive or both negative), the two 
balls will repel each other and roll away from each 
other. If they charges are opposite, the balls will 
attract each other and roll toward each other. The 
force of attraction or repulsion of the two balls is a 
manifestation of the electrical potential energy exist- 
ing between the two balls. 


Electrical potential energy is analogous to gravita- 
tional energy. In the case of the latter, any two bodies 
in the universe exert a force of attraction on each other 
that depends on the masses of the two bodies and the 
distance between them. Any two charged bodies in the 
universe, on the other hand, experience a force of 
attraction or repulsion (depending on their signs) 
that depends on the magnitude of their charges and 
the distance separating them. A lightning bolt travel- 
ing from the ground to a cloud is an example of 
electrical potential energy that has suddenly been con- 
verted to it “kinetic” form, an electrical current. 
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An electrical current consists of moving electrical 
charges and flows any time three conditions are met. 
First, there must be a source of electrical charges. A 
battery is a familiar source of electrical charges. 
Second, there must be a pathway through which the 
electric charges can flow. The pathway is known as a 
circuit. Third, there must usually be an electric field to 
cause the charges to move. 


An electric current is useful, however, only if a 
third condition is met—the presence of some kind of 
device that can be operated by it. For example, one 
might insert a radio into the circuit through which 
electrical charges are flowing. When that happens, 
the electrical charges flow through the radio and 
make it produce sounds. That is, electrical energy is 
transformed into sound energy within the radio. 


Magnetic energy 


A magnet is a piece of metal that has the ability to 
attract iron, nickel, cobalt, or certain specific other 
kinds of metal. Every magnet contains two distinct 
regions, one known as the north pole and one, the 
south pole. As with electrical charges, unlike poles 
attract each other and like poles repel each other. 


Masses set up gravitational fields, charges set up 
electric fields, and magnets set up magnetic fields. A 
field is physical influence in a region in space that can 
cause a magnetic, electrical, or other kind of force to 
be experienced. For example, imagine that a piece of 
iron is placed at a distance of 2 in (5 cm) from a bar 
magnet. If the magnet is strong enough, it may pull on 
the iron strongly enough to cause it to move. The piece 
of iron is said to be within the magnetic field of the bar 
magnet. 


The concept of a field was, at one time, a difficult 
one for scientists to accept. How could one object exert 
a force on another object if the two were not in contact 
with each other? 


One of the great discoveries in the history of 
physics was made by the English physicist James 
Clerk Maxwell (1831-1879) in the late nineteenth cen- 
tury. Maxwell found that the two major forms of 
energy known as electricity and magnetism are not 
really different from each other, but are instead closely 
associated with each other. That is, every electrical 
current has associated with it a magnetic field and 
every changing magnetic field creates its own electrical 
current. 


As a result of Maxwell’s work, it is often more 
correct to speak of electromagnetic energy, a form 
of energy that has both electrical and magnetic 
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components. Scientists now know that a number of 
seemingly different types of energy are all actually 
forms of electromagnetic energy. These include 
X rays, gamma rays, ultraviolet light, visible light, 
infrared radiation, radio waves, and microwaves. 
These forms of electromagnetic energy differ from 
each other in terms of the wavelength and frequency 
of the energy wave on which they travel. The waves 
associated with x rays, for example, have very short 
wavelengths and very high frequencies, while the 
waves associated with microwaves have much longer 
wavelengths and much lower frequencies. 


Sound, chemical, and nuclear energy 


When sound is created, sound waves travel 
through space, creating compressions (areas of higher 
pressure) in some regions and rarefactions (areas of 
lower pressure) in other regions. When these sound 
waves strike the human eardrum, they cause the drum 
to vibrate, creating the sensation of sound in the brain. 
Similar kinds of sound waves are responsible for the 
destruction caused by explosions. The sound waves 
collide with building, trees, people, and other objects, 
causing damage to them. 


Chemical energy is a form of energy that results 
from the forces of attraction that hold atoms and other 
particles together in molecules. In water, for example, 
hydrogen atoms are joined to oxygen atoms by means 
of strong forces known as chemical bonds. If those are 
broken, the forces are released in the form of chemical 
energy. When a substance is burned, chemical energy 
is released. Burning (combustion or oxidation) is the 
process by which chemical bonds in a fuel and in oxy- 
gen molecules are broken and new chemical bonds are 
formed. The total energy in the new chemical bonds is 
less than it was in the original chemical bonds, and the 
difference is released in the form of chemical energy. 


Nuclear energy is similar to chemical energy 
except that the bonds involved are those that hold 
together the particles of a nucleus, protons and neu- 
trons. The fact that most atomic nuclei are stable is 
proof that some very strong nuclear forces exist. 
Protons are positively charged and one would expect 
that they would repel each other, blowing apart a 
nucleus. Since that does not happen, some kinds of 
force must exist to hold the nucleus together. 


One such force is known as the strong force. If 
something happens to cause a nucleus to break apart, 
the strong force holding two protons together is 
released in the form of nuclear energy. That is what 
happens in an atomic (fission) bomb. A uranium 
nucleus breaks apart into two roughly equal pieces, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Conservation of energy—A law of physics that says 
that energy can be transformed from one form to 
another, but can be neither created nor destroyed. 


Field—A region in space in which a magnetic, 
electrical, or some other kind of force can be 
experienced. 


Joule—The unit of measurement for energy in the 
metric system. 


Kinetic energy—The energy possessed by a body as 
a result of its motion. 


Magnetic pole—The region of a magnetic in which 
magnetic force appears to be concentrated. 


Potential energy—The energy possessed by a body 
as a result of its position. 


Temperature—A measure of the average kinetic 
energy of all the elementary particles in a sample 
of matter. 


Thermal energy—tThe total amount of energy con- 
tained within any body as a consequence of the 
motion of its particles. 


and some of the strong force holding protons together 
is released as nuclear energy. The resulting fragments 
weigh slightly less than the original atom, and the mass 
lost is equal to the energy released. 


David E. Newton 


l Energy budgets 


An energy budget describes the ways in which 
energy is transformed from one state to another within 
some defined system, including an analysis of inputs, 
outputs, and changes in the quantities stored. 
Ecological energy budgets focus on the use and trans- 
formations of energy in the biosphere or its 
components. 


Solar electromagnetic radiation is the major input 
of energy to Earth. This external source of energy 
helps to heat the planet, evaporate water, circulate 
the atmosphere and oceans, and sustain ecological 
processes. Ultimately, all of the solar energy absorbed 
by Earth is re-radiated back to space, as electromag- 
netic radiation of a longer wavelength than what was 
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originally absorbed. Earth maintains a virtually per- 
fect energetic balance between inputs and outputs of 
electromagnetic energy. 


Earth’s ecosystems depend on solar radiation as an 
external source of diffuse energy that can be utilized by 
photosynthetic autotrophs, such as green plants, to 
synthesize simple organic molecules such as sugars 
from inorganic molecules such as carbon dioxide and 
water. Plants use the fixed energy of these simple 
organic compounds, plus inorganic nutrients, to synthe- 
size an enormous diversity of biochemicals through 
various metabolic reactions. Plants utilize these bio- 
chemicals and the energy they contain to accomplish 
their growth and reproduction. Moreover, plant bio- 
mass is directly or indirectly utilized as food by the 
enormous numbers of heterotrophic organisms that 
are incapable of fixing their own energy. These organ- 
isms include herbivores that eat plants, carnivores that 
eat animals, and detritivores that feed on dead biomass. 


Worldwide, the use of solar energy for this ecolog- 
ical purpose is relatively small, accounting for much 
less than 1% of the amount received at Earth’s surface. 
Although this is a quantitatively trivial part of Earth’s 
energy budget, it is clearly very important qualitatively, 
because this is the absorbed and biologically fixed 
energy that subsidizes all ecological processes. 


Forms of energy 


Energy is defined as the ability, or potential abil- 
ity, of a body or system to do work. Energy can be 
measured in various units, such as the calorie, defined 
as the amount of energy required to raise the temper- 
ature of one gram of pure water by one degree Celsius. 
(Note that the dietician’s calorie [the large calorie 
or kilogram calorie] is equivalent to one thousand of 
these calories [the small calorie or gram calorie], or one 
kilocalorie.) The Joule (J) is another unit of energy. 
One joule is generally defined as the amount of work 
required to lift a weight of 1 kg by 10 cm on the surface 
of Earth. It is equivalent to 0.24 calories. In addition, 
one calorie (small calorie) is equal to about 4.184 J. 


Energy can exist in various states, all of which are 
interchangeable through various sorts of physical/ 
chemical transformations. The basic categories of 
energy are: electromagnetic, kinetic, and potential, 
but each of these can also exist in various states. 


Electromagnetic energy is the energy of photons, or 
quanta of energy that have properties of both particles 
and waves, and that travel through the vacuum of space 
at a constant speed of approximately 3 x 10° meters per 
second (that is, at the speed of light). The components 
of electromagnetic energy are characterized on the basis 
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of wavelength ranges, which ordered from the shortest 
to longest wavelengths are known as: gamma, x ray, 
ultraviolet, light or visible, infrared, and radio. All 
bodies with a temperature greater than absolute zero 
(that is, -459°F [-273°C], or zero degrees on the Kelvin 
scale [OK]) emit electromagnetic energy at a rate and 
spectral quality that is strictly determined by their sur- 
face temperature. Relatively hot bodies have much 
larger emission rates and their radiation is dominated 
by shorter wavelengths, compared with cooler bodies. 
The sun has a surface temperature of about 11,000°F 
(6,093°C). Most of its radiation is in the wavelength 
range of visible light (0.4 to 0.7 em or micrometers) and 
shorter-wave infrared (0.7 to 2.0 2m), while Earth has 
a surface temperature of about 77°F (25°C) and its 
radiation peaks in the longer-wave infrared range at 
about 10 zm. 


Kinetic energy is the energy of dynamic motion, of 
which there are two basic types, the energy of moving 
bodies, and that of vibrating atoms or molecules. The 
later is also known as thermal energy, and the more 
vigorous the vibration, the greater the heat content. 


Potential energy has the capacity to do work, but 
it must be mobilized to do so. Potential energy occurs 
in various forms. Chemical potential energy is stored 
in the inter-atomic bonds of molecules. This energy 
can be liberated by so-called exothermic reactions, 
which have a net release of energy. For example, heat 
is released when the chemically reduced sulfur of sul- 
fide minerals is oxidized to sulfate, and when crystal- 
line sodium chloride is dissolved into water. All 
biochemicals also store potential energy, equivalent 
to 4.6 kilocalories per gram of carbohydrate, 4.8 
Keal/g of protein, and 6.0 to 9.0 Kcal/g of fat. 


Gravitational potential energy is stored in mass that 
is elevated above some gravitationally attractive surface, 
as when water occurs above the surface of the oceans, or 
any object occurs above the ground surface. Unless 
obstructed, water spontaneously flows downhill, and 
objects fall downwards in response to gradients of grav- 
itational potential energy. Other types of potential 
energy are somewhat less important in terms of ecolog- 
ical energy budgets, but they include potential energies 
of compressed gases, electrical potential gradients asso- 
ciated with voltage differentials, and the potential energy 
of matter, which can be released by nuclear reactions. 


Energy transformations and the laws of 
thermodynamics 


As noted previously, energy can be transformed 
among its various states. Electromagnetic energy, for 
example, can be absorbed by a dark object and 
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converted to thermal kinetic energy. This action 
results in an increased temperature of the absorbing 
body. As another example, gravitational potential 
energy of water high on a plateau can be transformed 
into the kinetic energy of moving water and heat at a 
waterfall, or it can be mobilized by humans to drive a 
turbine and generate electrical energy. Thirdly, solar 
electromagnetic radiation can be absorbed by the 
chlorophyll of green plants, and some of the absorbed 
energy can be converted into the chemical potential 
energy of sugars, and the rest converted into heat. 


All transformations of energy must occur accord- 
ing to certain physical principles, known as the laws of 
thermodynamics. These are universal laws; which 
means that they are always true, regardless of circum- 
stances. The first law states that energy can undergo 
transformations among its various states, but it is never 
created nor destroyed—so the energy content of the 
universe remains constant. A consequence of this law 
for energy budgets is that there must always be a zero 
balance between the energy inputs to a system, the 
energy outputs, and any net storage within the system. 


The second law of thermodynamics states that 
transformations of energy can only occur spontane- 
ously under conditions in which there is an increase in 
the entropy of the universe. (Entropy is related to 
randomness of the distributions of matter and energy). 
For example, Earth is continuously irradiated by solar 
radiation, mostly of visible and near-infrared wave- 
lengths. Some of this energy is absorbed, which heats 
the surface of Earth. The planet cools itself in various 
ways, but ultimately this is done by radiating its own 
electromagnetic radiation back to space, as longer- 
wave infrared radiation. The transformation of rela- 
tively short-wave solar radiation into the longer-wave 
radiation emitted by Earth represents a degradation of 
the quality of the energy, and an increase in the 
entropy of the universe. 


A corollary, or secondary proposition of the sec- 
ond law of thermodynamics is that energy transforma- 
tions can never be completely efficient, because some 
of the initial content of energy must be converted to 
heat so that entropy can be increased. Ultimately, this 
is the reason why no more than about 30% of the 
energy content of gasoline can be converted into the 
kinetic energy of a moving automobile. It is also the 
reason why no more than about 40% of the energy of 
coal can be transformed into electricity in a modern 
generating station. Similarly, there are upper limits to 
the efficiency by which green plants can photosyn- 
thetically convert visible radiation into biochemicals, 
even in ecosystems in which ecological constraints 
related to nutrients, water, and space are optimized. 
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Interestingly, plants absorb visible radiation emit- 
ted by the sun, and use this relatively dispersed energy 
to fix simple inorganic molecules such as carbon diox- 
ide, water, and other nutrients into very complex and 
energy-dense biochemicals. Heterotrophic organisms 
then use the biochemicals of plant biomass to synthe- 
size their own complex biochemicals. Locally, these 
various biological syntheses represent energy trans- 
formations that substantially decrease entropy, rather 
than increase it. This occurs because relatively dis- 
persed solar energy and simple compounds are 
focused into the complex biochemicals of living 
organisms. 


Are biological transformations not obeying the 
second law of thermodynamics? This seeming physical 
paradox of life can be successfully rationalized, using 
the following logic: The localized bio-concentrating of 
negative entropy can occur because there is a constant 
input of energy into the system, in the form of solar 
radiation. If this external source of energy was termi- 
nated, then all of the negative entropy of organisms 
and organic matter would rather quickly be sponta- 
neously degraded, producing heat and simple inor- 
ganic molecules, and thereby increasing the entropy 
of the universe. This is why life and ecosystems cannot 
survive without continual inputs of solar energy. 
Therefore, the biosphere can be considered to repre- 
sent a localized island, in space and time, of negative 
entropy, fueled by an external (solar) source of energy. 
There are physical analogues to these ecological cir- 
cumstances—if external energy is put into the system, 
relatively dispersed molecules of gases can be concen- 
trated into a container, as occurs when a person blows 
energetically to fill a balloon with air. Eventually, 
however, the balloon pops, the gases re-disperse, the 
original energy input is converted into heat, and the 
entropy of the universe is increased. 


Physical energy budgets 


Physical energy budgets consider a particular, 
defined system, and then analyze the inputs of energy, 
its various transformations and storages, and the 
eventual outputs. This concept can be illustrated by 
reference to the energy budget of Earth. 


The major input of energy to Earth occurs as solar 
electromagnetic energy. At the outer limits of Earth’s 
atmosphere, the average rate of input of solar radia- 
tion is 2.00 calories per cm? per minute (this flux is 
known as the solar constant). About half of this energy 
input occurs as visible radiation, and half as near- 
infrared. As noted previously, Earth also emits its 
own electromagnetic radiation, again at a rate of 
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2.00 cal/em?/min, but with a spectrum that peaks in 
the longer-wave infrared, at about 10 2m. Because 
the rate of energy input equals the rate of output, 
there is no net storage of energy, and no substantial, 
longer-term change in Earth’s surface temperature. 
Therefore, Earth represents a zero-sum, energy flow- 
through system. (Actually, over geological time there 
has been a small storage of energy, occurring as an 
accumulation of under-composed biomass that even- 
tually transforms geologically into fossil fuels. There 
are also minor, longer-term variations of Earth’s tem- 
perature surface that represent climate change. 
However, these represent quantitatively trivial excep- 
tions to the preceding statement about Earth as a zero- 
sum, flow-through system for energy.) Although the 
amount of energy emitted by Earth eventually equals 
the amount of solar radiation that is absorbed, there 
are some ecologically important transformations that 
occur between these two events. 


The most important ways by which Earth deals 
with its incident solar radiations are: 


- An average of about 30% of the incident solar energy 
is reflected back to outer space by Earth’s atmos- 
phere or its surface. This process is related to 
Earth’s albedo, which is strongly influenced by the 
solar angle, the amounts of cloud cover and atmos- 
pheric particulates, and to a lesser degree by the 
character of Earth’s surface, especially the types 
and amount of water (including ice) and vegetation 
cover. 


About 25% of the incident energy is absorbed by 
atmospheric gases, vapors, and particulates, con- 
verted to heat or thermal kinetic energy, and then 
re-radiated as longer-wavelength infrared radiation. 


About 45% of the incident radiation is absorbed at 
Earth’s surface by living and non-living materials, 
and is converted to thermal energy, increasing the 
temperature of the absorbing surfaces. Over the lon- 
ger term (that is, years) and even the medium term 
(that is, days) there is little or no net storage of heat. 
Virtually all of the absorbed energy is re-radiated by 
the surface as long-wave infrared energy, with a 
wavelength peak of about 10 em. 


Some of the thermal energy of surfaces causes water 
to evaporate from plant and non-living surfaces (see 
entry on evapotranspiration), or it causes ice or snow 
to melt. 


Because of the uneven distribution of thermal energy 
on Earth’s surface, some of the absorbed radiation 
drives mass-transport, distributional processes, such 
as winds, water currents, and waves on the surface of 
waterbodies. 
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- A very small (averaging less than 0.1%) but ecolog- 
ically critical portion of the incoming solar energy is 
absorbed by the chlorophyll of plants, and is used to 
drive photosynthesis. This photoautotrophic fixa- 
tion allows some of the solar energy to be tempora- 
rily stored in the potential energy of biochemicals, 
and to serve as the energetic basis of life on Earth. 


Certain gases in Earth’s atmosphere absorb long- 
wave infrared energy of the type that is radiated by 
heated matter in the second and third dissipation 
mechanisms (listed above). This absorption heats the 
gases, which then undergo another re-radiation, emit- 
ting even longer-wavelength infrared energy in all 
directions, including back to Earth’s surface. The 
most important of the so-called radiatively active 
gases in the atmosphere are water and carbon dioxide, 
but the trace gases methane, nitrous oxide, ozone, and 
chlorofluorocarbons are also significant. This phe- 
nomenon, known as the greenhouse effect, signifi- 
cantly interferes with the rate of radiative cooling of 
Earth’s surface. 


If there were no greenhouse effect, and Earth’s 
atmosphere was fully transparent to long-wave infra- 
red radiation, surface temperatures would average 
about 17.6°F (-8°C), much too cold for biological 
processes to occur. Because the naturally occurring 
greenhouse effect maintains Earth’s average surface 
temperature about 60 degrees Fahrenheit warmer 
than this, at about 77°F (25°C), it is an obviously 
important factor in the habitability of the planet. 
However, human activities have resulted in increasing 
atmospheric concentrations of some of the radiatively 
active gases, and there are concerns that this could 
cause an intensification of Earth’s greenhouse effect. 
This could lead to global warming, changes in the 
distributions of rainfall and other climatic effects, 
and severe ecological and socioeconomic damages. 


Budgets of fixed energy 


Ecological energetics examines the transformations 
of fixed, biological energy within communities and eco- 
systems, in particular, the manner in which biologically 
fixed energy is passed through the food web. 


For example, studies of a natural oak-pine forest 
in the state of New York found that the vegetation 
fixed solar energy equivalent to 11,500 kilocalories per 
hectare per year (10° Kcal/ha/yr). However, plant res- 
piration utilized 6.5 x 10° Keal/ha/yr, so that the 
actual net accumulation of energy in the ecosystem 
was 5.0 x 10° Keal/ha/yr. The various types of heter- 
otrophic organisms in the forest utilized another 3.0 x 
10° Keal/ha/yr to support their respiration, so the net 
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KEY TERMS 


Electromagnetic energy—A type of energy, involv- 
ing photons, which have physical properties of both 
particles and waves. Electromagnetic energy is div- 
ided into spectral components, which (ordered from 
long to short wavelength) include radio, infrared, 
visible light, ultraviolet, and cosmic. 


Entropy—The measurement of a tendency towards 
increased randomness and disorder. 


accumulation of biomass by all of the organisms of the 
ecosystem was equivalent to 2.0 x 10° Keal/ha/yr. 


The preceding is an example of a fixed-energy 
budget at the ecosystem level. Sometimes, ecologists 
develop budgets of energy at the levels of population, 
and even for individuals. For example, depending on 
environmental circumstances and opportunities, indi- 
vidual plants or animals can optimize their fitness by 
allocating their energy resources into various activ- 
ities, most simply, into growth of the individual or 
into reproduction. 


However, biological energy budgets are typically 
much more complicated. For example, a plant can 
variously allocate its energy into the production of 
longer stems and more leaves to improve its access to 
sunlight, or it could grow longer and more roots to 
increase its access to soil nutrients, or more flowers and 
seeds to increase the probability of successful reproduc- 
tion. There are other possible allocation strategies, 
including some combination of the preceding. 


Similarly, a bear must makes decisions about the 
allocation of its time and energy. It must decide on 
activities associated with resting, either during the day 
or longer-term hibernation, hunting for plant or ani- 
mal foods, seeking a mate, taking care of the cubs, or 
just having fun, as wild bears are known to do. 


See also Energy transfer; Food chain/web. 
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[ Energy efficiency 


Energy efficiency refers to the use of energy with 
less waste. For example, some automobiles (such as the 
hybrid Honda Insight) can travel 70 mi (112 km) by 
burning a single gallon of gasoline, while others, carry- 
ing the same amount of passengers and cargo, can 
travel only 20 miles. The energy efficiency achieved 
by the first car is over three times that achieved by the 
second car because it achieves the same end use using 
one third the energy. In general, energy efficiency is 
compared using units such as mpg, lumens per watt, or 
some similar “output per input” unit. 


History of energy concerns 


Interest in energy efficiency is relatively new in the 
history of modern societies, although England’s eight- 
eenth century search for coal was prompted by the 
decline of the country’s forest resources. For most of 
the twentieth century, however, energy resources 
seemed to be infinite, for all practical purposes. Little 
concern was expressed—except, starting in the 1960s, 
by the concerned individuals, often scientists, dubbed 
“environmentalists”—about the danger of exhausting 
the world’s supplies of coal, oil, and natural gas, its 
major energy resources. 


The turning point in that attitude came in the 
1970s, when the major oil-producing nations of the 
world suddenly placed severe limits on the amounts 
of petroleum that they shipped to the rest of the 
world. This oil embargo forced major oil users such 
as the United States, Japan, and the nations of Western 
Europe to face for the first time the danger of having 
insufficient petroleum products to meet their basic 
energy needs. Use of energy resources suddenly became 
a matter of national and international discussion. 


Energy efficiency can be accomplished in a number 
of different ways. One of the most obvious is conserva- 
tion; that is, simply using energy resources more care- 
fully so as to throw less energy away. For example, 
people might be encouraged to turn out lights in rooms 
when they are not in the room, to not run hot water 
down the drain, to combine errands rather than mak- 
ing numerous separate trips. In these examples, people 
pay a little more attention to how they use the devices 
they already have. The light bulbs, water systems, and 
automobiles involved do not become more efficient in 
themselves, but they are used more efficiently. Energy 
efficiency also means more complex and sophisticated 
approaches to the way in which energy is used in 
industrial, commercial, and residential settings. 
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Energy efficiency 


Energy efficiency in buildings 


Approximately one-third of all the energy used in 
the United States goes to heat, cool, and light build- 
ings. A number of technologies have been developed 
that improve the efficiency with which energy is used 
in buildings. Some of these changes are simple; higher 
grades of insulation are used in construction, and air 
leaks are plugged. Both of these changes reduce the 
amount of heated or air-conditioned air (depending 
on the season) lost from the building to the outside 
environment. 


Other improvements involve the development 
of more efficient appliances and construction prod- 
ucts. For example, the typical gas furnace in use in 
residential and commercial buildings in the 1970s was 
about 63% efficient. Today, gas furnaces with efficien- 
cies of 97% are readily available and affordable. 
Double-glazed windows with improved insulating 
properties have also been developed. Such windows 
can save more than 10% of the energy lost by a build- 
ing in a year. 


Buildings can also be designed to save energy. For 
example, they can be oriented on a lot to take advant- 
age of solar heating or cooling. Many commercial 
structures also have computerized systems that auto- 
matically adjust heating and cooling schedules to pro- 
vide a comfortable environment for occupants only 
when and in portions of the building that are occupied. 


Entirely new technologies can be used also. For 
example, many buildings now depend exclusively on 
more efficient fluorescent lighting systems than on less 
efficient incandescent lights. In some situations, this 
single change can produce a greater savings in energy 
use than any other modification. The increasing use of 
solar cells is another example of a new kind of tech- 
nology that has the potential for making room and 
water heating much more efficient. 


Transportation 


About one third of the energy used in the United 
States goes to transportation—moving people and 
goods from place to place. For more than two decades, 
governments have made efforts (more and less serious) 
to convince people that they should use more energy- 
efficient means of transportation, such as bicycles, 
carpooling, or mass transit (buses, trolleys, subways, 
light-rail systems, etc.). These efforts have had only 
limited success—not simply because people are lazy, 
but because the settlement patterns of our society dis- 
courage many such measures. Federal government 
devotes many times more money to building and 
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maintaining interstate highways than to funding 
bicycle lanes, mass transit, and the like. 


Another approach that has been more successful 
has been to encourage car manufacturers to increase 
the efficiency of automobile engines. In the 1970s, the 
average fuel efficiency of cars in the United States was 
13 mpg (5.5 km/I). Over the next decade, efficiency 
improved nearly twice over to 25 mpg (10.6 km/I). 
In other nations, similar improvements were made. 
Cars in Japan, for example, increased from an average 
efficiency of 23 mpg (9.8 km/I) in 1973 to 30 mpg 
(12.8 km/I) in 1985. 


Yet, even more efficient automotive engines appear 
to be possible. Efficiencies exceeding 50 mpg (21 km/I) 
have been commercially available since about 2000, 
when hybrid cars such as the Honda Insight and 
Toyota Prius hit the U.S. market. The Prius gets 
about 50 mpg and the Insight about 70: both produce 
about a tenth as much air pollution as equivalent-sized 
conventional cars, and run on the same gasoline as 
other cars. Yet in the 1990s and early 2000s, the dom- 
inant U.S. automobile market trend was toward huge, 
gas-guzzling sport utility vehicles (SUVs). The effi- 
ciency of the U.S. fleet actually declined, and—despite 
many consumers’ belief that they are safer in an 
SUV—without any increase in accident safety. 


To a large extent, U.S. automobile manufacturers 
have been slow to produce cars that have the maximum 
possible efficiencies because they question whether 
consumers will pay higher purchase prices for these 
cars. Improvements continue to be made, however, at 
least partly because of the legislative pressure—espe- 
cially in California—for progress in this direction. 


Energy efficiency in industry 


The final third of energy use in the United States 
occurs in a large variety of industrial operations such 
as producing steam, heating plants, and generating 
electricity for various operations. Improvements in 
the efficiency with which energy is used in industry 
also depends on two principal approaches: the devel- 
opment of more efficient devices and the invention of 
new kinds of technologies. More efficient motors are 
now available so that the same amount of work can be 
accomplished with a smaller amount of energy input. 
And, as an example of the use of new technologies, 
laser beam systems that can both heat and cut more 
efficiently than traditional tools are being given new 
applications. Industries are also finding ways to use 
computer systems to design and carry out functions 
within a plant more efficiently than traditional 
resource management methods. 
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One of the most successful approaches to improv- 
ing energy efficiency in industry has been the develop- 
ment of cogeneration systems. Cogeneration refers to 
the process in which heat produced in an industrial 
operation (formerly regarded as “waste heat’) is used 
to generate electricity. The plant saves money through 
cogeneration because it does not have to buy electrical 
power from local utilities. 


Other techniques for increasing energy 
efficiency 


Many other approaches are available for increas- 
ing the efficiency with which energy is used in a soci- 
ety. Recycling has become much more popular in the 
United States over the past few decades at least partly 
because it provides a way of salvaging valuable resour- 
ces such as glass, aluminum, and paper. Recycling is 
also an energy efficient practice because it reduces the 
cost of producing new products from raw materials. 
Another approach to energy efficiency is to make use 
of packaging materials that are produced with less 
energy. The debate still continues over whether paper 
or plastic bags are more energy efficient, but at least 
the debate indicates that people are increasingly aware 
of the choices that can be made about packaging 
materials. 


Government policies and regulations 


Most governmental bodies were relatively uncon- 
cerned about energy efficiency issues until the OPEC 
(Organization of Oil Exporting Countries) oil embargo 
of 1973-74. Following that event, however, they began 
to search for ways of encouraging corporations and 
private consumers to use energy more efficiently. One 
of the first of many laws that appeared over the next 
decade was the Energy Policy and Conservation Act of 
1975. Among the provisions of that act were: a 
requirement that new appliances carry labels indicat- 
ing the amount of energy they use, the creation of a 
federal technical and financial assistance program for 
energy conservation plans, and the establishment of 
the State Energy Conservation Program. A year later, 
the Energy Conservation and Production Act of 1976 
provided for the development of national mandatory 
Building Energy Performance Standards and the cre- 
ation of the Weatherization Assistance Program to 
fund energy-saving retrofits for low-income house- 
holds. Both of these laws were later amended and 
updated. 


In 1991, the U.S. Environmental Protection 
Agency (EPA) established two voluntary programs 
to prevent pollution and reduce energy costs. The 
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Green Lights Partnership provided assistance in 
installing energy-efficient lighting, and the Energy 
Star Buildings Partnership used Green Lights as its 
first of five stages to improve all aspects of building 
efficiency. The World Trade Center and the Empire 
State Building in New York City and the Sears Tower 
in Chicago joined the Energy Star Buildings 
Partnership as charter members and reduced their 
energy costs by millions of dollars. The EPA also 
developed software with energy management aids for 
building operators who enlist in the partnership. By 
1998, participating businesses had reduced their light- 
ing costs by 40%, and whole-building upgrades had 
been completed in over 2.8 billion ft? (0.3 billion m”) of 
building space. Further efficiency gains were made in 
subsequent years, and many energy experts argue that 
the majority of economically profitable efficient sav- 
ings still remain to be realized throughout both the 
industrial and private sectors. The EPA’s environmen- 
tal interest in the success of these programs comes not 
only from conserving resources but from limiting car- 
bon dioxide emissions that result from energizing 
industrial plants and commercial buildings and that 
cause changes in the world’s climate. 


Green Market electric utilities 


In 1998, restructuring of the electric power utilities 
opened the market place to “Green Power Markets” 
that offer environmental features along with power 
service. Green power sources provide clean energy and 
improved efficiency based on technologies that rely on 
renewable energy sources. Educating the consumer and 
providing green power at competitive costs are seen as 
two of the biggest challenges to this new market. The 
Center for Resource Solutions in California pioneered 
the Green-e Renewable Electricity Branding Program 
that is a companion to green power and certifies elec- 
tricity products that are environmentally preferred. 


Results and the future 


Efforts to increase public consciousness about 
energy efficiency issues have had some remarkable 
successes in the past two decades. Despite the increas- 
ing complexity of most developed societies and 
increased population growth in many nations, energy 
is being used more efficiently in almost every part of 
the world. Increased efficiency of energy use increased 
between 1973 and 1985 by as much as 31% in Japan, 
23% in the United States, 20% in the United 
Kingdom, and 19% in Italy. At the beginning of this 
period, most experts had predicted that changes of this 
magnitude could be accomplished only as a result of 
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Energy transfer 


KEY TERMS 


Cogeneration—A process by which heat produced 
as a result of industrial processes is used to generate 
electrical power. 


Mass transit—Any form of transportation in which 
significantly large numbers of riders are moved 
within the same vehicle at the same time. 


Solar cell—A device by which sunlight is con- 
verted into electricity. 


the massive reorganization of social institutions; this 
has not been the case. Processes and inventions that 
continue to increase energy efficiency can be incorpo- 
rated into daily life with minimal disruptions to per- 
sonal lives and industrial operations. More efficient 
light bulbs and water heaters, better insulation and 
more alert, conscious choices about when to use, 
how to use, and how much to use, are allowing mil- 
lions of consumers to save energy and money simulta- 
neously. Moreover, U.S. energy efficiency can still 
be greatly improved without lifestyle hardships; 
Europeans, who inhabit a similar climate to the U.S., 
use about half as much energy per person and yet have 
a comparably comfortable lifestyle and a strong 
economy. 


In December, 1997, in Kyoto, Japan, a global 
warming agreement—the Kyoto Protocol—was pro- 
posed to the nations of the world to cut carbon emis- 
sions, reduce levels of so-called “greenhouse gases” 
(methane, carbon dioxide, and nitrous oxide), and 
use existing technologies to improve energy efficiency. 
These technologies apply to all levels of society from 
governments and industries to the individual house- 
hold. But experts acknowledge that the public must 
recognize the global warming problem as real and 
serious before existing technologies and a host of 
potential new products will be supported. 


See also Alternative energy sources; Fluorescent 
light; Hydrocarbon. 
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l Energy transfer 


Energy transfer describes the changes in energy (a 
state function) that occur between organisms within 
an ecosystem. Living organisms are constantly chang- 
ing as they grow, move, reproduce, and repair tissues. 
These changes are fueled by energy. Plants, through 
photosynthesis, capture some of the sun’s radiant 
energy and transform it into chemical energy, which 
is stored as plant biomass. This biomass is then con- 
sumed by other organisms within the ecological food 
chain/web. A food chain is a sequence of organisms 
that are connected by their feeding and productivity 
relationships; a food web is the interconnected set of 
many food chains. 


Energy transfer is a one-way process. Once poten- 
tial energy has been released in some form from its 
storage in biomass, it cannot all be reused, recycled, or 
converted to waste heat. This means that if the sun, the 
ultimate energy source of ecosystems, were to stop 
shining, life as humans know it would soon end. 
Fortunately, every day, the sun provides new energy 
in the form of protons to sustain the food webs of 
Earth. 


History of energy transfer research 


In 1927, British ecologist Charles Sutherland 
Elton (1900-1991) wrote that most food webs have a 
similar pyramidal shape. At the bottom, there are 
many photosynthetic organisms that collectively 
have a large biomass and productivity. On each of 
the following trophic levels, or feeding levels, there 
are successively fewer heterotrophic organisms, with 
a smaller productivity. The pyramid of biomass and 
productivity is now known as the Eltonian pyramid. 


In 1942, after his death, American ecologist 
Raymond L. Lindeman (1915-1942) had a paper pub- 
lished, which was earlier rejected, that examined food 
webs in terms of energy flow. Lindeman proposed 
that, by using energy as the currency of ecosystem 
processes, food webs could be quantified. This allowed 
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him to explain that the Eltonian pyramid was a result 
of successive energy losses associated with the thermo- 
dynamic inefficiencies of energy transfer among tro- 
phic levels. 


Current research in ecological energy transfer 
focuses on increasing scientific understanding of the 
paths of energy and matter within grazing and micro- 
bial food webs. Rather little is understood about such 
pathways because of the huge numbers of species and 
their complex interactions. This understanding is 
essential for proper management of ecosystems. The 
fate and effects of toxic chemicals within food webs 
must be understood if impacts on vulnerable species 
and ecosystems are to avoided or minimized. 


The laws of thermodynamics and energy 
transfer in food webs 


Energy transfers within food webs are governed 
by the first and second laws of thermodynamics. The 
first law relates to quantities of energy. It states that 
energy can be transformed from one form to another, 
but it cannot be created or destroyed. This law 
suggests that all energy transfers, gains, and losses 
within a food web can be accounted for in an energy 
budget. 


The second law relates to the quality of energy. 
This law states that whenever energy is transformed, 
some of must be degraded into a less useful form. In 
ecosystems, the biggest losses occur as respiration. The 
second law explains why energy transfers are never 
100% efficient. In fact, ecological efficiency, which is 
the amount of energy transferred from one trophic 
level to the next, ranges from 5 to 30%. On average, 
ecological efficiency is only about 10%. 


Because ecological efficiency is so low, each tro- 
phic level has a successively smaller energy pool from 
which it can withdraw energy. This is why food webs 
have no more than four to five trophic levels. Beyond 
that, there is not enough energy to sustain higher- 
order predators. 


Components of the food web 


A food web consists of several components; pri- 
mary producers, primary consumers, secondary con- 
sumers, tertiary consumers, and so on. Primary 
producers include green plants and are the foundation 
of the food web. Through photosynthesis, primary 
producers capture some of the sun’s energy. The net 
rate of photosynthesis, or net primary productivity 
(NPP), is equal to the rate of photosynthesis minus 
the rate of respiration of plants. In essence, NPP is the 
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KEY TERMS 


Biomass—Total weight, volume, or energy equiv- 
alent of all living organisms within a given area. 


Ecological efficiency—Energy changes from one 
trophic level to the next. 


First law of thermodynamics—Energy can be trans- 
formed but it cannot be created nor can it be 
destroyed. 


Primary consumer—An organism that eats primary 
producers. 


Primary producer—An organism that photosyn- 
thesizes. 


Second law of thermodynamics—When energy is 
transformed, some of the original energy is 
degraded into less useful forms of energy. 


profit for the primary producer, after their energy 
costs associated with respiration are accounted for. 
NPP determines plant growth and how much energy 
is subsequently available to higher trophic levels. 


Primary consumers are organisms that feed 
directly on primary producers, and these comprise 
the second trophic level of the food web. Primary 
consumers are also called herbivores, or plant-eaters. 
Secondary consumers are organisms that eat primary 
consumers, and are the third trophic level. Secondary 
consumers are carnivores, or meat-eaters. Successive 
trophic levels include the tertiary consumers, quater- 
nary consumers, and so on. These can be either carni- 
vores or omnivores, which are both plant- and animal- 
eaters, such as humans. 


The role of the microbial food web 


Much of the food web’s energy is transferred to 
the often overlooked microbial, or decomposer, tro- 
phic level. Decomposers use excreted wastes and other 
dead biomass as a food source. Unlike the main, graz- 
ing food web, organisms of the microbial trophic level 
are extremely efficient feeders. Various species can 
rework the same food particle, extracting more of the 
stored energy each time. Some waste products of the 
microbial trophic level re-enter the grazing part of the 
food web and are used as growth materials for primary 
producers. This occurs, for example, when earth- 
worms are eaten by birds. 


See also Ecological pyramids; Energy budgets. 
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! Engineering 


Engineering is the art of applying science, mathe- 
matics, and creativity to solve technological problems. 
The accomplishments of engineering can be seen in 
many every aspects of our daily lives, from transpor- 
tation to communications, entertainment to health 
care. And, although each of these applications is 
unique, the process of engineering is largely independ- 
ent. This process begins by carefully analyzing a prob- 
lem, intelligently designing a solution for that 
problem, and efficiently transforming that design sol- 
ution into physical reality. 


Analyzing the problem 


Defining the problem is the first and most critical 
step of the problem analysis. To best approach a sol- 
ution, the problem must be well understood and the 
guidelines or design considerations for the project 
must be clear. For example, in the creation of a new 
automobile, the engineers must know if they should 
design for fuel economy or for brute power. Many 
questions like this arise in every engineering project, 
and they must all be answered at the very beginning if 
the engineers are to work efficiently toward a solution. 


When these issues are resolved, the problem must 
be thoroughly researched. This involves searching 
technical journals and closely examining solutions of 
similar engineering problems. The purpose of this step 
is two-fold. First, it allows the engineer to make use of 
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a tremendous body of work done by other engineers. 
And second, it ensures the engineer that the problem 
has not already been solved. Either way, the review 
allows him or her to intelligently approach the prob- 
lem, and perhaps avoid a substantial waste of time or 
legal conflicts in the future. 


Designing a solution 


Once the problem is well-understood, the process 
of designing a solution begins. This process typically 
starts with brainstorming, a technique by which mem- 
bers of the engineering team suggest a number of 
possible general approaches for the problem. In the 
case of an automobile, perhaps conventional gas, 
solar, and electric power would be suggested to propel 
the vehicle. Generally, one of these is then selected as 
the primary candidate for further development. 
Occasionally, however, if time permits and several 
ideas stand out, the team may elect to pursue multiple 
solutions to the problem. More refined designs of 
these solutions/systems then “compete,” and the best 
of those is chosen. 


Once a general design or technology is selected, 
the work is sub-divided and various team members 
assume specific responsibilities. In the automobile, 
for example, the mechanical engineers in the group 
would tackle such problems as the design of the trans- 
mission and suspension systems. They may also han- 
dle air flow and climate-control concerns to ensure 
that the vehicle is both aerodynamic and comfortable 
to ride in. Electrical engineers, on the other hand, 
would concern themselves with the ignition system 
and the various displays and electronic gauges. They 
would also be responsible for the design of the com- 
munication system which links all of the car’s sub- 
systems together. In any case, each of these engineers 
must design one aspect which operates in harmony 
with every other aspect of the system. 


Bringing it to life 


Once the design is complete, a prototype or pre- 
liminary working model is generally built. The primary 
function of the prototype is to demonstrate and test the 
operation of the device. For this reason, its cosmetics 
are typically of little concern, as they will likely change 
by the time the device reaches the market. 


The prototype stage is where the device undergoes 
extensive testing to reveal any bugs or problems with 
the design. Especially with complex systems, it is often 
difficult to predict (on paper) where problems with the 
design may occur. If one aspect of the system happens 
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KEY TERMS 


Brainstorming—A process by which engineers dis- 
cuss and suggest multiple possible approaches for 
solving a problem. 


Design considerations—A set of guidelines or key 
issues that engineers must follow when they design 
a particular project. 


Prototype—A preliminary working model of an 
engineering design, primarily used for testing and 
not for “show.” 


to fail too quickly or does not function at all, it is 
closely analyzed and that sub-system is redesigned 
and retested (both on its own and within the complete 
system). This process is repeated until the entire sys- 
tem satisfies the design requirements. 


Once the prototype is in complete working order 
and the engineers are satisfied with its operation, the 
device goes into the production stage. Here, details 
such as appearance, ease of use, availability of materi- 
als, and safety are given attention and generally result 
in additional final design changes. 


The foregoing account is procedural or mechan- 
ical, but there are also personal and ethical dimensions 
to engineering. Engineers may enjoy their work, or 
not; they may have ethical concerns about how their 
employers ask them to do their work, or about the 
nature of the work itself. Many technologies have had 
unintended side effects; others have intended side 
effects that may be ethically questionable. Indeed, 
the survival of the human race has been called into 
question by the unintended and intended effects of 
devices produced by engineers, including the automo- 
bile, the oil rig, and the nuclear weapon. Unlike the 
pure understanding produced, ideally, by physics, the 
products of engineering always have an economic, 
ecological, and human aspect that cannot be ignored. 
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[ Engraving and etching 


Engraving and etching are processes used to make 
intaglio prints. An intaglio print is made from a plate, 
usually a metal one, which has been had lines drawn 
into its surface. These lines trap ink that is rolled 
across the plate’s surface. When the surface of the 
plate is wiped with a cloth, the lines retain their ink. 
A piece of damp paper is placed on the plate, and the 
two are run through a press, which forces them 
together. This process transfers the ink from the 
plate to the paper. In an etching, acids are used to 
draw into the plate. In an engraving, sharp tools are 
used to draw directly into the metal. 


Engraving and etching have been used in printing 
for hundreds of years. Before the invention of modern, 
photographic-based techniques, they were the most 
commonly used method for reproducing images. 
Newspapers and printed advertisements formerly 
used engravings. Stamps and paper money are still 
printed using the engraving process because of its 
ability to reproduce fine lines and sharp details. 


Origins and history of intaglio printing 


Engraving first became popular in Europe during 
the fifteenth century, when paper became available far 
more widely than it had been previously. From the 
beginning, intaglio printing was used for both the 
sacred and the profane. Artists made engravings of 
religious scenes, while craftsmen used the new techni- 
que to make copies of famous paintings or decks of 
playing cards. In an age when the printing press and 
movable type were first being invented, these were the 
equivalent of today’s mass-produced posters. 


Propelled by the genius of artists like Albrecht 
Diirer (1471-1528), intaglio techniques grew quickly. 
Artists learned to create various kinds of shading 
through the use of dots, called stippling, and groups 
of parallel lines at various angles to each other, called 
cross-hatching. Engraving requires drawing a line while 
pressing into a plate the correct distance to create the 
desired shade and line width. Some artists rejected the 
tool used for this, called a burin, which has a square or 
diamond-shaped tip and shaft and creates very clean 
lines. They preferred the softer look created by cutting 
the plate with a needle, a technique called drypoint. A 
needle causes ridges of metal to rise next to the groove 
it cut. These ridges catch large amounts of printing ink, 
which produce rich, soft blacks when transferred to 
paper. Unfortunately, the ridges wear down rapidly, 
making drypoint unsuitable to large press runs. In 
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Engraving and etching 


A laser etching machine used in computer chip production. 
(Richard Nowitz. Phototake NYC.) 


engraving, any ridges caused by cutting the plate are 
removed with a sharp instrument called a scraper. 


Etching became popular during the sixteenth cen- 
tury. It evolved from fifteenth-century techniques for 
putting patterns on swords. Armorers would cover 
new swords with wax, then scratch through the wax, 
and put the sword in a weak acid until the acid bit a 
line in the metal. To make an etching, a metal plate is 
first covered with a ground, a thin layer of acid-resist- 
ant material. The artist then scratches gently into the 
ground with an etching needle, exposing parts of the 
plate. This process is much more like drawing with a 
pencil than engraving is, and many artists preferred it. 
After the ground is drawn on with the etching needle, 
the plate is put into acid, which eats at the plate where 
the needle has exposed it. The length of exposure to the 
acid determines the depth of the line. 


Evolution of etching techniques 


The same principals are employed today, though 
techniques have been refined and expanded. Etching 
grounds have evolved from an unpredictable waxy 
substance to harder varnishes used by instrument 
makers, to petroleum derivatives like asphaltum. 
Early acids used on copper were made from a mixture 
of sulfuric acid, sodium nitrate, and alum, but they 
produced virulent fumes. Etchers switched to a weaker 
but safer mixture made from vinegar, salt, ammonium 
chloride, and copper sulfate. This solution produced 
rich detail, and was used by Rembrandt. 


Nitric acid was often used beginning in the late 
eighteenth century, but because of its strength, it some- 
times destroyed fine details. Around 1850 a popular 
mixture was discovered consisting of hydrochloric acid, 
potassium chloride, and water. Sometimes called Dutch 
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KEY TERMS 


Drypoint—Technique in which a plate is drawn on 
directly with an etching needle. 


Engraving—Printmaking technique in which a 
metal plate is drawn on directly with sharp, hard 
instruments. 


Etching—Printmaking technique in which lines are 
created in a metal plate through the action of acids 
and acid-resistant grounds. 


Ground—An acid-resistant substance painted onto 
etching plates. 


Steel facing—Adding a thin layer of iron through 
electrodeposition to strengthen plates made of 
weaker metals. 


mordant, it is still used today, and is the most widely 
used copper-etching agent, along with ferric chloride. 


Plate usage has also evolved. The first etchings 
were done on iron plates, which corroded quickly. 
Around 1520, the Dutch artist Lucas van Leyden 
(1494-1533) began using copper plates, and other print- 
makers swiftly followed. However, while copper plates 
can hold a lot of detail and are not expensive, copper is 
too soft for large editions. In van Leyden’s day, people 
used to pound it with hammers, creating a random 
alignment of the copper molecules, and thus a stronger 
plate. Today, copper can be bought in an already hard- 
ened form. Better still, after etching or engraving, 
copper plates can be strengthened by putting a micro- 
scopically thin layer of iron on them through electro- 
deposition. This process is called steel facing. 


In electrodeposition, copper and iron plates are 
placed in an electricity-carrying solution. Direct-current 
electricity is run through the plates, giving the copper a 
negative charge, and the iron a positive charge. The 
current removes iron ions, carries them through the 
solution, and deposits them on the copper plate. This 
technique, invented in France in the mid-nineteenth 
century, quickly spread throughout the world. 


Zinc is often used as an etching plate because it is 
less expensive than copper. It is softer than copper, 
however, and requires a two-stage process for steel 
facing that results in some loss of detail. Zinc’s soft- 
ness can be an advantage in etching, where the plate is 
sometimes changed by scraping and polishing. It is too 
soft for fine-line engraving, however. 


Brass, an alloy of copper and zinc that is harder 
than either of them, is sometimes used for plates, and 
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costs about as much as copper. Steel is the material of 
choice for engraving plates. Because it is so hard, very 
large editions can be printed. Steel also yields extremely 
fine detail. One disadvantage of steel is that it rusts 
easily. It must be stored carefully and protected from 
moisture with a coating of etching ground or oil. 


Resources 
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| Enterobacteria 


Enterobacteria are bacteria from the family 
Enterobacteriaceae. They live in the intestinal tract. In 
this natural setting, they are innocuous. However, if they 
contaminate food, drinking water, wounds, or environ- 
ments such as the lungs, they can be the cause of illness. 


Examples of human illnesses include urinary tract 
infections, wound infections, gastroenteritis, meningi- 
tis, septicemia, and pneumonia. Some are true intesti- 
nal pathogens, whereas others are merely opportunistic 
pests that attack weakened victims. 


Because of their intestinal origin, enterobacterial- 
related illness is often the result of contamination with 
feces (this is commonly described as fecal-oral trans- 
mission). Several enterobacterial diseases are spread by 
fecal-oral transmission and are associated with poor 
hygienic conditions. Countries with poor water decon- 
tamination have more illness and death from enter- 
obacterial infection. Harmless bacteria, though, can 
cause diarrhea in tourists who are not used to a geo- 
graphically specific bacterial strain. Enterobacterial 
gastroenteritis can cause extensive fluid loss through 
vomiting and diarrhea, leading to dehydration. 


Enterobacteria are a family of rod-shaped, aerobic, 
facultatively anaerobic bacteria. This means that while 
these bacteria can survive in the presence of oxygen, they 
prefer to live in an anaerobic (oxygen-free) environment. 
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A transmission electron micrograph of Escherichia coli. (Kari 
Lounatmaa. Photo Researchers, Inc.) 


The Enterobacteriaceae family is subdivided into 
eight tribes including: Escherichieae, Edwardsielleae, 
Salmonelleae, Citrobactereae, Klebsielleae, Proteeae, 
Yersineae, and Erwineae. These tribes are further div- 
ided into genera, each with a number of species. 


Enterobacteria can cause disease by attacking 
their host in a number of ways. The most important 
factors are motility, colonization factors, endotoxin, 
and enterotoxin. Those enterobacteria that are motile 
have several flagella all around their perimeter (peri- 
trichous). This allows them to move swiftly through 
their host fluid. Enterobacterial colonization factors 
are filamentous appendages (fimbriae), which are 
shorter than flagella and bind tightly to the tissue 
under attack, thus keeping hold of its host. 
Endotoxins are the cell wall components that trigger 
high fevers in infected individuals. Enterotoxins are 
bacterial toxins, which act in the small intestines and 
lead to extreme water loss in vomiting and diarrhea. 


A number of biochemical tests exist for the rapid 
identification of enterobacteria. Most will ferment 
glucose to acid, reduce nitrate to nitrite, and test 
negative for cytochrome oxidase. These biochemical 
tests are used to pinpoint specific intestinal patho- 
gens including Escherichia coli (E. coli), Shigella, 
Salmonella, and several Yersinia. As well, tests that 
detect target sequences of genetic material or specific 
proteins also can quickly detect enterobacteria, even 
one with only a few cells present in a sample. 
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E. coli is indigenous to the gastorintestinal tract 
and is generally harmless. However, the bacterium 
is associated with most hospital-acquired infections 
as well as nursery and travelers diarrhea. E. coli path- 
ogenicity is closely related to the presence or absence 
of fimbriae on individual strains. Although most E. 
coli infections are not treated with antibiotics, severe 
urinary tract infections are. 


Shigella can produce serious disease when the 
toxins it can produce (called Shiga toxins) act in the 
small intestine. Shigella infections can be entirely 
asymptomatic, or lead to severe dysentery. Shigella 
bacteria cause about 15% of pediatric diarrheal cases 
in the United States. However, they are a leading cause 
of infant mortality in developing countries. Only a few 
organisms are need to cause this fecal-orally trans- 
mitted infection. Prevention of the disease is achieved 
by proper sewage disposal and water chlorination, as 
well as personal hygiene such as hand washing. 
Antibiotics are only used in more severe cases. 


Salmonella infections are classified as nontyphoi- 
dal or typhoidal. Nontyphoidal infections can cause 
gastroenteritis and are usually due to contaminated 
food or water and can be transmitted by animals or 
humans. These infections cause one of the largest 
communicable bacterial diseases in the United States. 
They are found in contaminated animal products such 
as beef, pork, poultry, and raw chicken eggs. As a 
result, any food product which uses raw eggs such as 
mayonnaise, homemade ice cream, or Caesar salad 
dressing can carry these bacteria. The best prevention 
when serving these dishes is to keep them refrigerated 
as much as possible, since enterobacteria do not grow 
at refrigeration temperatures. 


Typhoid is caused by a type of Salmonella. An 
infamous example of the carnage inflicted by the dis- 
ease is Typhoid Mary, who worked as a cook in New 
York from 1868 to 1914. She was typhoid carrier who 
contaminated much of the food she handled and was 
responsible for hundreds of typhoid cases. Typhoid 
fever is characterized by septicemia (blood poisoning), 
accompanied by a very high fever and intestinal 
lesions. Typhoid fever is treated with the drugs ampi- 
cillin and chloramphenicol. 


Certain Yersinia bacteria cause the most notorious 
and fatal infections known to humans. Yersinia pestis is 
the agent of bubonic plague and is highly fatal. The 
bubonic plague is carried by a rat flea and is thought to 
have killed at least 100 million people in the sixth century 
as well as 25% of the fourteenth century European pop- 
ulation. This plague was also known as the Black Death, 
because it caused darkened hemorrhagic skin patches. 
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Dysentery—An enterobacterial disease character- 
ized by severe diarrhea with bloody stools. 


Facultatively anaerobic—Bacteria that grow best 
in the absence of oxygen, but which can survive 
and grow in its presence. 


Gastroenteritis—Infection of the bowel following 
ingestion of enterobacteria, which is characterized 
by diarrhea, fever, and abdominal pain. 


Septicemia—Prolonged fever, chills, anorexia, and 
anemia in conjunction with tissue lesions. 


Strain—A bacterial subclass of a particular tribe 
and genus. 


The last widespread epidemic of Y. pestis began in Hong 
Kong in 1892 and spread to India and eventually San 
Francisco in 1900. The bacteria can reside in squirrels, 
prairie dogs, mice, and other rodents and are mainly 
found (in the United States) in the southwest. Since 
1960, fewer than 400 cases have resulted in only a few 
deaths, due to rapid antibiotic treatment. 


Two less severe Yersinia strains are Y. pseudotu- 
berculosis and Y. enterocolotica. Y. pseudotuberculosis 
is transmitted to humans by wild or domestic animals 
and causes a non-fatal disease which resembles appen- 
dicitis. Y. enterocolotica can be transmitted from ani- 
mals or humans via a fecal-oral route and causes 
severe diarrhea with bloody stools. 
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l Entropy 


Entropy is a physical quantity that is primarily a 
measure of the thermodynamic disorder of a physical 
system. Entropy has the unique property in that its 
global value must always increase or stay the same. 
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The ten possible microstates for a system of three atoms 
sharing three units of energy. (Argosy. The Gale Group.) 


This property is reflected in the second law of thermo- 
dynamics. The fact that entropy must always increase 
in natural processes introduces the concept of irrever- 
sibility, and defines a unique direction for the flow of 
time. 


Entropy is a property of all physical systems, the 
behavior of which is described by the second law of 
thermodynamics (the study of heat). The first law of 
thermodynamics states that the total energy of an 
isolated system is constant; the second law states that 
the entropy of an isolated system must stay the same or 
increase. Note that entropy, unlike energy, is not con- 
served but can increase. A system’s entropy can also 
decrease, but only if it is part of a larger system whose 
overall entropy does increase. 


French mathematician and engineer Comte 
Lazare Nicolas Marguerite Carnot (1753-1823) 
wrote indirectly about entropy when he said that the 
motions and movements of machines represent losses 
of “moment of activity,” or losses of useful energy to 
the system. Increases in entropy, what is now known 
as heat, was called caloric by French physicist, math- 
ematician, and engineer Nicolas Leonard Sadi Carnot 
(who was Lazare Carnot’s son). The word entropy, 
first articulated in 1850 by German physicist Rudolf 
Clausius (1822-1888), does not correspond to any 
property of matter that scientists can sense, such as 
temperature, and so it is not easy to conceptualize. It 
can be roughly equated with the amount of energy ina 
system that is not available for work or, alternatively, 
with the orderliness of a system, but is not precisely 
given by either of these concepts. A basic intuitive 
grasp of what entropy means can be given by statistical 
mechanics, as described below. Still later, American 
mathematical physicist Josiah Willard Gibbs (1839- 
1903), Italian mathematician and physicist Ludwig 
Boltzmann (1844-1906), and Scottish physicist James 
Clerk Maxwell (1831-1879), among others, help to 
define the statistics behind the subject of entropy. 
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On a fundamental level, entropy is related to the 
number of possible physical states of a system, S = k 
log (y), where S represents the entropy, k is 
Boltzmann’s constant, and y is the number of states 
of the system. 


Consider a system of three independent atoms 
that are capable of storing energy in quanta or units 
of fixed size €. If there happens to be only three units of 
energy in this system, how many possible micro- 
states—that is, distinct ways of distributing the energy 
among the atoms—are there? This question is most 
easily answered, for this example, by listing all the 
possibilities. There are 10 possible configurations. 


If mp stands for the number of atoms in the system 
with 0e energy, then n, stands for the number with €, 12 
for the number with 2e, and n3 for the number with 3e. 
For example, in the microstates labeled 1, 2, and 3 in the 
figure that accompanies this article, (m9, 1, 12, 13) = 
(2, 0, 0, 3); that is, two atoms have 0e energy, no atoms 
have le or 2e, and one atom has 3e. 


Each class or group of microstates corresponds to 
a distinct (mg, 11, M2, N3) distribution. There are three 
possible distributions, and where P stands for the 
number of microstates corresponding to each distri- 
bution, P can equal 3, 6, or 1. The three values of Pcan 
be verified by counting the microstates that themselves 
reflect the energy distributions for a system of three 
atoms sharing three units of energy. Again, the num- 
ber of possible microstates P corresponding to each 
distribution. 


The distribution P2—representing the distribution 
(No, 1, M2, 13) = (1, 1, 1, 0}-—has the most possible 
microstates (six). If one assume that this system is con- 
stantly, randomly shifting from one microstate to 
another, that any microstate is equally likely to follow 
any other, and that one inspect the system at some 
randomly-chosen instant, then one is most likely to 
observe one of the microstates corresponding to distri- 
bution P2. Specifically, the probability of observing a 
microstate corresponding to distribution P2 is 0.6 (6 
chances out of 10). The probability of observing distri- 
bution P/ is 0.3 (3 chances out of 10) and the probability 
of observing distribution P3 is 0.1 (1 chance out of 10). 


The entropy of this or any other system, S, is 
defined as S = k In(Pmax), where Prax is the number 
of microstates corresponding to the most probable 
distribution of the system (Pax = 6 in this example), 
k is the Boltzmann constant (1.3803 x 10°'° ergs per 
degree C [Celsius]), and In(-) is the natural logarithm 
operation. Further inspection of this equation and the 
three-atom example given above will clarify some of 
the basic properties of entropy. 
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Entropy measures disorder 


(1) Microstates 1, 2, and 3 of the three-atom sys- 
tem described above—those distributions in which the 
energy available to the system is segregated entirely to 
one atom—are in some sense clearly the most orderly 
or organized. Yet, these three microstates (distribu- 
tion 1) are also unlikely; their total probability of 
occurrence at any moment is only half that of distri- 
bution 2. Order is less likely than disorder. 


Entropy is a probabilistic property 


(2) Any system might transition, at any time, to 
one of its less probable states, because energy can, in a 
sense, go anywhere it wants to; it is simply much less 
likely to go some places than others. In systems con- 
taining trillions of atoms or molecules, such as a room- 
ful of air, the probability that the system will transition 
to a highly organized state analogous to microstate 1 
in the Figure—say, that all the energy in the room will 
concentrate itself in one molecule while all the rest cool 
to absolute zero—is extremely small. One would have 
to wait many trillions of years for such an event even 
to happen. 


Entropy is additive 


If two systems with entropy S; and S>, respec- 
tively, are brought into contact with each other, their 
combined entropy equals S; + S>. This result is 
assured by the logarithmic relationship between S$ 
and Pmax, as follows: If the number of microstates 
corresponding to the most likely distribution of the 
first system is Prax; and that of the second system is 
Pmax2, then the number of possible microstates of the 
most likely distribution of the combined system 1s sim- 
ply Pmax1Pmax2. It is a fundamental properties of log- 
arithms that In(ab) = In(a) + In(b), so if S; +. is the 
entropy of the combined system, then: 


S42 = k In(PmaxiPmax2) 

= k [In(Pmaxi) + In(Pmax2)] 
= k In(Pmaxi) + k In(Pmnax2) 
= 8S, + Sp 


Entropy is not conserved 


All that is needed to increase the entropy of an 
isolated system is to increase the number of micro- 
states its particles can occupy; say, by allowing the 
system to occupy more space. It is beyond the scope 
of this discussion to prove that the entropy of a closed 
system cannot ever decrease, but this can be made 
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plausible by considering the first law of thermodynam- 
ics, which forbids energy to be created or destroyed. 
As long as a system has the same number of atoms and 
the same number of quanta of energy to share between 
them, it is plausible that the system possesses a mini- 
mum number of possible microstates—and a mini- 
mum entropy. 


It is sometimes claimed that entropy always 
increases, and that the second law requires that disor- 
der must always increase when nature is left to its own 
devices. This is incorrect. Note that in the above exam- 
ple, a system of three independent atoms is stipulated; 
yet atoms rarely behave independently when in prox- 
imity to each other at low temperatures. They tend to 
form bonds, spontaneously organizing themselves 
into orderly structures (molecules and crystals). 
Order from disorder is, therefore, just as natural a 
process as disorder from order. At low temperatures, 
self-ordering predominates; at high temperatures, 
entropy effects dominate (i.e., order is broken down). 
Furthermore, any system that is not isolated can expe- 
rience decreased entropy (increasing order) at the 
expense of increasing entropy elsewhere. The Earth, 
which shares the solar system with the sun, whose 
entropy is increasing rapidly, is one such non-isolated 
system. It is therefore an error to claim, as some people 
do, that biological evolution—which involves sponta- 
neously increasing order in natural molecular sys- 
tems—contradicts thermodynamics. Entropy does 
not forbid molecular  self-organization because 
entropy is only one property of matter; entropy does 
discourage self-organization, but other properties of 
matter encourage it, and in some circumstances (espe- 
cially at relatively low temperatures, as on the surface 
of the Earth) will prevail. 


An alternative derivation of the entropy concept, 
based on the properties of heat engines (devices that 
turn heat flows partially into mechanical work) is 
often presented in textbooks. This method produces 
a definition of entropy that seems to differ from S = k 
In(Pmax), namely, dS = dQ,e,/T, where dS is an infin- 
itesimal (very small) change in a system’s entropy at 
the fixed temperature T when an infinitesimal quantity 
of heat, Q,ey, flows reversibly into or out of the system. 
However, it can be shown that these definitions are 
exactly equivalent; indeed, the entropy concept was 
originally developed from the analysis of heat engines, 
and the statistical interpretation given above was not 
invented until later. 


The entropy concept is fundamental to all science 
that deals with heat, efficiency, the energy of systems, 
chemical reactions, very low temperatures, and related 
topics. Its physical meaning is, in essence, that the 
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amount of work the universe can perform is always 
declining as its orderliness declines, and must eventu- 
ally approach zero. In other words, things are running 
down, and there is no way to stop them. 
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I Environmental ethics 


Ethics is a branch of philosophy that primarily 
discusses issues of human behavior and character. 
Ethics is an attempt to reason about the distinction 
between right from wrong, good from bad. Environ- 
mental ethics is a sub-field of ethics concerned with 
human choices as they affect the nonhuman world, 
both living and nonliving. It employs concepts from 
aesthetics, metaphysics, epistemology, philosophy of 
science, religion (in some cases), and social and polit- 
ical philosophy in an effort to relate moral values to 
human interactions with the natural world. 


Aesthetics deals with perceptions of physical 
properties such as color, sound, smell, texture, and 
taste. Since environmental ethics is often involved 
with issues dealing with the protection of plants and 
animals, its appeal is often to aesthetic experiences of 
nature. Environmental ethics is also interconnected 
with political and social structures concerning the use 
of natural resources, so the field also touches the areas 
of social and political philosophy. In the struggle to 
conserve the environment, environmental ethicists 
also use the knowledge and theories of science, for 
example, in issues such as those dealing with global 
warming and air pollution. 
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Key issues 


Just as philosophers try to answer questions about 
reality, environmental ethicists attempt to answer 
questions about how human beings should relate to 
their environment, how to use (or not use) Earth’s 
resources, and how to treat other species, both plant 
and animal. Some of the conflicts that arise from 
environmental policies deal with the rights of individ- 
uals versus those of the state, and the rights of private 
property owners versus those of a community. 


Methods of dealing with environmental issues vary 
among the organizations that are devoted to protecting 
the environment. An important milestone toward a 
national environmental movement was an event that 
first took place on many college campuses across the 
United States on April 22, 1970. This was called Earth 
Day, and it used social protest and demonstration as a 
way of raising awareness about environmental issues. 
Earth Day has since become an annual event. In the 
United States, such groups as the Audubon Society, the 
Sierra Club, the Wilderness Society, Greenpeace, the 
Environmental Defense Fund, and the National 
Wildlife Federation use education and the political 
arena to lobby Congress for laws to protect the envi- 
ronment. These groups sometimes also use the legal 
system as a method to change environmental actions 
and attitudes. 


The call to conserve and protect the environment 
has resulted in the passage of many laws. Among them 
are the National Environmental Policy Act of 1969, 
the Clean Water Act of 1972, the Endangered Species 
Act of 1973, the National Forest Management Act of 
1976, and the National Acid Precipitation Act of 1980. 
In 1970, the Environmental Protection Agency (EPA) 
was created to oversee federal environmental policies 
and laws. This increased governmental activity sup- 
ports the belief of many environmental activists that 
more is accomplished by working through the political 
and social arenas than in theorizing about ethics. 
However, others maintain that the exploration of 
ideas in environmental ethics is an important spring- 
board for social and political action. 


Environmental issues are not universally sup- 
ported. The conflicts between those who want to pro- 
tect the natural environment and its species, and those 
for which this is a lesser concern, often center around 
economic issues. For example, environmentalists in 
the Pacific Northwest want to protect the habitat of 
the rare spotted owl, which inhabits old-growth for- 
ests on which the timber industry and many people 
depend for their livelihood. There is much controversy 
over who had the most “right” to use this forest. The 
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perception of those who are economically affected by 
protection of the old-growth forest is that spotted owls 
have become more “important” than the needs of 
people. Environmentalists, on the other hand, believe 


that both are important and have legitimate needs. 


Environmental attitudes 


The cultural and economic background of a per- 
son is likely to influence his views with regard to the 
environment. While these views can vary significantly, 
they can generally be categorized into one of three 
positions: the development ethic, the preservation 
ethic, or the conservation ethic. Each of these attitudes 
represents a generalized moral code for interaction 
with the environment. 


The development ethic considers the human race 
to be the master of nature and that the resources of 
Earth exist solely for human benefit. The positive 
nature of growth and development is an important 
theme within this philosophy. This view suggests that 
hard work and technological improvements can over- 
come any limitations of natural resources. 


The preservation ethic suggests that nature itself 
has intrinsic value and deserves protection. Some pres- 
ervationists assert that all life forms have rights equal 
to those of humans. Others seek to preserve nature for 
aesthetic or recreational reasons. Still other preserva- 
tionists value the diversity represented by the natural 
environment and suggest that humans are unaware of 
the potential value of many species and their natural 
ecosystems. 


The conservation ethic recognizes the limitations 
of natural resources on Earth and states that unlimited 
economic or population growth is not feasible. This 
philosophy seeks to find a balance between the avail- 
ability and utilization of natural resources. 


The fundamental differences between each of 
these attitudes are the basis for debate and conflict in 
environmental policies today. These views dictate the 
behavior of corporations, governments, and even indi- 
viduals and the solution to any environmental issues 
will first require an acknowledgement and some con- 
sensus of attitudes. 


Environmental ethics and the law 


In 1970, the Environmental Protection Agency 
was established to oversee the various federal environ- 
mental laws that had been enacted. One of its major 
functions is to review the environmental impacts 
of highway projects, large-scale commercial and resi- 
dential construction, power plants, and other large 
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undertakings involving the federal government. A 
major tool of the EPA is its power to issue an “envi- 
ronmental impact statement” that evaluates a pro- 
posed project before it is undertaken. The advocates 
of this planning tool believe that is of great value in 
protecting the environment, particularly when a proj- 
ect is a potential threat to human health or the natural 
environment. However, others maintain that the 
agency and its work frustrate worthwhile projects 
and economic growth. 


Lawyers who deal with environmental issues are 
key players in the issues raised by environmental ethics. 
They may bring court action against companies that, 
for example, leak toxic substances into the groundwater 
or emit harmful smoke from factories. Disasters like the 
1989 Exxon Valdez oil spill in Alaska help fuel demands 
for better environmental controls, since cases like this 
clearly show the damage that can be caused to fish, 
birds, and the natural environment. The Exxon Valdez 
oil spill was also an economic loss to Alaskan fisher- 
men, who blame the disaster for degrading their ability 
to fish and make a living. What is always being weighed 
legally and ethically is how much environmental dam- 
age to the environment and its inhabitants can be 
judged as reasonable, and how much is not. 


Major contributors 


Environmental ethicists trace the roots of modern 
American environmental attitudes to the idea of pri- 
vate ownership. During the European Middle Ages, a 
strong ideal of individual land ownership emerged, 
in contrast to control by a ruler or a governmental 
body. This became the basis of property rights in the 
American Colonies of Britain, as advocated by 
Thomas Jefferson. The strongly held belief of the 
right to hold private property remains a cornerstone 
of American thinking, and is often at odds with issues 
of environmental ethics. 


Farming the land was not the only activity in 
the early history of the development of the North 
American continent by European settlers. Before 
there was significant development of farmland in the 
interior of the continent, explorers, trappers, and nat- 
uralists were looking over the landscape for other rea- 
sons. During the eighteenth and nineteenth centuries, 
the attitudes of naturalists and hunters about killing 
animals were similar. For the naturalist, it was the only 
way to examine new species up close. For the hunter, 
killing animals was a way of making a living, from sale 
of the meat, fur, or some other product, such as ivory. 


It was not until Dr. Edwin James’ expedition into 
the Rocky Mountains in 1819-1820 that it was 
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suggested that some parts of the continent should be 
conserved for wildlife. One of the first to calculate the 
destruction of wildlife in North America was the artist 
George Catlin (1796-1872), who studied the Upper 
Missouri Indians. He was the first American to advo- 
cate a national park for people and animals alike. By 
1872, it became clear that the plains buffalo had been 
massacred to the point of near extinction, and 
Congress established Yellowstone National Park as 
the first national park in the country. 


Thomas Malthus 


Thomas Malthus (1766-1834) had a great influ- 
ence on the development of environmental ethics 
through his theory about population growth, which 
raised the primary question of how many human beings 
could be sustained by the ecosystems of Earth. Malthus 
was an English economist who published An Essay on 
the Principle of Population as It Affects the Future 
Improvement of Society in 1798, just as the Industrial 
Revolution was beginning in Europe. Malthus believed 
that if the natural forces of war, famine, and disease did 
not reduce the rate of growth of the human population, 
it would increase to the point where it could not be 
sustained by the natural resources that are available. 
The problem, as Malthus saw it, was that population 
increased geometrically, while resources could only 
grow arithmetically. In a later essay in 1803 he pro- 
posed late marriage and sexual abstinence as ways of 
restraining population growth. Malthus’ ideas influ- 
enced other activists of the nineteenth century, includ- 
ing Robert Owen (1791-1858), who advocated birth 
control for the poor. However, there was a great deal 
of opposition to the ideas of Malthus from such social 
reformers as William Godwin, who took a more opti- 
mistic view of the benefits gained through “progress,” 
and its possibilities for improving the lives of people. 


While predicting a population explosion, Malthus 
did not foresee the technological changes that have 
increased the capacity of modern societies to sustain 
increasingly larger populations of people (at least for 
the time being). However, modern ecologists, social 
scientists, environmental ethicists, and politicians still 
must deal with the question of how large a population 
this planet can sustain without destroying its ecosys- 
tems, and subsequently much of the human popula- 
tion as well. 


Theodore Roosevelt 


President Theodore Roosevelt (1858-1919) was at 
the forefront of the conservation movement that 
developed in America from 1890 to 1920. By the end 


GALE ENCYCLOPEDIA OF SCIENCE 4 


of the nineteenth century, the United States was an 
industrialized society. Many of the country’s natural 
resources were already threatened, as its wildlife had 
been earlier by commercial hunting. Diminishing 
stocks of forest, rangeland, water, and mineral resour- 
ces were all of great concern to Roosevelt during his 
presidency. In his government, Gifford Pinchot (1865- 
1946), the head of the Forest Service, and James R. 
Garfield, Secretary of the Interior, argued for a com- 
prehensive policy to plan the use and development of 
the natural resources of the United States. 


While there was political opposition in Congress 
and among industrial developers to such ideas, there 
was support among some segments of the public. John 
Muir (1838-1914) founded the Sierra Club in this 
atmosphere of support for the conservation of natural 
resources. Some American businesses that depended 
on renewable resources were also supportive. The goal 
of this emerging “conservation movement” was to 
sustain natural resources without causing undue eco- 
nomic hardship. 


New federal agencies were formed, including the 
National Park Service and the Bureau of Reclamation. 
State conservation laws were also passed in support of 
the conservation movement. The historical periods of 
both World Wars and the economic depression of the 
1930s slowed the conservation movement, but did not 
destroy its foundation. 


Aldo Leopold 


American conservationist Aldo Leopold (1887— 
1948) is credited as the founding father of wildlife 
ecology. In his tenure with the U.S. Forest Service, 
Leopold pioneered the concept of game management. 
He recognized the linkage between the available space 
and food supply and the number of animals that may 
be supported within an area. Leopold observed in his 
influential book A Sand County Almanac that the 
greatest impediment to achieving what he called a 
“land ethic” was the predominant view of the land as 
a commodity, managed solely in terms of its economic 
value. He argued that instead, humans need to view 
themselves as part of a community, which also 
includes the land. In his effort to guide the change in 
philosophy, Leopold wrote, “A thing is right when it 
tends to preserve the integrity, stability, and beauty of 
the biotic community. It is wrong when it tends 
otherwise.” 


Rachel Carson 


A reawakening of environmental issues took place 
when Rachel Carson (1907-1964) published her book 
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Environmental impact statement 


Silent Spring in 1962. Carson was a biologist with the 
Fish and Wildlife Service, and had already published 
The Sea Around Us in 1951. In Silent Spring, she 
alerted the world to the dangers of harmful pesticides 
that were being used in agriculture, particularly DDT. 
Later American writers who carried the “environmen- 
tal message” into the public arena include Paul Ehrlich 
and Barry Commoner. 


In the decades following the publication of Silent 
Spring, the earlier conservation movement became 
transformed into a worldwide environmental move- 
ment. Evidence of this transformation includes the 
growth of organizations such as Greenpeace and the 
World Wildlife Fund, and an expansion of legislation 
designed to protect the environment, preserve species, 
and ensure the health of humans. Carson’s writings 
made the world community aware of the interrelation- 
ships of humans and ecosystems. The ideas that pollu- 
tion in one area can affect the environment in another, 
and that humans cannot live without the goods and 
services provided by ecosystems, are now commonly 
understood facts. 


Concerns about acid rain, deforestation, global 
warming, and nuclear catastrophes like Chernobyl 
(1986) have helped the cause of those who argue 
for improved policies and laws to protect the whole 
environment and all of its inhabitants. In addition, 
activism has resulted in many non-governmental envi- 
ronmental organizations forming to tackle specific 
problems, some of a protective nature, others focused 
on conservation, and others designed to reclaim dam- 
aged areas. 


High-profile Earth Summits sponsored by the 
United Nations met in Rio de Janeiro in 1992 and 
again in Johannesburg in 2002. The goal of these meet- 
ings was to develop plans for implementing social, 
economic, and environmental change for future devel- 
opment. The Kyoto Protocol of 1997 was an attempt to 
require the industrialized nations to reduce emission of 
“greenhouse gases.” However, some environmentalists 
assert that little of substance was accomplished in 
terms of getting specific commitments from govern- 
ments around the world to undertake serious action. 
As in the past, economic pressures came into stark 
conflict with the philosophical premises of environ- 
mental ethics. The same questions of how much pro- 
tection our environment and its resources need, and 
how much must this would interfere with economic 
progress, are still relevant today. 


See also Ecology; Endangered species; Greenhouse 
effect. 
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KEY TERMS 


Aesthetics—The branch of philosophy that deals 
with the nature of beauty. 


Epistemology—the study of the nature of knowl- 
edge, its limits and validity. 

Metaphysics—The study in philosophy of the 
nature of reality and being. 

Philosophy of science—The study of the funda- 
mental laws of nature as they are revealed through 
scientific investigation. 


Political philosophy—The beliefs underlying a 
political structure within a society and how it 
should be governed. 


Social philosophy—The beliefs underlying the 
social structure within a society and how people 
should behave toward one another. 


Resources 


BOOKS 
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Vita Richman 


[ Environmental impact 


statement 


In the United States, the National Environmental 
Policy Act of 1969 (NEPA) requires federal agencies 
to file an Environmental Impact Statement (EIS) for 
any major project or legislative proposal that may 
have significant environmental effects. According to 
the U.S. Environmental Protection Agency (EPA), 
“NEPA requires federal agencies to integrate environ- 
mental values into their decision making processes 
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by considering the environmental impacts of their 
proposed actions and reasonable alternatives to 
those actions. To meet this requirement, federal agen- 
cies prepare a detailed statement known as an 
Environmental Impact Statement (EIS).” 


An EIS requires a federal agency to consider the 
environmental consequences of a proposed project, 
including air, water, and soil pollution; ecosystem dis- 
ruption; overuse of shared water, fishery, agricultural, 
mineral, and forest resources; disruption of endan- 
gered species’ habitat; and threats to human health. 
While an EIS prompts an organization to disclose the 
environmental effects of their project before beginning 
construction or development, and to suggest ways to 
avoid adverse impacts, the document does not, in 
itself, prevent federal agencies from polluting, or oth- 
erwise endangering ecological and human health. An 
EIS is intended to help federal regulators and environ- 
mental compliance agencies determine whether the 
proposed development will violate environmental 
laws. United States environmental policy does not 
require corporations or individuals to file EIS docu- 
ments, but it does expect private sector developments 
to comply with federal, state and local environmental 
and public health regulations. 


Environmental impact assessment 


In order to prepare an EIS, federal agencies must 
fully assess the environmental setting and potential 
effects of a project. Corporations and individuals 
must likewise determine whether their businesses 
and residences meet the environmental standards 
required by their national, state and local govern- 
ments. Environmental impact assessment is a process 
that can be used to identify and estimate the potential 
environmental consequences of proposed develop- 
ments and policies. Environmental impact assessment 
is a highly interdisciplinary process, involving inputs 
from many fields in the sciences and social sciences. 
Environmental impact assessments commonly exam- 
ine ecological, physical/chemical, sociological, eco- 
nomic, and other environmental effects. Many 
nations require the equivalent of an EIS for projects 
proposed by their federal agencies, and almost all 
countries have environmental laws. Environmental 
assessment is a tool used by developers and civil plan- 
ners in the U.S., Europe, and in some other parts of the 
world. Governmental agencies, like the EPA in the 
United States, typically provide guidelines for risk 
assessment procedures and regulations, but the finan- 
cial and legal responsibility to conduct a thorough 
environmental assessment rests with the agency, cor- 
poration, or individual proposing the project. 
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Environmental assessments may be conducted to 
review the potential effects of: (1) individual projects, 
such as the construction of a particular power plant, 
incinerator, airport, or housing development; (2) inte- 
grated development schemes, or proposals to develop 
numerous projects in some area. Examples include an 
industrial park, or an integrated venture to harvest, 
manage, and process a natural resource, such as a pulp 
mill with its associated wood-supply and _ forest- 
management plans; or (3) government policies that 
carry a risk of having substantial environmental 
effects. Examples include decisions to give national 
priority to the generation of electricity using nuclear 
reactors, or to clear large areas of natural forest to 
develop new lands for agricultural use. Government 
agencies and businesses proposing large projects usu- 
ally hire an independent environmental consulting 
firm to conduct environmental risk assessments, and 
to preview the possible environmental, legal, health, 
safety, and civil engineering ramifications of their 
development plan. Environmental consultants also 
perform scientific environmental monitoring at exist- 
ing sites, and, if necessary, recommend methods of 
cleaning up environmental contamination and dam- 
age caused by non-compliant projects. 


Any project, scheme, or policy can potentially 
cause an extraordinary variety of environmental and 
ecological changes. Consequently, it is rarely practical 
to consider all a proposal’s potential effects in an 
environmental impact assessment. Usually certain 
indicators, called “valued ecosystem components” 
(VECs), are selected for study on the basis of their 
importance to society. VECs are often identified 
through consultations with government regulators, 
scientists, non-governmental organizations, and the 
public. Commonly examined VECs include: (1) 
resources that are economically important, such as 
agricultural or forest productivity, and populations 
of hunted fish or game; (2) rare or endangered species 
and natural ecosystems; (3) particular species, com- 
munities, or landscapes that are of cultural or aesthetic 
importance; (4) resources whose quality directly 
affects human health, including drinking water, 
urban air, and agricultural soil; and (5) simple indica- 
tors of a complex of ecological values. The spotted owl 
(strix occidentalis), for example, is an indicator of the 
integrity of certain types of old-growth coniferforests 
in western North America. Proposed activities, like 
commercial forestry, that threaten a population of 
these birds also imperil the larger, old-growth forest 
ecosystem. Determination of VECs usually requires a 
site-specific scientific characterization and survey of 
the proposed development. 
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Environmental impact statement 


Conducting an environmental impact 
assessment 


Risk assessment is the first phase of an environ- 
mental impact assessment. Environmental risk char- 
acterization 1s accomplished by predicting a proposed 
development’s potential stressors at the site over time, 
and comparing these effects with the known bounda- 
ries of VECs. This is a preliminary reconnaissance 
exercise that may require environmental scientists 
to judge the severity and importance of potential inter- 
actions between stressors and VECs. It is highly desir- 
able to undertake field, laboratory, or simulation 
research to determine the risks of interactions identi- 
fied during preliminary screening. However, even the 
most thorough environmental assessments usually 
present an incomplete characterization of a site’s 
VECs and potential impacts. Inadequate time and 
funds often further constrain impact assessments. 


Once potentially important risks to VECs are 
identified and studied, it is possible to consider various 
planning options. EIS documentation requires both 
environmental assessment and an explanation of 
planned responses to environmental impacts. During 
the planning stage of the impact assessment, environ- 
mental specialists provide objective information and 
professional opinions to project managers. There are 
three broad types of planning responses to environ- 
mental impacts: 


(1) The predicted damages can be avoided by 
halting the development, or by modifying its structure. 
Avoidance is often disfavored by proponents of a 
development because irreconcilable conflicts with 
environmental quality can result in substantial costs, 
including canceled projects. Regulators and politi- 
cians also tend to have an aversion to this option, as 
lost socioeconomic opportunities and unfinished proj- 
ects are generally unpopular. 


(2) Mitigations can be designed and implemented to 
prevent or significantly reduce damages to VECs. For 
examples, acidification of a lake by industrial dumping 
could be mitigated by adding carbonate to the lake, a 
development that threatens the habitat of an endangered 
species could suggest moving the population to another 
site, or a proposed coal-fired generating station could 
offset its carbon dioxide emissions by planting trees. 
Mitigations are popular ways of resolving conflicts 
between project-related stressors and VECs. However, 
mitigations are risky because ecological and environ- 
mental knowledge is inherently incomplete, and many 
mitigation schemes fail to properly protect the VEC. 
Moving a population of animals from its home habit, 
for instance, usually results in mortality of the animals. 
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KEY TERMS 


Environmental impact assessment—A process by 
which the potential environmental consequences 
of proposed activities or policies are presented and 
considered. 


Mitigation—This is a strategy intended to reduce 
the intensity of environmental damages associated 
with a stressor. Mitigations are the most common 
mechanisms by which conflicts between stressors 
and valued ecosystem components are resolved 
during environmental impact assessments. 


(3) A third planning response is to allow the pro- 
jected environmental damages to occur, and to accept 
the degradation as an unfortunate cost of achieving 
the project’s perceived socioeconomic benefits. This 
choice is common, because not all environmental 
damages can be avoided or mitigated, and many dam- 
aging activities can yield large, short-term profits. 


It is nearly impossible to carry out large industrial 
or economic developments without causing some envi- 
ronmental damage. However, a properly conducted 
impact assessment can help decision makers under- 
stand the dimensions and importance of that damage, 
and to decide whether they are acceptable. 


Environmental effects monitoring 


Once an environmental assessment has been com- 
pleted, and federal projects have filed an approved 
EIS, the project or policy may proceed. When the 
development is completed, the associated environmen- 
tal stresses begin to affect species, ecosystems, and 
socioeconomic systems. The actual effects of a project 
must then be monitored to ensure compliance with 
environmental regulations, to observe and mitigate 
any unforeseen consequences, and to compare real 
damages to predicted ones. Monitoring might include 
measuring levels of chemical emissions into the air, 
water, or soil, observing the response of plants and 
animals at the site, or surveying the health of employ- 
ees and nearby residents of the site. Socioeconomic 
impacts, like increased traffic congestion, or water 
availability for surrounding agricultural and munici- 
pal interests, are also including in appropriate 
monitoring schemes. Predictions set out in the pre- 
development environmental impact assessment usu- 
ally determine the structure of monitoring programs. 
Monitoring programs must be flexible and adaptive, 
because “surprises,” or unpredicted environmental 
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changes, often occur. In this sense, environmental 
impact assessment is an ongoing process that extends 
over the lifetime of a development. 


See also Air pollution; Ecological economics; 
Ecological integrity; Ecological monitoring; Ecological 
productivity; Environmental ethics. 
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Laurie Duncan 


l Enzymatic engineering 


The introduction of the techniques of modern 
molecular biology, beginning in the 1970s, have 
made possible the genetic engineering of proteins. 
New proteins can be created and existing proteins 
altered. Enzymes are proteins that function in chem- 
ical reactions by making the reaction occur more easily 
than if the enzyme were absent. 


Enzymatic engineering includes a wide variety of 
techniques related to the manipulation of molecules to 
create new enzymes, or proteins, that have useful 
characteristics. These techniques range from the mod- 
ification of existing enzymes to the creation of totally 
new enzymes. Typically, this involves changing the 
protein on a genetic level by mutating a gene. Other 
ways that modifications to enzymes are made are by 
chemical reactions and synthesis. 


Genetic engineering can improve the speed at 
which the enzyme-catalyzed chemical reaction pro- 
ceeds, and can improve the amount of product that is 
generated by the chemical reaction. Furthermore, an 
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enzyme that has a desirable activity, but which operates 
very slowly in its parent organism, can be taken out of 
that organism and installed in another organism where 
it performs faster. An example of this is the speeding up 
of the enzyme penicillin-G-amidase by slicing the 
enzyme into the genetic material of Escherichia coli. 


Enzymes are relatively large, complex molecules 
that catalyze biochemical reactions. These include such 
diverse reactions as the digestion of sugars, replication 
of deoxyribonucleic acid (DNA), or combating diseases. 
For this reason, the creation of improved enzymes is an 
important field of study. A variety of steps are involved 
in the creation of modified enzymes. These entail a 
determination of the molecular structure, function, and 
modifications to improve the effectiveness. 


The key to creating new and improved enzymes 
and proteins is determining the relationship between 
the structure and function of the molecule. The struc- 
ture of an enzyme can be described on four levels: The 
primary structure is related to the sequence of amino 
acids that are bonded together to form the molecule. 
The amino acids that make up the enzyme are deter- 
mined by the DNA sequence of the gene that codes for 
the enzyme. When enough amino acids are present, the 
molecule folds into secondary structures known as 
structural motifs. These are further organized into a 
three-dimensional, or tertiary structure. In many 
enzymes, multiple tertiary structures are combined to 
give the overall quaternary structure of the molecule. 
Scientists have found that the specific structural 
organization of amino acids in an enzyme are directly 
related to the function of that enzyme. 


Structural information about enzymes is obtained 
by a variety of methods. The amino acid sequence is 
typically found using DNA sequencing. In this 
method, the pattern of nucleotides is determined for 
the gene that encodes the enzyme. This information is 
then compared to the genetic code to obtain the amino 
acid sequence. Other structural information can also 
be found by using spectroscopy, chromatography, 
magnetic resonance, and x-ray crystallography. 


To investigate the function of an enzyme, it is 
helpful to be able to create large quantities of it. This 
is done by cloning a desired gene. Polymerase chain 
reaction (PCR), which is a method of making a large 
number of copies of a gene, is particularly helpful at 
this point. The cloned genes are then incorporated into 
a biological vector such as a bacterial plasmid or 
phage. Colonies of bacteria that have the specific 
gene are grown. Typically, these bacteria will express 
the foreign gene and produce the desired enzyme. This 
enzyme is then isolated for further study. 
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Enzyme 


KEY TERMS 


Restriction enzymes—Enzymes that recognize cer- 
tain sequences of DNA and cleave the DNA at 
those sites. The enzymes are used to generate frag- 
ments of DNA that can be subsequently joined 
together to create new stretches of DNA. 


Site directed mutagenesis—The alteration of a spe- 
cific site on a DNA molecule. This can be done 
using specialized viruses. 


To create new enzymes, the DNA sequence of the 
gene can be modified. Modifications include such 
things as deleting, inserting, or substituting different 
nucleotides. The resulting gene will code for a slightly 
modified enzyme, which can then be studied for 
improved stability and functionality. 


One of the major goals in enzymatic engineering is 
to be able to determine enzyme structure and function- 
ality based on the amino acid sequence. With improve- 
ments in computer technology and our understanding 
of basic molecular interactions, this may someday be a 
reality. 


Another promising area of enzymatic engineering 
is the engineering of proteins. By designing or modify- 
ing enzymes, the proteins that the enzymes help create 
can also be changed, or the amount of the protein that 
is made can be increased. Also, since enzymes are 
themselves proteins, the molecular tinkering with pro- 
tein structure and genetic sequence can directly change 
the structure and function of enzymes. 


See also Bioremediation; Biotechnology. 
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l Enzyme 


Enzymes are biological catalysts. A catalyst is an 
agent which increases the rate of chemical reactions 
(the speed at which the reactions occur) without being 
used up or altered in the reaction. Enzymes are also 
proteins. They are able to function as catalysts because 
they have sites to which portions of other molecules 
can bind. The binding is typically relatively weak, so 
that molecules are not irreversibly bound. These weak 
binding interactions allow enzymes to accelerate spe- 
cific reaction rates over and over again. 


Louis Pasteur, a scientist who made a number of 
fundamentally important discoveries to science in gen- 
eral and microbiology in particular was among the 
first to study enzyme action. He incorrectly hypothe- 
sized that the conversion of sugar into alcohol by yeast 
was catalyzed by “ferments” that could not be sepa- 
rated from living cells. In 1897 the German biochemist 
Eduard Buchner (1860-1917) isolated the enzymes 
which catalyze alcoholic fermentation from living 
yeast cells, represented in the equation: 


glucose — ethanol + carbon dioxide 


The early twentieth century saw dramatic advance- 
ment in enzyme studies. Emil Fischer (1852-1919) rec- 
ognized the importance of substrate shape for binding 
by enzymes. Leonor Michaelis (1875-1949) and Maud 
Menten introduced a mathematical approach for 
quantifying enzyme-catalyzed reactions. James 
Sumner (1887-1955) and John Northrop (1891-1987) 
were among the first to produce highly ordered 
enzyme crystals and firmly establish the protein nature 
of these biological catalysts. In 1937 Hans Krebs 
(1900-1981) postulated how a series of enzymatic reac- 
tions were coordinated in the citric acid cycle for the 
production of ATP from glucose metabolites. Today, 
enzymology is a central part of biochemical study. 


Protein structural studies are a very active area of 
biochemical research, and it is known that the bio- 
logical function (activity) of an enzyme is related to 
its structure. There are 20 common amino acids that 
make up the building blocks of all known enzymes. 
They have similar structures, differing mainly in their 
substituents. The organic substituent of an amino acid 
is called the R group. 


The biologically common amino acids are desig- 
nated as L-amino acids (see Figure 1). This is called 
Fischer projection. The amino acids are covalently 
joined via peptide bonds. Enzymes have many peptide 
linkages and range in molecular mass from 12,000 to 
greater than one million (see Figure 2). 
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L-Alanine 


Figure 1. Example of an amino acid, L-Alanine. (Hans & 
Cassidy. Courtesy of Gale Group.) 


peptide bond 


Tripeptide 
R=substituents 


Figure 2. Peptide bonds. (Hans & Cassidy. Courtesy of Gale 
Group.) 


wae Active site 


Lock-and-Key Model 
of Interaction 


Figure 3. Lock and key model. (Hans & Cassidy. Courtesy of 
Gale Group.) 


Enzymes may also consist of more than a single 
polypeptide chain. Each polypeptide chain is called a 
subunit, and may have a separate catalytic function. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Some enzymes have non-protein groups that are nec- 
essary for enzymatic activity. Metal ions and organic 
molecules called coenzymes are components of many 
enzymes. Coenzymes, which are tightly or covalently 
attached to enzymes, are termed prosthetic groups. 
Prosthetic groups contain critical chemical groups 
which allow the overall catalytic event to occur. 


Enzymes bind their reactants (substrates) at spe- 
cial folds and clefts in their structures called active 
sites. Because active sites have chemical groups pre- 
cisely located and orientated for binding the substrate, 
they generally display a high degree of substrate spe- 
cificity. The active site of an enzyme consists of two 
key regions. The catalytic site, which interacts with the 
substrate during the reaction, and the binding site, the 
chemical groups of the enzyme which bind the sub- 
strate to allow chemical interaction at the catalytic 
site. 


Although the details of enzyme active sites differ 
between different enzymes, there are common motifs. 
The active site represents only a small fraction of the 
total protein volume. The reason enzymes are so large is 
that many interactions are necessary for reaction. The 
crevice of the active site creates a microenvironment 
that is critical for catalysis. Environmental factors 
include polarity, hydrophobicity, and precise arrange- 
ment of atoms and chemical groups. In 1890 Emil 
Fischer compared the enzyme-substrate relationship to 
the fit between and lock and a key (see Figure 3). 
Fischer postulated that the active site and the enzyme 
have complimentary three-dimensional shapes. This 
model was extended by Daniel Koshland Jr. in 1958 
by his so-called induced fit model, which reasoned that 
actives sites are complimentary to substrate shape only 
after the substrate is bound. 


An example of enzyme action is a simple, uncata- 
lyzed chemical reaction reactant A — product B. As 
the concentration of reactant A is increased, the rate of 
product B formation increases. Rate of reaction is 
defined as the number of molecules of B formed per 
unit time. In the presence of a catalyst, the reaction rate 
is accelerated. For reactant to be converted to product, 
a thermodynamic energy barrier must be overcome. 
This energy barrier is known as the activation energy 
(E,). A catalyst speeds up a chemical process by low- 
ering the activation energy that the reactant must reach 
before being converted to product. It does this by 
allowing a different chemical mechanism or pathway 
which has a lower activation energy (see Figure 4). 


Enzymes have high catalytic power, high substrate 
specificity, and are generally most active in aqueous 
solvents at mild temperature and physiological pH. 
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Figure 4. Thermodynamics of enzyme actions. (Hans & 
Cassidy. Courtesy of Gale Group.) 


Simplified Feedback Mechanism 


Build up of product 'E' controls reaction 1 


Figure 5. Feedback control in metabolic pathways. (Hans & 
Cassidy. Courtesy of Gale Group.) 


Regulation by 
Phosphate Group Transfer 


Phosphorylation 


Figure 6. Regulation by phosphate group transfer. (Hans & 
Cassidy. Courtesy of Gale Group.) 


There are thousands of known enzymes, but nearly all 
can be categorized according to their biological activities 
into six major classes: oxidoreductases, transferases, 
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hydrolases, lyases, isomerases, and ligases. Most enzymes 
catalyze the transfer of electrons, atoms, or groups of 
atoms, and are assigned names according to the type of 
reaction. 


Thousands of enzymes have been discovered and 
purified to date. The structure, chemical function, and 
mechanism of hundreds of enzymes has given biochem- 
ists a solid understanding of how they work. In the 
1930s, J.B.S. Haldane (1892-1964) described the princi- 
ple that interactions between the enzyme and its sub- 
strate can be used to distort the shape of the substrate 
and induce a chemical reaction. The energy released and 
used to lower activation energies from the enzyme-sub- 
strate interaction is called the binding energy. The chem- 
ical form of the substrate at the top of the energy barrier 
is called a transition state. The maximum number of 
weak enzyme-substrate interactions is attained when 
the substrate reaches its transition state. Enzymes stabi- 
lize the transition state, allowing the reaction to proceed 
in the forward direction. The rate-determining process 
of a simple enzyme catalyzed reaction is the breakdown 
of the activated complex between the transition state 
and the enzyme. In 1889 the Swedish chemist Svante 
Arrhenius (1859-1927) showed the dependence of the 
rate of reaction on the magnitude of the energy barrier 
(activation energy). Reactions that consist of several 
chemical steps will have multiple activated complexes. 
The over-all rate of the reaction will be determined by 
the slowest activated complex decomposition. This is 
called the rate-limiting step. 


In addition to enhancing the reaction rate, 
enzymes have the ability to discriminate among com- 
peting substrates. Enzyme specificity arises mainly 
from three sources. The first is the exclusion of other 
molecules from the active site because of the presence 
of incorrect functional groups, or the absence of nec- 
essary binding groups. Secondly, many weak interac- 
tions exist between the substrate and the enzyme. It 
is known that the requirement for many interactions is 
one reason enzymes are very large compared to the 
substrate. The noncovalent interactions that bind mol- 
ecules to enzymes are similar to the intramolecular 
forces that control enzyme conformation. Induced 
conformational changes shift important chemical 
groups on the enzyme into close proximity for catal- 
ysis. Finally, stereospecificity arises from the fact that 
enzymes are built from only L-amino acids. They have 
active sites which are asymmetric and will bind only 
certain substrates. 


Enzyme activity is controlled by many factors, 
including environment, enzyme inhibitors, and regu- 
latory binding sites on the enzyme. Concerning the 
environment, enzymes generally have an optimum 
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KEY TERMS 


Activation energy—The amount of energy required 
to convert the substrate to the transition state. 


Active site—The fold or cleft of an enzyme which 
binds substrate and catalytically transforms it to 
product. 


Hydrophobic—Nonpolar, insoluble in water. 


Induced fit—Enzyme conformational change caused 
by substrate binding and resulting in catalytic 
activity. 

Lock-and-key—Geometrically complementary shapes 
of the enzyme (lock) and the substrate (key) result- 
ing in specificity. 

Peptide bond—Chemical covalent bond formed 
between two amino acids in a polypeptide. 


Polypeptide—A long chain of amino acids linked 
by peptide bonds. 


Rate of reaction—The quantity of substrate mole- 
cules converted to product per unit time. 


Transition state—The activated form of the reac- 
tant occupying the highest point on the reaction 
coordinate. 


Weak _interactions—Noncovalent interactions 
between the substrate and the enzyme, allowing 
enzyme conformational change and catalysis. 


pH range in which they are most active. The pH of the 
environment will affect the ionization state of catalytic 
groups at the active site and the ionization of the 
substrate. Electrostatic interactions are therefore con- 
trolled by pH. pH may also control the conformation 
of the enzyme through ionizable amino acids which 
are located distant from the active site, but are never- 
theless critical for the three-dimensional shape of the 
macromolecule. 


Enzyme inhibitors diminish the activity of an 
enzyme by altering the way substrates bind. Inhibitor 
structure may be similar to the substrate, but they 
react very slowly or not at all. Chemically, inhibitors 
may be large organic molecules, small molecules or 
ions. They are important because they can be useful 
for chemotherapeutic treatment of disease, and for 
providing experimental insights into the mechanism 
of enzyme action. Inhibitors work in either a reversible 
or an irreversible manner. Irreversible inhibition is char- 
acterized by extremely tight or covalent interaction 
with the enzyme, resulting in very slow dissociation 
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and inactivation. Reversible inhibition is displayed by 
rapid dissociation of the inhibitor from the enzyme. 
There are three main classes of reversible inhibition, 
competitive inhibition, noncompetitive inhibition, 
and mixed inhibition. They are distinguishable by 
how they bind to enzymes and response to increasing 
substrate concentration. Enzyme inhibition is studied 
by examining reaction rates and how rates change in 
response to changes in experimental parameters. 


Regulatory enzymes are characterized by 
increased or decreased activity in response to chemical 
signals. Metabolic pathways are regulated by control- 
ling the activity of one or more enzymatic steps along 
that path. Regulatory control allows cells to meet 
changing demands for energy and biomolecules. 


Enzymatic activity is regulated in four general 
ways. The first is termed allosteric control. Allosteric 
enzymes are those that have distinct binding sites for 
effector molecules, which control their rates of reac- 
tion. The second reglator of enzymatic activity 
involves proteins designated control proteins, which 
participate in cellular regulatory processes. For exam- 
ple, calmodulin is a Ca?~ binding protein which binds 
with high affinity and modulates the activity of many 
Ca?*-regulated enzymes. In this way, Ca? acts as to 
allow events like feedback control in metabolic path- 
ways (see Figure 5). A third enzyme regulatory mech- 
anism involves the reversible chemical modification 
that can be carried out with a variety of chemical 
groups. A common example is the transfer of phos- 
phate groups, catalyzed by enzymes known as kinases 
(see Figure 6). Finally, proteolytic activation (activa- 
tion of enzyme activity that occurs when part of the 
protein is removed) can regulate the activity of some 
enzymes. One example are zymogens, which are con- 
verted to an active form following the irreversible 
removal of a portion of the protein. Proteolytic 
enzymes are controlled by this latter mechanism. 


See also Catalyst and catalysis; Krebs cycle. 
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! Epidemic 


An epidemic is an outbreak of a disease among 
members of a specific population that exceeds the 
extent of occurrence of the disease normally found in 
that population. Epidemics affect those members of 
the population who do not have an acquired or inher- 
ent immunity to the disease. Although most epidemics 
are caused by infectious organisms, the term can be 
applied to an outbreak of any chronic disease, such as 
lung cancer or heart disease. 


During an epidemic, organisms can spread in sev- 
eral ways. But in each case, there must be a continual 
source of disease organisms, that is, a reservoir of 
infection. The reservoir may be human (such as an 
infected food server), animal (for example, a bac- 
teria-carrying rat), or an inanimate object (contami- 
nated water). 


For human diseases, the human body is the prin- 
cipal living reservoir of infectious organisms. Among 
the diseases spread by human carriers are AIDS, 
typhoid fever, hepatitis, influenza, and streptococcal 
infections. While people who have signs and symp- 
toms of a disease are obvious reservoirs of infections, 
some people may carry and spread the disease without 
showing any signs or symptoms. Still others may har- 
bor the disease during the symptomless stage called the 
incubation period, before symptoms appear, or during 
the convalescent period, during which time they are 
recovering. This fuels the epidemic, as there is no 
apparent reason for people to take precautions to 
prevent transmission to others. 


Animal reservoirs can also spread diseases. Those 
diseases that are spread from wild and domestic ani- 
mals to humans are called zoonoses. Yellow fever, 
spread by the Aedes mosquito; Lyme disease, spread 
by ticks; rabies, spread by bats, skunks, foxes, cats, 
and dogs; and bubonic plague, spread by rats, are 
examples of zoonoses. 


Inanimate reservoirs, such as drinking water con- 
taminated by the feces of humans and other animals, 
are a common environment for organisms causing 
gastrointestinal diseases. 


Once infected, a person becomes a reservoir and 
can spread the disease in a variety of ways, called 
contact transmission. Direct contact transmission 
occurs when an infected host has close physical con- 
tact with a susceptible person. This person-to-person 
transmission can occur during touching, kissing, and 
sexual intercourse. Viral respiratory diseases such as 
the common cold and influenza are transmitted in this 
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way, as are smallpox, hepatitis A, sexually transmitted 
diseases (genital herpes, gonorrhea, syphilis) and, in 
some cases, AIDS. 


Indirect contact transmission occurs when the dis- 
ease-causing organism is transmitted from the reser- 
voir to a susceptible host by means of a inanimate 
carrier called a fomite, which can be a towel, drinking 
cup, or eating utensils. Hepatitis and AIDS can spread 
when contaminated syringes serve as fomites among 
intravenous drug users. 


Droplet transmission of an epidemic occurs when 
microbes are spread in tiny bits of mucous called 
droplet nuclei that travel less than three feet from the 
mouth and nose during coughing, sneezing, laughing, 
or talking. Influenza, whooping cough, and pneumo- 
nia are spread this way. 


Transmission of epidemics can occur through 
food, water, air, and blood, among other objects. 
Waterborne transmission occurs through contami- 
nated water, a common means by which epidemics of 
cholera, waterborne shigellosis, and leptospirosis 
occurs. Foodborne poisoning in the form of staph- 
ylococcal contamination may occur when food is 
improperly cooked, left unrefrigerated, or prepared 
by an infected food handler. 


Airborne transmission of viral diseases such as 
measles and tuberculosis occurs when the infectious 
organisms travel more than 3 ft (0.9 m) from the 
human reservoir to a susceptible host in a fine spray 
from the mouth and nose. Fungal infections such as 
histoplasmosis, coccidioidomycosis, and blastomyco- 
sis can be spread by airborne transmission as their 
spores are transported on dust particles. 


Vectors, usually insects, are animals that carry 
pathogens from one host to another. These vectors 
may spread an epidemic by mechanical or biological 
transmission. When flies transfer organisms causing 
typhoid fever from the feces of infected people to food, 
the disease is spread through mechanical transmission. 
Biological transmission occurs when an arthropod 
bites a host and ingests infected blood. Once inside 
the arthropod vector, the disease-causing organisms 
may reproduce in the gut, increasing the number of 
parasites that can be transmitted to the next host. In 
some cases, when the host is bitten, the parasites are 
passed out of the vector and into a wound when the 
vector passes feces or vomits. The protozoan disease 
malaria is spread by the Anopheles mosquito vector. 


After an epidemic is introduced into a population 
by one or more persons, the infection spreads rapidly 
if there are enough susceptible hosts. If so, the inci- 
dence of the disease increases over time, until it reaches 
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KEY TERMS 


Epidemic curve—A graph showing the number of 
cases of an outbreak of illness by the date of illness 
onset. 


Herd immunity—Overall protection of a popula- 
tion from a disease by immunization of most of the 
population. 


Zoonoses—Diseases spread by animals to humans. 


a maximum, at which time it begins to subside. This 
subsidence of the epidemic is due mostly to the lack of 
susceptible individuals; most individuals already have 
the disease or have had the disease and gained an 
immunity to it. 


After an epidemic subsides, there are too few sus- 
ceptible individuals to support a new epidemic if the 
infection is reintroduced. This overall immunity of a 
host population to a potential epidemic disease is 
called herd immunity. 


Herd immunity tends to disappear over time due 
to three factors: (1) deterioration of individual immun- 
ity; (2) death of immune individuals; (3) influx of 
susceptible individuals by birth or emigration into 
the area of the epidemic. 


The rise in the number of infected individuals over 
time, followed by a fall to low levels, can be graphi- 
cally depicted as an “epidemic curve,” which usually 
represents a time period of days, weeks, or months. 
Some may even last years. For example, waterborne 
gastrointestinal infections may peak during the later 
summer months, reflecting the role of recreational 
swimming in areas where parasitic organisms exist. 


An epidemic that erupts in a wide distribution of 
disease and usually crosses international and geo- 
graphical borders is termed a pandemic. Examples of 
pandemics in modern history include AIDS and the 
worldwide influenza pandemic of 1918. 


See also Epidemiology; Severe acute respiratory 
syndrome (SARS); Tropical diseases. 
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[ Epidemiology 


Epidemiology is the study of the occurrence, fre- 
quency, and distribution of diseases in a given popula- 
tion. As part of this study, epidemiologists—scientists 
who investigate epidemics (widespread occurrence of a 
disease that occurs during a certain time)—attempt to 
determine how the disease is transmitted, and what are 
the host(s) and environmental factor(s) that start, 
maintain, and/or spread the epidemic. 


The primary focus of epidemiology are groups of 
persons, rather than individuals. The primary effort of 
epidemiologists is in determining the etiology (cause) 
of the disease and identifying measures to stop or slow 
its spread. This information, in turn, can be used to 
create strategies by which the efforts of health care 
workers and facilities in communities can be most 
efficiently allocated for this purpose. 


In tracking a disease outbreak, epidemiologists 
may use any or all of three types of investigation: 
descriptive epidemiology, analytical epidemiology, 
and experimental epidemiology. 


Descriptive epidemiology is the collection of 
all data describing the occurrence of the disease, 
and usually includes information about individuals 
infected, and the place and period during which it 
occurred. Such a study is usually retrospective, 1.e., it 
is a study of an outbreak after it has occurred. 


Analytical epidemiology attempts to determine the 
cause of an outbreak. Using the case control method, 
the epidemiologist can look for factors that might have 
preceded the disease. Often, this entails comparing a 
group of people who have the disease with a group that 
is similar in age, sex, socioeconomic status, and other 
variables, but does not have the disease. In this way, 
other possible factors, e.g., genetic or environmental, 
might be identified as factors related to the outbreak. 


Using the cohort method of analytical epidemiol- 
ogy, the investigator studies two populations, one who 
has had contact with the disease-causing agent and 
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another that has not. For example, the comparison of 
a group that received blood transfusions with a group 
that has not might disclose an association between 
blood transfusions and the incidence of a bloodborne 
disease, such as hepatitis B. 


Experimental epidemiology tests a hypothesis 
about a disease or disease treatment in a group of 
people. This strategy might be used to test whether or 
not a particular antibiotic is effective against a partic- 
ular disease-causing organism. One group of infected 
individuals is divided randomly so that some receive 
the antibiotic and others receive a placebo—an inactive 
drug that is not known to have any medical effect. In 
this case, the antibiotic is the variable, 1.e., the exper- 
imental factor being tested to see if it makes a difference 
between the two otherwise similar groups. If people in 
the group receiving the antibiotic recover more rapidly 
than those in the other group, it may logically be con- 
cluded that the variable—antibiotic treatment—made 
the difference. Thus, the antibiotic is effective. 


Although the sudden appearance of dreaded dis- 
eases has plagued humanity for millennia, it was not 
until the nineteenth century that the field of epidemiol- 
ogy can be said to have been born. In 1854, the British 
physician John Snow (1813-1858) demonstrated the 
power of epidemiologic principles during an outbreak 
of cholera in London. Snow discovered that most of the 
victims of cholera he questioned obtained their drinking 
water from a well on London’s Broad Street. Moreover, 
most of the people afflicted with the disease drank from 
the polluted section of the Thames River, which ran 
through London. Snow arranged to have the Broad 
Street pump closed, preventing people from drinking 
water from that well. Subsequently, the cholera epi- 
demic subsided. 


Since the days of Snow, epidemiology has grown 
into a sophisticated science, which relies on statistics 
as well as interviews with disease victims. Today, epi- 
demiologists study not only infectious diseases, such 
as cholera and malaria, but also noninfectious dis- 
eases, such as lung cancer and certain heart disorders. 


In the process of studying the cause of an infec- 
tious disease, epidemiologists often view it in terms of 
the agent of infection (e.g., particular bacterium or 
virus), the environment in which the disease occurs 
(e.g., crowded slums), and the host (e.g., hospital 
patient). Thus, beta-hemolytic streptococci bacteria 
are the agent for acute rheumatic fever; but because 
not all persons infected with the organism develop the 
disease, the health of the host helps to determine how 
serious the disease will be for a particular person, or 
even, whether it will occur. 
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Among the important environmental factors that 
affect an epidemic of infectious diseases are poverty, 
overcrowding, lack of sanitation, and such uncontrol- 
lable factors as the season and climate. 


Another way epidemiologists may view etiology of 
disease is as a “web of causation.” This web represents 
all known predisposing factors and their relations with 
each other and with the disease. For example, a web of 
causation for myocardial infarction (heart attack) can 
include diet, hereditary factors, cigarette smoking, lack 
of exercise, susceptibility to myocardial infarction, and 
hypertension. Each factor influences and is influenced 
by a variety of other factors. 


By identifying specific factors and how they are 
ultimately related to the disease, it is sometimes possi- 
ble to determine which preventive actions can be taken 
to reduce the occurrence of the disease. In the case of 
myocardial infarction, for example, these preventive 
actions might include a change in diet, treatment for 
hypertension, eliminating smoking, and beginning a 
regular schedule of exercise. 


Epidemiologic investigations are largely mathe- 
matical descriptions of persons in groups, rather 
than individuals. The basic quantitative measurement 
in epidemiology is a count of the number of persons 
in the group being studied who have a particular dis- 
ease; for example, epidemiologists may find 10 mem- 
bers of a village in the African village of Zaire suffer 
from infection with Ebola virus infection; or that 80 
unrelated people living in an inner city area have 
tuberculosis. 


Any description of a group suffering from a par- 
ticular disease must be put into the context of the 
larger population. This shows what proportion of the 
population has the disease. The significance of 10 
people out of a population of 1,000 suffering tuber- 
culosis is vastly different, for example, than if those 10 
people were part of a population of one million. 


Thus one of the most important tasks of the epi- 
demiologist is to determine the prevalence rate—the 
number of persons out of a particular population who 
have the disease: 


Prevalence rate = number of persons with a disease / 
total number in group. Prevalence rate is like a snap- 
shot of a population at a certain point in time, showing 
how many people in that population suffer from a 
particular disease. For example, the number of people 
on March 15 suffering infection from the parasite 
cryptosporidium in a town with a polluted water 
supply might be 37 out of a population of 80,000. 
Therefore, the prevalence rate on March 15 is 37/80,000. 
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A prevalence rate can represent any time period, 
e.g., day or hour; and it can refer to an event that 
happens to different persons at different times, such 
as complications that occur after drug treatment (on 
day five for some people or on day two for others). 


The incidence rate is the rate at which a disease 
develops in a group over a period of time. Rather than 
being a snapshot, the incidence rate describes a continu- 
ing process that occurs over a particular period of time. 


Incidence rate = total number per unit developing 
a disease over time/total number of persons. For exam- 
ple, the incidence rate of prostate cancer among men in 
a particular country might be 2% per year; or the 
number of children getting measles in a town might 
be 3% per day. Once a person has developed a lifelong 
disease, such as AIDS, he or she cannot be counted in 
the denominator of the incidence rate, since these 
people cannot get the disease again. The denominator 
refers only to those in the population who have not yet 
developed the disease. 


Period prevalence measures the extent to which 
one or all diseases affects a group during the course of 
time, such as a year. 


Period prevalence = number of persons with a dis- 
ease during a period of time/total number in a group. 
In the case of a year, such as 1995, the period preva- 
lence equals the prevalence at the beginning of 1995 
plus the annual incidence during 1995. 


Epidemiologists also measure attributable risk, 
which is the difference between two incidence rates of 
groups being compared, when those groups differ in 
some attribute that appears to cause that difference. 
For example, the lung cancer mortality rate among a 
particular population of non-smoking women 50 to 70 
years old might be 20/100,000, while the mortality rate 
among woman in that age range who smoke might be 
150/100,000. The difference between the two rates (150- 
20 = 130) is the risk that is attributable to smoking, if 
smoking is the only important difference between the 
groups regarding the development of lung cancer. 


Epidemiologists arrange their data in various 
ways, depending on what aspect of the information 
they want to emphasize. For example, a simple graph 
of the annual occurrence of viral meningitis might 
show by the “hills” and “valleys” of the line in which 
years the number of cases increased or decreased. This 
might provide evidence of the cause and offer ways to 
predict when the incidence might rise again. 


Bar graphs showing differences in rates among 
months of the year for viral meningitis might pinpoint 
a specific time of the year when the rate goes up, for 
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example, in summertime. That, in turn, might suggest 
that specific summertime activities, such as swimming, 
might be involved in the spread of the disease. 


One of the most powerful tools an epidemiologist 
can use is case reporting: reporting specific diseases to 
local, state and national health authorities, who accu- 
mulate the data. Such information can provide valua- 
ble leads as to where, when, and how a disease 
outbreak is spread, and help health authorities to deter- 
mine how to halt the progression of an epidemic-one of 
the most important goals of epidemiology. 


Often, epidemiologists are integrated into the pub- 
lic health structure of a local community, and work 
closely with public health officials to track and manage 
local outbreaks of disease. Other times, epidemiologists 
are part of larger national or international health organ- 
izations, and work to identify and track the emergence 
of new diseases worldwide. In either case, epidemiolo- 
gists rely on observations and data collected at the 
source of an outbreak, and rapid dissemination of the 
data among colleagues. For example, when a dangerous 
pneumonia surfaced in February 2003 in China, 
Chinese authorities were at first hesitant to implement 
isolation procedures and investigate the outbreak. 
Within a month, the disease spread to a hospital in 
Viet Nam, where Carlo Urbani, an Italian medical 
epidemiologist working with the World Health 
Organization in Hanoi, recognized the influenzalike 
disease as unusual. Urbani worked at the hospital, 
collecting samples for testing, compiling data, institut- 
ing isolation and other infection control measures, and 
notifying health authorities worldwide. The disease was 
SARS (severe acute respiratory syndrome), and Urbani 
is credited with identifying and containing the epidemic. 
In mid-March, 2003, Urbani traveled to Thailand to 
present data to Centers for Disease Control and 
Prevention (CDC) officials. Feeling ill upon landing at 
the airport, Urbani again insisted upon isolating himself 
and for protective equipment for those coming in con- 
tact with him. He died of SARS two weeks later. 
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l Epilepsy 


Epilepsy, from the Greek word for seizure, is a 
recurrent demonstration of a brain malfunction. The 
outward signs of epilepsy may range from only a slight 
smacking of the lips or staring into space to a gener- 
alized convulsion. It is a condition that can affect 
anyone, from the very young to adult ages, of both 
sexes and any race. Epilepsy was described by Greek 
physician Hippocrates (c. 460-c. 377 BC). The inci- 
dence of epilepsy, that is, how many people have it, is 
not known. Some authorities say that up to one-half of 
1% of the population are epileptic, but others believe 
this estimate to be too low. Some authorities state that 
about 40 to 50 million people worldwide are afflicted 
with epilepsy. This figure is a rough estimate at best. 
Many cases of epilepsy, those with very subtle symp- 
toms, are not reported. The most serious form of 
epilepsy is not considered an inherited disease, though 
parents with epilepsy are more prone to have children 
with the disease. On the other hand, an epileptic child 
may have parents that show no sign of the condition, 
though they will have some abnormal brain waves. 


Though the cause of epilepsy remains unknown, 
the manner in which the condition is demonstrated 
indicates the area of the brain that is affected. 
Jacksonian seizures, for example, which are localized 
twitching of muscles, originate in the frontal lobe of 
the brain in the motor cortex. A localized numbness or 
tingling indicates an origin in the parietal lobe on the 
side of the brain in the sensory cortex. 


The recurrent symptoms, then, are the result of 
localized, excessive discharges of brain cells or neurons. 
These can be seen on the standard brain test called the 
electroencephalogram (EEG). For this test electrodes 
are applied to specific areas of the head to pick up the 
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electrical waves generated by the brain. If the patient 
experiences an epileptic episode while he/she is wired to 
the EEG, the abnormal brain waves can easily be seen 
and the determination made as to their origin in the 
brain. Usually, however, if the patient is not experienc- 
ing a seizure no abnormalities will be found in the EEG. 


Grand mal seizures 


Grand mal seizures are those that are characteristic 
of epilepsy in most people’s mind. Immediately prior to 
the seizure, the patient may have some indication that a 
seizure is immanent. This feeling is called an aura. Very 
soon after he/she has the aura the patient will lapse into 
unconsciousness and experience generalized muscle 
contractions that may distort the body position; these 
are clonic seizures. The thrashing movements of the 
limbs that ensue in a short time are caused by opposing 
sets of muscles alternating in contractions (hence, 
the other name for grand mal seizures: tonic-clonic seiz- 
ures). The patient may also lose control of the bladder. 
When the seizures cease, usually after three to five 
minutes, the patient may remain unconscious for up to 
half an hour. Upon awakening, the patient may not 
remember having had a seizure and may be confused 
for a time. 


Petit mal seizures 


In contrast to the drama of the grand mal seizure, 
the petit mal may seem inconsequential. The patient 
interrupts whatever he/she is doing and for up to 
about 30 seconds may show subtle outward signs 
such as blinking his eyes, staring into space, or pausing 
in conversation. After the seizure he/she resumes pre- 
vious activity. Petit mal seizures are associated with 
heredity and they rarely occur in people over the age of 
20 years. Oddly, though the seizures may occur several 
times a day, they do so usually when the patient is 
quiet and not during periods of activity. After puberty, 
these seizures may disappear or they may be replaced 
by the grand mal type of seizure. 


Status epilepticus 


A serious form of seizure, status epilepticus indi- 
cates a state in which grand mal seizures occur in rapid 
succession with no period of recovery between them. 
This can be a life-threatening event because the patient 
has difficulty breathing and may experience a danger- 
ous rise in blood pressure. This form of seizure is very 
rare, but can be brought on if someone abruptly stops 
taking the medication prescribed for his/her epilepsy. 
It may also occur in alcohol withdrawal. 
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KEY TERMS 


Cortex—tThe outer layer of the brain. 


Motor cortex—Part of the cortex that controls the 
actions of the extremities, such as moving one’s 
hand away from a heat source. 


Sensory cortex—Part of the cortex that receives 
signals from peripheral nerves to indicate the pres- 
ence of excessive heat, for example, and the need 
to move. 


Treatment 


A number of drugs are available for the treatment 
of epilepsy. The oldest is phenobarbital, which has the 
unfortunate side effect of being addictive. Other drugs 
currently on the market are less addictive, but all have 
the possibility of causing untoward side effects such as 
drowsiness, nausea, or dizziness. 


The epileptic patient needs to be protected from 
injuring himself/herself during an attack. Usually for 
the patient having a petit mal seizure, little needs to be 
done. Occasionally these individuals may lose their 
balance and need to be helped to the ground to avoid 
hitting their head, but otherwise need little attention. 
The individual in a grand mal seizure should not 
be restrained, but may need to have some help to 
avoid his/her striking limbs or head on the floor or 
nearby obstruction. If possible, roll the patient onto 
his/her side. This will maintain an open airway for 
the patient to breathe by allowing the tongue to fall 
to one side. 


Epilepsy is a recurrent, lifelong condition that 
must be reckoned with. Medication can control seiz- 
ures in a substantial percentage of patients, perhaps up 
to 85% of those with grand mal manifestations. Some 
patients will experience seizures even with maximum 
dosages of medication. These individuals need to wear 
an identification bracelet to let others know of their 
condition. Epilepsy is not a reflection of insanity or 
mental retardation in any way. In fact, many who 
experience petit mal seizures are of above-average 
intelligence. 


See also Anticonvulsants. 
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l Episomes 


An episome is a portion of genetic material that 
can exist independent of the main body of genetic 
material (called the chromosome) at some times, 
while at other times is able to integrate into the 
chromosome. 


Examples of episomes include insertion sequences 
and transposons. Viruses are another example of an 
episome. Viruses that integrate their genetic material 
into the host chromosome enable the viral nucleic acid 
to be produced along with the host genetic material in 
a nondestructive manner. As a unit that exists outside 
of the chromosome, however, the viral episome 
destroys the host cell as it commandeers the host’s 
replication apparatuses to make new copies of itself. 


Another example of an episome is called the 
F factor. The F factor determines whether genetic 
material in the chromosome of one organism is trans- 
ferred into another organism. The F factor can exist in 
three states that are designated as F+, Hfr, and F 
prime. 


F+ refers to the F factor that exists independently 
of the chromosome. Hfr stands for high frequency of 
recombination, and refers to a factor that has inte- 
grated into the host chromosome. The F prime factor 
exists outside the chromosome, but has a portion of 
chromosomal DNA attached to it. 


An episome is distinguished from other pieces of 
DNA that are independent of the chromosome such as 
plasmids by their large size. 


Plasmids are different from episomes, as plasmid 
DNA cannot link up with chromosomal DNA. The 
plasmid carries all the information necessary for 
its independent replication. While not necessary for 
bacterial survival, plasmids can be advantageous to a 
bacterium. For example, plasmids can carry genes that 
confer resistance to antibiotics or toxic metals, genes 
that allow the bacterium to degrade compounds that it 
otherwise could not use as food, and even genes that 
allow the bacterium to infect an animal or plant cell. 
Such traits can be passed on to another bacterium. 
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Epstein-Barr virus 


Transposons and insertion sequences are epi- 
somes. These are also known as mobile genetic ele- 
ments. They are capable of existing outside of the 
chromosome. They are also designed to integrate 
into the chromosome following their movement from 
one cell to another. Like plasmids, transposons can 
carry other genetic material with them, and so pass on 
resistance to the cells they enter. Class 1 transposons, 
for example, contain drug resistance genes. Insertion 
sequences do not carry extra genetic material. They 
code for only the functions involved in their insertion 
into chromosomal DNA. 


Transposons and insertion sequences are useful 
tools to generate changes in the DNA sequence of 
host cells. These genetic changes that result from the 
integration and the exit of the mobile elements from 
DNA, are generically referred to as mutations. 
Analysis of the mobile element can determine what 
host DNA is present, and the analysis of the mutated 
host cell can determine whether the extra or missing 
DNA is important for the functioning of the cell. 


Resources 
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Epsom salts see Magnesium sulfate 


l Epstein-Barr virus 


Epstein-Barr virus (EBV) is part of the family of 
human herpes viruses. Infectious mononucleosis (IM) 
is the most common disease manifestation of this 
virus, which once established in the host, can never 
be completely eradicated. Very little can be done to 
treat EBV; most methods can only alleviate resultant 
symptoms. 


In addition to infectious mononucleosis, EBV has 
also been identified in association with—although not 
necessarily believed to cause—as many as 50 different 
illnesses and diseases, including chronic fatigue syn- 
drome, rheumatoid arthritis, arthralgia Goint pain 
without inflammation), and myalgia (muscle pain). 
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While studying aplastic anemia (failure of bone mar- 
row to produce sufficient red blood cells), researchers 
identified EBV in bone marrow cells of some patients, 
suggesting the virus may be one causative agent in the 
disease. Also, several types of cancer can be linked to 
presence of EBV, particularly in those with suppressed 
immune systems, for example, suffering from AIDS or 
having recently undergone kidney or liver transplan- 
tation. The diseases include hairy cell leukemia, 
Hodgkin’s and non-Hodgkin lymphoma, Burkitt’s 
lymphoma (cancer of the lymphatic system endemic 
to populations in Africa), and nasopharyngeal carci- 
noma (cancers of the nose, throat, and thymus gland, 
particularly prevalent in East Asia). Recently, EBV 
has been associated with malignant smooth-muscle 
tissue tumors in immunocompromised children. Such 
tumors were found in several children with AIDS and 
some who had received liver transplants. Conversely, 
it appears that immunosuppressed adults show no 
elevated rates of these tumors. 


EBV was first discovered in 1964 by three 
researchers—Epstein, Achong, and Barr—while 
studying a form of cancer prevalent in Africa called 
Burkitt’s lymphoma. Later, its role in IM was identi- 
fied. A surge of interest in the virus has now deter- 
mined that up to 95% of all adults have been infected 
with EBV at some stage of their lives. In seriously 
immunocompromised individuals and those with 
inherited immune system deficiencies, the virus can 
become chronic, resulting in “chronic Epstein-Barr 
virus” which can be fatal. 


EBV is restricted to a very few cells in the host. 
Initially, the infection begins with its occupation and 
replication in the thin layer of tissue lining the mouth, 
throat, and cervix, which allow viral replication. The 
virus then invades the B cells, which do not facilitate 
the virus’s replication but do permit its occupation. 
Infected B cells may lie dormant for long periods or 
start rapidly producing new cells. Once activated in 
this way, the B cells often produce antibodies against 
the virus residing in them. EBV is controlled and con- 
tained by killer cells and suppressor cells known as 
CD4 T lymphocytes in the immune system. Later, 
certain cytotoxic (destructive) CD8 T lymphocytes 
with specific action against EBV also come into play. 
These cells normally defend the host against the 
spread of EBV for the life of the host. 


A healthy body usually provides effective immun- 
ity to EBV in the form of several different antibodies, 
but when this natural defense mechanism is weakened 
by factors that suppress its normal functioning—fac- 
tors such as AIDS, organ transplantation, bone mar- 
row failure, chemotherapy and other drugs used to 
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KEY TERMS 


Arthralgia—Joint pain that occurs without inflam- 
mation. 


Immunosuppressed/immunocompromised— 
Reduced ability of the immune system to fight dis- 
ease and infection. 


Myalgia—Muscular aches and pain. 
Nasopharyngeal—Of the nose and throat. 


treat malignancies, or even extended periods of lack of 
sleep and overexertion—EBV escape from their homes 
in the B cells, disseminate to other bodily tissue, and 
manifest in disease. 


Infection is determined by testing for the antibod- 
ies produced by the immune system to fight the virus. 
The level of a particular antibody—the heterophile 
antibody—in the blood stream is a good indicator of 
the intensity and stage of EBV infection. Even though 
EBV proliferates in the mouth and throat, cultures 
taken from that area to determine infection are time- 
consuming, cumbersome, and usually not accurate. 


Spread of the virus from one person to another 
requires close contact. Because of viral proliferation 
and replication in the lining of the mouth, infectious 
mononucleosis is often dubbed “the kissing disease.” 
Also, because it inhabits cervical cells, researchers now 
suspect EBV may be sexually transmitted. Rarely is 
EBV transmitted via blood transfusion. 


EBV is one of the latent viruses, which means it 
may be present in the body, lying dormant often for 
many years and manifesting no symptoms of disease. 
The percentage of shedding (transmission) of the virus 
from the mouth is highest in people with active IM or 
who have become immunocompromised for other rea- 
sons. A person with active IM can prevent transmis- 
sion of the disease by avoiding direct contact—such as 
kissing—with uninfected people. However, shedding 
has been found to occur in 15% of adults who test 
positive for antibodies but who show no other signs of 
infection, thus allowing the virus to be transmitted. 
Research efforts are directed at finding a suitable 
vaccine. 
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! Equation, chemical 


Chemical equations reveal the chemical species 
involved in a particular reaction, the charges and 
weight relationships among them, and how much 
heat of reaction results. Equations tell us the begin- 
ning compounds, called reactants, and the ending 
compounds, called products, and which direction the 
reaction is going. Equations are widely used in chem- 
ical engineering, they serve as the basis for chemical 
synthesis, reactor design, process control, and cost 
estimate. This allows chemical process engineers to 
prepare ahead of time for on-line production. 


It is fairly difficult to take a few chemical com- 
pounds and derive chemical equations from them, 
because many variables need to be determined before 
the correct equations can be specified. However, to 
look at a chemical equation and know what it really 
means is not as difficult. To achieve this, there are 
certain conventions and symbols which we always 
have to keep in mind. Now let’s start with a general 
chemical equation, aA + bB A cC + dDf, to 
explain those conventions and symbols, and few 
examples will then be given and discussed. 


Conventions and symbols 


In general, the reactants (A and B) are always placed 
on the left-hand side of the equation, and the products 
(C and D) are shown on the right. The symbol “—” 
indicates the direction in which the reaction proceeds. If 
the reaction is reversible, the symbol “=” should be used 
to show that the reaction can proceed in both the for- 
ward and reverse directions. A means that heat is added 
during the reaction, and not equal implies that D escapes 
while produced. Sometimes, A is replaced by “light” (to 
initiate reactions) or “flame” (for combustion reactions.) 
Instead of showing the symbol A, at the same place we 
may just indicate the operating temperature or what 
enzymes and catalysts are need to speed the reaction. 


Each chemical species involved in an equation is 
represented by chemical formula associated with stoi- 
chiometric coefficients. For instance, a, b, c, and d are 
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Equation, chemical 


the stoichiometric coefficients for A, B, C, and D, 
respectively. Stoichiometric coefficients can be integers, 
vulgar fractions, (e.g. 3/4) or decimal fractions (e.g. 0.5). 
They define the moleratio (not mass ratio) that permits 
us to calculate the moles of one substance as related to 
the moles of another substance in the chemical equation. 
In the present case, we know that a moles of A react with 
b moles of B to form c moles of C and d moles of D. 


The chemical equation needs to be balanced, that 
is, the same number of atoms of each “element” (not 
compounds) must be shown on the right-hand side as 
on the left-hand side. If the equation is based on an 
oxidation-reduction reaction which involves electron 
transfer, the charges should also be balanced. In other 
words, the oxidizing agent gains the same number of 
electrons as are lost by the reducing agent. For this 
reason, we must know the oxidation numbers for ele- 
ments and ions in chemical compounds. An element 
can also have more than one oxidation number, for 
instance, Fe?* and Fe?* for iron. 


Under certain conditions, the information on 
phase, temperature, and pressure should be included 
in the equation. For instance, H2O can exist as solid, 
liquid, and vapor (gas) that can be represented by 
H,O(s), H2O(1), and H2O(g), respectively. If we have 
an infinitely dilute solution, say HCI, it can be denoted 
as HCl(aq). For solubility problems, A underlined (A) 
means that A is a solid or precipitated phase. In many 
cases, the heat of reaction, AH, is also given; a positive 
number implies an endothermic reaction (where heat 
is absorbed), and a negative number implies an exo- 
thermic reaction (where heat is given off). Unless oth- 
erwise specified, the heat of reaction is normally 
obtained for all the chemical species involved in the 
reaction at the standard state of 77°F (25°C) and 1 
atmosphere total pressure, the so-called “standard 
heat of reaction” and denoted by AH°. 


A few examples 


NaOH + HCl — NaCl + H,O means that (1) | 
mole of NaOH reacts with 1 mole of HCI to form 1 
mole of NaCl and 1 mole of H20, (2) 40 g (that is, 
molecular weight) of NaOH react with 36.5 g of HCI 
to form 58.5 g of NaCl and 18 g of H,0, or (3) 6.02 x 
107? molecules (1 mole) of NaOH react with 6.02 x 
10°? molecules of HCI to form 6.02 x 107? of NaCl and 
6.02 x 107? of HO. Notice that on both sides of the 
equation, we have one chlorine atom, two hydrogen 
atoms, one oxygen atom, and one sodium atom. This 
equation, then, is properly balanced. 


For the reaction between permanganate (MnOy,) 
ion and ferrous (Fe**) ion in an acid solution, an 
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expression is given like this, KMnO, + FeSO, + 
H.SO, — Fez(SOx)3 a K,SO, a MnSO, oF HO. 
Obviously this equation is not balanced. To remedy 
this, first, the equation can be rewritten as MnOq + 
Fe? + H* — Fe** + Mn** + H,O if one recog- 
nizes that potassium (K") and sulfate (SO,) ions do 
not enter into the reaction. Secondly, the oxidation 
number of manganese (Mn) is changed from +7 in 
MnO, to +2 in Mn?”*, that is, Mn gains 5 electrons 
during the reaction. Similarly, one electron is lost from 
Fe** to Fe**. To make the number of electrons lost 
from one substance equal to the number of electrons 
gained by another in oxidation-reduction reactions, we 
need to use the least common multiple of 1 and 5, 
which is 5. So we have MnO, + 5Fe?* + H* => 
5Fe** + Mn?" + H,O. Thirdly, the equation has to 
be balanced for the number of atoms of individual 
elements, too. Thus a final expression is obtained as 
MnO, + 5Fe?* + 8H* — 5Fe** + Mn?* + H,O. 
Lastly we can add the potassium and sulfate back into the 
complete equation, 2K MnO, + 10FeSO, + 8H2SO,4—- 
5Fe2(SO4)3 + K,SO4 +2MnSO, + 8H,O. At this stage, 
we do not have to worry about charge balances, but atom 
conservation needs to be checked again and corrected. 


Derivation of equations for oxidation-reduction 
reactions sometimes can be simplified by using a series 
of half reactions, whose expressions can be found in 
special tables of many textbooks. For example, with 
half-reactions of Zn > Zn** + 2e and Fe** + 2e—> 
Fe, by summing them up we can obtain the equation, 
Zn + Fe?* — Zn?* + Fe. Since 2e is found both on 
the right and left sides of the equations and does not 
react with anything else, it can be dropped from the 
combined equation. 


For those reactions in which we are interested for 
their heats of reaction, knowing how to derive the final 
equations from relevant formation reactions is very use- 
ful. For example, when the formation reactions at tem- 
perature of 77°F (25°C; 298K) are given as (1) C(s) + 
O.(g) — CO.(g), AHP = -94,501 cal, (2) C(s) + 0.5 
O.(g) — CO(g), AHP = -26,416 cal, and (3) H2(g) 4 
0.5 O2(g) + H20O, AH? = -57,798 cal, we can obtain the 
equation, CO2(g) + H2(g) + CO(g) + H2O(g), AH? = 
9,837 cal, by reversing (1), that is, CO.(g) — C(s) + 
O.(g), AH? = 94,501 cal, and adding it to (2) and (3). 
Therefore, the result shows an endothermic reaction with 
the heat of reaction of 9,837 cal at 77°F (25°C; 298K). 


Applications 


Because the stoichiometric coefficients are unique 
for a given reaction, chemical equations can provide us 
with more information than we might expect. They tell 
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KEY TERMS 


Heat of formation, AH;?—The heat involved for the 
formation of 1 mole of a compound that is formed 
from the elements which make up the compound. 


Standard potential—The electrochemical poten- 
tial (volts) with respect to the standard state which 
is a measure for the driving force of a reaction. 


Stoichiometry—Deals with combining weights of 
elements and compounds. 


us whether or not the conversion of specific products 
from given reactants is feasible. They also tell us that 
explosive or inflammable products could be formed if 
the reaction was performed under certain conditions. 


Pang-Jen Kung 


l Equilibrium, chemical 


Chemical equilibrium is the final condition of a 
chemical reaction after the reacting substances have 
completely reacted. Depending on the reaction, they 
may reach this condition quickly or slowly, but even- 
tually they will come to a condition in which there are 
definite, unchanging amounts of all the relevant 
substances. 


Chemical equilibrium is one of the most impor- 
tant features of chemical processes, involving every- 
thing from the dissolving of sugar in a cup of coffee to 
the vital reactions that carry essential oxygen to cells 
and poisonous carbon dioxide away from them. 


How chemical equilibrium works 


A chemical reaction occurs between substance A 
and substance B. The reaction can be written as: 


A+B—>C+D. 


If the reaction is not one way, as indicated by the 
arrow, and if C and D can also react with one another to 
form A and B—the reverse of the process above—this 
process is indicated with the arrow going the other way: 


A+B<—C+D. 


This is far from an unusual situation. In fact, 
almost all chemical reactions are reversible, proceed- 
ing in either direction, as long as A, B, C, and D 
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molecules are available. After all, a chemical reaction 
is a process in which atoms or electrons are rear- 
ranged, reshuffled, or transferred from one molecule 
to another. Chemists call a two-way reaction a rever- 
sible reaction, and they write the equation with a two- 
way arrow: 


A+B2C+D. 


In adverse reactions, A and B molecules produce 
C and D molecules, just as we wrote in the first equa- 
tion above. As they react, the number of remaining As 
and Bs will decrease. But as more and more Cs and Ds 
are produced, they will begin to collide and reproduce 
some of the As and Bs. The reaction is now going in 
both directions—to the right and to the left. 


As more and more Cs and Ds build up, they will 
bump into each other more and more often, thereby 
reproducing As and Bs at a faster and faster clip. 
Pretty soon, the C + D (leftward) reaction will be 
going as fast as the A + B (rightward) reaction; As 
and Bs will reappear just as quickly as they disappear. 
The result is that there will be no further change in the 
numbers of As and Bs. The system is at equilibrium. 


A and B molecules continue to collide and pro- 
duce C and D molecules. Likewise, we see that Cs and 
Ds are still madly bumping into each other to produce 
As and Bs. In other words, both reactions are still 
vigorous. But they’re going on at exactly the same 
rate. If somebody is giving you money and taking it 
away at the same rate, the amount you have isn’t 
changing. The total amounts of A, B, C and D aren’t 
changing at all. It looks as if the reaction is over, and 
for all practical purposes, it is. 


When the rate of leftward reaction is the same as 
the rate of rightward reaction, the system stays at 
equilibrium—no net movement in either direction. 


Upsetting our equilibrium 


Can we influence an equilibrium reaction in any 
way? Are we stuck with whatever mixture is left after a 
reaction has come to its final equilibrium condition? 
That is, are we stuck with so much of each substance, 
A, B, C and D? Or can we tamper with those “final” 
equilibrium amounts? Can we force reactions to give 
us more of what we want (for example, C and D) and 
less of what we don’t want (for example, A and B)? 


Suppose we have a reaction that has already come 
to equilibrium: 


A+B2C+D. 


There are certain equilibrium amounts of all four 
chemicals. But if the number of B molecules is 
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Equinox 


increased, the As and Bs will continue to react, because 
there are now more Bs for the As to collide into, extra 
Cs and Ds are produced, and fewer As remain. The 
same thing would happen if we added some extra As 
instead of Bs: we'd still get an extra yield of Cs and Ds. 


Why would we want to do this? Well, maybe we’re 
a manufacturer of C or D, and the further we can push 
the reaction to produce more of them, the more we can 
sell. We have succeeded in pushing the equilibrium 
point in the direction we want—toward more C and 
D—by adding Bs alone; no extra As were needed. If 
we'd wanted to, we could have gotten the same result 
by adding some extra As instead of Bs, whichever one 
is cheaper. 


We could also have accomplished the desired 
result—more C and D—not by speeding up the colli- 
sion rate of As and Bs, but by slowing down the 
collision rate of Cs and Ds. That is, instead of adding 
extra As or Bs, we could keep removing some of the Cs 
or Ds from the pot as they are formed. Then the A and 
B will keep colliding and producing more, unhindered 
by the building up of the backward process. We’d get a 
100% reaction between A and B. 


In both cases, it appears that when we changed the 
amount of any one of the chemicals (by adding or 
removing some) we imposed an unnatural stress 
upon the equilibrium system. The system then tried 
to relieve that stress by using up some of the added 
substance or by producing more of the removed sub- 
stance. In 1884, French chemist Henry Le Chatelier 
(1850-1936) realized that these shifts in the equili- 
brium amounts of chemicals were part of a bigger 
principle, which now goes by his name. In general 
terms, Le Chatelier’s principle can be stated this way: 
When any kind of stress is imposed upon a chemical 
system that has already reached its equilibrium con- 
dition, the system will automatically adjust the 
amounts of the various substances in such a way as 
to relieve that stress as much as possible. 


Le Chatelier’s principle is being applied every day 
in manufacturing industries to maximumize efficiency 
of chemical reactions. 
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l Equinox 


The Latin meaning of the word “equinox” is 
“equal night,” referring to those two moments in the 
year when day and night are equal in length. In tech- 
nical astronomical terms, the equinox is the moment at 
which the sun appears to cross the equator as a result 
of Earth’s rotation around the sun. The vernal (spring) 
equinox, which occurs as the sun moves from south to 
north across the equator, takes place around March 
21 and marks the beginning of spring. On about 
September 23, the sun moves from north to south 
across the equator, marking the autumnal equinox 
and beginning of autumn. The sun does not actually 
move around Earth; its apparent path is a reflection of 
Earth’s orbital movement about the sun combined 
with the tilt of Earth’s axis. 


When you gaze upward on a clear night, you see 
the sky as if it were part of a giant sphere that sur- 
rounds earth. Although we know it is Earth that 
rotates, it appears as though this star-speckled dome 
turns about us. Early astronomers thought the stars 
were attached to this giant sphere. Today, astrono- 
mers still find it useful to imagine a celestial sphere 
that surrounds Earth. The extension of Earth’s north 
and south poles extend to the north and south celestial 
poles, and Earth’s equator can be projected outward 
to the celestial equator. Time and horizontal angles are 
measured eastward from the vernal equinox—the 
point where the sun crosses the celestial equator in 
March—and vertical angles are measured north or 
south of the celestial equator. 


Earth’s axis of rotation is tilted 23.5° to the plane 
of its orbit. This tilt causes the seasons, and (from our 
frame of reference) it makes the sun and the planets, 
which have orbital planes parallel to Earth’s appear to 
move north and south during the course of the year 
along a path called the ecliptic. Because the ecliptic is 
tipped relative to Earth’s equator, it is also tipped 
relative to the celestial equator. The two points 
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where the ecliptic intercepts the celestial sphere are the 
equinoxes. When the sun reaches either equinox, it 
rises in a direction that is due east everywhere on 
earth. After the vernal equinox, the sun continues to 
move northward along the ecliptic, rising a little far- 
ther north of east each day until it reaches the summer 
solstice—a point 23.5° above the equator—around 
June 22. The summer solstice marks the beginning of 
summer, after which, the sun begins to move south- 
ward. It crosses the celestial equator (marking the 
autumnal equinox) and continues to move southward 
and rise a little farther south of east each day until it is 
23.5° south of the celestial equator at the winter sol- 
stice around December 22. It then begins its north- 
ward movement back to the vernal equinox. 


Erbium see Lanthanides 


| Erosion 


Erosion is a group of processes that act to slowly 
decompose, disintegrate, remove, and transport mate- 
rials on the surface of Earth. Erosion can include 
processes that remove and transport materials such 
as weathering (decomposition and disintegration). 


Erosion operates at the surface of Earth. The mate- 
rial produced by erosion is called sediment (sedimentary 
particles, or grains). A thin layer of sediment, known as 
regolith, covers most of Earth’s surface. Erosion of the 
underlying solid rock surface, known as bedrock, pro- 
duces this layer of regolith. Erosion constantly wears 
down Earth’s surface, exposing the rocks below. 


Sources of erosional energy 


The energy for erosion comes from five sources: 
gravity, the sun, Earth’s rotation, chemical reactions, 
and organic activity. These forces work together to 
break down and carry away the surface materials of 
Earth. 


Gravity exerts a force on all matter. Gravity, acting 
alone, moves sediment down slopes. Gravity also causes 
water and ice to flow down slopes, transporting earth 
materials with them. Gravity and solar energy work 
together to create waves and some types of ocean cur- 
rents. Earth’s rotation, together with gravity, also creates 
tidal currents. All types of water movement in the ocean 
(waves and currents) erode and transport sediment. 


Solar energy, along with gravity, produces weather 
in the form of rain, snow, wind, temperature changes, 
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etc. These weather elements act on surface materials, 
working to decompose and disintegrate them. In addi- 
tion, chemical reactions act to decompose earth mate- 
rials. They break down and dissolve any compounds 
that are not stable at surface temperature and pressure. 
Organic activity, by both plants and animals, can also 
displace or disintegrate sediment. An example of this is 
the growth of a tree root moving or fracturing a rock. 


Erosional settings 


Erosion can occur almost anywhere on land or in 
the ocean. However, erosion does occur more rapidly 
in certain settings. Erosion happens faster in areas 
with steep slopes, such as mountains, and especially 
in areas where steep slopes combine with flowing 
water (mountain streams) or flowing ice (alpine gla- 
ciers). Erosion is also rapid where there is an absence 
of vegetation, which stabilizes material. Some settings 
where the absence of vegetation helps accelerate ero- 
sion are deserts, mountaintops, or agricultural lands. 
Whatever the setting, water is a more effective agent of 
erosion than wind or ice—even in the desert. 


Weathering 


The first step in erosion is weathering. Weathering 
of solid rock, produces loose sediment, and makes the 
sediment available for transport. Weathering consists 
of a number of related processes that are of two basic 
types: mechanical or chemical. 


Mechanical weathering 


Mechanical weathering processes serve to physi- 
cally break large rocks or sedimentary particles into 
smaller ones. That is, mechanical weathering disinte- 
grates earth materials. An example of mechanical 
weathering is when water, which has seeped down 
into cracks in a rock, freezes. The pressure created by 
freezing and expanding of the water breaks the rock 
apart. By breaking up rock and producing sediment, 
mechanical weathering increases the surface area of the 
rock and so speeds up its rate of chemical weathering. 


Chemical weathering 


Chemical weathering processes attack the miner- 
als in rocks. Chemical weathering either decomposes 
minerals to produce other, more stable compounds or 
simply dissolves them away. Chemical weathering 
usually requires the presence of water. You may have 
noticed during a visit to a cemetery that the inscription 
on old marble headstones is rather blurred. This is 
because rainwater, which is a weak acid, is slowly 
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Severe soil erosion caused by overgrazing and clearance of vegetation in Eastern Province, Kenya, Africa. (Mark Boulton (1990). 
Photo Researchers, Inc.) 


dissolving away the marble. This dissolution of rock 
by rainwater is an example of chemical weathering. 


Chemical weathering results in the formation of 
dilute chemical solutions (minerals dissolved in water) 
as well as weathered rock fragments. Chemical weath- 
ering, along with biological activity, contributes to the 
formation of soils. Besides surface area, both the tem- 
perature and the amount of moisture present in an 
environment control the rate of chemical weathering. 
Chemical weathering usually happens fastest in warm, 
moist places like a tropical jungle, and slowest in dry, 
cold places like the Arctic. 


Agents and mechanisms of transport 
Transport of sediment occurs by one or more of 


four agents: gravity, wind, flowing water, or flowing 
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ice. A simple principle controls transport; movement 
of sediment occurs only as long as the force exerted on 
the sediment grain by the agent exceeds the force that 
holds the grain in place (friction due to gravity). For 
example, the wind can only move a grain of sand if the 
force generated by the wind exceeds the frictional force 
on the bottom of the grain. If the wind’s force is only 
slightly greater than the frictional force, the grain will 
scoot along on the ground. If the wind’s force is much 
greater than the frictional force, the grain will roll or 
perhaps bounce along on the ground. The force pro- 
duced by flowing air (wind), water, or ice is a product 
of its velocity. 


When gravity alone moves rocks or sediment, this 
is a special type of transport known as mass wasting 
(or mass movement). This refers to the fact that most 
mass wasting involves a large amount of sediment 
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Dust storms, like this one, occur when soils not properly 
anchored by vegetation are subjected to dry conditions and 
winds. (FMA Production.) 


moving all at once rather than as individual grains. 
Along a highway, if a large mass of soil and rock from 
a hillside suddenly gives way and rapidly moves down- 
hill, this would be a type of mass wasting known as a 
landslide. Mudflows and rock falls are two other com- 
mon types of mass wasting. 


Products and impacts of erosion 


Sediment grains and chemical solutions are com- 
mon products of erosion. Wind, water, ice, or gravity 
transport these products from their site of origin and 
lay them down elsewhere in a process known as depo- 
sition. Deposition, which occurs in large depressions 
known as basins, is considered to be a separate process 
from erosion. 


Soil is also a product of erosion. Soil is formed 
primarily by chemical weathering of loose sediments 
or bedrock along with varying degrees of biological 
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activity, and the addition of biological material. Some 
soil materials may also have undergone a certain 
amount of transport before they were incorporated 
into the soil. 


Another important product of erosion is the land- 
scape that is left behind. Erosional landscapes are 
present throughout the world and provide some of 
our most majestic scenery. Some examples are moun- 
tain ranges such as the Rocky Mountains, river valleys 
like the Grand Canyon, and the rocky sea cliffs of 
Northern California. Anywhere that you can see 
exposed bedrock, or where there is only a thin layer 
of regolith or soil covering bedrock, erosion has been 
at work creating a landscape. In some places one ero- 
sional agent may be responsible for most of the work; 
in other locations a combination of agents may have 
produced the landscape. The Grand Canyon is a good 
example of what the combination of flowing river 
water and mass wasting can do. 


In addition to producing sediment, chemical sol- 
utions, soil, and landscapes, erosion also has some 
rather negative impacts. Two of the most important 
of these concern the effect of erosion on soil produc- 
tivity and slope stability. 


Soils are vital to both plants and animals. Without 
soils plants cannot grow. Without plants, animals 
cannot survive. Unfortunately, erosion can have a 
very negative impact on soil productivity because it 
decreases soil fertility. Just as erosion can lead to the 
deposition of thick layers of nutrient rich material, 
thereby increasing soil fertility, erosion can also 
remove existing soil layers. Soil forms very slowly—a 
l-in (2.5-cm) thick soil layer typically takes 50-500 
years to form. Yet an inch of soil or more can be 
eroded by a single rainstorm or windstorm, if condi- 
tions are right. Farming and grazing, which expose the 
soil to increased rates of erosion, have a significant 
impact on soil fertility worldwide, especially in areas 
where soil conservation measures are not applied. 
High rates of soil erosion can lead to crop loss or 
failure and in some areas of the world, mass starva- 
tion. On United States farmland, even with wide- 
spread use of soil conservation measures, the average 
rate of soil erosion is three to five times the rate of soil 
formation. Over time, such rates cut crop yields and 
can result in unproductive farmland. 


Erosion is also a very important control on slope 
stability. Slopes, whether they are small hillsides or 
large mountain slopes, tend to fail (mass waste) due 
to a combination of factors. However, erosion is a 
significant contributor to nearly all slope failures. 
For example, in California after a drought has killed 
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much of the vegetation on a hillside, the rains that 
signal the end of the drought lead to increased erosion. 
Eventually, due to the increased erosion, the slope may 
fail by some type of mass wasting, such as a mudflow 
or landslide. 


Controls on erosion 


The average rate of erosion at the surface of Earth 
is about | inch (2.5 centimeter) per thousand years. 
However, the rate of erosion varies tremendously from 
place to place. Soil erosion in some areas exceeds one 
inch per year—one hundred times its rate of forma- 
tion. This range in rates is dependent on several differ- 
ent controlling factors. These factors include the type 
and amount of plant cover and animal activity, the 
climate, the nature of surface materials, the slope 
angle, and human land use. However, many of these 
factors routinely help increase erosion in some ways, 
while decreasing it in others. In addition, a complex 
interplay between the different factors may exist. For 
example, a particular combination of surface materi- 
als and plant cover may accelerate erosion in one 
climate, while decreasing it in another. The individual 
controls can be difficult to recognize and their effects 
difficult to discern as well. 


Vegetation 


Generally, plants tend to secure and stabilize sedi- 
ment, but they may also be instrumental in helping to 
weather bedrock (for example, by prying open cracks 
during root growth). Animals may increase erosion by 
loosening soil, but they can also help stabilize it. An 
earthworm’s sticky slime, for example, increases soil 
particle cohesion and helps the particles resist erosion. 


Climate 


As was mentioned above, warm, moist climates 
increase the rate of weathering and so speed up erosion 
as well. However, the plant cover in this setting usually 
helps decrease soil loss. Deserts tend to be very suscep- 
tible to erosion due to the limited amounts of vegeta- 
tion. Fortunately, the low rainfall characteristic of 
deserts helps to limit erosional effects. 


Surface material 


Bedrock is more resistant to erosion than are sedi- 
ments and soil. However, bedrock does display a range 
of susceptibility to erosion due to the different types of 
rock that may be present. Here again, the type of 
climate can have a major impact on erosion rates. In 
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the desert, nearly all types of bedrock are very resistant 
to erosion, whereas in the tropics, nearly all types of 
rock weather rapidly. 


Slope angle 


The angle of a slope is one of the few consistent 
controls on erosion. The steeper the slope, when all 
other factors being equal, the more susceptible the 
slope will be to erosion. 


Land use 


Agriculture increases the likelihood of erosion by 
exposing soil to wind and rainfall. However, agricul- 
ture is not the only human land use that increases the 
likelihood of erosion. Logging, construction, land- 
scaping, as well as many other activities make land 
more susceptible to erosion. Generally, any land use 
or activity that disturbs the natural vegetation or 
involves a change in slope, surface materials, etc., 
will increase the likelihood of erosion. There are 
some obvious exceptions, though. For example, pave- 
ment can temporarily halt erosion in almost all cases. 
However, nothing resists the erosive power of nature 
forever—all human-made structures will eventually 
weather and then fail. 


Erosion and rejuvenation 


Studies of erosion and the landscapes it leaves 
behind have been going on for over a century. This 
area of geologic inquiry, known as geomorphology, has 
long recognized that a balance exists between the ero- 
sion of land and its rejuvenation. If this were not the 
case, after a few tens to hundreds of millions of years, 
Earth’s mountains would wear down to flat, relatively 
featureless plains and the basins would fill up with the 
sediment shed by the mountains. Instead, after billions 
of years of erosion, we still have mountains such as 
Mt. Everest in the Himalayas, which stands over 
5.5 miles (8.8 kilometers) above sea level, and ocean 
trenches such as the Marianas Trench, which reaches 
depths of more than 6.5 miles (10.4 kilmeters) below 
sea level. 


The continued existence of rugged landscapes on 
the face of Earth is a result of a process of rejuvenation 
known as plate tectonics. Forces within the interior of 
Earth periodically re-elevate, or uplift, Earth’s surface 
in various regions, while causing the lowering, or sub- 
sidence, of other regions. Plate tectonics therefore 
serves to maintain existing landscapes or build new 
ones. Currently, the Himalayas are an area of active 
uplift, but someday uplift will cease and erosion will 
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KEY TERMS 


Bedrock—The unweathered or partially weathered 
solid rock layer, which is exposed at Earth’s surface 
or covered by a thin mantle of soil or sediment. 


Chemical weathering—The decomposition and 
decay of Earth materials caused by chemical attack. 


Deposition—The accumulation of sediments after 
transport by wind, water, ice, or gravity. 
Geomorphology—tThe study of Earth’s land forms 
and the processes that produce them. 


Mechanical weathering—The break up or disinte- 
gration of earth materials caused by the creation 
and widening of fractures. Also known as physical 
weathering. 


Regolith—A thin layer of sediment that covers most 
of Earth’s surface. Erosion of the underlying solid 
rock surface produces this layer. 


Slope stability—The ability of the materials on a 
slope to resist mass wasting. 


Soil productivity—The ability of a soil to promote 
plant growth. 


Surficial material—Any type of loose Earth mate- 
rial, for example sediment or soil, found at the sur- 
face of Earth. 


slowly, but completely, wear them down. Someday the 
Marianas Trench may be filled in with sediment 
deposits. At the same time, new dramatic landscapes 
will be forming elsewhere on Earth. 


Erosion research 


Research continues to focus on the factors that 
control erosion rates and ways to lessen the impact of 
land use on soil productivity. New methods of soil 
conservation are continually being developed and 
tested to decrease the impact of soil erosion on crop 
production. 


Conventional tillage techniques leave fields bare 
and exposed to the weather for extended periods of 
time, which leaves them vulnerable to erosion. 
Conservation tillage techniques are planting systems 
that employ reduced or minimum tillage and leave 
30% or more of the field surface protected by crop 
residue after planting is done. Leaving crop residue 
protects the soil from the erosive effects of wind and 
rain. Direct drilling leaves the entire field undisturbed. 
Specialized machines poke holes through the crop 
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residue, and seeds or plant starts are dropped directly 
into the holes. No-till planting causes more disturban- 
ces to the crop residue on the field. Using this techni- 
que, the farmer prepares a seedbed 2 in (5 cm) wide or 
less, leaving most of the surface of the field undis- 
turbed and still covered with crop residues. Strip 
rotary tillage creates a wider seedbed, 4-8 inches 
(10-20 centimeters) wide, but still leaves crop residue 
between the seedbeds. Conservation tillage techniques 
are particularly effective at reducing erosion from 
farm lands; in some cases reducing erosion by as 
much as 90%. 


Other erosion research is focused on the factors 
that control mass wasting, especially where it is haz- 
ardous to humans. Stabilization of slopes in high risk 
areas is an increasingly important topic of study, as 
more people populate these areas every day. 


Resources 
BOOKS 


Douglass, Scott L. Saving America’s Beaches: The Causes of 


and Solutions to Beach Erosion. Singapore: World 
Scientific Publishing Company, 2002. 

Morgan, R.P.C. Soil Erosion and Conservation. Boston: 
Blackwell Publishing Professional, 2005. 

Redlin, Janice. Land Abuse & Soil Erosion. New York: Weigl 
Publishers, 2006. 


Clay Harris 


| Error 


Error is the amount of deviation (or difference) 
between the estimated, measured, or computed value 
of a physical quantity and the correct value. The Latin 
word for error means straying or wandering. Error 
arises because of the process of measurement or 
approximation. There are two general types of errors: 
systematic error and statistical error. A systematic 
error is caused an unknown and nonrandom (that is, 
predictable) problems with a measuring device. A stat- 
istical error is caused by unknown and random (that 
is, unpredictable) problems with a measuring device. 
Another term for error is uncertainty. Errors that can 
be eventually eliminated are usually referred to as 
uncertainty. 


Physical quantities such as weight, volume, tem- 
perature, speed, and time, among many others, must 
all be measured by an instrument of one sort or 
another. No matter how accurate the measuring 
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tool—be it an atomic clock that determines time based 
on atomic oscillation or a Jaser interferometer that 
measures distance to a fraction of a wavelength of 
light—some finite amount of uncertainty is involved 
in the measurement. Thus, a measured quantity is only 
as accurate as the error involved in the measuring 
process. In other words, the error, or uncertainty, of 
a measurement is as important as the measurement 
itself. 


As an example, imagine trying to measure the 
volume of water in a bathtub. Using a gallon bucket 
as a measuring tool, it would only be possible to meas- 
ure the volume accurately to the nearest full bucket, or 
gallon. Any fractional gallon of water remaining would 
be added as an estimated volume. Thus, the value given 
for the volume would have a potential error or uncer- 
tainty of something less than a bucket. 


Now suppose the bucket were scribed with lines 
dividing it into quarters. Given the resolving power of 
the human eye, it is possible to make a good guess of 
the measurement to the nearest quarter gallon, but the 
guess could be affected by factors such as viewing 
angle, accuracy of the scribing, tilts in the surface 
holding the bucket, etc. Thus, a measurement that 
appeared to be 6.5 gal (24.6 1) could be in error by as 
much as one quarter of a gallon, and might actually be 
closer to 6.25 gal (23.6 1) or 6.75 gal (25.5 1). To express 
this uncertainty in the measurement process, one 
would write the volume as 6.5 gallons + 0.25 gallons. 


As the resolution of the measurement increases, 
the accuracy increases and the error decreases. For 
example, if the measurement were performed again 
using a cup as the unit of measure, the resultant vol- 
ume would be more accurate because the fractional 
unit of water remaining—less than a cup—would be a 
smaller volume than the fractional gallon. If a tea- 
spoon were used as a measuring unit, the volume 
measurement would be even more accurate, and so on. 


As the example above shows, error is expressed in 
terms of the difference between the true value of a 
quantity and its approximation. A positive error is 
one in which the observed value is larger than the 
true value; and in a negative error, the observed value 
is smaller. Error is most often given in terms of pos- 
itive and negative error. For example, the volume of 
water in the bathtub could be given as 6 gallons + 0.5 
gallon, or 96 cups + 0.5 cup, or 1056 teaspoons + 0.5 
teaspoons. Again, as the uncertainty of the measure- 
ment decreases, the value becomes more accurate. 


An error can also be expressed as a ratio of the 
error of the measurement and the true value of the 
measurement. If the approximation were 25 and the 
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KEY TERMS 


Calibration—A procedure for adjusting the per- 
formance of measuring equipment to ensure a pre- 
cise, predetermined level of accuracy. 


Electronic noise—Spurious signals generated in 
electrical measurement equipment that interfere 
with readings. 


Uncertainty—The degree to which a measurement 
is unknown. 


true value were 20, the relative error would be 5/20. 
The relative error can be also be expressed as a percent. 
In this case, the percent error is 25%. 


Sources of error 


Measurement error can be generated by many 
sources. In the bathtub example, error could be intro- 
duced by poor procedure such as not completely filling 
the bucket or measuring it on a tilted surface. Error 
could also be introduced by environmental factors 
such as evaporation of the water during the measure- 
ment process. The most common and most critical 
source of error lies within the measurement tool itself, 
however. Errors would be introduced if the bucket 
were not manufactured to hold a full gallon, if the 
lines indicating quarter gallons were incorrectly 
scribed, or if the bucket incurred a dent that decreased 
the amount of water it could hold to less than a gallon. 


In electronic measurement equipment, various 
electromagnetic interactions can create electronic inter- 


ference, or noise. Any measurement with a value below 


that of the electronic noise is invalid, because it is not 
possible to determine how much of the measured quan- 
tity is real, and how much is generated by instrument 
noise. The noise level determines the uncertainty of the 
measurement. Engineers will, thus speak of the noise 
floor of an instrument, and will talk about measure- 
ments as being below the noise floor, or “in the noise.” 


Measurement and measurement error are so 
important that considerable effort is devoted to ensure 
the accuracy of instruments by a process known as 
calibration. Instruments are checked against a 
known, precision standard, and they are adjusted to 
be as accurate as possible. Gasline pumps and super- 
market scales are checked periodically to ensure that 
they measure to within a predetermined error. 


Nearly every developed country has established a 
government agency responsible for maintaining accurate 
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measurement standards. In the United States, that 
agency is known as the National Institute of Standards 
and Technology (NIST). NIST provides measurement 
standards, calibration standards, and calibration serv- 
ices for a wide array of needs such as time, distance, 
volume, temperature, luminance, speed, etc. Instruments 
are referred to as NIST Traceable if their accuracy, and 
measurement error, can be confirmed by one of the 
precision instruments at NIST. 


Kristin Lewotsky 


| Escherichia coli 


Escherichia coli is a bacterium, which inhabits the 
intestinal tract of humans and other warm-blooded 
mammals. It constitutes approximately 0.1% of the 
total bacteria in the adult intestinal tract. Its name 
comes from the name of the person, Escherich, who 
in 1885 first isolated and characterized the bacterium. 


The bacterium, particularly one type called strain 
K-12, is one of the most widely studied organisms in 
modern research. Its biochemical behavior and struc- 
ture are well known, having been studied for much of 
this century. This plethora of information has made 
E. coli indispensable as the bacterial model system for 
biochemical, behavioral and structural studies. E. coli 
is also the most encountered bacterium in clinical 
laboratories, being the primary cause of human uri- 
nary tract infections. Pathogenic (diseases causing) 
strains of E. coli are responsible for pneumonia, men- 
ingitis and traveler’s diarrhea. 


As part of the normal flora of the intestinal tract, 
E. coli is beneficial. It is crucial in the digestion of 
food, and is our principle source of vitamin K and 
B-complex vitamins. Outside of the intestinal tract, 
E. coli dies quickly. This trait has been exploited, and 
E. coliis a popular indicator of drinking water quality, 
as its presence indicates the recent contamination of 
the water with feces. 


One of the most harmful types of E. co/i is a strain 
called O157:H7. Researchers surmise that O0157:H7 
arose when an innocuous £. coli bacterium was 
infected by a virus carrying the genes coding for a 
powerful toxin called Shiga-like toxin. The toxin can 
destroy cells in the intestinal tract and, if they enter the 
bloodstream, can impair or destroy the kidneys and the 
liver. The intestinal damage causes a lot of bleeding. In 
children and elderly people, this hemorrhaging can be 
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A culture of E. coli. (© Lester V. Bergman/Corbis.) 


lethal. In other people, damage to the kidney and liver 
can be permanent or even lethal. In the summer of 
2000, more than 2,000 people in Walkerton, Ontario, 
Canada were sickened and seven people died from 
drinking water which had been contaminated with 
O157:H7. 


Strain O157:H7 was first linked to human disease 
in 1983, when it was shown to have been the cause of 
two outbreaks of an unusual and severe gastrointesti- 
nal ailment in the Unites States. Since then, the num- 
ber of documented human illnesses and deaths caused 
by O157:H7 has increased steadily worldwide. Disease 
caused by E. coli is preventable, by proper hand wash- 
ing after bowel movements, avoidance of unpasteur- 
ized milk or apple cider, washing of raw foods before 
consumption and thorough cooking of ground meat. 


Modern genetics techniques have been successful 
in obtaining the sequence of the genetic material of E. 
coli. Frederick Blattner and his colleagues published 
the genome sequence of strain K-12 in 1997. The 
genome was discovered to have approximately 4300 
protein coding regions making up about 88% of the 
bacterial chromosome. The most numerous types of 
proteins were transport and binding proteins—those 
necessary for the intake of nutrients. A fairly large 
portion of the genome is reserved for metabolism— 
the processing of the acquired nutrients into useable 
chemicals. In 2000, Nicole Perna and her colleagues 
published the genome sequence of O157:H7. The 
O157:H7 genome shows similarity to that of K-12, 
reflecting a common ancestry. But, in contrast to K-12, 
much of the genome of O157:H7 codes for unique 
proteins, over 1,300, some of which may be involved 
in disease causing traits. Many of these genes appear 
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to have been acquired from other microorganisms, in a 
process called lateral transfer. Thus, strain O157:H7 
appears to be designed to undergo rapid genetic change. 
This distinction is important; indicating that strategies 
to combat problems caused by one strain of E. coli 
might not be universally successful. Knowledge of the 
genetic organization of these strains will enable more 
selective strategies to be developed to combat E.coli 
infections. 
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| Ester 


An ester is an organic functional group that forms 
many sweet-smelling compounds. Its chemical struc- 
ture is represented by the general formula, R-CO-OR’, 
where a central carbon atom that has two bonds to an 
oxygen atom (the carbonyl group), C=O, a single 
bond to another carbon atom represented by R, and 
a single bond to an oxygen atom connected to a car- 
bon atom represented by R’. The R and R’ groups can 
be the same or different. If the R and R’ groups are 
bonded to each other, they form a ring and constitute a 
cyclic ester or lactone. 


If an ester group is treated with water (hydrolysis), 
it yields an organic acid and an alcohol. Esters are 
classified according to which acid and alcohol are 
produced by hydrolysis. For example, methyl acetate, 
CH3-CO-OCHs3, forms methanol, CH3OH, and acetic 
acid or vinegar, HOCOCH:3, when treated with water. 
It consists of a central carbon atom that has two bonds 
to an oxygen atom (the carbonyl group), C=O, a 
bond to a carbon atom connected to three hydrogen 
atoms (methyl group), —CHs, and a bond to an oxy- 
gen atom connected to a methyl group, -OCH;3. Low 
molecular weight esters that produce vinegar or acetic 
acid when hydrolyzed are used as solvents in coatings 
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or paints on automobiles and inks. Larger esters can 
be used as a plasticizer, that is, to soften materials that 
are normally hard or brittle. Esters are important 
chemical compounds for various pharmaceutical and 
agricultural applications. 


Esters having an acetic acid or vinegar base are 
called acetates. They are used extensively as solvents, 
due to their ability to dissolve various greases. Methyl 
acetate is a solvent for many oils and resins and is 
important in the manufacture of artificial leather. In 
the pharmaceutical and food processing industries, 
ethyl acetate is used as an extraction solvent. Butyl 
acetate does not discolor readily and dries at a reason- 
able rate; therefore it is an ideal solvent for inks. It is 
also used as a cleaning liquid for silicon wafers. Butyl 
acetate is a good solvent for the manufacture of lac- 
quers, because it is a good medium for less compatible 
ingredients. Amyl acetates are utilized as extracting 
liquids in the isolation of penicillin and in the manu- 
facture of polishes for leather goods. 


Of all the chemical compounds approved by the 
Food and Drug Administration (FDA) for use as 
flavorings in food, esters make up the largest single 
portion of this group. The flavoring esters are a major 
constituent of essential oils that are used in foods as a 
natural flavoring. (An essential oil is a solution 
obtained from liquefying the vapors formed from 
heating the organic matter of a flavorful plant.) The 
American Indians used the dried leaves of a fern that 
commonly grows in the eastern United States, espe- 
cially in North Carolina and Pennsylvania, to make 
wintergreen tea. When the essential oil of this plant 
was analyzed by scientists, it was made up almost 
entirely of the ester methyl salicylate. This ester con- 
tains a benzene ring or phenyl group in its molecular 
structure and will produce methanol when heated 
with water. Methyl salicylate, or “sarsaparilla” flavor 
is also the major ingredient in “birch beer” or root 
beer. It also gives a wintergreen taste to toothpaste, 
chewing gum, and candy. Methyl salicylate can also 
be used to relieve muscular aches and pains and rheu- 
matic conditions. 


Other aromatic esters are used as flavors or per- 
fumes. Chocolate flavoring uses isoamy] phenylacetate, 
and strawberry is a mix of ethylmethylphenylglycinate 
and methyl cinnamate. The aromatic ester, benzyl ace- 
tate, is used largely in jasmine and gardenia fragrances, 
and benzyl benzoate, an ester with practically no odor, 
is used as a base in many perfumes. Some aromatic 
esters, such as Bitrex, are very bitter tasting, but are 
added to household products such as cleaning fluids, 
nail polish removers, and detergents to keep children 
from wanting to drink these poisonous substances. 
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KEY TERMS 


Acetates—Esters that are based on acetic acid or 
vinegar as their acid component. 


Lactone—A cyclic ester. 


Salicylic acid acetate, or aspirin, is only one of many 
esters used as medicines. Phenyl salicylate, a similar 
aromatic ester, is used in the treatment of rheumatic 
arthritis. Methyl phenidate, an ester that produces meth- 
anol when it is heated with water, is used to stimulate the 
central nervous system. The pharmaceutical industry 
has discovered that certain undesirable properties of 
drugs, such as bad taste or swelling of the skin at the 
spot of an injection, can be avoided by converting the 
original drug into an ester. The antibiotic dalactine 
(clindamycin), a bitter tasting drug, was converted to 
its palmitate ester in order to make its flavor less harsh. 


The macrolides are large ring lactones or cyclic 
esters. Most of these unusual esters are isolated from 
microorganisms that grow in the soil and are being 
used as antibiotics in human and veterinary medicine. 
The well known antibiotic erythromycin is an example 
of a macrocylic lactone consisting of 12 carbon atoms 
and one oxygen atom bonded to a carbonyl group 
and the more potent roxithromycin contains 14 car- 
bon atoms, an oxygen atom and a carbonyl group 
bonded as a cyclic ester. 


See also Esterification. 
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| Esterification 


Esterification is the general term for any chemical 
process that involves the combining of an alcohol and 
an acid for the express purpose of making esters as the 
end result. Esters are compounds of the chemical 
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structure R-CO-OR’, where R and R’ are either alkyl 
or aryl groups. The most common method for prepar- 
ing esters is to heat a carboxylic acid, R-CO-OH, with 
an alcohol, R'-OH, while removing the water that is 
formed. A mineral acid catalyst is usually needed to 
make the reaction occur at a useful rate. Esterification 
is often used in the process for making fragrances and 
flavorings. 


Esters can also be formed by various other reac- 
tions. These include the reaction of an alcohol with an 
acid chloride (R-CO-Cl) or an anhydride (R-CO-O- 
CO-R’). Early studies into the chemical mechanism of 
esterification, concluded that the ester product (R- 
CO-OR’) is the union of the acyl group (R-C=O-) 
from the acid, R-CO -OH, with the alkoxide group 
(R'O-) from the alcohol, R’-O H rather than other 
possible combinations. 


I i i I 
R—CH + R—C—cH mineralacid, » Core + H,0 


alcohol acid catalyst ester water 


The chemical structure of the alcohol, the acid, 
and the acid catalyst used in the esterification reaction 
all effect its rate. Simple alcohols such as methanol 
(CH30H) and ethanol (CH3;CH,OH) react very fast 
because they are relatively small and contain no car- 
bon atom sidechains that would hinder their reaction. 
These differing rates of reaction were first reported by 
Russian chemist Nikolaj Mensutkin (1842-1907) 
between 1879 and 1883. He also noted that simple 
acids such as acetic acid or vinegar (CH3;CO>H) form 
esters very easily. The most common acid catalysts are 
hydrochloric acid, HCl, and sulfuric acid, H,SOu,, 
because they are very strong acids. At the end of the 
esterification reaction, the acid catalyst has to be neu- 
tralized in order to isolate the product. German chem- 
ists, during World War II (1939-1945), developed 
solid acid catalysts or ion exchange resins for use in 
the manufacture of esters. These solid catalysts work 
well with acid sensitive esters because they can be 
separated from the product by filtration and therefore, 
the catalyst does not spend very much time in contact 
with the acid unstable product. 


The esterification process has a broad spectrum of 
uses from the preparation of highly specialized esters 
in the chemical laboratory to the production of mil- 
lions of tons of commercial ester products. These 
commercial compounds are manufactured by either a 
batch or a continuous synthetic process. The batch 
procedure involves a single pot reactor that is filled 
with the acid and alcohol reactants. The acid catalyst 
is added and the water removed as the reaction 
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Ethanol 


proceeds. Chemists working out of the laboratory 
most often use this method but, in a few cases, it is 
used by industry to make large quantities of esters. 
This batch process usually requires reactors that hold 
extremely large volumes of reactants. Butyl acetate is 
commonly prepared from butanol and acetic acid by 
this method. The continuous process for making esters 
was first patented in 1921 and has been used exten- 
sively in the manufacture of large quantities of esters. 
This procedure involves the mixing of streams of the 
reactants into a reaction chamber while the product is 
removed at the same time. Continuous esterification 
has the advantage that larger quantities of products 
can be prepared in shorter periods of time. This pro- 
cedure can be run for days or weeks without interrup- 
tion, but requires special equipment and _ special 
chemical engineering considerations. The continuous 
esterification process is used industrially to make 
methyl acetate from acetic acid and methanol and 
ethyl acetate from acetic acid and ethanol. 


The alternative process of making esters from the 
reaction of an alcohol with an anhydride is important 
in the manufacture of drugs. This reaction gives an 
acid as a by-product. 


rot i i 
‘R—CH + R—C—O—C—R » R—C—OR’ + R—C—CH 
alcohol anhydride ester acid 


Acetic anhydride, CH3-CO-O-CO-CH;, a deriva- 
tive of acetic acid, the acid in vinegar, is the most com- 
monly used anhydride reactant. Phenyl acetate, one 
ester prepared industrially by this method, is an impor- 
tant intermediate in the synthesis of acetaminophen. 
Aspirin, or acetylsalicylic acid, is also prepared in large 
scale by the esterification reaction of an alcohol with 
acetic anhydride. This anhydride is important in the 
production of cellulose acetate by the esterification of 
cellulose or cotton. Cellulose acetate was first prepared 
in 1865. It was used extensively during World War I 
(1914-1918) to coat airplane wings. Today, cellulose 
acetate finds its largest application as the fibrous mate- 
rial used in cigarette filters. It is also used in various 
yarns and textiles and to make the tips of felt-tip pens. 
Phthalic anhydride, an anhydride derivative of a ben- 
zene or phenyl ring, yields dimethyl phthalate when 
reacted with methanol in a reaction to that described 
for acetic anhydride. Dimethyl phthalate is used as a 
mosquito repellent and in the manufacture of certain 
polyesters. It is also a component in hair sprays and is 
added to plastics to soften them. 


See also Carboxylic acids. 
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KEY TERMS 


Acetates—Esters that are based on acetic acid or 
vinegar as their acid component. 
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tl Ethanol 


Ethanol is an alcohol fuel that is manufactured by 
fermenting and distilling crops with a high starch or 
sugar content, such as grains, sugarcane, or corn. In 
the energy sector, ethanol can be used for space and 
water heating, to generate electricity, and as an alter- 
native vehicle fuel, which has been its major use to 
date. Worldwide, ethanol is the mostly widely used 
alternative liquid fuel. Ethanol is also known as ethyl 
alcohol, drinking alcohol, and grain alcohol. 


The United States had more than 100 ethanol 
producing plants in operation by 2006 (producing 
almost 5 billion gallons per year). This ethanol is 
mostly blended with conventional gasoline. Ethanol 
is blended into approximately 40 percent of the gaso- 
line consumed in the United States. Some blends such 
as E85 can contain up to 85% ethanol. 


History 


Interest in alternative fuels began with the realiza- 
tion that the supply of nonrenewable fossil fuel is not 
infinite, a fact which has important economic and 
environmental consequences. For example, national 
dependence on foreign petroleum reserves creates eco- 
nomic vulnerabilities. 
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KEY TERMS 


Energy density—The relative energy in a specific 
amount of fuel. 
Enzymatic hydrolysis—A low-cost, high-yield 
process of converting plant material into ethanol 
fuel using yeast. 


Ethyl alcohol/drinking alcohol/grain alcohol— 
Alternative terms for ethanol. 


Gasohol—A fuel mixture of gasoline and ethanol. 


Swill—Waste generated when ethanol fuel is 
produced. 


Environmentally, fossil fuel burning has negative 
consequences for local and global air quality. Locally, 
it causes high concentrations of ground-level ozone, 
sulfur dioxide, carbon monoxide, and particulates. 
Globally, fossil-fuel use increases concentrations of 
carbon dioxide, an important greenhouse gas. 


Advantages of ethanol as an alternative fuel 


Ethanol has many positive features as an alterna- 
tive liquid fuel. First, ethanol is a renewable, relatively 
safe fuel that can be used with few engine modifica- 
tions. Second, its energy density is higher than some 
other alternative fuels, such as methanol, which means 
less volume is required to go the same distance. The 
third benefit of ethanol is that it can improve agricul- 
tural economies by providing farmers with a stable 
market for certain crops, such as maize and sugar 
beets. Fourth, using ethanol increases national energy 
security because some use of foreign petroleum is 
reduced. 


Another benefit, though controversial, is that 
using ethanol might decrease emissions of certain 
emissions. Toxic, ozone-forming compounds are emit- 
ted during the combustion of gasoline, such as aro- 
matics, olefins, and hydrocarbons, would be 
eliminated with the use of ethanol. The concentration 
of particulates, produced in especially large amounts 
by diesel engines, would also decrease. However, emis- 
sions of carbon monoxide and nitrogen oxides are 
expected to be similar to those associated with newer, 
reformulated gasolines. Carbon dioxide emissions 
might be improved or worsened depending the choice 
of material for the ethanol production and the energy 
source used in its production. 


Ethanol production, like all processes however, 
generates waste products, called swill; this can be 
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used as a soil conditioner on land, but is extremely 
toxic to aquatic life. 


Current research and outlook 


Current research is investigating ways to reduce 
the cost of ethanol production. DOE’s research part- 
ners are developing a process, called enzymatic 
hydrolysis, that uses special strains of yeast to manu- 
facture ethanol in an inexpensive, high-yield proce- 
dure. This project is also developing the use of waste 
products as a fuel for ethanol production. 


See also Alternative energy sources. 
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| Ether 


Ether is the common name of the organic com- 
pound whose chemical formula is CH;CH,OCH>CH;3. 
Diethyl ether, as it is also known, is a very flammable 
liquid with a sweet smell. Ether has been prepared by 
reacting ethyl alcohol with strong acid since the thir- 
teenth century. Its properties were well known but its 
chemical structure was not determined until 1851 by 
Alexander William Williamson (1824-1904). 


Ether was first used as an anesthetic to kill pain by 
W. T. G. Morton (1819-1868), a Boston dentist. 
Morton had learned about ether from a chemist 
named Charles T. Jackson (1805-1880). Eventually 
Morton convinced Dr. J. C. Warren (1778-1856) to 
let him use ether as an anesthetic on one of his patients. 
In Massachusetts General Hospital on October 16, 
1846, Morton put a Mr. Abbott to sleep with ether, 
then called out, “Dr. Warren, your patient is now 
ready.” The patient was asleep and relaxed. From 
this date on, ether became the most widely used anes- 
thetic. It was eventually replaced, in about 1956, with 
newer anesthetics that are not flammable and have 
some more beneficial properties. 


1629 


4ou}y 


Ethnoarchaeology 


Ethyl ether has many uses in the chemical indus- 
try. It is an excellent solvent and is used for dissolving 
various waxes, fats, oils, and gums. Ether is an inert 
compound that is often used as the reaction medium 
for chemical reactions between very reactive species. 
When ether is mixed with ethanol the resulting solu- 
tion has special solvent properties that are used to 
dissolve nitrocellulose the principal component in the 
manufacture of the explosive, guncotton. This solvent 
mixture is also used in the preparation of plastics and 
membranes. Ether can be purchased in aerosol cans to 
be used as a starting fluid for automobile engines. 


See also Anesthesia. 


I Ethnoarchaeology 


Ethnoarchaeology is a subfield of archaeology. 
The discipline is the study of contemporary cultures 
in order to interpret social organization within an 
archeological site. Put another way, ethnoarchaeology 
attempts to better understand the past by studying 
present-day cultures. 


Traditional archaeology is concerned with the 
identification, classification, and chronological order- 
ing of remains. Archaeologists can describe a civiliza- 
tion according to its artifacts. However, artifacts may 
not be enough to fully understand a past culture. 
Archaeologists viewed artifacts as a means of adapting 
to an environment, as, for example, the use of fur ina 
cold climate. Ethnoarchaeologists view artifacts as a 
possible means of communication or expression, and 
factor random human behavior into their models. For 
example, fire may have other significance other than 
for warmth. 


In the last few decades, archaeologists have wid- 
ened their perspective and adopted the methods, and 
the insights, of a variety of related scientific disci- 
plines. Combined with traditional research methods, 
along with theoretical models and research methods 
borrowed from and shared with anthropologists and 
ethnologists, archaeologists have reconstructed vari- 
ous cultural activities from the past. 


Ethnoarchaeologists explore how conscious and 
subconscious human behavior imposes itself on a cul- 
ture’s external, material world. The Garbage Project 
of Tucson, Arizona, is a good example. Organized by 
William L. Rathje, the Garbage Project involved col- 
lecting and sorting trash from a certain section of the 
city and a survey of its inhabitants was conducted. The 
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inhabitants were questioned about, for example, what 
they buy, how much of a certain product they con- 
sume, and what they throw away. The garbage was 
carefully sorted in a laboratory, classified, identified, 
and compared with the survey. Using traditional 
archaeological methods and_ ethnoarchaeological 
models, project workers learned that what people say 
they do does not correspond to what they actually do. 
This is valuable information for an archaeologist to be 
aware of, since the interpretation of past cultures is 
only possible by scrutiny of what is unearthered— 
there are no inhabitants to question about how the 
artifacts were used. By studying the pattern of con- 
sumption in a modern urban environment, ethnoarch- 
aeologists can deduce that prehistoric urban human 
behaviors were similar. 


I Ethnobotany 


Ethnobotany is the study of the relationships 
between plants and people. Most often, however, the 
term is used in relation to the study of the use of plants 
by people prior to the introduction of industrialization. 


Plants have always played a central role within 
cultures as food, sources of medicine, and as raw 
materials for the weaving of fabrics. In addition, 
wood, for millennia wood has been a fuel for cooking, 
warmth, and as a material for the construction of 
homes and for manufacturing tools. Knowledge of 
particular species of plants useful for these purposes 
is a key cultural adaptation to having a successful life 
in local ecosystems. Thus, the study of plant use can 
reveal a great deal about past societies. 


Ethnobotany also has great importance in the 
present-day world. Plants are crucial to humans living 
in an advanced economy, such as that typical of North 
America and Europe. Almost all of the food consumed 
by these people is directly or indirectly (that is, 
through livestock such as cows and chickens) derived 
from plants. Similarly, most medicines are manufac- 
tured from plants, and wood is an important material 
in construction and manufacturing. Therefore, an 
intrinsic reliance on plant products is just as important 
for people living in modern cities, as for those living in 
tropical jungle. 


Substitutes are now available in advanced econo- 
mies for many of the previous uses of plant products. 
For example, plastics and metals can be used instead 
of wood for many purposes, and synthetic fabrics such 
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as nylon instead of plant-derived textiles such as cot- 
ton. Similarly, some medicines are synthesized by bio- 
chemists, rather than by being extracted from plants 
(or from other organisms, such as certain microbes or 
animals). However, alternatives have not been discov- 
ered for many crucial uses of plants, so we continue to 
rely on domesticated and wild species as resources 
necessary for our survival. 


Moreover, there is an immense diversity of poten- 
tial uses of wild plants that scientists have not yet 
discovered. Continued bio-prospecting in tropical rain- 
forests and other natural ecosystems will discover new, 
previously unknown uses of plants, as foods, medicines, 
and materials. A key element of this prospecting is the 
examination of already existing knowledge of local 
people about the utility of wild plants. This is the 
essence of the practice of ethnobotany. 


All species are unique in their form and biochem- 
istry, and all are potentially useful to people as sources 
of food, medicine, or materials. However, only a rela- 
tively few species are being widely used in these ways. 
This suggests that there are enormous opportunities of 
“undiscovered” uses of plants and other organisms. 


There are over 255,000 species of plants, including 
at least 16,600 species of bryophytes (liverworts and 
mosses; phylum Bryophyta), 1,000 of club mosses, 
quillworts, and horsetails (Lycophyta and Spheno- 
phyta), 12,000 of ferns (Pterophyta), 550 of conifers 
(Coniferophyta), and 235,000 of flowering plants 
(Anthophyta). Although fungi and algae are not plants, 
ethnobotanists also study their use. There are about 
37,000 species of fungi, and 1,500 species of larger algae 
(such as seaweeds). These numbers refer only to those 
species that have been officially named by biologists 
there is also a huge number of species that have not yet 
been discovered. Most of these undescribed species 
inhabit poorly known ecosystems, such as tropical 
rainforests. In many cases, however, they are well known 
to indigenous people, and are sometimes used by them 
as valuable resources. A major goal of ethnobotany is 
to examine the utilization of local species of plants by 
indigenous people, to see whether these uses might be 
exploited more generally in the larger economy. 


Plants as food 


Plant products are the most important sources of 
food for people. We eat plants directly, in the form of 
raw or cooked vegetables and fruits, and as processed 
foods such as bread. We also eat plants indirectly, as 
when we consume the meat of pigs or eggs of chickens 
that have themselves fed on plant foods. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Relatively few species of plants comprise most of 
the food that people eat. The world’s most important 
crops are cereals, such as barley, maize, rice, sorghum, 
and wheat. Tuber crops are also important, such as 
cassava, potato, sweet potato, and turnip. However, 
remarkably few plants are commonly cultivated, 
amounting to only a few hundred species. Moreover, 
only 20 species account for 90% of global food pro- 
duction, and just three (wheat, maize, and rice) for 
more than half. 


There is an enormously larger number of plants 
that are potentially edible (about 30,000 species), 
including about 7,000 species that are being utilized 
locally by indigenous peoples as nutritious sources of 
food. Potentially, many of these minor crops could be 
cultivated more widely, and thereby provide a great 
benefit to a much greater number of people. 


A few examples of highly nutritious foods used by 
local cultures, which could potentially be cultivated to 
feed much larger numbers of people, include arracha- 
cha (Arracia xanthorhiza), an Andean tuber; amar- 
anths (Amaranthus spp.), tropical American and 
Andean grains; Buffalo gourd (Curcurbita foetidis- 
sima), a Mexican tuber; maca (Lepidium meyenii), an 
Andean root vegetable; spirulina (Spirulina platensis), 
an African blue-green alga; wax gourd (Benincasa 
hispida), an Asian melon. These and many other 
local, traditional foods have been “discovered” by 
ethnobotanists, and could well prove to be important 
foods for many people in the future. 


Plants as medicines and drugs 


Similarly, a large fraction of the drugs used today 
in modern medicine are derived from plants. In North 
America, for example, about 25% of prescription 
drugs are derived from plants, 13% from microorgan- 
isms, and 3% from animals. In addition, most recrea- 
tional drugs are products of plants or fungi. Several 
familiar examples are: acetylsalicylic acid (or ASA), a 
pain-killer originally derived from the plant meadow- 
sweet (Filipendula ulmaria); cocaine, a local anaes- 
thetic and recreational drug derived from the coca 
plant (Erythroxylon coca); morphine, a pain-killer 
derived from the opium poppy (Papaver somniferum); 
vinblastine and vincristine, two anti-cancer drugs 
extracted from the rosy periwinkle (Catharantus 
roseus); and taxol, an anti-cancer drug derived from 
the Pacific yew (Taxus brevifolia). 


In almost all cases, the usefulness of medicinal 
plants was well known to local, indigenous people, 
who had long exploited the species in traditional, 
herbal medicinal practices. Once these uses became 
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discovered by ethnobotanists, a much greater number 
of people were able to experience their medicinal 
benefits. 


Conservation of ethnobotanical resources 
The conservation of plant biodiversity 


Most species of wild plants can only be conserved 
in their natural ecosystems. Therefore the enormous 
storehouse of potentially useful foods, medicines, and 
materials available from plant biodiversity can only be 
preserved if large areas of tropical forests and other 
natural ecosystems are conserved. However, deforesta- 
tion, pollution, and other changes caused by humans 
are rapidly destroying natural ecosystems, causing their 
potentially invaluable biodiversity to be irretrievably 
lost through extinction. The conservation of natural 
ecosystems is of great importance for many reasons, 
including the fact that it conserves ethnobotanical 
resources. 


The conservation of indigenous knowledge 


Ethnobotanical studies conducted in many parts 
of the world have found that local cultures are fully 
aware of the many useful species occurring in their 
ecosystem. This is particularly true of people living a 
subsistence lifestyle, that is, they gather, hunt, or grow 
all of the food, medicine, materials, and other neces- 
sities of their lives. This local knowledge has been 
gained by trial and error over long periods of time, 
and in most cases has been passed across generations 
through oral transmission. Indigenous knowledge is 
an extremely valuable cultural resource that ethnobo- 
tanists seek to understand, because so many useful 
plants and other organisms are known to the local 
people. Unfortunately, this local, traditional knowl- 
edge is often rapidly lost once indigenous people 
become integrated into modern, materialistic society. 
It is important that local indigenous peoples be given 
the opportunity to conserve their own culture. 


Ethics in ethnobotanical research 


Ethnobotanists working in remote regions have a 
number of special ethical responsibilities that they 
must fulfill. One of these is to ensure that their studies 
of indigenous cultures are not overly intrusive, and do 
not result in fundamental changes in local values and 
lifestyles. People living in remote areas should not be 
exposed to the full possibilities of modern lifestyles too 
quickly, or their local, often sustainable lifestyles could 
quickly disintegrate. This change is sometimes referred 
to as a kind of cultural genocide. Ethnobotanists have 
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KEY TERMS 


Biodiversity—The richness of biological variation, 
including that at the levels of genetics, species, and 
ecological communities. 


Ethnobotany—The study of the relationships 
between plants and people, particularly in relation 
to preindustrial aboriginal cultures. 


Indigenous knowledge—The understanding of 
local people of the usefulness of plants and other 
organisms occurring within their ecosystem. 


a responsibility to ensure that their studies do cause 
this to happen. 


In addition, indigenous knowledge of useful plants 
(and other species) is an extremely valuable cultural 
resource of aboriginal people living in many parts of 
the world. The ethics of ethnobotanists must include 
actions to ensure that as this local knowledge is tapped 
to provide benefits for humans living throughout the 
world, the local people also benefit significantly from 
their generous sharing of valuable information about 
the uses of biodiversity. The benefits could take many 
forms, ranging from royalties on the sales of products, 
to the provision of hospitals and schools, and the legal 
designation of their land rights to places where they 
and their ancestors have lived for long periods of time. 
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l Ethyl group 


Ethyl group is the name given to the portion of an 
organic molecule that is derived from ethane by 
removal of a hydrogen atom (—CH,CH3). An ethyl 
group can be abbreviated in chemical structures as 
—Et. The ethyl group is one of the alkyl groups defined 
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by dropping the -ane ending from the parent com- 
pound and replacing it with -y/. 


By this terminology, the ethyl group is derived 
from the parent alkane, ethane. Ethane has the molec- 
ular formula of CH3CH3. It is composed of two car- 
bonatoms connected by a single bond, (C—C) and in 
turn, each carbon atom has three single bonds to 
hydrogen atoms (C—H). The ethyl group is the two 
carbon atom unit that is connected to a longer chain of 
carbon atoms or possibly a benzene ring. 


Ethane is a gas at room temperature and burns 
very easily. The word ethane is derived from aithein, 
the Greek word for to blaze or to kindle. Ethane 
makes up about 15% of natural gas and can also be 
isolated from crude oil. It is used by industries for the 
production of ethylene and ethyl] chloride. 


Ethylene has the chemical formula of H.C = CH, 
and is composed of two carbon atoms connected by a 
double bond (C=C), each carbon atom is also bonded 
to two hydrogen atoms (C—H). Ethylene is made by 
heating a mixture of steam and ethane to very high 
temperature. Ethylene is used in the manufacture of the 
polymer, polyethylene, which as the name implies, con- 
sists of many two carbon atom units linked into a long 
chain. Polyethylene is the clear wrap that is used in 
grocery stores and homes for wrapping and preserving 
food. Polyethylene can also be colored and coated onto 
wires for insulation. Ethylene is converted into ethylene 
oxide by the addition of an oxygen atom with oxygen 
gas. Ethylene oxide is mixed with gaseous chlorofluor- 
ocarbons to make a gas blend used to sterilize medical 
equipment and materials that are sent into outer space. 


When ethane and chlorine are heated to high tem- 
peratures, they undergo a chemical reaction that pro- 
duces ethyl chloride (CH3CH>C)). Ethyl chloride is an 
alkyl halide that has of one of the hydrogen atoms of 
ethane replaced by a chlorine atom. Ethyl chloride is 
commonly used as a substrate for the addition of an 
ethyl group on to a benzene ring or another organic 
chemical. For example, two ethyl chloride molecules 
are used to make an important ingredient in sleeping 
pills called barbital or 5,5-diethylbarbituric acid. 
When ethyl chloride is rubbed onto the skin, it causes 
the skin to become numb or to loose all feeling. This 
local anesthetic property of ethyl chloride is used by 
members of the medical community to stop pain when 
lancing of boils and giving injections. 


The incorporation of an ethyl group or chain of 
two carbon atoms into a molecule’s structure can 
change the properties of the compound drastically. 
Butanoic acid is an acid composed of four carbon 
atoms. It is easily identified by its odor of rancid 
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KEY TERMS 


Ethane—The molecule whose formula is CH3CH3 
and is composed of two carbon atoms connected 
by a single bond, (C—C) and each carbon atom has 
three single bonds to hydrogen atoms (C—H). 


Ethyl chloride—The molecule whose chemical for- 
mula is CH3CH>Cl and is an alkyl halide that has of 
one of the hydrogen atoms of ethane replaced by a 
chlorine atom. 


Ethyl group—The portion of an organic molecule 
that is derived from ethane by removal of a hydro- 
gen atom (-CH»CHs). 


Ethylene—The molecule whose chemical formula 
is H»C=CHp and is composed of two carbon atoms 
connected by a double bond (C=C), each carbon 
atom is also bonded to two hydrogen atoms (C-H). 


butter. When butanoic acid is converted into its ethyl 
ester, ethyl butyrate, it loses its disgusting smell. Ethyl 
butyrate has a broad spectrum of commercial applica- 
tions from the perfume industry where it is routinely 
used for its rose fragrance to the food industry where 
its addition results in a pineapple flavor. 


Benzoic acid, another organic acid, is used as a 
food preservative because it does not interfere with 
the other flavors present. The corresponding ethyl 
ester of benzoic acid is ethyl benzoate. It is used as 
one of the primary ingredients of many kinds of fruit 
and berry flavored chewing gum. In the pharmaceut- 
ical industry, the addition of an ethyl group to a drug 
can have a profound effect on its properties. 
Barbital, or 5,5-diethylbarbituric acid, is used as a 
sedative and is acommon component of many sleep- 
ing pills, whereas barbituric acid, the compound 
without the ethyl groups, has no calming or sleep 
inducing properties at all. 


See also Anesthesia; Barbiturates. 
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I Ethylene glycol 


Ethylene glycol is an organic (carbon based) mole- 
cule most widely used as antifreeze in automobile 
engines and as an industrial solvent (a chemical in 
which other substances are dissolved). The addition of 
ethylene glycol to water raises the boiling point of the 
engine coolant and reduces the chances of a car’s radi- 
ator “boiling over.” The name ethylene glycol commu- 
nicates much information about the chemical’s 
structure. The “ethylene” portion of the name indicates 
that the molecules of ethylene glycol have two carbon 
atoms in them, and the “glycol” part of the name indi- 
cates that there are two hydroxy groups (OH units) 
attached on carbon atoms. Ethylene glycol has a freez- 
ing point of 8.6°F (—13°C) and a boiling point of 388°F 
(198°C), and mixes completely with water. 


Ethylene glycol is sweet tasting but highly toxic. It 
must therefore be kept away from children and pets. As 
little as 2 ounces (56.7 g) can cause death in an adult, 
and much smaller doses can kill a child or a small 
animal. Ethylene glycol itself is metabolized by enzymes 
in the liver and becomes highly poisonous oxalic acid. 
Enzymes are protein catalysts, molecules that speed up 
the rates of chemical reactions. Pure ethylene glycol is 
colorless, syrupy liquid. The color of commercial anti- 
freeze (usually green) is due to a dye that is added to 
help identify the source of a leak from a car. 


Pure water has a boiling point of 212°F (100°C) at 
sea level. A special pressure cap is used on car radiators to 
make the boiling point higher, but even so, most cars 
would “boil over” were it not for the addition of other 
chemicals that raise the boiling point. Many chemicals 
can be used to raise the boiling point of water (including 
salt and sugar), but ethylene glycol is used because it does 
not damage parts of the car and is inexpensive and long- 
lasting. It also lowers the freezing point, thus requiring a 
lower temperature for the water to freeze. Ethylene glycol 
could just as well be called “antiboil.” In industry, ethyl- 
ene glycol is used as a solvent (a substance that dissolves 
other chemicals) and as starting material for the produc- 
tion of Dacron and some types of polyurethane foam. 


! Ethylenediaminetetra-acetic 


acid 


Ethylenediaminetetra-acetic acid, typically short- 
ened to EDTA, is a chemical compound with the 
ability to form multiple bonds with metal ions, making 
it an important chemical to analytical scientists and 
industry alike. 
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The compounds used to create EDTA include 
ethylenediamine, formaldehyde, and sodium cyanide. 
When these compounds are mixed in an appropriate 
fashion, a series of chemical reactions take place. 
Formaldehyde reacts with the sodium cyanide to 
form formaldehyde cyanohydrin. In the presence of 
sulfuric acid, this compound then reacts with ethyl- 
enediamine forming an intermediate compound that 
eventually reacts with water to form EDTA. 


Solid EDTA is readily dissolved in water where it can 
form multiple chemical bonds with many metal ions in a 
solution, in effect tying up the metal ions. A molecule 
such as EDTA which has at least one free pair of 
unbonded electrons and therefore can form chemical 
bonds with metal ions. These compounds are known as 
ligands. Ligands are typically classified by the number of 
available free electron pairs that they have for creating 
bonds. Ammonia (NHs3), for example, which has one pair 
of unbonded electrons, is known as a monodentate ligand 
(from Latin root words meaning one tooth). EDTA has 
six pairs of unbonded electrons and is called a hexaden- 
tate ligand. Ligands such as EDTA, which can form 
multiple bonds with a single metal ion, in effect surround- 
ing the ion and caging it in, are known as chelating agents 
(from the Greek che/e, meaning crab’s claw). The EDTA 
molecule seizes the metal ion as if with a claw, and keeps it 
from reacting normally with other substances. 


Chelating agents play an important roll in many 
products, such as food, soda, shampoo, and cleaners. 
All of these products contain unwanted metal ions 
which affect color, odor, and appearance. In addition 
to affecting the physical characteristics of these products, 
some metal ions also promote the growth of bacteria and 
other microorganisms. EDTA ties up metal ions in these 
products and prevents them from doing their damage. 


EDTA is also used extensively by analytical chemists 
for titrations. A titration is one method for finding the 
amounts of certain metals in various samples based on a 
known chemical reaction. Since EDTA bonds with metal 
ions, the amount of metal in a sample can be calculated 
based on the amount of EDTA needed to react with it. In 
this way, chemists can determine the amount of such 
things as lead in drinking water or iron in soil. 


l Etiology 


Etiology, also referred to as aitiology, aetiology, 
and disorder etiology, is study or theory of the factors 
that cause diseases or disorders; what is called causa- 
tion. It also involves the origin of diseases and the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


methods by which diseases inflict a host such as a 
human. More specifically, etiology, in medicine, is 
the sum of knowledge regarding a disease, or knowl- 
edge of all pathological processes leading to a disease. 
In the process of etiology, there may be just one caus- 
ative agent, but no one specific cause of disease. 


The term etiology is derived from the Greek word 
aitiologia, which means statement of a cause. In the 
modern medical language, physicians may state that 
the ‘etiology is unknown’; that is, the cause of the 
problem is not known. Etiology is also used in such 
scientific fields as biology, chemistry, physics, and 
psychology. 


As an example of how etiology is used in the 
medical field, medical scientists know that tuberculo- 
sis is caused by the tubercle bacillus. Many people are 
exposed to the tubercle bacillus yet only one may 
develop the disease. The bacilli can also lay dormant 
in the body for many years and became active as the 
result of an intercurrent infection (occurring during 
the course of an existing disease), prolonged stress, or 
starvation. 


While some diseases have no known cause, there 
are several factors that may contribute to, or predis- 
pose someone to a disease. Many variables must 
be considered when looking at the cause of a disease 
such as, gender, age, environment, lifestyle, heredity, 
allergy, immunity, and exposure. 


! Eubacteria 


The Eubacteria are the largest and most diverse 
taxonomic group of bacteria. Some scientists regard 
the Eubacteria group as an artificial assemblage, 
merely a group of convenience rather than a natural 
grouping. Other scientists regard Eubacteria as com- 
prising their own kingdom. Another recent classifica- 
tion holds Eubacteria and Archaebacteria as domains 
or major groupings, classified above the kingdom 
level. 


The Eubacteria are all easily stained, rod-shaped 
or spherical bacteria. They are generally unicellular, 
but a small number of multicellular forms do occur. 
They can be motile or non-motile and the motile forms 
are frequently characterized by the presence of numer- 
ous flagellae. Many of the ecologically important bac- 
teria responsible for the fixation of nitrogen, such as 
Azotobacter and Rhizobium, are found in this group. 
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The cell walls of all of these species are relatively 
thick and unchanging, thus shape is generally constant 
within groups found in the Eubacteria. Thick cell walls 
are an evolutionary adaptation that allows survival 
in extreme situations where thinner walled bacteria 
would dry out. Some of the bacteria are gram positive 
while others are gram negative. One commonality that 
can be found within the group is that they all repro- 
duce by transverse binary fission, although not all 
bacteria that reproduce in this manner are members 
of this group. 


Eubacteria are often classified according to the 
manner in which they gain energy. Photoautotrophic 
Eubacteria manufacture their own energy through 
photosynthesis. Cyanobacteria, often called blue-green 
algae, are common photoautotrophic Eubacteria that 
are found in ponds and wetlands. Although not 
true algae, Cyanobacteria grow in chainlike colonies 
and contain chloroplasts as do aquatic algae. 
Cyanobacteria fossils are among the oldest-known fos- 
sils on Earth, some more than 3.5 billion years old. 


Heterotrphic Eubacteria depend upon organic mol- 
ecules to provide a source of energy. Heterotrophic 
Eubacteria are among the most abundant and diverse 
bacteria on Earth, and include bacteria that live as para- 
sites, decomposers of organic material (saprophytes), as 
well as many pathogens (disease-causing bacteria). 
Chemoautotrophic Eubacteria bacteria obtain their 
own energy by the oxidation of inorganic molecules. 
Chemoautotrophic bacteria are responsible for releasing 
the sulfur resulting in a sulfur taste of freshwater near 
many beaches (such as in Florida), and for supplying 
nitrogen in a form able to be used by plants. 


Eucalyptus tree see Myrtle family 
(Myrtaceae) 


l Eugenics 


Eugenics is the belief that the human race can be 
improved by selective breeding or genetic engineering. 
Its rationale is to remove bad or deleterious genes from 
the population, increasing the overall fitness of human- 
ity or increasing the dominance of characteristics 
viewed as favorable by some individuals. Campaigns 
to stop criminals, the poor, the handicapped, and the 
mentally ill from passing on their supposedly defective 
genes were supported in the past by such people as 
British feminist Marie Stopes and Irish playwright 
George Bernard Shaw. In the United States in the 


1635 


soluasny 


Eukaryotae 


early 1900s, enforced sterilization was carried out in 
many states on those deemed unfit to reproduce. 
During the rise of the Nazi movement in the following 
decades, Nazi philosophers pointed the U.S. steriliza- 
tion programs as an example of good eugenic work. 


One problem with eugenics is that the behaviors 
and characteristics to be bred for have not often been 
actually determined by genetics, such as “intelligence” 
(crudely conceived and even more crudely measured), 
criminality, sexual promiscuity, and the ability to 
make money. Another problem is the question of 
who decides what is a desirable characteristic and 
what is not. Both before and during World War II, a 
eugenics program was in place in Nazi Germany. 
Initially this was carried out on inmates of mental 
institutions, who were sterilized or executed using 
toxic injections, but very quickly the reasons for mur- 
der or sterilization became more and more arbitrary. 


After World War II there was a backlash against 
all forms of eugenics and anthropologists such as 
Franz Boas and Ruth Benedict championed the oppo- 
site view, tabula rasa (Latin for blank slate). This view 
favored the theory that humans are born with an 
empty mind, which is filled in or written over by 
experience. American anthropologist Margaret Mead 
carried out work in Samoa that supported the idea 
that people are influenced more by their environment 
than by their genes, and that providing a decent envi- 
ronment produces people who behave decently (by 
whatever standard of decency one wishes to name). 
Modern work suggests that human development 
actually involves a subtle interaction between genetic 
make-up and the environmental conditions that shape 
an individual. In press accounts and popular culture, 
however, a form of simplistic genetic determinism 
holds sway, including the idea that there is “a gene” 
for almost every conceivable behavioral tendency, 
quirk of character, or other human feature. Reports 
that scientists have discovered a gene which margin- 
ally influences the heritability of some characteristic 
almost invariably produce headlines that “a gene” or 
even “the gene” for that characteristic has been dis- 
covered. Moreover, some philosophers point that 
both genetic determinism and environmental deter- 
minism, or whatever blend of the two, leave no room 
for the human experience of freedom or choice. 


Eugenics can be viewed as happening to a minor 
degree in modern society, most notably when a couple 
with family histories of genetic disorders decide not to 
have children or to terminate a pregnancy, based on 
genetic screening. In 1994, China passed restrictions 
on marriages which involved individuals with certain 
disabilities and diseases. 
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There is evidence that the practice of eugenics 
could never be truly effective. Apart from the confused 
scientific basis of much eugenic thinking, when one 
calculates the frequency of deleterious alleles in the 
population, it is found humans all carry at least 1% 
of alleles which if present in homozygous form would 
prove fatal. When scientists predict the effects that 
might be achieved by preventing all individuals pos- 
sessing a given allele from breeding, it is found that the 
effect would be minimal. One problem associated with 
this prediction is the difficulty in detecting certain 
alleles when they are present in the heterozygous 
form. Moreover, the human race’s genetic diversity is 
actually a strength, not a weakness: populations with 
greater diversity can respond better to environmental 
challenges in evolutionary terms. 


Thus, traditional controlled-breeding eugenics 
has long been discredited both ethically and scientifi- 
cally. Nevertheless, many persons today are arguing 
that the time has come, or is about to come, for a new 
form of eugenics that will be based not on breeding but 
on new technologies of genetic engineering. They 
argue that making genetic improvements—that is, 
changes which they believe would constitute improve- 
ments—to offspring is a moral right of parents, similar 
to the right to raise children according to whatever 
religion (or lack of religion) one chooses. The eugenics 
debate, far from being a historical curiosity, is entering 
a new and fervent stage. 


tl Eukaryotae 


Eukaryotae, or eukaryotic cells, are cells that have 
their genetic material contained within a specialized 
membrane (the nuclear membrane) that is located 
inside the cell. 


Eukaryotic cells are ancient. Fossils of eukaryotic 
cells are present in rocks dated as 1.5 billion years old. 
All living things on Earth, except bacteria and blue- 
green algae (cyanobacteria), which are Prokaryotae, 
are composed of eukaryotic cells. 


The nucleus of a eukaryotic cell is a membrane- 
bound compartment containing genetic information 
in the form of DNA organized into chromosomes. 
The nuclei of eukaryotic cells divide by mitosis, a 
process that results in two daughter nuclei that are 
identical to the parent cell. The cell’s nucleus directs 
its overall functioning, while the membrane-bound 
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organelles in the cytoplasm carry out a variety of 
specialized jobs in a coordinated fashion. 


In plants, organelles called chloroplasts trap 
the energy from sunlight in a process called photosyn- 
thesis. Plants then use that energy to drive metabolic 
pathways. In both animal and plant eukaryotic cells, 
the cellular energy is generated by organelles called 
mitochondria. Other organelles, the lysosomes, are 
membrane-bound packages of digestive enzymes. 
These digestive enzymes, and other proteins, are man- 
ufactured in the ribosomes located on the rough endo- 
plasmic reticulum, a kind of cellular highway. An 
organelle called the Golgi complex then moves the 
enzymes—and other proteins—into the membranes 
and distributes them. 


Some eukaryotic cells have a flagellum, whiplike 
projection from the cell membrane that aids in the 
cell’s locomotion. An example of such a cell are 
sperm. Other cells may have cilia, shorter, hairlike 
strands arranged around the perimeter of the cell in a 
characteristic way. Cilia function to create a wave of 
movement over the surface, which can direct nutrients 
and wastes to an intended location. 


Eukaryotic cells also contain structures that per- 
form a certain function. Each of these represents an 
organelle. An example of an organelle is the mito- 
chondrion, which generates energy. The types and 
arrangement of a cell’s organelles enable eukaryotic 
cells of multicellular organisms to perform specialized 
functions. In humans, the eukaryotic cells of a number 
of organs are highly specialized, but nevertheless 
maintain most of the defining features of the eukary- 
otic cell. For example, the cells of the brain, liver, 
bone, muscle of a growing baby divide by mitosis 
under the control of the DNA in the nucleus, with 
the liver cells producing more liver cells, and bone 
cells producing other bone cells. 


l Europe 


The continent of Europe is a landmass bounded 
on the east by the Ural Mountains, on the south by the 
Mediterranean Sea, and on the north and west by the 
Arctic and Atlantic Oceans. Numerous islands around 
this landmass are considered a part of Europe. Europe 
is also the westernmost part of the Eurasian super- 
continent (several continental masses joined together). 


Europe holds a unique place among the continents; 
much of it is “new,” in geologic terms. Unlike other 
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continents whose structures seem simple in comparison, 
Europe is a collection of different kinds of geologic 
regions located side by side, many of which have little 
or nothing in common. This should be kept in mind 
when reading about the regions in this article, which are 
not areas of similar origins, but rather areas of dissim- 
ilar origin that happen to be part of the same continent. 


Forces that made Europe 


Plate tectonics is the main force of nature respon- 
sible for the geologic history of Europe. the earth is 
covered by a thin, brittle layer called the /ithosphere. 
This term is used here interchangeably with Earth’s 
“crust.” Below the lithosphere is the asthenosphere, 
where solid rock stretches and flows. The lithosphere 
is composed of sections, called plates, and floats on top 
of the asthenosphere, because it is less dense than the 
asthenosphere. The motion of a tireless heat engine 
swirls and stirs the asthenosphere, moving the plates. 


Over hundreds of millions of years, the plates have 
come together to form continents, including Europe. 
Other processes, such as sedimentation and erosion, 
modify the shape of the land that has been forged by 
plate tectonics. 


Large-scale geologic elements of Europe 


European geologic history, like that of all the 
continents, involves the formation of the following 
features as a result of plate tectonics: 


Island arcs: When the edge of a plate of earth’s 
lithosphere runs over another plate, forcing the lower 
plate deep into the elastic interior, a long, curved chain 
of volcanic mountains usually erupts on the forward- 
moving edge of the upper plate. When this border 
between two plates forms in an ocean, the volcanic 
mountains constitute a string of islands (or archipe- 
lago). This is called an island arc. Italy’s Appenine 
mountains originally formed as an island arc, then 
became connected into a single peninsula later. 


Continental arcs: A continental arc is exactly like 
an island arc except that the volcanos erupt on a con- 
tinent, instead of in the middle of an ocean. The chem- 
ical composition of the erupted rock is changed, 
because old continental rocks at the bottom of the 
lithosphere have melted and mixed with the magma. 
A clear-cut example of this kind of mountain chain no 
longer exists in Europe, but ancient continental arcs 
once played an important part in Europe’s geologic 
past. Sicily’s Mt. Aetna and Mt. Vesuvius on the Bay 
of Naples are good examples of the type of volcano 
that commonly make up a continental arc. 
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The Matterhorn, 14,690 ft (4,480 m), in Switzerland was carved by alpine glaciers. (JLM Visuals.) 


Sutures: A suture describes the place where two 
parts of a surgery patient’s tissue are sewed or rejoined; 
it also describes the belts of mountains that form when 
two continents are shoved into each other, over tens of 
millions of years, to become one. The Alps and other 
ranges in southern Europe stand tall because of a con- 
tinental collision between Europe and Africa. The Alps 
and other European ranges are may be part of a fully 
developed suture uniting Europe and Africa. This 
suture would be a tall mountain range that stretches 
continuously from Iberia to easternmost Europe. 


The collision of Africa with Europe is a continu- 
ous process that stretches tens of millions of years into 
the past and into the future. All the generations of 
humanity together have seen only a tiny increment of 
the continental movement in this collision. However, 
throughout history people have felt the collision pro- 
foundly, in earthquakes and volcanoes, with all the 
calamities that attend them. 


Rifts: Sometimes a continent is torn in pieces by 
forces moving in opposite directions beneath it. On the 
surface, this tearing at first makes a deep valley, which 
experiences both volcanic and earthquake activity. 
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Eventually the valley becomes wide and deep enough 
that its floor drops below sea level, and ocean water 
moves in. This process, called rifting, is the way ocean 
basins are born on earth; the valley that makes a place for 
the ocean is called a rift valley. Pieces of lithosphere, 
rifted away from Africa and elsewhere, have journeyed 
across Earth’s surface and joined with the edge of 
Europe. These pieces of lithosphere lie under southern 
England, Germany, France, and Greece, among other 
places. 


Fault-block mountains: When a continent-sized 
“layer cake” of rock is pushed, the upper layers move 
more readily than the lower layers. The upper layers of 
rock are heavy—but easier to move than those beneath 
it (like a full filing cabinet is heavy—but when it’s 
pushed, it moves more easily than the floor beneath 
it). Between near surface rocks and the deeper, more 
ancient crustal rocks, a flat-lying fault forms, also called 
a “detachment” fault (décollement in French). This hor- 
izontal crack, called a thrust fault, contains fluid (water, 
mostly). The same hydraulic force that makes hydraulic 
machines lift huge weights functions in this crack as 
well. The fluid is so nearly incompressible that a sizeable 
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piece of a continent can slide on it when pushed. The 
fault block floats on fluid pressure between the upper 
and lower sections of the lithosphere like a fully loaded 
tractor trailer gliding effortlessly along a rain-slicked 
road. The mountains that are heaved up where the 
thrust fault reaches the surface are one kind of fault 
block mountains. Both the Jura mountains and the 
Carpathians are fault-block mountains. 


Another kind of fault-block mountain comes 
from stretching of Earth’s lithosphere. The litho- 
sphere, like any other brittle material, develops cracks 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Berline 


@ Kiev 


UKRAINE 


perpendicular to the direction of movement of the 
forces that are pulling it apart. In this case the force 
is lateral, so steep, nearly vertical faults form. 


However they form, physical and chemical forces 
start wearing down mountain ranges while they are 
still rising. Europe has been crisscrossed by one immense 
range of mountains after another throughout its 
almost four-billion year history. Where did these 
mountains go? 


If mountains are not continuously uplifted, they 
are worn down by erosion in a few million years. In 
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Europe’s geologic past, eroded particles from its 
mountains were carried by streams and dumped into 
the surrounding ocean or the continent’s inland seas. 
Those particular rivers and seas are now gone from 
earth, but the sediments that filled them remain, like 
dirt in a bathtub when the water is drained. The roots 
of all the mountain ranges that ever stood in Europe 
still exist, and much of the sand and clay into which the 
mountains were transformed still exists also, as rock or 
soil formations. 


European geologic history 


Unfortunately, the farther back in a continent’s 
history we attempt to explore, the less we can know 
about it. Only a very incomplete record of ancient geo- 
logic events is preserved for study because most ancient 
rocks are subsequently destroyed. For the most distant 
geologic time interval in Europe’s history, from 4.6 
billion years ago (BYA) to 3.8 BYA, the Hadean eon, 
almost nothing is known and so it is not discussed here. 
Enough is known however about the Archean eon (3.8— 
2.5 BYA), the Proterozoic eon (2.5 BYA-—5S70 million 
YA), and the Phanerozoic eon (570 MYA to the 
present) to provide a fairly detailed picture. In fact, the 
events of the Phanerozoic eon are known well enough to 
discuss them with even smaller geologic time intervals. 
These from largest to smallest are era, period, and 
epoch. The older the events, the less detail is known, 
so only very recent geologic epochs are discussed. 


Archean rocks in Europe 


Europe was not formed in one piece, or at one 
time. Various parts of it were formed all over the 
ancient world, over a period of four billion years, 
and were slowly brought together and assembled into 
one continent by the processes of plate tectonics. What 
is now called Europe began to form more than 3 
billion years ago, during the Archean eon. 


Most geologists feel that prior to and during the 
creation of the oldest parts of Europe, earth only 
superficially resembled the planet we live on today. 
Active volcanoes and rifts abounded. The planet had 
cooled enough to have a solid crust and oceans of 
liquid water. The crust may have included hundreds 
of small tectonic plates, moving perhaps ten times 
faster than plates move today. These small plates, 
carrying what are now Earth’s most ancient crustal 
rocks, moved across the surface of a frantic crazy-quilt 
planet. Whatever it truly was like, the oldest regions in 
Europe were formed in this remote world. These 
regions are in Finland, Norway (Lofoten Islands), 
Scotland, Russia, and Bulgaria. 
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Proterozoic Europe 


The piece of Europe that has been in its present 
form for the longest time is the lithospheric crust 
underneath Scandinavia, the Baltic states, and parts 
of Russia, Belarus, and Ukraine. This region moved 
around on its own for a long time, and is referred to as 
Baltica. It is the continental core, or craton, to which 
other parts were attached to form Europe. 


In the two billion years of the Proterozoic eon 
(2.5 BYA-570 MYA), the geologic setting became 
more like the world as we know it. The cores of the 
modern continents were assembled, and the first col- 
lections of continents, or supercontinents, appeared. 
Life, however, was limited to bacteria and algae, and 
unbreatheable gases filled the atmosphere. Erosion 
clogged the rivers with mud and sand, because no 
land plants protected Earth’s barren surface from the 
action of rain, wind, heat, and cold. 


During the late Proterozoic an existing supercon- 
tinent began to break up. One of the better known 
episodes in this supercontinent’s dismemberment was 
the pan-African event. This was a period when new 
oceans opened up and mountains rose all around 
Africa. Over a period of a quarter-billion years, rela- 
tively small pieces of Africa tore away and were rafted 
along on the asthenosphere, colliding with Baltica. 
These blocks include: the London Platform (southern 
Britain); a strip of Ireland from between counties 
Wicklow and Kerry; the Iberian Peninsula (Spain 
and Portugal); Aquitaine, Armorica, and the Massif 
Central (France); the Interalpine region (Switzerland 
and Austria); the Austrian Alps (Carnic Alps); 
Bohemia; Moesia (Bulgaria and Romania); and the 
Rhodope region (Northern Greece, Bulgaria, and 
European Turkey, including Istanbul). 


The result is that much of northern and central 
Europe, on a continental scale of reference, is made of 
blocks of Africa stuck together in a “paste” of sedi- 
mentary rock. 


Most of the mountain belts created in the 
Proterozoic eon have long since worn away. The 
roots of these mountain belts are found in northern 
Europe and include: 


The Karelian mountain belt, forming the middle 
third of Norway, Sweden, and Finland, including 
some of Karelia, is underlain by the worn-flat roots 
of the Karelian mountain range. This orogenic event 
(from oros, Greek for mountain, and genesis, Greek 
for origin) happened between 2 billion and 1.7 billion 
years ago. 
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The Svecofennian mountain belt, forming most of 
the southern third of Norway, Sweden, and Finland, 
are the roots of a Proterozoic mountain belt. They lie 
hidden beneath recent glacier-deposited sediments, and 
beneath dense coniferous forests. Because these factors 
make examination difficult, the Svecofennian moun- 
tain-building event is not yet well understood. It is 
presumed that the Svecofennian mountain belt marks 
where Baltica’s edge was between 1.9 and 1.4 billion 
years ago. This mountain belt rose in a time of world- 
wide mountain-building, and it may have been related 
to the assembly of North America’s Canadian Shield. 


The southernmost tips of Norway and Sweden 
were made in the Sveco-Norwegian/Grenville oro- 
genic event, between 1.2 and 0.9 billion years ago. 
This is the mountain chain that united Baltica with 
North America, before most of the western and south- 
ern parts of the European landmass existed. 


The Ukrainian shield: At present, geologists do 
not agree on when or how the Ukrainian shield was 
put together. Parts of it were definitely in existence 
before the Proterozoic eon. During the Proterozoic it 
was assembled, and joined Baltica. 


Paleozoic Europe 


The sea washed over the oldest parts of earth’s 
surface many times during the three-billion-plus years 
of Archean and Proterozoic history. Life flourished in 
the shallow tidewater for these 3,000 million years. 
Algae, one of the most ancient organisms, were joined 
later by worms and other soft-bodied animals. Little is 
known of early soft-bodied organisms, because they left 
no skeletons to become fossils. Only a handful of good 
fossils—preserved under very rare conditions—remain 
from the entire world’s immense Precambrian, or com- 
bined Hadean, Archean and Proterozoic, rock records. 


Then, about 570 million years ago, several unrelated 
lineages of shell-bearing sea animals appeared. This was 
the beginning of the Phanerozoic eon of earth history 
(from the Greek phaneros, meaning visible, and zoe, 
meaning life), which includes the time interval from 570 
million years ago to the present day. The seas teemed 
with creatures whose bones and shells we have come to 
know in the fossil record. These include trilobites, bra- 
chiopods, the first fishes, and vast coral reefs. The first 
half of the Phanerozoic eon is called the Paleozoic Era 
(from the Greek palaios, meaning ancient). For Europe, 
the Paleozoic Era was largely a continuation of events 
that started in the late Proterozoic eon. 


Remember, the map of the ancient earth didn’t 
look anything like a modern world map. As this new 
day of earth’s history began, Baltica sat near the South 
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Pole. Three oceans surrounded it, and each of these 
oceans shrank and closed during the Paleozoic. As 
plate tectonics shifted island arcs and already formed 
blocks of crust around earth’s surface, new rock came 
to be a part of the forming continent of Europe; under- 
ground masses of igneous rock accumulated near active 
margins of Baltica; and volcanoes frequently erupted 
even as they do today in the Mediterranean region. 
Concurrent with this volcanic mountain-building, was 
the wearing-down of the volcanoes, and the wearing- 
down of mountain cores, exposed by erosion. The sedi- 
ment from the erosion of these igneous rocks accumu- 
lated at the borders of the continental blocks, and often 
became compressed into tightly folded rock masses 
only a few million years after they accumulated. 


Baltica faced Greenland across the Japetus Ocean. 
Early in the Paleozoic Era, Europe combined again 
with North America to form a giant continent called 
Laurussia (from Laurentia, meaning the core of North 
America, and Russia), or the North Continent. The 
line along which the continents were welded together 
runs along the length of Norway, through central 
Scotland, south-central Ireland, and southern Wales. 
In North America this line runs down the eastern coast 
of Greenland. As always happens when continents 
collide, there an associated mountain-building event. 
The resulting mountains are called the Caledonides, 
and they stood athwart the seam that welded Baltica 
and Laurentia together at that time. A continental arc 
developed, running from Denmark southeast down 
the ancient coast of Baltica, which is also considered 
to be a part of the Caledonian orogeny. Mountains in 
Norway, Scotland, Wales, and Ireland bear the shapes 
of folds made in the Caledonian orogeny. They shed 
sediment as they eroded, and a great volume of sand 
came to rest in the British Isles (then scattered to areas 
throughout the region). These sandstone masses 
attracted the attention of early British geologists, 
who named them the Old Red Sandstone. They pro- 
posed that there had been a continent to the west that 
had entirely worn away, which they called the Old Red 
Sandstone continent. This continent is now known to 
have been the Greenland coast of Laurentia. 


The Uralian Ocean lapped at Baltica’s northeastern 
coastline. Just before the end of the Paleozoic Era, the 
Ural Ocean that had washed the eastern shore of Baltica 
narrowed and closed forever. Two landmasses—Siberia 
and Kazakhstan—compressed and lifted the sediments 
of the Ural ocean basin into the Ural mountains. The 
Urals still stand today, and mark the eastern boundary 
of Europe within the Eurasian supercontinent. 


Africa faced Baltica across the Tornquist Sea. 
(Two oceans that later lay between Africa and 
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Europe, at different times, are called Tethys. Earlier 
versions of Tethys are called Paleo-Tethys, and later 
versions of it are called Neo-Tethys. No Tethys Ocean 
exists today.) Near the close of the Paleozoic Era 
(245 MYA), Laurussia united with the single southern 
supercontinent made up of much of the rest of the 
world’s continents, named Gondwana. This created 
the Pangea (from the Greek pan, meaning all, and Ge, 
meaning earth). The Central Pangean mountains arose 
from this mighty collision, and deformed the rocks laid 
down during the Paleozoic in central Europe. These 
mountains joined to the west with the Mauretanides of 
West Africa, and the Appalachians and Ouachitas of 
the eastern and southern United States to form a tre- 
mendous mountain range stretching along the equator 
for more than 4,200 miles (7,000 km). The whole 
mountain range is called the Hercynian Mega-suture. 


Piece by piece, continental fragments tore away 
from Africa’s northern and western shores and were 
crushed into the jagged southern edge of Baltica. The 
same processes that transported these blocks of 
Europe also deformed them, often changing the crys- 
talline fabric of the rock so much that the original 
igneous or sedimentary rock type can only be guessed. 
Between Africa and Europe, tectonic forces seem to 
have pushed miniature continental blocks in several 
directions at once—the reconstructions of this time are 
still unclear. The violently twisted line followed by the 
Variscan mountain belt anticipated the Alps and other 
ranges of modern Europe. 


Many important rock bodies, called massifs, 
formed as parts of the Variscan Mountains. Giant 
bulbous masses of granite and other igneous rocks 
solidified to form England’s Cornwall; Spain and 
Portugal’s Cantabrian Massif; France’s Armorican 
Massif, Massif Central, and the Vosges; Germany’s 
Black Forest; and the Erzgebirge Mountains on the 
German-Czech border. The Balkans also contain 
Variscan-age massifs. 


Mesozoic and Cenozoic Europe 


At the opening of the Mesozoic Era, 245 MYA, 
a sizeable part of western and southern Europe 
was squeezed up into the Central Pangean mountain 
system that sutured Laurussia and Gondwana together. 
Europe was almost completely landlocked, its southern 
regions part of a mountain chain that stretched from 
Kazakhstan to the west coast of North America. 


The birth of a new ocean basin, the Atlantic, signaled 
the end of Pangaea. The Central Pangean Mountains, 
after tens of millions of years, had worn down to sea level 
and below. A new ocean basin, not the Mediterranean, 
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but rather the Ligurean Ocean, began to open up 
between Africa and Europe. This formed a seaway 
between the modern North Atlantic and the Neo- 
Tethys Ocean (which no longer exists). Sea water began 
to leave deposits where high mountains had stood, and a 
layer cake of sediment—laid down on the shallow-sea 
bottom—began to accumulate throughout Europe. 


Beginning at the close of the Mesozoic Era 
(66 MYA), and continuing through the Cenozoic Era 
to the present day, a complex orogeny has taken place 
in Europe. The ocean basin of Tethys was entirely 
destroyed, or if remnants still exist, they are indistin- 
guishable from the ocean crust of the Mediterranean 
Sea. Africa has shifted from west of Europe (and up 
against the United States’ east coast) to directly south 
of Europe, and their respective tectonic plates are now 
colliding. 


As in the collision that made the Variscan moun- 
tain belt, a couple of dozen little blocks are being 
pushed sideways into southern Europe. The tectonic 
arrangement can be compared with a traffic jam 
in Rome or Paris, where numerous moving objects 
attempt to wedge into a space in which they can’t all fit. 


The Mediterranean desert 


When sea level fell below the level of the Straits of 
Gibraltar around six million years ago, the western 
seawater passage from the Atlantic Ocean to the 
Mediterranean Sea closed, and water ceased to flow 
through this passage. At about the same time, north- 
ward-moving Arabia closed the eastern ocean passage 
out of the Mediterranean Sea and the completely land- 
locked ocean basin began to dry up. Not once, but 
perhaps as many as 30 times, all the water in the 
ancestral Mediterranean, Black, and Caspian Seas 
completely evaporated, leaving a thick crust of crystal- 
lized sea minerals such as gypsum, sylvite, and halite. 
It must have been a lifeless place, filled with dense hot 
air, like modern below-sea-level deserts such as Death 
Valley and the coast of the Dead Sea. The rivers of 
Europe, Asia, and Africa carved deep valleys in their 
respective continental slopes as they dropped down to 
disappear into the burning Idquo; wasteland. 


Many times, too, the entire basin flooded with 
water. A rise in global sea level would lift water from 
the Atlantic Ocean over the Barrier Mountains at 
Gibraltar. Then the waters of the Atlantic Ocean 
would cascade 2.4 miles (4 km) down the mountainside 
into the western Mediterranean basin. From Gibraltar 
to central Asia, the bone-dry basin filled catastrophi- 
cally in a geological instant—a few hundred years. This 
“instant ocean” laid deep-sea sediment directly on top 
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of the layers of salt. The widespread extent and repeti- 
tion of this series of layers of salt and deep-sea sediment 
layers is the basis for the theory of numerous cata- 
strophic floods in the Mediterranean basin. 


Pleistocene Europe 


For reasons not yet fully understood, Earth peri- 
odically experiences episodes of planet-wide, climatic 
cooling, the most recent of which is known as the 
Pleistocene Epoch. Large areas of the land and seas 
become covered with ice sheets thousands of feet thick 
that remain unmelted for thousands or hundreds of 
thousands of years. Since the end of the last ice age about 
eight to twelve thousand years ago, only Greenland and 
Antarctica remain covered with continent-sized gla- 
ciers. But during the last two million or so years, 
Europe’s northern regions and its mountain ranges 
were ground and polished by masses of water frozen 
into miles-thick continental glaciers. 


This ice age began in Europe when heavy snowfalls 
accumulated in Scandinavia and northern Russia. As 
the planet’s climate cooled, summer’s snowmelt did not 
remove all of winter’s snowfall, and an increasingly 
thick layer of ice accumulated. Ice built up higher and 
higher in some areas, and eventually began flowing out 
from these ice centers. As the ice sheet spread over more 
of the continent, its brilliant surface reflected the sun’s 
heat back out into space—cooling the climate even 
more. During several intervals, each lasting hundreds 
of thousands of years, the European ice sheet covered 
Scandinavia, northern Russia, all the lands around the 
Baltic Sea, and the British Isles. Ice caps covered the 
mountain ranges of Europe. Between these planetary 
deep-freezes were warm, or interglacial, intervals, some 
of them hundreds of thousands of years long. 


Ice in glaciers is not frozen in the sense of being 
motionless. It is in constant motion, imperceptibly 
slow—but irresistible. Glaciers subject the earth mate- 
rials beneath them to the most intense kind of scraping 
and scouring. An alpine glacier has the power to tear 
bedrock apart and move the shattered pieces miles 
away. These are the forces that shaped the sharp 
mountain peaks and u-shaped mountain valleys of 
modern Europe. Many European mountain ranges 
bear obvious scars from alpine glaciation, and the 
flat areas of the continent show the features of a 
formerly glaciated plain. 


Each time the cooling climate froze the equivalent 
of an ocean of water into glaciers, the global sea level fell 
drastically (100 feet [30 m] or more). Southern England 
became a western promontory of the main European 
landmass, and the North Sea’s seabed lay exposed to the 
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sky. The Adriatic Sea almost disappeared, and its 
seabed became an extension of the Po River alley. 
Sardinia and Corsica were at that time one island, and 
Sicily became a peninsula of mainland Europe. 


Unusual geographic conditions also followed the 
retreat of the ice sheets. Bare rock was exposed in 
many areas. Elsewhere unvegetated sediment, depos- 
ited by the melting glaciers, lay exposed to the ele- 
ments. Windstorms removed tremendous amounts of 
the smaller-sized grains in this sediment, and carried it 
far from where the glacier left it. The wind-blown 
sediment eventually settled out of the sky and formed 
layers of silt, called /oess. Today, loess deposits form a 
broad belt in various regions from northern France to 
Russia, and beyond. These deposits originally must 
have covered almost all of central and eastern Europe. 


Continental glaciation occurred several times dur- 
ing the last 2.2 million years. Geologists do not agree 
whether the ice will return again or not. However, even 
if the present climate is merely a warm period between 
glaciations, tens or hundreds of thousands of years 
may elapse before the next advance of the ice sheets. 


Holocene Europe 


Humans have lived in Europe for much of the 
Pleistocene epoch and the entire Holocene epoch 
(beginning at the end of the last ice age, about 10,000 
years ago). During the past few thousand years, 
humans have significantly altered the European land- 
scape. Wetlands across Europe have been drained for 
agricultural use from the Bronze Age onward. The 
Netherlands is famous for its polder, below-sea-level 
lands made by holding back the sea with dikes. Entire 
volcanoes (cinder cones) have been excavated to pro- 
duce frost-resistant road fill. 


Europe’s heavily industrialized regions developed 
in their present locations as a result of geologic factors. 
The industrial districts are centered around places 
where transportation routes carved by rivers occurred 
in conjunction with ore deposits and fossil fuels. 


Europe continues to change today. From the 
Atlantic coast of Iberia to the Caucasus, Europe’s 
southern border is geologically active, and will remain 
so effectively forever, from a human frame of refer- 
ence. Africa, Arabia, and the Iranian Plateau all con- 
tinue to move northward, which will insure continued 
mountain-building in southern Europe. 


Geologists are concerned about volcanic hazards, 
particularly under the Bay of Naples and in the 
Caucasus. Smaller earthquakes, floods, and other nat- 
ural disasters happen every year or so. In historic times, 
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in the Aegean Sea and at Pompeii, Herculaneum, 
and Lisbon, entire cities have been devastated or 
destroyed by volcanoes, earthquakes, and seismic 
sea waves. These larger-scale natural disasters can 
and will continue to happen in Europe on an unpre- 
dictable schedule with predictable results. 


Miscellaneous regions and events 
Britain and Ireland 


The northwest fringe of Europe is made up of 
the two very old islands, Great Britain and Ireland, 
and numerous smaller islands associated with them. 
Geologically, these islands are a part of the European 
continent, although culturally separate from it. Unlike 
many islands of comparable size, the British Isles do 
not result from a single group of related tectonic 
events. They are as complex as continents themselves, 
which in the last two centuries has provided plenty of 
subject matter for the new science of geology. 


Scotland and Ireland are each made of three or 
four slices of continental crust. These slices came 
together around 400 million years ago like a deck of 
cards being put back together after shuffling. 


Iberia 


The Iberian Peninsula, occupied today by 
Portugal and Spain, is one of the pieces of lithosphere 
that was welded to Europe during the Variscan moun- 
tain-building event. Like Britain, it is an unusual 
“micro-continent” with a complex geologic history. 


Alpine and related orogenies 


Since the Paleozoic era, southern Europe has con- 
tinued to acquire a jumbled mass of continental frag- 
ments from Africa. Even today, the rocks of Europe 
from the Carpathian mountains southwestward to the 
Adriatic and Italy are made up of “tectonic driftwood,” 
and are not resting on the type of solid, crystalline 
basement that underlies Scandinavia and Ukraine. 


Since the late Mesozoic Era, the widening Atlantic 
Ocean has been pushing Africa counterclockwise. All 
the blocks of lithosphere between Africa and Europe, 
including parts of the Mediterranean seafloor, will in 
all likelihood eventually become a part of Europe. 


The Alps resulted from Europe’s southern border 
being pushed by the northern edge of Africa. In Central 
Europe, freshly made sedimentary rocks of early 
Mesozoic age, along with the older, metamorphosed, 
Variscan rocks below, were pushed into the continent 
until they had no other way to go but up. Following the 
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path of least resistance, these rocks were shaped by 
powerful forces into complex folds called nappes, which 
means tablecloths in French. The highly deformed rocks 
in these mountains were later carved into jagged peaks 
by glaciers during the Pleistocene epoch. 


The Jura Mountains, the Carpathians, and the 
Transylvanian Alps are made of stacks of flat-lying sedi- 
mentary rock layers. These mountain ranges were thrust 
forward in giant sheets out in front of the rising Alps. 


A complex story of tectonic movement is recorded 
in the sea-floor rocks of the western Mediterranean. 
Corsica, Sardinia, Iberia, and two pieces of Africa 
called the “Kabylies’—formerly parts of Europe— 
moved in various directions at various speeds 
throughout the Cenozoic era. 


On the western Mediterranean floor, new oceanic 
lithosphere was created. A subduction zone formed as 
an oceanic plate to the east sank below the western 
Mediterranean floor. The magma generated by this 
event gave rise to the Appenine Mountains, which 
formed as an island are on the eastern edge of the 
western Mediterranean oceanic plate. The Appenines 
began to rotate counterclockwise into their present 
position. The Tyrrhenian Sea formed as the crust 
stretched behind this forward-moving island arc. In 
the Balkans, blocks of lithosphere have piled into each 
other over tens of millions of years. 


The Dinarides and Hellenides, mountains that run 
down the east coast of the Adriatic Sea, form the scar left 
after an old ocean basin closed. The compressed and 
deformed rocks in these mountain ranges contain pieces 
of ocean floor. Just east of these seacoast mountains is a 
clearly recognized plate boundary, where the European 
and African plates meet. The boundary runs from 
the Pannonian Basin (in Hungary, Romania, and 
Yugoslavia), cuts the territory of the former Yugoslavia 
in half, and winds up in Greece’s Attica, near Athens. 


Further inland, the Pannonian Basin results from 
the lithosphere being stretched as the Carpathian 
mountains move eastward and northward. 


The Aegean Sea seems to have formed as conti- 
nental crust has been stretched in an east-west direc- 
tion. It is a submerged basin-and-range province, such 
as in the western United States. The Pelagonian 
Massif, a body of igneous and metamorphic rock 
that lies under Attica, Euboea, and Mount Olympus, 
forms part of the Aegean sea floor. The Rhodopian 
Massif, in northern Greece, Bulgaria, and Macedonia, 
also extends beneath the Aegean Sea. Faults divide the 
ridges from the troughs that lie between them. The 
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KEY TERMS 


Archean eon—The interval of geologic time from 3.8 
billion years ago to 2.5 billion years ago. 


Baltica—The oldest part of Europe, made of rocks 
formed between 3.8 and 2.5 billion years ago, that 
underlies Scandinavia, the Baltic states, Poland, 
Belarus, and much of western Russia and Ukraine. 


Collisional mountain belt—A mountain range, like 
the Alps, caused by one continent running into 
another continent. 


Continental arc—A volcanic mountain range, such 
as existed in Europe’s geologic past, that forms on the 
tectonically active edge of a continent, over a sub- 
duction zone. 


Craton—The part of a continent that has remained 
intact since earth’s earliest history, and which func- 
tions as a foundation, or basement, for more recent 
pieces of a continent. Baltica is considered to be a 
craton to which the rest of Europe is attached. 


Fault-block mountains—A mountain range formed 
by horizontal forces that squeeze a continent, frac- 
turing its crust and pushing some crustal blocks 


faults indicate that the troughs have dropped into the 
crust between the high ridges. 


The Balkan range in Bulgaria is thought to mark 
the crumpled edge of the European craton—the 
Proterozoic-age rocks extending north into Russia. 


Europe is also host to isolated volcanoes related to 
structural troughs within the continent. The Rhine 
River flows in a trough known as the Rhine Graben. 
Geologists believe The Rhine once flowed southward to 
join the Rhone river in France, but was diverted by 
upwarping of the crust around the Vogelsberg volcano. 
The Rhine then changed its course, flowing out to meet 
England’s Thames river in the low-sea-level ice age. 


Resources 


BOOKS 

Hancock P. L. and Skinner B. J., eds. The Oxford 
Companion to the Earth. Oxford: Oxford University 
Press, 2000. 

Winchester, Simon, and Soun Vannithone. The Map That 
Changed the World: William Smith and the Birth of 
Modern Geology. New York: Perennial, 2002. 


PERIODICALS 
Hoffman, P., ed. “Stonehenge Blues.” Discover 11 (October 
1990): 10. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


upward to form mountains while others drop down 
to form valleys. 


Hadean eon—The interval of geologic time from the 
beginning of earth (4.65 billion years ago) to 3.8 
billion years ago. 


Island arc—An curved row of islands of volcanic 
origin that develops where two lithospheric plates 
converge, usually near the edge of a continent, and 
associated with the formation of a deep trench paral- 
lel to the arc as oceanic crust is subducted. 


Phanerozoic eon—The interval of geologic time 
beginning 570 million years ago, the rocks of which 
contain an abundant record of fossilized life. 


Precambrian—The combined Hadean, Archean and 
Proterozoic eons, the first four billion years of Earth’s 
history, and for which there is only a poor fossil 
record. 


Proterozoic eon—The interval of geologic time 
beginning 2.5 billion years ago and ending 570 mil- 
lion years ago. 
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Europium see Lanthanides 


l Eutrophication 


The process by which a body of water becomes 
overly productive is called eutrophication. The major 
factors controlling eutrophication, which in Greek 
means “well nourished,” are nutrient input, light and 
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temperature. All three of these factors are required for 
the increased growth rates of phytoplankton that lead 
to eutrophication. Bodies of water with factors that 
limit plant growth are called oligotrophic. Those with 
intermediate levels of biological productivity are 
called mesotrophic. Eutrophication may occur in 
freshwater or marine environments. 


Water bodies around developed areas experience 
cultural eutrophication, or an accelerated rate of plant 
growth, because additional nitrates and phosphates that 
encourage plant growth flow into the water from human 
activities. Fertilizers, soil erosion, and animal wastes 
may run off from agricultural lands, while detergents, 
sewage wastes, fertilizers, and construction wastes are 
contributed from urban areas. These nutrients stimulate 
the excessive growth of planktonic algae. Eventually 
these plants die and fall to the bottom, where decom- 
posers use the available oxygen in the process of break- 
ing down the plant material. With accelerated plant 
growth and subsequent death, these decomposers con- 
sume greater amounts of available oxygen in the water. 
Animal species such as fish and mollusks are harmed by 
low concentrations of oxygen in the water. The water 
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also becomes less clear as the concentration of algae and 
bacteria increases. Native species may eventually be 
replaced by those tolerant of pollution and lower oxygen 
levels, such as worms and carp. 


While at least one-third of the mid-sized or larger 
lakes in the United States have suffered from cultural 
eutrophication at one time or another over the past 40 
years, Lake Erie is the most publicized example of 
excessive eutrophication. Called a “dead” lake in the 
1960s, the smallest and shallowest of the five Great 
Lakes was inundated with nutrients from heavily devel- 
oped agricultural and urban lands surrounding it for 
most of the twentieth century. As a result, plant and 
algae growth choked out most other species living in the 
lake, and left the beaches unusable due to the smell of 
decaying algae that washed up on the shores. Pollution 
controls for sewage treatment plants and improved agri- 
cultural restrictions by Canada and the United States led 
to drastic reductions in the amount of nutrients entering 
the lake. By the turn of the millennium, Lake Erie had 
again become a biologically thriving lake. Recreational 
swimming, fishing, and boating were again strong com- 
ponents of the region’s economy and aesthetic benefits. 
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[ Evaporation 


Evaporation is the movement of a substance from 
its liquid to its vapor phase. (Movement directly from 
solid to vapor phase is called sublimation.) It is com- 
monly used to concentrate solutions of nonvolatile 
solutes and volatile solvents. In evaporation, a portion 
of the solvent is vaporized or boiled away, leaving a 
thick liquid or solid precipitate as the final product. 
The vapor is condensed to recover the solvent or it can 
simply be discarded. 


Evaporation may also be used as a method to pro- 
duce a liquid or gaseous product obtained from the con- 
densed vapor. For instance, in desalinization processes, 
sea water is vaporized and condensed in a water-cooled 
heat exchanger and forms the fresh water product. 


In industrial evaporation processes, the separating 
agent is heat, which is usually supplied by a low-pres- 
sure steam to provide the latent heat of vaporization. 
When the liquid, say, a water solution, is heated, boiling 
occurs at the heated surface and the liquid circulates. 
Because the dissolved solids (solutes) are less volatile 
than water (solvent), water will first escape gradually 
from the solution. As sufficient water is boiled off, the 
resulting liquid becomes saturated, and then the dis- 
solved solids crystallize. To reduce energy consumption, 
via utilizing the latent heat of the generated vapor over 
and over again, heat introduced into one evaporator 
can be used in other evaporators involved in a multi- 
stage, or formally called multi-effect process. 


A variety of approaches are employed to vaporize 
liquids or solutions. Liquids can flow as a thin film 
layer on the walls of a heated tube, can be diffused on 
the heated surface, or can be spread in fine droplets 
into a hot, dry gas. Wet cloth or paper generally can be 
dried by evaporation of the moisture into a gas stream. 
For some heat-sensitive liquids, such as pharmaceutical 
products and foods, evaporation must be carried out 
under reduced pressure, in which the boiling point 
occurs at lower temperature. Alternatives to this 
approach are to increase heat-transfer area or to inject 
steam directly into the solution to heat it rapidly. Very 
often, fouling layers can build up next to heat-transfer 
surfaces and reduce the heat-transfer coefficient across 
the evaporator. In certain situations, material tends to 
foam during vaporization. Liquid can boil over into the 
vapor, resulting in the failure to separate components 
or concentrating solutions. Therefore, good evaporator 
designs and the understanding of liquid characteristics 
are very crucial in evaporation efficiency. 


Evaporation is often employed to produce a con- 
centrated liquid for industrial purposes. A slurry of 
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KEY TERMS 


Fouling—A term to describe buildup of a semisolid 
layer next to the heat-transfer surface of the tubes in 
heat exchangers to reduce the overall heat transfer 
coefficient. 


Heat-transfer coefficient—The ratio of the heat 
transferred per unit time to the product of the heat 
transfer surface area and the temperature difference 
between the two steams next to the heat-transfer 
surface. 


Latent heat of vaporization—When a change of 
phase, either from liquid to vapor or vice versa, 
occurs, latent heat of vaporization has to be 
absorbed during vaporization or evolved during 
condensation at constant temperature, which is 
resulted from the difference in the values of internal 
energy between liquid and vapor phases. 


crystals in a saturated liquid can be obtained by means 
of evaporation. In the sugar industry, water is boiled 
off to produce sucrose prior to crystallization. 
Solutions such as caustic soda and organic colloids 
all can be concentrated by evaporation. Because of 
the their substantial thermal sensitivity, vacuum evap- 
oration is normally applied for concentration of fruit 
juices. Concentrated juices are easily transported and 
during storage, are more resistant to environmental 
degradation than fresh juices—though they also do 
not always taste as good. 


See also Heat transfer; States of matter. 


Pang-Jen Kung 


I Evapotranspiration 


Evapotranspiration refers to the vaporization of 
water from both non-living and living surfaces on a 
landscape. The word “evapotranspiration” is a com- 
posite of evaporation and transpiration. Evaporation 
is the vaporization of water from surface waters such 
as lakes, rivers, and streams, from moist soil and 
rocks, and any other substrates that are non-living. 
Transpiration is the vaporization of water from any 
moist living surface, such as plant foliage or the body 
or lung surfaces of animals. 
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Acomparison of yearly cycles of evapotranspiration and precipitation for two separate biomes. (Hans & Cassidy. Courtesy of Gale 


Group.) 


Evapotranspiration is an important component of 
Earth’s energy budget, accounting for a substantial part 
of the physical dissipation of absorbed solar radiation. 
In any moist ecosystem, air and surface temperatures 
would be much warmer than they actually are if evap- 
otranspiration was not operating to consume thermal 
energy during the vaporization of water. Because of 
vigorous transpiration of water in moist forests during 
the day, air in and beneath the canopy is considerably 
cooler than it would be if this process did not occur. 


Evapotranspiration from forests has a large influ- 
ence on the water budget, both globally and locally. In 
the absence of forest transpiration, an equivalent 
quantity of water would have to leave the watershed 
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as seepage to groundwater and streamflow. In temper- 
ate forests, evapotranspiration typically accounts for 
10-40% of the total input of water by precipitation. 
However, there is a distinct seasonality in the patterns 
of evapotranspiration from forests. In a temperate 
region, evapotranspiration is largest during the grow- 
ing season, when air temperatures are highest and the 
amount of plant foliage is at its annual maximum. 
During this season, evapotranspiration rates are 
often larger than the inputs of water by rainfall, 
and as a result groundwater is depleted, and some- 
times the surface flow of forest streams disappears. 
Evapotranspiration is very small during the winter 
because of low temperatures, although some direct 
vaporization of water from snow or ice to vapor 
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does occur, a process known as sublimation. Evapo- 
transpiration is also relatively small during the spring- 
time, because deciduous trees do not yet have foliage, 
and air temperatures are relatively cool. 


The disturbance of forests disrupts their capacity 
to sustain evapotranspiration, by reducing the amount 
of foliage in the canopy. Consequently, clearcutting 
and wildfire often lead to an increase in streamflow, 
and sometimes to an increase in height of the water 
table. In general, the increase in streamflow is roughly 
proportional to the fraction of total foliage that is 
removed. In the first year after clear-cutting an entire 
watershed, the increase in streamflow can be as large 
as 40%, but most of this effect rapidly diminishes as 
vegetation re-grows after the disturbance. 


See also Energy budgets. 


| Even and odd 


An even number is an integer that is divisible by 
2 and an odd number is an integer that is not divisible 
by 2. Thus 2, 4, 6, 8... are even numbers and 1, 3, 5, 
7... are odd numbers. Any even number can be writ- 
ten as 2n where n is an integer and any odd number can 
be written as 27 + 1 or as 2n —1, where n is an integer. 
Both odd and even numbers may be negative or 
postive. 


The sum, difference, or product of even numbers 
is an even number. On the other hand, the product of 
odd numbers is odd, but the sum or difference of two 
odd numbers is even. 


| Event horizon 


An event horizon, as defined within general 
relativity, is a boundary in spacetime (the four-dimen- 
sional structure of the universe, with three-dimen- 
sional space and one-dimensional time) in which 
events are not realized by an observer so cannot affect 
the observer. In general usage, an event horizon is a 
limiting boundary beyond which nothing can be 
observed or measured with regard to a particular phe- 
nomena (e.g., the cosmic event horizon beyond which 
nothing can be observed from Earth). Specifically, an 
event horizon is the regions around a gravity field of a 
black hole. Such a gravitation field bends light so 
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much that it cannot escape from it and go out into 
the universe. 


In early 2001, for instance, data gathered by 
NASA’s Hubble Space Telescope and the Chandra 
X-ray Observatory independently provided strong evi- 
dence of an event horizon, the observable boundary 
region surrounding an unobservable black hole. 


According to general relativity, the path taken by 
a beam of light is the shortest distance between two 
points; such a path is called a geodesic. Furthermore, 
gravity warps space, bending geodesics; the stronger a 
gravitational field is in a certain region, the more bent 
the geodesics are in that region. Within a certain 
radius of a black hole, all geodesics are so warped 
that a photon of light cannot escape to another part 
of the universe. Essentially, there are no straight lines 
connecting any point that is within a certain radius of a 
black hole (which, in theory, means there is no dimen- 
sion) to any point that is farther away. The spherical 
surface defined by this radius is termed the event hori- 
zon of the black hole because events inside the event 
horizon can have no effect on events outside it. 
Whatever is inside the event horizon 1s sealed off for- 
ever from the space-time of outside observers. 


The size of the event horizon surrounding a black 
hole is termed the Schwarzschild radius, named after 
German astronomer Karl Schwarzschild (1873-1916), 
who studied the properties of geometric space around 
a singularity when warped according to general rela- 
tivity theory. Gravitational fields bend light, and 
within a black hole the gravity is so strong that light 
is actually bent back upon itself. Another explanation 
in accord with the wave-particle duality of light is that 
inside the event horizon the gravitational attraction of 
the singularity is so strong that the required escape 
velocity for light is greater than the speed of light. As a 
consequence, because no object can exceed the speed 
of light, not even light itself can escape from the region 
of space within the event horizon. 


More evidence gathered in 2002 convinced many 
scientists that in addition to matter spinning violently 
into the vortex of a black hole, the black hole itself 
rotates just like a star. 


The event horizon is an observational boundary 
on the cosmic scale because no information generated 
within the black hole can escape. Processes occurring 
at or near the event horizon, however, are observable 
and offer important insights into the physics associ- 
ated with black holes. 


An accretion disk surrounding a black hole forms 
as matter accelerates toward the event horizon. The 
accelerating matter heats and emits strong highly 
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Evolution 


energetic electromagnetic radiation, including x rays 
and gamma rays, that may be associated with some of 
the properties exhibited by quasars. 


Although light and matter can not escape a black 
hole by crossing the event horizon, English physicist 
Stephen Hawking (1942-) formed an important con- 
cept later named Hawking radiation that offers a pos- 
sible explanation to possible matter and energy 
leakage from black holes. Relying on quantum theo- 
ries regarding virtual particles (particle-antiparticle 
pairs that exist so briefly only their effects (not their 
masses) can be measured), Hawking radiation occurs 
when a virtual particle crosses the event horizon and 
its partner particle cannot be annihilated and, thus, 
becomes a real particle with mass and energy. With 
Hawking radiation, mass can thus leave the black hole 
in the form of new particles created just outside the 
event horizon. 


As a 2006 meeting of the American Astronomical 
Society, scientists stated that vanishing gas is strong 
evidence for the existence of event horizons at black 
holes. Using NASA’s Rossi X-ray Timing Explorer, 
scientists found X-ray bursts from neutron stars but 
none were identified from black holes. X-ray bursts 
are quick thermonuclear eruptions that occur on neu- 
tron stars, small, dense stars. The eruptions occur 
when gas is taken from the companion star of s neu- 
tron star. 


See also Astronomy; Astrophysics; Atomic mod- 
els; Black hole; Blackbody radiation; Electromagnetic 
spectrum; Quantum mechanics; Quasar; Radio astron- 
omy; Radio waves; Radio; Relativity, general; Relativity, 
special; Stellar evolution. 


l Evolution 


Evolution is the natural process by which all living 
things have descended with modifications from shared 
ancestors, shaped largely by natural selection. It 
involves change in the genetic constitution of popula- 
tions over time due to the systematic filtering by nat- 
ural selection of randomly occurring changes in DNA. 
These changes are passed on from parents to their 
offspring. 

Evolution does not involve individual organisms. 
Individuals develop, but they do not evolve. The study 
of evolution encompasses two major facets: deducing 
the history of descent among living things (phyloge- 
netic systematics) and investigating evolutionary 
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The long neck of the giraffe is an adaptation that allows it to 
survive competition for food resources. (© Nigel Dennis/Photo 
Researchers, Inc.) 


mechanisms as revealed by laboratory and field stud- 
ies of living organisms and their fossilized remains. 
Evolutionary change occurs as a result of beneficial 
mutation, migration, genetic drift and natural selec- 
tion, and it is ultimately a passive process, devoid of 
any purpose or goal. As a scientific theory, it is an 
interconnected series of hypotheses, corroborated by a 
large body of evidence. Thus, biologists accept the 
historical reality of evolution, even though many 
details that are unclear continue to be investigated. 


Historical background 


The birth of modern evolutionary theory can be 
traced to the mid-nineteenth century and the publica- 
tion of Charles Darwin’s On the Origin of Species by 
Means of Natural Selection in 1859. The book is con- 
sidered by some to be the most influential in all of 
biology and by others an unsubstantiated theory. It 
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was not, however, a new concept. Even in the late 
eighteenth century, the French scientist Maupertuis, 
the philosopher Diderot, and others entertained the 
notion that new life-forms might arise by natural 
means, including spontaneous generation. Their defi- 
nition of evolution more closely resembles our modern 
concept of development, since the course of evolution 
is unpredictable. Interestingly, Darwin did not use the 
word “evolution” in The Origin of Species, except in 
the form “evolved,” the last word of the book. He 
preferred the bulkier but more precise phrase “descent 
with modification.” 


French naturalist Jean-Baptiste Lamarck (1744— 
1829) was the first to clearly articulate the theory that 
species could change over time into new species, a 
process later called speciation. In his 1809 book 
Philosophie zoologique, he argued that living things 
progress inevitably toward greater perfection and 
complexity, through a process guided by the natural 
environment. A changing environment would alter the 
needs of living creatures, which would respond by 
using certain organs or body parts more or less. The 
use or disuse of these parts would consequently alter 
their size or shape, a change that would be inherited by 
the creatures offspring. Lamarck, although not 
the first, discussed this notion of “acquired charac- 
ters,” which his contemporaries—including Darwin, 
to some extent—accepted. It is unfortunate that 
Lamarck is famous today primarily because he was 
wrong in this belief, in that it implies that bodily 
changes acquired during an individuals lifetime can 
affect the inherited material (now known as DNA) 
and be inherited. Although contemporary biologists 
have learned that changes to cell chemistry associated 
with DNA can, to some extent, be passed on from one 
generation to the next—a phenomenon called epige- 
netic change—Lamarck’s belief that this effect could 
be the primary driving engine of evolution was incor- 
rect. Darwin accepted the inheritence of acquired 
characters, but argued (correctly) that natural selec- 
tion was the main source of evolutionary novelty, not 
Lamarckian change. 


Charles Darwin (1809-1882) and his contempo- 
rary Alfred Russell Wallace (1823-1913) are credited 
with independently providing the first plausible 
theory for a mechanism to explain evolutionary 
change, which they called natural selection. However, 
Wallace did not present so great a synthesis, or con- 
sider all the ramifications of evolution, as Darwin did 
in The Origin of Species and his later works. One major 
difference between the two men was that Wallace did 
not believe that natural selection could have produced 
the human brain; Darwin rejected his colleague’s 
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contention that human intellect could only have been 
created directly by a higher power. 


In The Origin of Species, Darwin concluded that 
some individuals in a species are better equipped to 
find food, survive disease, and escape predators than 
others. He reasoned that if the differences between the 
survivors and the doomed are passed from parents to 
their offspring, these differences will be inherited and 
gradually will characterize the whole population. 
Darwin knew that the greatest weakness in his theory 
was his lack of knowledge about the mechanics of 
inheritance; his attempt at a theory of inheritance, 
known as pangenesis, was later refuted. The nature 
of genes and DNA were unknown in Darwin’s time. 
However, he did clarify the distinction between geno- 
type and phenotype. The genotype is a set of genetic 
instructions for creating an organism; the phenotype is 
the observable traits manifested by those instructions. 
The issue that explains the mechanism of inheritance, 
however, went unsolved for several decades later. 


The modern synthesis 


By the 1920s, Mendel’s theory of heredity had 
been rediscovered, but the early Mendelians, such 
as William Bateson and Hugo de Vries, opposed 
Darwin’s theory of gradual evolutionary change. 
These geneticists favored the position that evolution 
proceeds in large jumps, or macro-mutations, rather 
than the gradual, incremental changes proposed by 
Darwin. The dispute between the Mendelians and the 
Darwinians was reconciled by important theoretical 
work published in the early 1930s by independent 
population geneticists Ronald A. Fisher (1890-1962), 
J.B.S. Haldane (1892-1964), and Sewall Wright 
(1889-1988). Their classic work showed that natural 
selection was compatible with the laws of Mendelian 
inheritance. 


This reconciliation gave rise to a period of prolific 
research in genetics as the basis of evolution. 
Theodosius Dobzhansky (1900-1975), a Russian emi- 
grant to the United States, began his classic investiga- 
tions of evolution in fruit fly populations, and in 1937 


published a book entitled Genetics and the Origin of 


Species, which has been among the most influential 
books in modern genetics. Others, like E. B. Ford 
(1901-1988) and H. B. D. Kettlewell (1901-1979), 
helped pioneer the subject Ford called “ecological 
genetics.” This was a fundamental concept because it 
brought together two formerly separate areas of inves- 
tigation: ecological variation (the influence of different 
environmental conditions) and genetic variation (dif- 
ferences in genetic make-up) in natural populations. 
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Evidence for evolution 


The evidence for evolution is vast and of many 
kinds. Scientists continue to wrangle happily over the 
details of how evolution happened, but the fact that it 
did happen (and is still happening) is as well-estab- 
lished as the nature of the solar system or any other 
major component of the scientific world-story. 


Darwin recognized that some of the best evidence 
of evolution is hidden within the bodies of living crea- 
tures. He reasoned that, if organisms have a history, 
then their history can be deciphered from their rem- 
nants. In fact, virtually all living creatures possess 
vestigial or rudimentary features that were once func- 
tional traits of their ancestors. Fetal whales, still in 
their mothers’ womb, produce teeth like all verte- 
brates, only to reabsorb them in preparation for a 
life filtering plankton from their ocean habitat. 
Snakes, whose vertebrate ancestors ceased walking 
on four legs millions of years ago, still possess vestigial 
hind limbs, with reduced hip and thigh bones. 


In some cases the same structures may be adapted 
for new uses. The cat’s paw, the dolphin’s flipper, the 
bat’s wing, and a human hand all contain counterparts 
of the same five bones forming the digits (fingers in 
humans). There is no known environmental or func- 
tional reason why there should be five digits. In 
theory, there could just as easily be four, or seven. 
The point is that the ancestor to all tetrapods (verte- 
brates with four legs) had five digits, and thus all living 
tetrapods have that number, although in a modified 
form. Such traits, when they reflect shared ancestry, 
are known as homologous structures or characters. 
Traits that have functional but not truly ancestral 
similarity, such as the wings of insects and the wings 
of birds, are known as analogous characteristics. 


Further evidence of evolution involves the most 
basic homology of all, the genetic code, or the molec- 
ular “language” that is shared by all living things. 
Although the genes of each kind of organism may be 
represented by different “words,” coding for each spe- 
cles unique structures, the molecular alphabet forming 
these words is the same for all living things on Earth. 
This is interpreted as evidence that the genetic code 
arose in a way that a single organism was the ancestor 
to all organisms that exist today. 


Finally, there is the evidence from the fossil 
records that the remains of invertebrates, plants, and 
animals appear in the rocky layers of Earth’s crust in 
the same order that their anatomical complexity sug- 
gests they should, with the more primitive organisms 
in the older layers and the more complex organisms in 
the more recent deposits. No one has ever found a 
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flowering plant or a mammal in deposits from the 
Devonian age, for instance, because those organisms 
did not appear on Earth until much later. 


This is the merest sketch of the evidence for evolu- 
tion. In an important sense, all of modern biology is 
evidence for evolution, because evolution is the organ- 
izing principle of modern biology, the concept by which 
biologists make sense of millions of diverse phenom- 
ena. Evolution is used to understand the behavior of 
disease germs, insects developing resistance to insecti- 
cides, the origins of genetic disease, DNA, and literally 
everything else studied by the life sciencese. In the 
famous words of Theodosius Dobzhansky, evolution- 
ary biologist (and Orthodox Christian), “Nothing in 
biology makes sense except in the light of evolution.” 


Evolutionary mechanisms 


To an evolutionary biologist, evolution is a 
change in the proportion of genes present in an exist- 
ing population. Each individual in a breeding popula- 
tion possesses a unique genotype, the set of paired 
genetic alternatives that determines its physical attrib- 
utes, or phenotype. According to a principle known 
as the Hardy-Weinberg equilibrium, if certain condi- 
tions prevail, the frequency of each genotype in the 
population will be constant over generations, unless 
evolution has occurred to cause a shift in the gene 
frequencies. What factors can cause the proportion 
of genotypes in a population to change? 


Natural selection is one example. An organisms 
environment—including its habitat, diseases, preda- 
tors, and others of its own kind—present numerous 
challenges to its survival and to its ability to repro- 
duce. Individual organisms of the same species have 
slightly different phenotypes (observable attributes), 
and some of these individuals may be slightly better 
equipped to survive the hazards of existence than 
others. The survivors produce proportionally more 
offspring than do the others of their species, and so 
their traits will be better represented in subsequent 
generations. These traits lead to an outnumbered or 
skewed representation of the offspring compared to 
less successful individuals (in terms of reproductive 
capacities) with alternative genetic complements. The 
genotype that is better adapted to the prevailing con- 
ditions will spread throughout the population—at 
least until conditions change and new genotypes are 
favored. 


Another means by which gene frequencies may 
change is genetic mutation. When organisms repro- 
duce, a copy of the DNA from each parent is trans- 
mitted to the offspring. Normally, the parental DNA 
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is copied exactly; but occasionally, errors occur during 
replication in their sex cells, the egg and the sperm. 
Many of these errors occur in non-coding regions of 
the DNA, and so may have no known effect on the 
offspring’s phenotype; others may be lethal. In some 
cases, however, an offspring with a slightly modified 
genetic makeup survives. Mutation is thought to be an 
important source of new variation, particularly in rare 
cases where the mutation confers a selective survival 
advantage or a gain of function. After all, not all 
mutations are disadvantageous. In fact, nature’s 
method for ensuring the survival of a species is to 
rely on gene mutations that might enhance the func- 
tion of the protein it encodes in such a way that there is 
a survival advantage. The determination of this 
advantage does not only rely on the type of mutation 
but the environment circumstances that prevail. 


Evolution may also occur by genetic drift, a ran- 
dom process in which gene frequencies fluctuate due to 
chance alone. For example, if a certain genetic back- 
ground is over-represented in one generation, perhaps 
because the region happened to be colonized by a 
small, homogeneous population, these genetic com- 
plements are more likely to remain high in the future 
generations. Genetic drift has more potent effects 
in small, isolated populations where some character- 
istic are not necessarily the result of natural selection 
and therefore do not represent a selective survival 
advantage. 


Finally, the proportions of genotypes in a popu- 
lation may change as a result of migration, resulting in 
gene flow, or the movement of individuals (and their 
sex cells) into and out of the population. 


Species diversity and speciation 


Biologists have estimated that there are as many 
as 50 million species living on Earth today. Remarkably, 
it is believed that this figure is only 1% of the species 
that have ever lived. The great diversity of organisms, 
living and extinct, is the result of speciation, the split- 
ting and divergence of biological lineages to create new 
species. 


The term “species” is derived from the Latin word 
for kind, and species are considered to be the funda- 
mental natural units of life which can and will evolve. 
Species have been defined in various ways over the 
years, but the most widely used definition at present 
is the biological species concept. Most often associated 
with the name of Ernst Mayr (1904-), it defines a 
species as a group of interbreeding populations that 
is reproductively separate from other such groups. 
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The crucial event for the origin of new species is 
reproductive separation. How do barriers to repro- 
duction emerge? Perhaps a homogeneous population 
becomes separated into two distinct populations due 
to environmental factors. For example, when a river 
divides the species into two geographically distinct 
populations. Once they are separated, one or more 
evolutionary mechanisms may act on each in different 
ways over time, with the result that the two will diverge 
so they can no longer interbreed. As another example, 
perhaps a genetic variant arises in a population of 
interbreeding individuals by mutation or immigration; 
if the new variant spreads, bearers of the new variant 
may begin to breed preferentially with other bearers, 
preferring the new type. Along the way, further eco- 
logical, behavioral, and phenotypic changes may 
occur. Over many years, the organisms can diverge 
into two distinct species based on a dually but mutu- 
ally exclusive preferential mating selection process. 


Phylogenetic systematics: Reconstructing 
evolutionary history 


The process of classifying and reconstructing the 
evolutionary history, or phylogeny, of organisms is 
known as phylogenetic systematics. Its goal is to 
group species in ways that reflect a common ancestry. 
The members of each group, or taxon, share uniquely 
derived characteristics that have arisen only once. For 
instance, the taxon Amniota includes amphibians, 
reptiles, birds and mammals, all of which arose from 
a single common ancestor that possessed an amnion 
in the egg stage. Classifying species involves only one 
apect of phylogenetic systematics. Understanding 
the evolutionary interrelationships of organisms by 
investigating the mechanisms leading to diversifica- 
tion of life and the changes that take place over time 
encompasses phylogenetic systematics. Systematics 
exceeds taxonomy or naming groups within species 
by attempting to develop new theories to describe the 
possible mechanisms of evolution. Historical rem- 
nants leave residual clues that allow phylogeneticists 
to piece together using hypotheses and models to 
describe history and how organisms evolve. 


Systematists gather as much evidence as they can 
concerning the physical, developmental, ecological, 
and behavioral traits of the species they wish to 
group, and the results of their analysis are one (or 
more) branching “tree” diagrams, representing the 
hypothetical relationships of these taxa. Analysis of 
the genetic material itself has become an increasingly 
valuable tool in deducing phylogenetic relationships. 
The approach is to determine the nucleotide sequence 
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Genetic drift—Random change in gene frequencies 
in a population. 

Genotype—the full set of paired genetic elements 
carried by each individual, representing the its 
genetic blueprint. 

Hardy-Weinberg equilibrium—the principle that, if 
certain conditions prevail, the relative proportions of 
each genotype in a breeding population will be con- 
stant across generations. 


Macromutation—Mutation having a pronounced 
phenotypic effect, one that produces an individual 
that is well outside the norm for the species as it 
existed previously. 


Mutation—A Iteration in the physical structure of the 
DNA, resulting in a genetic change that can be 
inherited. 


Natural selection—The process of differential repro- 
duction, in which some phenotypes are better suited 
to life in the current environment. 


of one or more genes in the species and use this to 
contribute to determining the appropriate phylogeny. 
Comparison of the differences in these DNA sequen- 
ces provides an estimate of the time elapsed since the 
divergence of the two lineages. With the ability to 
sequence an entire organisms genome, the remnants 
of various species DNA, extinct (depending on the 
quality of the DNA) and living, can be compared 
and contrasted. This has exciting implications in the 
analysis of evolutionary modeling and applications to 
phylogenetic systematics. 


See also Adaptation; Competition; Extinction; 
Opportunistic species. 
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Nucleotide—Molecular unit that is the building 
block of DNA. 


Phenotype—The outward manifestation of the gen- 
otype, including an organism’s morphological, phys- 
iological, and many behavioral attributes. 
Phylogeny—Branching tree diagram representing 
the evolutionary history of an organism, and its rela- 
tionship to others via common ancestry. 


Speciation—The divergence of evolutionary line- 
ages, and creation of new species. 


Systematics—The classification of organisms 
according to their evolutionary relationships, and 
shared genetic and phenotypic characteristics. 


Taxon (taxa)—Group of related organisms at one of 
several levels, such as the family Hominidae, the 
genus Homo, or the species Homo sapiens. 


Tetrapod—tThe group of vertebrates having four legs, 
including amphibians, reptiles, mammals and birds. 
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! Evolution, convergent 


Convergent evolution occurs when two or more 
distinct species evolve to display similar physical fea- 
tures that were not present in their latest common 
ancestor. Environmental circumstances that require 
similar developmental or structural alterations for 
the purposes of adaptation can lead to convergent 
evolution. For example, the wings of all flying animals 
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are similar because the same laws of aerodynamics 
apply. These laws determine the specific criteria that 
govern the shape for a wing, the size of the wing, or the 
movements required for flight. All these characteris- 
tics are irrespective of the animal involved or the phys- 
ical location. In various species of plants, which share 
the same pollinators, many structures and methods 
of attracting the pollinating species to the plant are 
similar. These particular characteristics enabled the 
reproductive success of both species due to the envi- 
ronmental aspects governing pollination, rather than 
similarities derived by being genetically related by 
descent. 


One of the best examples of convergent evolution 
is how birds, bats, and pterosaurs learned to fly (all in 
different classes—birds, mammals, reptiles—that 
evolved along distinct lineages at different times). 
Importantly, each species developed wings independ- 
ently. These species did not evolve in order to prepare 
for future circumstances, but rather the development 
of flight was induced by selective pressure imposed by 
similar environmental conditions, even though they 
were at different points in time. The development 
potential of any species is not limitless, primarily due 
to inherent constraints in genetic capabilities. Only 
changes that are useful in terms of adaptation are 
preserved. Yet, changes in environmental conditions 
can lead toward less useful functional structures, such 
as the appendages that might have existed before 
wings. Another change in environmental conditions 
might result in alterations of the appendage to make it 
more useful, given the new conditions. 


Understanding the reason why each different spe- 
cies developed the ability to fly relies on an under- 
standing of the possible functional adaptations, 
based on the behavior and environmental conditions 
to which the species was exposed. Although only the- 
ories can be made about extinct species and flight since 
these behaviors can be predicted using by fossil 
records, these theories can often be tested using infor- 
mation gathered from their remains. Perhaps the 
wings of bird or bats were once appendages used for 
other purposes, such as gliding, sexual display, leap- 
ing, protection, or arms to capture prey. Convergent 
evolution is supported by the fact that these species 
come from different ancestors, which has been proven 
by DNA analysis. However, understanding the mech- 
anisms that brings about these similarities in charac- 
teristics of a species, despite the differences in genetics, 
is more difficult. 


Convergent evolution creates problems for pale- 
ontologists using evolutionary patterns in taxonomy, 
or the categorization and classification of various 
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organisms based on relatedness. It often leads to 
incorrect relationships and false evolutionary 
predictions. 


See also Competition; Extinction; Evolution, par- 
allel; Evolution, evidence of. 
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! Evolution, divergent 


Divergent evolution occurs when plant or animal 
characteristics that share an evolutionary origin 
become more distinct over evolutionary time (many 
thousands or perhaps millions of years). An example 
of divergent evolution is the human arm, the whale’s 
fin, and the bat’s wing. All three limbs perform differ- 
ent purposes, but all contain the same bones in differ- 
ent sizes and shapes because all three animals (human, 
whale, bat) evolved from a common ancestor whose 
legs contained those bones. For humans, upright 
walking on the ground required alterations in the 
foot for better speed and balance. The whale and bat 
modified the ancestral structure in response to envi- 
ronmental pressures of their own. These differing 
traits soon became characteristics that evolved to per- 
mit movement over the ground and in the water and 
air. Although humans and monkeys are genetically 
about 99% similar, their natural habitat required dif- 
ferent physical traits to evolve for survival. 


If different selective pressures are placed on a 
particular organism, a wide variety of adaptive traits 
may result. If only one structure on the organism is 
considered, these changes can either add to the origi- 
nal function of the structure, or they can change it 
completely. Divergent evolution leads to speciation, 
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or the development of a new species. Divergence can 
occur when looking at any group of related organisms. 
The differences are produced from the different selec- 
tive pressures. Any genus of plants or animals can 
show divergent evolution. An example can involve 
the diversity of floral types in the orchids. The greater 
the number of differences present, the greater the 
divergence. Scientists speculate the greater that two 
similar species diverge indicates a longer length of 
time that the divergence originally took place. 


There are many examples of divergent evolution 
in nature. If a freely-interbreeding population on an 
island is separated by a barrier, such as the presence of 
a new river, then over time, the organisms may start to 
diverge. If the opposite ends of the island have differ- 
ent pressures acting upon it, this may result in diver- 
gent evolution. Or, if a certain group of birds in a 
population of other bird of the same species varies 
from their migratory track due to abnormal wind 
fluctuations, they may end up in new environment. If 
the food source is such that only birds of the popula- 
tion with a variant beak are able to feed, then this trait 
will evolve by virtue of its selective survival advantage. 
The same species in the original geographical location 
and having the original food source do not require this 
beak trait and will, therefore, evolve differently. 


Divergent evolution has also occurred in the red 
fox and the kit fox. While the kit fox lives in the desert 
where its coat helps disguise it from its predators, the 
red fox lives in forests, where the red coat blends into 
its surroundings. In the desert, the heat makes it diffi- 
cult for animals to eliminate body heat. The ears of the 
kit fox have evolved to have greater surface area so 
that the fox can more efficiently remove excess body 
heat. The different evolutionary fates of these two 
related animals are determined primarily on the differ- 
ent environmental conditions and adaptation require- 
ments, not on genetic differences. If they were in the 
same environment, it is likely that their ears would not 
have diverged. Divergent evolution is confirmed by 
DNA analysis, by which species that diverged can be 
shown to be genetically similar. 


See also Evolution, convergent; Extinction; Genetics; 
Opportunistic species. 
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l Evolution, evidence of 


That all existing varieties of life have evolved from 
simpler, interrelated ancestors is one of the most sol- 
idly established facts known to modern science, and is 
the basis of all modern biological science. Evidence of 
evolution takes numerous forms, including distribu- 
tion of species (both geographically and through 
time), comparative anatomy, taxonomy, embryology, 
cell biology, molecular biology, vestigial organs and 
genes, DNA patterns, and paleontology (the study of 
fossils). 


The English naturalist Charles Darwin (1809— 
1882) formulated the theory of evolution through nat- 
ural selection in his ground-breaking publication The 
Origin of Species by Means of Natural Selection, (1859). 
The first observations that prompted Darwin to 
become a pioneer of evolutionary thinking were made 
on his journey aboard the HMS Beagle as a naturalist 
(what today would be called a biologist). Prior 
Darwin’s work, most people, including most scientists, 
accepted a literal interpretation of the Biblical account 
of creation, according to which all animals and plants 
were brought into the world suddenly. (Today, this 
view is called creationism.) Darwin himself held this 
view as a young scientist, until he was convinced other- 
wise by his own developing ideas. On his journal 
aboard the Beagle, Darwin made extensive collections 
of the plants and animals that he came across wherever 
the ship stopped, and very soon he started to notice 
patterns within the organisms he studied. 


Similarities emerged between organisms collected 
from widely differing areas. As well as the similarities, 
there were also striking differences. For example, 
mammals are present on all of the major landmasses; 
however, these mammals are different, even in similar 
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habitats. One explanation of this is that in the past 
when the landmasses were joined, mammals spread 
over all of the available land. Subsequently, this land 
moved apart, and the animals became isolated. As 
time passed, adaptive changes guided by natural selec- 
tion occurred separately within each population, alter- 
ing them in divergent ways. This process is known as 
adaptive radiation. From the same basic origin, many 
different forms have evolved. Each environment is 
slightly different, and slightly different forms are bet- 
ter suited to survive. 


The theory of evolution—a “theory” not because 
scientists are uncertain as to whether evolution has 
occurred, but because in scientific jargon any well-estab- 
lished system of explanations is called a “theory”—helps 
us understand why islands in the Galapagos are inhab- 
ited by organisms that are similar to those on the South 
American mainland, and many similar cases around the 
world. The diversity of related species in isolated hab- 
itats, and their relationships to species on nearby con- 
tinents, is a consequence of evolutionary mechanisms 
acting on a small number of common ancestors. 


If it is true that widely separated groups of organ- 
isms have ancestors in common, then such organisms 
should have certain basic structures in common as 
well. The more structures they have in common, the 
more closely related they would presumably be. The 
study of evolutionary relationships based on similar- 
ities and differences in the structural makeup of cer- 
tain species is called comparative anatomy. What 
scientists look for are structures that may serve 
entirely different functions, but are basically similar. 
Such homologous (similar) structures suggest a com- 
mon ancestor. A classic example of this is the penta- 
dactyl (five digits, as in the hand of humans) limb, 
which in modified forms can be seen in all mammals. 


Evolutionary relationships are reflected in taxon- 
omy. Taxonomy is the study of how species can be 
assigned to nested categories based on specific defin- 
ing characteristics. Each level within the taxonomic 
system denotes a greater degree of relatedness to a 
particular the organism if it is closer in the hierarchical 
scheme. Taxonomy predates evolutionary theory, but 
evolutionary evidence from fossils and DNA has 
largely confirmed the taxonomic relationships derived 
from the study of present-day structures. 


In embryology, the developing fetus is studied, and 
similarities with other organisms are observed. For 
example, annelids and mollusks are very dissimilar as 
adults. If, however, the embryo of a ragworm and a 
whelk are studied, one sees that for much of their devel- 
opment they are remarkably similar. Even the larvae of 
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these two species are very much alike. This suggests that 
they both belong to a common ancestor. It is not, how- 
ever, true (as was long believed) that a developing organ- 
ism replays all its evolutionary stages as an embryo. 
There are some similarities with the more conserved 
characteristics, but embryonic development is subject 
to evolutionary pressures as much as other parts of the 
life cycle. Embryology provides strong evidence for evo- 
lution but embryonic development does not preserve a 
simple record of evolutionary history. 


The analysis of developmental stages of various 
related species, particularly involving reproduction sug- 
gests common descent and supports evolution. Sexual 
reproduction in both apes and humans, for example, is 
very similar. Molecular biology also produces evidences 
supporting evolution. Organisms such as fruit flies have 
similar gene sequences that are active in specific times 
during development and these sequences are very sim- 
ilar to sequences in mice and even humans that are 
activated in similar ways during development. 


Even in cell biology, at the level of the individuals 
cell, there is evidence of evolution in that there are 
many similarities that can be observed when compar- 
ing various cells from different organisms. Many 
structures and pathways within the cell are important 
for life. The more important and basic to the function- 
ing of the tissues in which cells contribute, the more 
likely it will be conserved. For example, the DNA code 
(the genetic material in the cell) is the very similar in 
comparing DNA from different organisms. 


In molecular biology, the concept of a molecular 
clock has been suggested. The molecular clock related 
to the average rate in which a gene (or a specific 
sequence of DNA that encodes a protein) or protein 
evolves. Genes evolve at different rates the proteins 
that they encode. This is because gene mutations often 
do not change the protein. But due to mutations, the 
genetic sequence of a species changes over time. The 
more closely related the two species, the more likely 
they will have similar sequences of their genetic mate- 
rial, or DNA sequence. The molecular clock provides 
relationships between organisms and helps identify the 
point of divergence between the two species. Pseudogenes 
are genes that are part of an organism’s DNA but that 
have evolved to no longer have important functions. 
Pseudogenes, therefore, represent another line of evi- 
dence supporting evolution, which is based on con- 
cepts derived from molecular genetics. 


One of the most massive repositories of evidence 
for evolution is the fossil record. Paleontology (the 
study of fossils) provides a record showing that many 
species that are extinct. By techniques such as carbon 
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dating and studying the placement of fossils within the 
ground, an age can be assigned to the fossil. By placing 
fossils together based on their ages, gradual changes in 
form can be identified. Although fossil records are 
incomplete, with many intermediate species missing, 
some sequences of fossils preserve a record of the 
appearance of new species (speciation) and intermedi- 
ate forms between higher taxonomic levels are numer- 
ous. The claim, sometimes made by opponents of 
evolution, that there are no intermediate fossils, is 
incorrect. Careful analysis of habitat, environmental 
factors at various timepoints, characteristics of extinct 
species, and characteristics of species that currently 
exist supports theories of evolution and natural selec- 
tion. Finally, evolution has been observed in the field in 
living species, as in the Grants’ famous studies of 
Darwin’s finches in the Galapagos Islands. The 
Grants tracked whole populations of finches, measur- 
ing the characteristics of every individual bird and 
tracking which birds had offspring. Their data showed 
that natural selection does modify species in the real 
world. There is no fundamental distinction between the 
action of natural selection in slightly modifying finchs’ 
beaks and its action over a longer time in producing the 
more dramatic differences between species. 


See also Evolution, convergent; Evolution, diver- 
gent; Evolution, parallel; Evolutionary mechanisms; 
Extinction; Opportunistic species. 
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[ Evolution, parallel 


Parallel evolution occurs when unrelated organ- 
isms develop the same characteristics or adaptive 
mechanisms due to the nature of their environmental 
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KEY TERMS 


Morphological—relates to the study of differences 
in shape or structure 


Natural selection—The process of differential 
reproduction, in which some phenotypes are better 
suited to life in the current environment. 


Speciation—The divergence of evolutionary line- 
ages, and creation of new species. 


Tympanum—The eardrum. 


conditions. Stated differently, parallel evolution 
occurs when similar environments produce similar 
adaptations. The morphologies (or structural form) 
of two or more lineages evolve together in a similar 
manner in parallel evolution, rather than diverging or 
converging at a particular point in time. 


Parallel evolution is exemplified in the case of the 
tympanal and atympanal mouth-ears in hawkmoths, 
or Sphingidae species. These insects have developed a 
tympanum, or eardrum, similar to humans as a means 
to communicate through sound. Sounds induce vibra- 
tions of a membrane that covers the tympanum, known 
as the tympanic membrane. These vibrations are 
detected by small proteins at the surface of the tym- 
panic membrane called auditory receptors. Within the 
Sphingidae species, two differing subgroups acquired 
hearing capability by developing alterations in their 
mouthparts by a distinctly independent evolutionary 
pathway. 


Investigating the biomechanics of the auditory 
system reveals that only one of these subgroups has 
a tympanum. The other subgroup has developed 
a different mouth-ear structure that does not have 
a typanum, but has a mouth-ear with functional char- 
acteristics essentially the same as the subgroup with 
the tympanum. The evolutionary significance of how 
hearing capabilities developed in parallel in two differ- 
ent subgroups of a species reveals that distinct mech- 
anisms can exist leading to similar functional 
capabilities with differing means for acquiring the 
same functional attribute. For both subgroups, hear- 
ing must have been an important characteristic for the 
species to survive given the environmental conditions. 


Parallel speciation is a type of parallel evolution in 
which reproductive incompatibility in closely related 
populations is determined by traits that independently 
evolve due to adaptation to differing environments. These 
distinct populations are reproductively incompatible 
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and only populations that live in similar environmen- 
tal conditions are less likely to become reproductively 
isolated. In this way, parallel speciation suggests that 
there is good evidence for natural selective pressures 
leading to speciation, especially since reproductive 
incompatibility between to related populations is cor- 
related with differing environmental conditions rather 
than geographical or genetic distances. 


See also Evolution, convergent; Evolution, diver- 
gent; Evolutionary mechanisms; Survival of the fittest. 
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l Evolutionary change, rate of 


Rates of evolution change vary widely, among 
characteristics, and among species. Evolutionary rate 
of change can be estimated by examining fossils and 
species that are related to each other. The rate of 
change is governed partly by the life span of the species 
under examination; species whose individuals have 
short life spans are generally capable of changing 
more quickly than those that have a longer life span 
and reproduce less often. Yet, even short-lived species 
such as bacteria, which have generation times meas- 
ured in minutes, may not manifest noticeable evolu- 
tionary changes in a humans lifetime. 


One technique that has been used to examine the 
rate of evolutionary change is DNA analysis. This 
technology involves identifying the percentage of sim- 
ilarity between samples of DNA from two related 
organisms under study. The greater the similarity, 
the more recently the organisms are considered to 
have diverged from a common ancestor. The informa- 
tion that is obtained in this manner is compared to 
information obtained from other sources such as the 
fossil records and studies in comparative anatomy. 
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There are two competing hypotheses designed to 
describe the rate of evolutionary change. One is called 
the punctuated equilibrium hypothesis. This states 
that there are periods of time in which evolutionary 
change is slow—periods of stasis or equilibrium. These 
are interrupted or punctuated by periods of rapid 
change. Rapid change may occur, for example, when 
a small population is isolated from a larger parent 
population. Most small populations die out, but 
those that survive may be able to evolve more quickly 
because new genes can spread more quickly in a small 
population. If the species recolonizes a wider range, 
its rate of evolutionary change will slows down— 
and the species appears to make an abrupt appearance 
in the fossil record, which is unlikely to preserve any 
given individual and so is weighted toward common 
species. 


The other primary hypothesis is that of gradual 
change. This states that species evolve slowly over 
time. In this hypothesis, the rate of change is slow, 
and species that do not change quickly enough to 
develop traits enabling them to survive will die. On 
this view, the sudden appearance of most species in the 
fossil record is due to the extreme rarity of fossilization 
events. The fossil record is thus like a movie film with 
99% of the frames cut out and only a random selection 
of moments retained. 


Although some species such as the sequoia (red- 
woods) or crocodiles have maintained distinct and 
similar characteristics over millions of years, some 
species such as the cichlids in the African rift lakes 
have rapidly change in appearance over mere thou- 
sands of years. Most evolutionary biologists today 
acknowledge that there is evidence that both gradual 
and sudden evolutionary change occur. The question 
is not which occurs, but which occurs more often, and 
why either dominates in any given case. 


Several factors can influence evolutionary rate. 
For example, there is the mutation rate, the rate at 
which random changes in appear in a species’s DNA. 
Higher mutation rates enable faster evolutionary 
change, in principle. However, in the field mutation 
rates do not seem to have major effects on limiting 
evolution because diversity in morphological evolu- 
tion (evolution of physical characteristics) does not 
correlate well with DNA mutation rates. Yet in some 
special cases, especially in microorganisms, evolution 
rates do depend on mutation rates. A good example is 
the rapid evolution of resistance to antiviral drugs 
by the human immunodeficiency virus (HIV), which 
causes acquired immunodeficiency syndrome (AIDS). 
HIV has a very high mutation rate and allowing any 
virus to survive a course of medications can allow 
survivors of them medication to evolve resistance. 
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This is why it is important for persons with AIDs to 
take their medicine consistently. 


Selective pressure can also influence evolutionary 
rate. Selective pressure can be imagined as the impor- 
tance of a given feature in a given environment. If a 
certain species of bird is accustomed to using fine, 
narrow beaks to extract seeds from a certain bush for 
food, but a drought kills off many of those bushes 
while leaving another kind of bush with large, heavy- 
shelled seeds relatively intact, then there would be 
selective pressure for beaks to become heavier and 
shorter in this group. That is, birds who randomly 
happened to have bills better suited to eating the avail- 
able food would have a better chance of eating well and 
reproducing, so each new generation of birds would be 
descended from these heavier-beaked individuals. This 
form of natural selective pressure has been recorded on 
a painstaking, bird-by-bird basis over years among 
Darwin’s finches in the Galapagos islands. 


Scientists have discovered that some species of 
bacteria and yeast, including the primary bacterium 
of the human digestive system, Escherichia coli, can 
change their mutation rate in response to environmen- 
tal stress. More stressful environments trigger mecha- 
nisms allowing more mutations, which enables faster 
evolution and therefore adaptation of the species to 
the changing environments. In effect, certain species 
turn up the speed control on their own evolution in 
response to environmental factors. 


See also Evolution; Evolutionary mechanisms; 
Extinction; Genetics; Punctuated equilibrium; Survival 
of the fittest. 
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i Evolutionary mechanisms 


Evolution is the process by which new living forms 
arise naturally over long periods of time. Such changes 
are driven by several evolutionary mechanisms. The 
most important is natural selection, which continually 
sifts random genetic changes (mutations) to determine 
which shall be passed on. Although the mutations on 
which selection operates are random, evolution is not; 
contrary to some popular belief, evolution is not the 
theory that life’s complexity arose “by pure chance.” 
Mutation is random, but selection is not. In natural 
selection, specific environmental conditions cause 
some mutations to be favored by allowing some var- 
iants to survive and reproduce more successfully than 
others—a profoundly non-random process. Other 
evolutionary mechanisms include mass extinctions 
and random genetic drift. 


Evolutionary theory is the organizing principle of 
modern biology. It unites all the fields of biology 
under one theoretical umbrella to explain the changes 
in any given gene pool of a population over time. 
Evolutionary theory is a “theory” in the scientific 
usage of the word—that is, it is not tentative or spec- 
ulative, but is a body of well-tested explanations 
embracing a wide variety of phenomena. There is a 
vast abundance of observational and experimental 
data to support the theory and its subtle variations: 
all facts known to modern biology are compatible with 
evolution and explainable in terms knowledge regard- 
ing the origin and history of the universe as a whole. 
There are no currently accepted scientific data that are 
incompatible with the general postulates of evolution- 
ary theory and with the mechanisms of evolution. 
Scientific disputes over the roles of various evolutionary 
mechanisms are due to the fact that all scientific theo- 
ries, no matter how useful, are subject to modification 
when data demand such revision. Evolutionary theory 
is thus a work in progress, open to constant improve- 
ment and tinkering. This is the work that evolutionary 
biologists do. But this does not mean that the overall 
structure of evolutionary biology—the fact that evo- 
lution has happened, and continues to happen—is not 
in doubt, any more than the various disputes among 
astronomers cast doubt on whether Earth goes around 
the sun. 


Fundamental to the modern concept of evolution- 
ary mechanism is that characteristics of living things 
can be inherited, that is, passed on from one genera- 
tion to the next. Although Darwin did not know the 
mechanism of heredity, we know now that the funda- 
mental unit of heredity is the gene. A gene is a section 
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of a DNA (deoxyribonucleic acid) molecule. Some 
genes contain information that can be used to con- 
struct proteins via the cellular processes of transcrip- 
tion and translation. A gene pool is the set of all genes 
in a species or population. Mutation changes genes; 
natural selection allows some mutations to spread 
through gene pools; evolution is the result. 


Evolution requires genetic variation. These varia- 
tions or changes (mutations) can be beneficial, neutral 
or deleterious; deleterious changes will be sifted out by 
natural selection, slowly or rapidly, depending on how 
deleterious they are. Mechanisms that increase genetic 
variation include mutation, recombination, and gene 
flow. 


Mutations generally occur via chromosomal 
mutations, point mutations, frame shifts, and break- 
downs in DNA repair mechanisms. Chromosomal 
mutations include translocations, inversions, dele- 
tions, and chromosome non-disjunction. Point muta- 
tions may be nonsense mutations leading to the early 
termination of protein synthesis, missense mutations 
(a that results an a substitution of one amino acid for 
another in a protein), or silent mutations that cause no 
detectable change. 


Recombination involves the re-assortment of genes 
through new chromosome combinations. Recombi- 
nation occurs via an exchange of DNA between 
homologous chromosomes (crossing over) during 
meiosis. Recombination also includes linkage disequi- 
librium. With linkage disequilibrium, variations of the 
same gene (alleles) occur in combinations in the game- 
tes (sexual reproductive cells) than should occur 
according to the rules of probability. 


Gene flow occurs when individuals change their 
local genetic group by moving from one place to 
another. These migrations allow the introduction of 
new variations of the same gene (alleles) when they 
mate and produce offspring with members of their 
new group. In effect, gene flow acts to increase the 
gene pool in the new group. Because genes are usually 
carried by many members of a large population that 
has undergone random mating for several generations, 
random migrations of individuals away from the pop- 
ulation or group usually do not significantly decrease 
the gene pool of the group left behind. 


In contrast to mechanisms that operate to increase 
genetic variation, there are fewer mechanisms that 
operate to decrease genetic variation. Mechanisms 
that decrease genetic variation include genetic drift 
and natural selection. 


Genetic drift results form the changes in the num- 
bers of different forms of a gene (allelic frequency) that 
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result from sexual reproduction. Genetic drift can 
occur as a result of random mating (random genetic 
drift) or be profoundly affected by geographical bar- 
riers, catastrophic events (e.g., natural disasters or 
wars that significantly affect the reproductive avail- 
ability of selected members of a population), and other 
political-social factors. 


Natural selection is based upon the differences in 
the viability and reproductive success of different gen- 
otypes within a population. When individuals bearing 
a distinct genotype are more successful than others at 
passing on that genotype by having more viable off- 
spring, this is termed differential reproductive success. 
Natural selection can only act on those differences in 
genotype that appear as phenotypic differences that 
affect the ability to produce viable offspring that are, 
in turn, able to produce viable offspring. Evolutionary 
fitness is the success of an entity in reproducing (i.e., 
contributing alleles to the next generation). Stronger 
individuals are not necessarily more successful in evo- 
lution: “survival of the fittest” does not mean survival 
of the most violent or combative. A meek, inconspic- 
uous individual that leaves more viable offspring may 
be more successful in evolutionary terms than a large, 
showy individual. 


There are three basic types of natural selection. 
With directional selection an extreme phenotype is 
favored (e.g., for height or length of neck in giraffe). 
Stabilizing selection occurs when intermediate pheno- 
type is fittest (e.g., neither too high or low a body 
weight) and for this reason it is often referred to a 
normalizing selection. Disruptive selection occurs 
when two extreme phenotypes are fitter that an inter- 
mediate phenotype. 


Natural selection does not act with foresight. 
Rapidly changing environmental conditions can, and 
often do, impose challenges on a species that result in 
extinction. In fact, over 99.9% of all species of animals 
and plants that have ever lived are extinct; extinction 
(generally after about 10 million years) is the fate of 
the typical species. 


In human beings, the operation of natural evolu- 
tionary mechanisms is complicated by geographic, 
ethnic, religious, and social factors. Accordingly, the 
effects of various evolution mechanisms on human 
populations are not as easy to predict. Increasingly 
sophisticated statistical studies are carried out by pop- 
ulation geneticists to characterize changes in the 
human genome. 


See also Chromosome mapping; Evolution, con- 
vergent; Evolution, divergent; Evolution, evidence of; 
Evolution, parallel; Evolutionary change, rate of; 
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Genetic engineering; Genetic testing; Genotype and 
phenotype; Molecular biology. 
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ll Excavation methods 


Excavation methods are the various techniques 
used within archaeology to dig, uncover, identify, proc- 
ess, and record archaeological remains. Archeological 
excavation involves the removal of soil, sediment, or 
rock that covers artifacts or other evidence of human 
activity. Early excavation techniques involved destruc- 
tive random digging and removal of objects with little 
or no location data recorded. Modern excavations 
often involve slow, careful extraction of sediments in 
very thin layers, detailed sifting of sediment samples, 
and exacting measurement and recording of artifact 
location. 


About the time of the American Revolution (dur- 
ing the last half of the eighteenth century), the then- 
future U.S. president Thomas Jefferson began excavat- 
ing Indian burial mounds that had been constructed 
on his property in Virginia. His technique, which was 
to dig trenches and observe the successive strata, or 
layers of soil, anticipated the techniques of modern 
archaeology. 


Between 1880 and 1890, English officer and 
archaeologist Lieutenant-General Augustus Henry 
Lane Fox Pitt-Rivers (1827-1900) initiated the prac- 
tice of total site excavation, with emphasis on stratig- 
raphy and the recording of the position of each object 
found. In 1904, English Egyptologist Sir William 
Matthew Flinders Petrie (1853-1942) established prin- 
ciples of surveying and excavation that emphasized 
the necessity of not damaging the monuments being 
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excavated, of exercising meticulous care when exca- 
vating and collecting artifacts, of conducting detailed 
and accurate surveys, and of publishing the findings as 
soon as possible following the excavation. In the same 
year, archeologists R. Pumpelly and Hubert Schmidt, 
working in Turkestan, had already begun using sifting 
techniques to save small objects, and were recording 
the vertical and horizontal locations of even the small- 
est objects in each cultural layer. 


Today, archeology is still equated with excavation 
in the popular mind. Most sites are no longer fully 
excavated unless they are in danger of destruction 
from building or erosion. Archaeologists leave a por- 
tion of some sites unexcavated to preserve artifacts 
and context for future research. Furthermore, there 
are now many alternatives to excavation for studying 
an archeological site, including surface archeology in 
which surface-exposed artifacts are detected and 
recorded; remote sensing; and the examination of soil 
and plant distributions. These techniques are nondes- 
tructive, and permit the archeologist to easily examine 
large areas. But even today, in almost all archeological 
projects, there comes a time when it is necessary to 
probe beneath the surface to obtain additional infor- 
mation about a site. 


Before any excavation is begun, the site must be 
located. Techniques used to find a site may include 
remote sensing (for example, by aerial photography), 
soil surveys, and walk-through or surface surveys. The 
digging of shovel tests, augured core samples and, less 
commonly, trenches may also be used to locate archaeo- 
logical sites. Soil samples may be collected from vari- 
ous sites and depths to determine whether any buried 
features are present. 


When planning an archeological excavation, 
archeologists often use nondestructive techniques 
such as electrical resistivity meters and magnetometers 
to locate structures and artifacts on the site without 
digging. Soil testing may shed light on settlement pat- 
terns connected with the site. Aerial photography can 
also provide useful information for planning the exca- 
vation. In unobstructed fields, past human occupation 
of an area is evident through visible soil stains left by 
plowing, digging, and construction. 


Before beginning the actual excavation, an arche- 
ologist prepares a topographical map of the site that 
includes such details as roads, buildings, bodies of 
water, and various survey points. This activity allows 
researchers to compare site location with natural land- 
forms or regional terrain to establish settlement pat- 
terns, a theory about where people used to live and 
why they chose to live there. 
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Dinosaur dig site, where it is thought that approximately 10,000 animals were buried by Cretaceous volcanic ash flows. 
(© James L. Amos/Corbis.) 


Prior to excavating the site, a series of physical 
gridlines are placed over it to serve as points of refer- 
ence. In staking out the grid, the archeologist essen- 
tially turns the site into a large piece of graph paper 
that can be used to chart any finds. The site grid is then 
mapped onto a sheet of paper. As objects are discov- 
ered in the course of the excavation, their locations are 
recorded on the site map, photographed in place, and 
catalogued. 


Excavation strategies 


Archeology has undergone radical changes since 
the time when an excavation was simply a mining of 
artifacts. Today, the removal of artifacts requires that 
the spatial relationships and context in which they are 
found be fully documented. 


When an archeologist documents a find, he/she 
considers both vertical and horizontal relationships. 
Vertical relationships may yield information about the 
cultural history of the site, and horizontal relationships, 
about the way the site was used. In vertical excavation, 
the archeologist may use test units to identify and/or 
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remove strata. Many archaeologists excavate sites in 
arbitrary levels, small increments of excavation, paying 
close attention to any changes in soil color or texture to 
identify various strata. In horizontal excavation, the 
archeologist may plow strips along the surface of the 
site to expose any objects lying near the surface. The 
excavation of a site proceeds by these methods until, 
layer by layer, the foundations of the site are uncovered. 
Often, excavation ends when sterile levels, strata with- 
out artifacts, are repeatedly uncovered. 


Conventional excavation tools include, roughly in 
order of decreasing sensitivity, a magnifying glass, tape 
measure, pruning shears, bamboo pick, whiskbroom 
and dustpan, grapefruit knife, trowel, army shovel, 
hand pick, standard pick, shovel, and perhaps in some 
cases, even a bulldozer. Most of the excavation work is 
done with a shovel, but whenever fragile artifacts are 
encountered, the hand trowel becomes the tool of choice. 


Mapping and recording 
Archeologists record spatial information about a 


site with the aid of maps. Measuring tools range from 
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simple tapes and plumb bobs to laser theodolites. The 
accuracy of a map is the degree to which a recorded 
measurement reflects the true value; the precision of 
the map reflects the consistency with which a measure- 
ment can be repeated. 


In the course of an excavation, the archeologist 
carefully evaluates the sequential order that processes 
such as the collapse of buildings or the digging of pits 
contribute to the formation of a site. In addition, the 
archeologist typically notes such details as soil color 
and texture, and the presence and size of any stones. 


The way the research proceeds at the site will 
depend on the goal of the excavation. If the purpose 
of the excavation is to document the placement of all 
retrieved artifacts and fragments for the purpose of 
piecing broken objects back together, the level of 
recording field data will be much finer than if the 
goal is simply to retrieve large objects. In cases where 
the goal of the site research is, for example, to recover 
flakes and chips of worked stone, digging at the site 
typically involves a trowel and whisk broom, and 
almost always, screening or sifting techniques. One- 
quarter-inch (6 mm) screens are usually fine enough 
for the recovery of most bones and artifacts, but finer 
meshes may be used in the recovery of seeds, small 
bones, and chipping debris. When a screen is used, 
shovels full of soil are thrown against or on the screen 
so that the dirt sifts through it, leaving any artifacts 
behind. 


Another technique frequently utilized in the 
recovery of artifacts is water-screening. By using a 
water pump to hose down the material to be screened, 
the process of recovery is sped up and the loss of 
objects that might be missed or damaged in the course 
of being dry-screened can be avoided. A drawback in 
using this recovery technique is that it generates large 
quantities of mud that may cause environmental dam- 
age 1f dumped into a stream. 


Elaborate flotation techniques may be used to 
recover artifacts, seeds, small bones, and the remains 
of charred plant material. In these techniques, debris 
from the site is placed in a container of pure or chemi- 
cally treated water. The container is then shaken, 
causing small objects to float to the surface where 
they can be recovered. Archeologists have developed 
elaborate modifications of this technique, some 
involving multiple trays for the sorting of objects, to 
facilitate the recovery of artifacts. Many of these arti- 
facts are analyzed under a microscope to look for clues 
about manufacture and use. The smallest artifacts, 
microartifacts such as pollen and seeds, require the 
use of a microscope for simple identification. 
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Electrical resistivity—A remote sensing technique 
that determines the character of subsurface sedi- 
ments or the presence of objects based on varia- 
tions in the resistance to an electrical current 
passing through the subsurface. 
Magnetometer—An instrument designed to meas- 
ure the strength of a magnetic field; magnetometers 
detect the presence of metallic objects that distort 
Earth’s magnetic field. 

Stratigraphy—tThe study of layers of rock or soil, 
based on the assumption that the oldest material 
will usually be found at the bottom of a sequence. 
Theodolite—An optical instrument consisting of a 
small telescope used to measure angles in survey- 
ing, meteorology, and navigation. 

Topographic map—A map illustrating the eleva- 
tion or depth of the land surface using lines of 
equal elevation; also known as a contour map. 


Prior to being sent to the laboratory for processing, 
artifacts are placed in a bag that is labeled with a code 
indicating where and in which stratigraphic layer the 
artifacts were found. All relevant information about an 
artifact is recorded in the field notes for the site. 


Publication of findings 


Because excavation permanently destroys at least 
a portion of a site as a source of archeological data for 
future generations, it is essential that the results of an 
excavation be promptly published in a form that is 
readily accessible. Current practice is to publish only 
portions of the complete field report, which is based on 
analyses of physical, biological, stratigraphic, and 
chronological data. But many archeologists are of 
the opinion that the public, which is widely viewed as 
having collective ownership of all matters relating to 
the past, has a right to view even unpublished field 
records and reports about a site. 


See also Archaeological mapping; Artifacts and 
artifact classification. 
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tl Exclusion principle, Pauli 


The Pauli exclusion principle, in physics, states 
that no two electrons in the same atom can have the 
same set of quantum numbers; that is, cannot simulta- 
neously occupy the same energy (quantum) state of an 
atom. The principle was first stated by Austrian-Swiss 
mathematician and theoretical physicist Wolfgang 
Pauli (1900-1958) in 1925. He received the Nobel 
Prize in physics in 1945 for his work. The fundamental 
principle is also used in chemistry, where it helps to 
explain the trends seen in elements of the periodic 
table. 


Historical background 


The 1920s were a decade of enormous upheaval 
in atomic physics. Danish physicist Niels Bohr’s 
(1885-1962) model of the atom, proposed in 1913, 
had been a historic breakthrough in scientists’ attempts 
to understand the nature of matter. But even from the 
outset, it was obvious that the Bohr model was inad- 
equate to explain the fine points of atomic structure. 


In some ways, the most important contribution 
made by Bohr was his suggestion that electrons can 
appear in only specific locations outside the atomic 
nucleus. These locations were designated as shells and 
were assigned integral quantum numbers beginning 
with 1. Electrons in the first shell were assigned the 
quantum number 1, those in the second orbit, the 
quantum number 2, those in the third shell, quantum 
number 3, and so on. 
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Eventually it became evident to scientists that 
additional quantum numbers would be needed to 
fully describe an electron in its orbit around the atomic 
nucleus. For example, German physicist and mathe- 
matician Arnold Sommerfeld (1868-1951) announced 
in 1915 that electrons traveled not in circles, but in 
ellipses around an atomic nucleus. The eccentricity of 
the elliptical orbit could be expressed, Sommerfeld 
said, by a second quantum number. By the mid- 
1920s, two additional quantum numbers, one defining 
the magnetic characteristics of an electron and one 
defining its spin, had been adopted. 


The exclusion principle 


In the early 1920s, Pauli reached an important 
insight about the nature of an electron’s quantum 
numbers. Suppose, Pauli said, that an atom contains 
eight electrons. Then it should be impossible, he pre- 
dicted, for any two of those electrons to have exactly 
the same set of quantum numbers. 


As an example, consider an electron in the first 
orbit. All first-orbit electrons have a primary quantum 
number of 1. Then, mathematical rules determine the 
quantum numbers that are possible for any given pri- 
mary quantum number. For example, Sommerfeld’s 
secondary quantum number can be any integer (whole 
number) from 0 to one less than the primary quantum 
number, or, / = 0 — n- 1. For an electron in the first 
shell (n = 1), / can only be 0. The third quantum 
number can have values that range from +1 to -l. In 
this example, the third quantum number must also be 
0. Finally, the fourth quantum number represents the 
spin of the electron on its own axis and can have values 
only of + 1/2 or -1/2. 


What Pauli’s exclusion principle says about this 
situation is that there can be no more than two elec- 
trons in the first shell. One has quantum numbers of 
1,0, 0, + 1/2 and the other, of 1, 0, 0, -1/2. 


More variety is available for electrons in the sec- 
ond shell. Electrons in this shell have quantum number 
2 (for second shell). Mathematically, then, the secon- 
dary quantum number can be either 1 or 0, providing 
more options for the value of the magnetic quantum 
number (+ 1,0, or-1). If one writes out all possible sets 
of quantum numbers of the second shell, eight combi- 
nations are obtained. They are as follows: 


7-41, Ao 
2, 1,0, +1/2 
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2, 1,0, -1/2 


ag es ees Ee) 
o 0,0; +12 
2, 0, 0, -1/2 


Electronic configurations 


The Pauli exclusion principle is more than an 
intellectual game by which quantum number sets can 
be worked out for individual electrons. Beyond that, 
the principle allows one to determine the electronic 
configuration—the way the electrons are arranged— 
within any given atom. It shows that for an electron 
with 15 electrons, for example, two and only two can 
occupy the first shell, eight more (and only eight more) 
can occupy the second, leaving five electrons in a third 
shell. 


The exclusion principle also demonstrates that, as 
with an onion, there are layers within layers. In the 
third shell of an atom, for example, there are three sub- 
divisions, known as orbitals. One orbital has the sec- 
ondary quantum number of 0, one has the secondary 
quantum number of 1, and one, the secondary quan- 
tum number 2. 


Rationalizing the periodic law 


For more than half a century, chemists had known 
that the chemical elements display a regular pattern of 
properties, a discovery originally announced as the 
periodic law by Russian chemist Dmitri Mendeleev 
(1834-1907) in about 1869. The Pauli exclusion prin- 
ciple provided important theoretical support for the 
periodic law. When a chart is made showing the elec- 
tronic configuration of all the elements, an interesting 
pattern results. The elements have one, two, three, 
four (and so on) electrons in their outermost orbital 
in a regular and repeating pattern. All elements with 
one electron in their outermost orbital, for example, 
occur in column one of Mendeleev’s periodic table. 
They have similar chemical and physical properties, it 
turns out, because they have similar electronic 
configurations. 
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Electronic configuration—The arrangement of elec- 
trons in an atom. 


Orbital—A group of electrons in an atom that all 
have the same primary and secondary quantum 
numbers. 


Periodic law—A statement that the physical and 
chemical properties of the chemical elements 
repeat themselves according to an orderly and peri- 
odic pattern. 


Shell—A group of electrons in an atom that all have 
the same primary quantum number. 


Young, Hugh D. Sears and Zemansky’s University Physics. 
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f Excretory system 


The excretory system removes cellular wastes and 
helps maintain the salt and water balances in an organ- 
ism. In providing these functions, excretion contrib- 
utes to the body’s homeostasis, the maintenance of 
constancy of the internal environment. When cells 
break down proteins, they produce nitrogenous wastes, 
such as urea. The excretory system serves to remove 
these nitrogenous waste products, as well as excess salts 
and water, from the body. 


When cells break down carbohydrates during cel- 
lular respiration, they produce water and carbon diox- 
ide as a waste product. The respiratory system gets rid 
of carbon dioxide every time we exhale. The digestive 
system removes feces, the solid undigested wastes of 
digestion, by a process called elimination or defeca- 
tion. Organisms living in fresh and saltwater have to 
adjust to the salt concentration of their aqueous envi- 
ronment, and terrestrial animals face the danger of 
drying out. It is the job of the excretory system to 
balance salt and water levels in addition to removing 
wastes. 


Different organisms have evolved a number of 
organs for waste removal. Protozoans, such as 
paramecium, have specialized excretory structures; 
flatworms, which lack a circulatory system, have a 
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simple excretory organ; earthworms, grasshoppers, 
and humans, have evolved an excretory system that 
works with the circulatory system. 


Nitrogenous wastes 


Nitrogenous waste products have their origin in 
the breakdown of proteins by cells. Cells catabolize 
amino acids to obtain energy. The first step of this 
process is deamination. During deamination, enzymes 
remove the amino group as ammonia (NH3). Ammonia 
is toxic, even at low concentrations, and requires large 
amounts of water to flush it out of the body. Many 
animals, including humans, create a less poisonous sub- 
stance, urea, by combining ammonia with carbon diox- 
ide. An animal can retain urea for some time before 
excreting it, but it requires water to remove it from the 
body as urine. Birds, insects, land snails, and most 
reptiles convert ammonia into an insoluble substance, 
uric acid. This way, water is not required water to 
remove urea from the body. This method of ammonia 
excretion is particularly advantageous for these animals, 
since they all lay eggs. If the embryo excreted ammonia 
inside the egg, it would rapidly poison its environment. 
Even urea would be dangerous. However, uric acid in 
solid form is a safe way to store nitrogenous wastes in 
the egg. 


Excretion by organisms living in water 


Some one-celled and simple multicellular aquatic 
organisms have no excretory organs; nitrogenous 
wastes simply diffuse across the cell membrane 
into the aqueous environment. In others, paramecium 
for example, a specialized organelle, the contractile 
vacuole, aids in excretion by expelling excess water 
and some nitrogenous waste. In freshwater, the inside 
of cells has a higher concentration of salt than the 
surrounding water, and water constantly enters the 
cell by osmosis. Radiating canals in paramecium col- 
lect excess water from the cell and deposit it in the 
contractile vacuole, which squeezes it out through a 
pore on the surface. This process requires energy sup- 
plied by ATP produced in the cell’s mitochondria. 


Saltwater-dwelling animals must survive in water 
that is has a higher salt concentration than in cells and 
body fluids. These animals run the risk of losing too 
much body water by osmosis or taking in too much 
salt by diffusion. Several adaptations protect them. 
The skin and scales of marine fish are relatively imper- 
meable to saltwater. In addition, the salts in the water 
they continually drink are excreted by special cells in 
their gills. In fact, marine fish excrete most of their 
nitrogenous waste as ammonia through the gills and 
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only a little as urea, which conserves water. Sharks and 
other cartilaginous fish, on the other hand, store large 
amounts of urea in their blood. As a result, the con- 
centration of their blood is slightly greater than the 
surrounding seawater, and water does not enter by 
osmosis. Special cells in the rectal gland of these fish 
excrete whatever excess salt does enter the system. 


Excretion by land animals 


As in aquatic animals, the excretory system in land 
animals removes nitrogenous waste and helps establish 
a balance between salt and water in the body. Terrestrial 
animals, however, also run the risk of drying out by 
evaporation from the body surface and the lungs. The 
elimination of feces and the excretion of urine also 
bring about water loss. Drinking, foods containing 
large amounts of water, and producing water during 
cellular respiration help overcome the loss. Animals 
that produce uric acid need less water than those 
excreting urine. Flame cells in flatworms, the nephri- 
dia in segmented worms, Malpighian tubules in 
insects, and kidneys in vertebrates are all examples of 
excretory systems. 


Planarians and other flatworms have an excretory 
system that consists of two or more longitudinal 
branching tubules that run the length of the body. 
The tubules open to the outside of the animal through 
holes or pores in the surface. The tubules end in flame 
cells, bulb-shaped cells that contain cilia. The cilia 
create currents that move water and wastes through 
the canals and out the pores. Flatworms lack a circu- 
latory system, so their flame cells excretory system 
picks up wastes directly from the body tissues. 


The cells of segmented worms, such as earth- 
worms, produce urea that is excreted through long 
tubules called nephridia, that work in conjunction 
with the earthworm’s circulatory system. Almost 
every segment of the earthworm’s body contains a 
pair of nephridia. A nephridium consists of a ciliated 
funnel, a coiled tubule, an enlarged bladder, and 
a pore. The ciliated funnel collects wastes from the 
tissue fluid. The wastes travel from the funnel through 
the coiled tubule. Additional wastes from blood in the 
earthworm’s capillaries enter the coiled tubule 
through its walls. Some of the water in the tubule is 
reabsorbed into the earthworm’s blood. A bladder at 
the end of the nephridium stores the collected wastes. 
Finally the bladder expels the nitrogenous wastes 
through the pore to the outside. 


Malpighian tubules are excretory organs that 
operate in association with the open circulatory sys- 
tem of grasshoppers and other insects. They consist 
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of outpocketings of the digestive system where the 
midgut attaches to the hindgut. Blood in the open 
sinuses of the grasshoppers’ body surrounds the 
Malpighian tubules. The ends of the tubules absorb 
fluid from the blood. As the fluid moves through the 
tubules, uric acid is precipitated. A lot of the water and 
other salts are reabsorbed into the grasshopper’s 
blood. The remaining fluid plus uric acid passes out 
of the Malpighian tubule and enters the gut. Water is 
reabsorbed from the digestive tract. Finally, the uric 
acid is eliminated from the rectum as a dry mass. 


The vertebrate excretory system works with circu- 
latory system to remove wastes and water from blood, 
and convert them to urine. The urine is stored in a 
urinary bladder before it is expelled from the body. 
Kidneys are the main organs of excretion in verte- 
brates. Within the kidneys, working units called neph- 
rons take in the liquid portion of the blood, filter out 
impurities, and return necessary substances to the 
blood stream. The remaining waste-containing por- 
tion is converted to urine and expelled from the body. 


Excretion in humans 


The main excretory system in humans its the uri- 
nary system. The skin also acts as an organ of excre- 
tion by removing water and small amounts of urea and 
salts (as sweat). The urinary system includes a pair of 
bean-shaped kidneys located in the back of the 
abdominal cavity. Each day, the kidneys filter about 
162 quarts (180 L) of blood, enough to fill a bathtub. 
They remove urea, toxins, medications, and excess 
ions and form urine. The kidneys also balance water 
and salts as well as acids and bases. At the same time, 
they return needed substances to the blood. Of the 
total liquid processed, about 1.3 quarts (1.5 L) leaves 
the body as urine. 


The size of an adult kidney is approximately 4 
inches (10 cm) long and 2 inches (5 cm) wide. Urine 
leaves the kidneys in tubes at the hilus, a notch that 
occurs at the center of the concave edge. Blood vessels, 
lymph vessels, and nerves enter and leave the kidneys 
at the hilus. If we cut into a kidney, we see that the 
hilus leads into a space known as the renal sinus. We 
also observe two distinct kidney layers. There is the 
renal cortex, an outer reddish layer, and the renal 
medulla, a reddish brown layer. Within the kidneys, 
nephrons clear the blood of wastes, create urine, and 
deliver urine to a tube called a ureter, which carries the 
urine to the bladder. The urinary bladder is a hollow 
muscular structure that is collapsed when empty and 
pear-shaped and distended when full. The urinary 
bladder then empties urine into the urethra, a duct 
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leading to outside the body. A sphincter muscle con- 
trols the flow of urine between the urinary bladder and 
the urethra. 


Each kidney contains over one million nephrons, 
each of which consists of a tuft of capillaries sur- 
rounded by a capsule on top of a curving tube. The 
tuft of capillaries is called a glomerulus. Its capsule is 
cup-shaped and is known as Bowman’s capsule. The 
glomerulus and Bowman’s capsule form the top of a 
tube, the renal tubule. Blood vessels surround the 
renal tubule, and urine forms in it. The renal tubules 
of many nephrons join in collecting tubules, which in 
turn merge into larger tubes and empty their urine into 
the ureters in the renal sinus. The ureters exit the 
kidney at the hilus. 


The job of clearing the blood of wastes in the 
nephrons occurs in three stages: filtration, reabsorp- 
tion, and tubular secretion. 


1. The first stage in clearing the blood is filtration, 
the passage of a liquid through a filter to remove 
impurities. Filtration occurs in the glomeruli. Blood 
pressure forces plasma, the liquid portion of the blood, 
through the capillary walls in the glomerulus. The 
plasma contains water, glucose, amino acids, and 
urea. Blood cells and proteins are too large to pass 
through the wall, so they stay in the blood. The fluid, 
now called filtrate, collects in the capsule and enters 
the renal tubule. 


2. During reabsorption, which occurs in the renal 
tubules, needed substances in the filtrate travel back 
into the bloodstream. Then glucose and other 
nutrients, water, and essential ions materials pass out 
of the renal tubules and enter the surrounding capil- 
laries. Normally 100% of glucose is reabsorbed. 
(Glucose detected in the urine is a sign of diabetes 
mellitus—too much sugar in the blood due to a lack 
of insulin.) Reabsorption involves both diffusion and 
active transport, which uses energy in the form of 
ATP. The waste-containing fluid that remains after 
reabsorption is urine. 


3. Tubular secretion is the passage of certain sub- 
stances out of the capillaries directly into the renal 
tubules. Tubular secretion is another way of getting 
waste materials into the urine. For example, drugs 
such as penicillin and phenobarbital are secreted into 
the renal tubules from the capillaries. Urea and uric 
acid that may have been reabsorbed are secreted. 
Excess potassium ions are also secreted into the 
urine. Tubular secretions also maintain the pH of the 
blood. 


The volume of the urine varies according to need. 
Antidiuretic hormone (ADH), released by the posterior 
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pituitary gland, controls the volume of urine. The 
amount of ADH in the bloodstream varies inversely 
with the volume of urine produced. If we perspire a lot 
or fail to drink enough water, special nerve cells in 
the hypothalamus, called osmoreceptors, detect the 
low water concentration in the blood. They then signal 
neurosecretory cells in the hypothalamus to produce 
ADH, which is transmitted to the posterior pituitary 
gland and released into the blood, where it travels 
to the renal tubules. With ADH present, the kidney 
tubules reabsorb more water from the urine and return 
it to the blood, and the volume of urine is reduced. 
If we take in too much water, on the other hand, 
the osmoreceptors detect the overhydration and inhibit 
the production of ADH. Reabsorption of water is 
reduced, and the volume of urine is increased. 
Alcohol inhibits ADH production and _ therefore 
increases the output of urine. 


The liver also plays an important role in excretion. 
This organ removes ammonia and converts it into less 
toxic urea. The liver also chemically changes and fil- 
ters out certain drugs such as penicillin and erythro- 
mycin. These substances are then picked up by the 
blood and transported to the kidneys, where they are 
put into the excretory system. 


The urinary system must function properly to 
ensure good health. During a physical examination, 
the physician frequently performs a urinalysis. Urine 
testing can reveal diseases such as diabetes mellitus, 
urinary tract infections, kidney stones, and renal dis- 
ease. Urography, taking x rays of the urinary system, 
also helps diagnose urinary problems. In this procedure, 
an opaque dye is introduced into the urinary struc- 
tures so that they show up in the x rays. Ultrasound 
scanning is another diagnostic tool. It uses high fre- 
quency sound waves to produce an image of the kid- 
neys. Biopsies, samples of kidney tissue obtained in a 
hollow needle, are also useful in diagnosing kidney 
disease. 


Disorders of the urinary tract include urinary 
tract infections (UTI). An example is cystitis, a disease 
in which bacteria infect the urinary bladder, causing 
inflammation. Most UTIs are treated with antibiotics. 
Sometimes kidney stones (solid salt crystals) form in 
the urinary tract. They can obstruct the urinary pas- 
sages and cause severe pain and bleeding. If they do 
not pass out of the body naturally, the physician may 
use shockwave treatment focused on the stone to dis- 
integrate it. Physicians also use surgery to remove 
kidney stones. 


Renal failure is a condition in which the kidneys 
lose the ability to function. Nitrogenous wastes build 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Filtration—Kidney function in which the fluid por- 
tion of the blood leaves the blood vessels and enters 
the urinary system. 


Hemodialysis—Process of separating wastes from 
the blood by passage through a semipermeable 
membrane. 


Nephron—Working unit of the kidney. 


Reabsorption—Kidney function in which neces- 
sary materials are removed from the filtrate and 
returned to the blood. 


Secretion—Kidney function in which materials are 
transported directly into the renal tubules from the 
capillaries. 


up in the blood, the pH drops, and urine production 
slows down. If left unchecked, this condition can result 
in death. In chronic renal failure, the urinary system 
declines, causing permanent loss of kidney function. 


Hemodialysis and kidney transplant are two 
methods of helping chronic renal failure. In hemodial- 
ysis, an artificial kidney device cleans the blood of 
wastes and adjusts the composition of ions. During 
the procedure, blood is taken out of the radial artery in 
the patient’s arm. It then passes through dialysis tub- 
ing, which is selectively permeable. The tubing is 
immersed in a solution. As the blood passes through 
the tubing, wastes pass out of the tubing and into the 
surrounding solution. The cleansed blood returns to 
the body. Kidney transplants also help chronic kidney 
failure. In this procedure, a surgeon replaces a dis- 
eased kidney with a closely matched donor kidney. 
Although about 23,000 people in the United States 
wait for donor kidneys each year, fewer than 8,000 
receive them. Current research aims to develop new 
drugs to help kidney failure better dialysis membranes 
for the artificial kidney. 


See also Transplant, surgical. 


Resources 


BOOKS 


Guyton & Hall. Textbook of Medical Physiology 10th ed. 
New York: W. B. Saunders Company, 2000. 

Marieb, Elaine Nicpon. Human Anatomy & Physiology. Sth 
ed. San Francisco: Benjamin/Cummings, 2000. 

Schrier, Robert W., ed. Renal and Electrolyte Disorders. 
Boston: Little, Brown, 1992. 


1669 


wia}sks A10}919XJ 


Exercise 


OTHER 

Estrella Mountain Community College. “The Excretory 
System” <http://www.emc.maricopa.edu/faculty/fara 
bee/BIOBK/BioBookEXCRET.html> (accessed 
November 24, 2006). 

Osmoregulation. Video. Princeton, NJ: Films for the 
Humanities and Sciences, 1995. 

University of Cincinnati, Clermont College. “Ecretory/ 
Urinary System” <http://biology.clc.uc.edu/courses/ 
bio105/kidney.htm> (accessed November 24, 2006). 


Bernice Essenfeld 


t Exercise 


By definition, exercise is physical activity that is 
planned, structured, and repetitive for the purpose of 
conditioning any part of the body. Exercise is utilized 
to improve health, maintain fitness, and is important 
as a means of physical rehabilitation. 


Exercise is used in preventing or treating coronary 
heartdisease, osteoporosis, weakness, diabetes, obe- 
sity, and depression. Range of motion is one aspect 
of exercise important for increasing or maintaining 
joint function. Strengthening exercises provide appro- 
priate resistance to the muscles to increase endurance 
and strength. Cardiac rehabilitation exercises are 
developed and individualized to improve the cardio- 
vascular system for prevention and rehabilitation of 
cardiac disorders and diseases. A well-balanced exer- 
cise program can improve general health, build endur- 
ance, and delay many of the effects of aging. The 
benefits of exercise not only extend into the areas of 
physical health, but also enhance emotional well- 
being. 


In the United States, over 60% of people do not 
exercise on a regular basis. About 25% of Americans 
do not exercise at all. Only about 23% of Americans 
exercise on a regular basis (generally considered at least 
30 minutes, five days a week). Generally, men are more 
active than women; but both sexes become less active 
as they age. Students in high school, on average, only 
exercise for 20 minutes a day. Obese people exercise 
less, in general, than non-obese persons. 


Precautions 


Before beginning any exercise program, evaluation 
by a physician is recommended to rule out any poten- 
tial health risks. Once health and fitness are deter- 
mined, and any or all physical restrictions identified, 
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the individual’s exercise program should be under the 
supervision of a health care professional. This is espe- 
cially the case when exercise is used as a form of reha- 
bilitation. If symptoms of dizziness, nausea, excessive 
shortness of breath, or chest pain are present during 
any exercise program, the individual should stop the 
activity and inform the physician about these symp- 
toms before resuming activity. Exercise equipment 
must be checked to determine if it can bear the weight 
of people of all sizes and shapes. 


Description 
Range of motion exercise 


Range of motion exercise refers to activity whose 
goal is improving movement of a specific joint. This 
motion is influenced by several structures: configura- 
tion of bone surfaces within the joint, joint capsule, 
ligaments, and muscles and tendons acting on the 
joint. There are three types of range of motion exer- 
cises: passive, active, and active assists. Passive range 
of motion is movement applied to the joint solely by 
another person or persons or a passive motion 
machine. When passive range of motion is applied, 
the joint of the individual receiving exercise is com- 
pletely relaxed while the outside force takes the body 
part, such as a leg or arm, throughout the available 
range. Injury, surgery, or immobilization of a joint 
may affect the normal joint range of motion. Active 
range of motion is movement of the joint provided 
entirely by the individual performing the exercise. In 
this case, there is no outside force aiding in the move- 
ment. Active assist range of motion is described as the 
joint receiving partial assistance from an outside force. 
This range of motion may result from the majority of 
motion applied by the exerciser or by the person or 
persons assisting the individual. It may also be a half- 
and-half effort on the joint from each source. 


Strengthening exercise 


Strengthening exercise increases muscle strength 
and mass, bone strength, and the body’s metabolism. 
It can help attain and maintain proper weight and 
improve body image and self-esteem. A certain level 
of muscle strength is needed to do daily activities, such 
as walking, running and climbing stairs. Strengthening 
exercises increase this muscle strength by putting more 
strain on a muscle than it is normally accustomed to 
receiving. This increased load stimulates the growth of 
proteins inside each muscle cell that allow the muscle 
as a whole to contract. There is evidence indicating 
that strength training may be better than aerobic exer- 
cise alone for improving self-esteem and body image. 
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Weight training allows one immediate feedback, 
through observation of progress in muscle growth 
and improved muscle tone. Strengthening exercise 
can take the form of isometric, isotonic, and isokinetic 
strengthening. 


Isometric exercise 


During isometric exercises muscles contract, how- 
ever there is no motion in the affected joints. The 
muscle fibers maintain a constant length throughout 
the entire contraction. The exercises are usually per- 
formed against an immovable surface or object such as 
pressing the hand against the wall. The muscles of the 
arm are contracting but the wall is not reacting or 
moving as a result of the physical effort. Isometric 
training is effective for developing total strength of a 
particular muscle or group of muscles. It is often used 
for rehabilitation since the exact area of muscle weak- 
ness can be isolated and strengthening can be admin- 
istered at the proper joint angle. This kind of training 
can provide a relatively quick and convenient method 
for overloading and strengthening muscles without 
any special equipment and with little chance of injury. 


Isotonic exercise 


Isotonic exercise differs from isometric exercise in 
that there is movement of the joint during the muscle 
contraction. A classic example of an isotonic exercise 
is weight training with dumbbells and barbells. As the 
weight is lifted throughout the range of motion, the 
muscle shortens and lengthens. Calisthenics are also 
an example of isotonic exercise. These would include 
chin-ups, push-ups, and sit-ups, all of which use body 
weight as the resistance force. 


Isokinetic exercise 


Isokinetic exercise utilizes machines that control 
the speed of contraction within the range of motion. 
Isokinetic exercise attempts to combine the best fea- 
tures of both isometrics and weight training. It pro- 
vides muscular overload at a constant preset speed 
while the muscle mobilizes its force through the full 
range of motion. For example, an isokinetic stationary 
bicycle set at 90 revolutions per minute means that 
despite how hard and fast the exerciser works, the 
isokinetic properties of the bicycle will allow the exer- 
ciser to pedal only as fast as 90 revolutions per minute. 
Machines known as Cybex and Biodex provide isoki- 
netic results; they are generally used by physical thera- 
pists and are not readily available to the general 
population. 
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Cardiac rehabilitation 


Exercise can be very helpful in prevention and 
rehabilitation of cardiac disorders and disease. With 
an individually designed exercise program, set at a 
level considered safe for that individual, heart failure 
patients can improve their fitness levels substantially. 
The greatest benefit occurs as the muscles improve the 
efficiency of their oxygen use, which reduces the need 
for the heart to pump as much blood. While such 
exercise does not appear to improve the condition of 
the heart itself, the increased fitness level reduces the 
total workload of the heart. The related increase in 
endurance should also translate into a generally more 
active lifestyle. Endurance or aerobic routines, such 
as running, brisk walking, cycling, or swimming, 
increase the strength and efficiency of the muscles of 
the heart. 


Preparation 


A physical examination by a physician is impor- 
tant to determine if strenuous exercise is appropriate 
or detrimental for the individual. Prior to the exercise 
program, proper stretching is important to prevent the 
possibility of soft tissue injury resulting from tight 
muscles, tendons, ligaments, and other joint related 
structures. 


Aftercare 


Proper cool down after exercise is important in 
reducing the occurrence of painful muscle spasms. It 
has been documented that proper cool down may also 
decrease frequency and intensity of muscle stiffness 
the day following any exercise program. 


Risks 


Improper warm up can lead to muscle strains. 
Overexertion with not enough time between exercise 
sessions to recuperate can also lead to muscle strains, 
resulting in inactivity due to pain. Stress fractures are 
also a possibility if activities are strenuous over long 
periods of time without proper rest. Although exercise 
is safe for the majority of children and adults, there is 
still a need for further studies to identify potential 
risks. 


Significant health benefits are obtained by includ- 
ing a moderate amount of physical exercise in the form 
of an exercise prescription. This is much like a drug 
prescription in that it also helps enhance the health of 
those who take it in the proper dosage. Physical activ- 
ity plays a positive role in preventing disease and 


1671 


9SIDIIXJ 


Exocrine glands 


KEY TERMS 


Aerobic—Exercise training that is geared to pro- 
vide a sufficient cardiovascular overload to stimu- 
late increases in cardiac output. 


Calisthenics—Exercise involving free movement 
without the aid of equipment. 


Endurance—tThe time limit of a person’s ability to 
maintain either a specific force or power involving 
muscular contractions. 


Osteoporosis—A disorder characterized by loss of 
calcium in the bone, leading to thinning of the 
bones. It occurs most frequently in postmenopausal 
women. 


improving overall health status. People of all ages, 
both male and female, benefit from regular physical 
activity. Regular exercise also provides significant psy- 
chological benefits and improves quality of life. 


There is a possibility of exercise burnout if the 
exercise program is not varied and adequate rest peri- 
ods are not taken between exercise sessions. Muscle, 
joint, and cardiac disorders have been noted with 
people who exercise, however, they often have had 
preexisting and underlying illnesses. 


To improve overall health, medical professionals 
recommend that all people get at least 30 minutes of 
moderate physical activity on all or at least on most 
days of the week. Examples of moderate exercise 
include brisk walking, bicycling, swimming, playing 
tennis, and performing yard work. Shorter exercise 
periods can be substituted for one 30-minute 
period, but a exercise period should last at least ten 
minutes. 
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l Exocrine glands 


Glands in the human body are classified as exo- 
crine or endocrine. The secretions of exocrine glands 
are released through ducts onto an organ’s surface, 
while those of endocrine glands are released directly 
into the blood. The secretions of both types of glands 
are carefully regulated by the body. The pancreas is 
both an exocrine gland and endocrine gland; it produ- 
ces digestive enzymes that are released into the intes- 
tine via the pancreatic duct, and it produces hormones, 
such as insulin and glucagon, which are released from 
the islets of Langerhans directly into the bloodstream. 


Exocrine glands are made up of glandular epithelial 
tissue arranged in single or multilayered sheets. 
Exocrine gland tissue does not have blood vessels run- 
ning through it; the cells are nourished by vessels in the 
connective tissue to which the glands are attached. 
Gland cells communicate with each other and nerves 
via channels of communication, which run through the 
tissue. Exocrine gland secretions include saliva, perspi- 
ration, oil, earwax, milk, mucus, and digestive enzymes. 


Structural classification 


Exocrine glands have two structural classifications: 
unicellular (one cell layer) and multicellular (many cell 
layers). Goblet cells are unicellular exocrine glands; so 
named for their shape, these glands secrete mucus and are 
found in the epithelial lining of the respiratory, urinary, 
digestive, and reproductive systems. Multicellular exo- 
crine glands are classified by their shape of secretory 
parts and by the arrangement of their ducts. A gland 
with one duct is a “simple,” whereas a gland with a 
branched duct is a “compounc” gland. The secretory 
portions of simple glands can be straight tubular, coiled 
tubular, acinar, or alveolar (flasklike). The secretory 
portions of compound glands can be tubular, acinar, or 
a combination: tubulo-acinar. 


Functional classification 


Exocrine glands can also be classified according to 
how they secrete their products. There are three catego- 
ries of functional classification: holocrine glands, mero- 
crine (or eccrine) glands, and apocrine glands. Holocrine 
glands accumulate their secretions in each cell’s cyto- 
plasm and release the whole cell into the duct. This 
destroys the cell, which is replaced by a new growth cell. 
Most exocrine glands are merocrine (or eccrine) glands. 
Here, the gland cells produce their secretions and release 
it into the duct, causing no damage to the cell. The 
secretions of apocrine cells accumulate in one part of 
the cell, called the apical region. This part breaks off 
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KEY TERMS 


Duct—A tube-like passage for secretions and 
excretions. 

Epithelial tissue—Tissue that forms glands, the 
outer layer of the skin, which lines blood vessels, 
hollow organs, and body passageways. 


Interstitial—Interspaces of a tissue. 


from the rest of the cell along with some cytoplasm, 
releasing its product into the duct. The cells repair them- 
selves quickly and soon repeat the process. An example 
of apocrine exocrine glands are the apocrine glands in the 
mammary glands and the armpits and groin. 


Exocrine glands perform a variety of bodily func- 
tions. They regulate body temperature by producing 
sweat; nurture young by producing milk; clean, mois- 
ten, and lubricate the eye by producing tears; and begin 
digestion and lubricate the mouth by producing saliva. 
Oil (sebum) from sebaceous glands keeps skin and hair 
conditioned and protected. Wax (cerumen) from ceru- 
minous glands in the outer ear protects ears from for- 
eign matter. Exocrine glands in the testes produce 
seminal fluid, which transports and nourishes sperm. 
Exocrine gland secretions also aid in the defense against 
bacterial infection by carrying special enzymes, forming 
protective films, or by washing away microbes. 


Humans are not the only living beings that have 
exocrine glands. Exocrine glands in plant life produce 
water, sticky protective fluids, and nectars. The sub- 
stances necessary for making birds’ eggs, caterpillars’ 
cocoons, spiders’ webs, and beeswax are all produced 
by exocrine glands. Silk is a product of the silkworm’s 
salivary gland secretion. 


See also Endocrine system. 
Christine Miner Minderovic 


Exothermic reaction see Chemical reactions 


Expansion of universe see Cosmology 


l Explosives 


Explosives are substances (such as compounds and 
mixtures) that produce violent chemical or nuclear reac- 
tions. These reactions generate large amounts of heat 
and gas in a fraction of a second. Shock waves produced 
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by rapidly expanded gasses are responsible for much of 
the destruction seen following an explosion. 


The power of most chemical explosives comes from 
the reaction of oxygen with other atoms such as nitro- 
gen and carbon. This split-second chemical reaction 
results in a small amount of material being transformed 
into a large amount heat and rapidly expanding gas. 
The heat released in an explosion can incinerate nearby 
objects. The expanding gas can smash large objects like 
boulders and buildings to pieces. Chemical explosives 
can be set off, or detonated, by heat, electricity, physical 
shock, or another explosive. 


The power of nuclear explosives comes from 
energy released when the nuclei of particular heavy 
atoms are split apart, or when the nuclei of certain 
light elements are forced together. These nuclear proc- 
esses, called fission and fusion, release thousands or 
even millions of times more energy than chemical 
explosions. A single nuclear explosive can destroy an 
entire city and rapidly kill thousands of its inhabitants 
with lethal radiation, intense heat, and blast effects. 


Chemical explosives are used in peacetime and in 
wartime. In peacetime they are used to blast rock and 
stone for mining and quarrying, project rockets into 
space, and fireworks into the sky. In wartime, they 
project missiles carrying warheads toward enemy tar- 
gets, propel bullets from guns, send artillery shells 
from cannons, and provide the destructive force in 
warheads, mines, artillery shells, torpedoes, bombs, 
and hand grenades. So far, nuclear explosives have 
been used only for tests to demonstrate their force 
and at the end of World War I in Japan. 


History 


The first chemical explosive was gunpowder, or 
black powder, a mixture of charcoal, sulfur, and 
potassium nitrate (or saltpeter). The Chinese invented 
it approximately 1,000 years ago. For hundreds of 
years, gunpowder was used mainly to create fireworks. 
Remarkably, the Chinese did not use gunpowder as a 
weapon of war until long after Europeans began using 
it to shoot stones and spearlike projectiles from tubes 
and, later, metal balls from cannon and guns. 


Europeans probably learned about gunpowder 
from travelers from the Middle East. Clearly, by the 
beginning in the thirteenth century gunpowder was 
used more often to make war than to make fireworks 
in the West. The English and the Germans manufac- 
tured gunpowder in the early 1300s. It remained the 
only explosive for 300 hundred years; until 1628, when 
another explosive called fulminating gold was 
discovered. 
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Explosives 


Mushroom cloud caused by nuclear testing from an Atom bomb explosion, in Nevada. (© Bettmann/Corbis.) 


Gunpowder changed the lives of both civilians 
and soldiers in every Western country that experienced 
its use. (Eastern nations like China and Japan rejected 
the widespread use of gunpowder in warfare until the 
nineteenth century.) Armies and navies who learned to 
use it first—the rebellious Czech Taborites fighting the 
Germans in 1420 and the English Navy fighting the 
Spanish in 1587, for example—scored influential early 
victories. These victories quickly forced their oppo- 
nents to learn to use gunpowder as effectively. This 
changed the way wars were fought and won, and so 
changed the relationship between peoples and their 
rulers. Royalty could no longer hide behind stone 
walled castles. Gunpowder blasted the walls away 
and helped, in part, to end the loyalty and servitude 
of peasants to local lords and masters. Countries with 
national armies became more important than local 
rulers as war became more deadly, due in large part 
to the use of gunpowder. It was not until the seven- 
teenth century that Europeans began using explosives 
in peacetime to loosen rocks in mines and clear fields 
of boulders and trees. 


Other chemical explosives have been discovered 
since the invention of gunpowder and fulminating 
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gold. The most common of these are chemical com- 
pounds that contain nitrogen such as azides, nitrates, 
and other nitrocompounds. 


In 1846, Italian chemist Ascanio Sobrero 
(1812-1888) invented the first modern explosive, nitro- 
glycerin, by treating glycerin with nitric and sulfuric 
acids. Sobrero’s discovery was, unfortunately for many 
early users, too unstable to be used safely. Nitroglycerin 
readily explodes if bumped or shocked. This inspired 
Swedish inventor Alfred Nobel (1833-1896) in 1862 to 
seek a safe way to package nitroglycerin. In the mid- 
1860s, he succeeded in mixing it with an inert absorbent 
material. His invention was called dynamite. 


Dynamite replaced gunpowder as the most widely 
used explosive (aside from military uses of gunpow- 
der). However, Nobel continued experimenting 
with explosives and in 1875, invented a gelatinous 
dynamite, an explosive jelly. It was more powerful 
and even a little safer than the dynamite he had 
invented nine years earlier. The addition of ammo- 
nium nitrate to dynamite further decreased the chan- 
ces of accidental explosions. It also made it cheaper to 
manufacture. 
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These and other inventions made Nobel very 
wealthy. Although the explosives he developed and 
manufactured were used for peaceful purposes, they 
also greatly increased the destructiveness of warfare. 
Upon his death, his fortune he made from dynamite 
and other inventions was used to establish the Nobel 
prizes, which were originally awarded for significant 
accomplishment in the areas of medicine, chemistry, 
physics, and peace. 


Continued research has produced many more 
types of chemical explosives than those known in 
Nobel’s time: percholates, chlorates, ammonium 
nitrate-fuel oil mixtures (ANFO), and liquid oxygen 
explosives are examples. 


Controlling explosives 


Explosives are not only useless but dangerous 
unless the exact time and place they explode can be 
precisely controlled. Explosives would not have 
had the influence they have had on world history if 
two other devices had not been invented. The first 
device was invented in 1831 by William Bickford 
(1774-1834), an Englishman inventor. He enclosed 
gunpowder in a tight fabric wrapping to create the 
first safety fuse. Lit at one end, the small amount of 
gunpowder in the core of the fuse burned slowly along 
the length of the cord that surrounded it. When the 
thin, burning core of gunpowder reached the end of 
the cord, it detonated whatever stockpile of explosive 
was attached. Only when the burning gunpowder in 
the fuse reached the stockpile did an explosion hap- 
pen. This enabled users of explosives to set off explo- 
sions from a safe distance at a fairly predictable time. 


In 1865, Nobel invented the blasting cap, a device 
that increased the ease and safety of handling nitro- 
glycerin. Blasting caps, or detonators, send a shock 
wave into high explosives causing them to explode. In 
and of itself, blasting caps are a low explosive that is 
easily ignited. Primers ignite detonators, which burst 
into flame when heated by a burning fuse or electrical 
wire, or when mechanically shocked. A blasting cap 
may contain both a primer and a detonator, or just a 
primer. Another technique for setting off explosives is 
to send an electric charge into them, a technique first 
used before 1900. All these control devices helped 
increase the use of explosives for peaceful purposes. 


Newer explosives 


In 1905, nine years after Nobel died, the military 
found a favorite explosive in TNT (trinitrotoluene). 
Like nitroglycerin, TNT is highly explosive but unlike 
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nitroglycerin, it does not explode when it is bumped or 
shocked under normal conditions. It requires a deto- 
nator to explode. Many of the wars in this century 
were fought with TNT as the main explosive and with 
gunpowder as the main propellant of bullets and artil- 
lery shells. Explosives based on ammonium picrate 
and picric acid were also used by the military. 


A completely different type of explosive, a nuclear 
explosive, was first tested on July 16, 1945, in New 
Mexico. Instead of generating an explosion from rapid 
chemical reactions, like nitroglycerin or TNT, the 
atomic bomb releases extraordinary amounts of 
energy when nuclei of plutonium or uranium are split 
apart in a process called nuclear fission. This new type 
of explosive was so powerful that the first atomic 
bomb exploded with the force of 20,000 tons of TNT. 


Beginning in the early 1950s, atomic bombs were 
used as detonators for the most powerful explosives of 
all, thermonuclear hydrogen bombs, or H-bombs. 
Instead of tapping the energy released when atoms are 
split apart, hydrogen bombs deliver the energy released 
when types of hydrogen atoms are forced together in a 
process called nuclear fusion. Hydrogen bombs have 
exploded with as much force as 15 million tons of TNT. 


Types of explosives and their sources 
of power 


All chemical explosives, whether solid, liquid, or 
gas, consist of a fuel, a substance that burns, and an 
oxidizer, a substance that provides oxygen for the fuel. 
The burning and the resulting release and expansion of 
gases during explosions can occur in a few thou- 
sandths or a few millionths of a second. The rapid 
expansion of gases produces a destructive shockwave. 
The greater the pressure of the shockwave, the more 
powerful the blast. 


Fire or combustion results when a substance com- 
bines with oxygen gas. Many substances that are not 
explosive by themselves can explode if oxygen is 
nearby. Turpentine, gasoline, hydrogen, and alcohol 
are not explosives. In the presence of oxygen in the air, 
however, they can explode if ignited by a flame or 
spark. This is why drivers are asked to turn off their 
automobile engines, and not smoke, when filling fuel 
tanks with gasoline. In the automobile engine, the 
gasoline fuel is mixed with oxygen in the cylinders 
and ignited by spark plugs. The result is a controlled 
explosion. The force of the expanding gases drives the 
piston down and provides power to the wheels. 


This type of explosion is not useful for most mili- 
tary and industrial purposes. The amount of oxygen in 
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the air deep in a cannon barrel or a mineshaft may not 
be enough ensure a dependably powerful blast. For 
this reason, demolition experts prefer to use explosive 
chemicals that contain their own supply of concen- 
trated oxygen to sustain the explosion. Potassium 
nitrate, for example, provides oxygen. Still, if the 
heat generated by a compound that breaks apart is 
great enough, the compound can still be an explosive 
even if it does not contain oxygen. Nitrogen iodide is 
one of the few examples. 


Many chemical explosives contain nitrogen 
because it does not bind strongly to other atoms. It 
readily separates from them if heated or shocked. 
Nitrogen is usually introduced through the action of 
nitric acid, which is often mixed with sulfuric acid. 
Nitrogen is an important component of common 
chemical explosives like TNT, nitroglycerin, gunpow- 
der, guncotton, nitrocellulose, picric acid, and ammo- 
nium nitrate. 


Another type of explosion can happen when very 
fine powders or dust mixes with air in an enclosed 
space. Anytime a room or building is filled with dust 
of flammable substances such as wood, coal, or even 
flour, a spark can start a fire that will spread so fast 
through the dust cloud that an explosion will result. 
Dust explosions such as these have occurred in silos 
where grain is stored. 


Four classifications of chemical explosives 


There are four general categories of chemical 
explosives: blasting agents, primary, low, and high 
explosives. Blasting agents such as dynamite are rela- 
tively safe and inexpensive. Construction workers 
and miners use them to clear rock and other unwanted 
objects from work sites. Terrorists around the world 
have used another blasting agent, a mixture of ammo- 
nium nitrate and fuel oil, ANFO, because the compo- 
nents are readily available and unregulated. Ammonium 
nitrate, for instance, is found in fertilizers. One thou- 
sand pounds of it, packed into a truck or van, can 
devastate a large building. 


Primary explosives are used in detonators, small 
explosive devices used to set off larger amounts of 
explosives. Mercury fulminate and lead azide are 
used as primary explosives. They are very sensitive to 
heat and electricity. 


Low, or deflagrating, explosives such as gunpowder 
do not produce as much pressure as high explosives but 
they do burn very rapidly. The burning starts at one end 
of the explosive and burns all the way to the other end in 
just a few thousandths of a second. This is rapid enough, 
however, that when it takes place in a sealed cylinder like 
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a rifle cartridge or an artillery shell, the gases released are 
still powerful enough to propel a bullet or cannon shell 
from its casing, though the barrel of the rifle or cannon 
toward a target hundreds or thousands of feet away. In 
fact, this relatively slow burning explosive is preferred in 
guns and artillery because too rapid an explosion could 
blow up the weapon itself. The slower explosive has the 
effects of building up pressure to force smoothly the 
bullet or shell out of the weapon. Fireworks are also 
low explosives. 


High, or detonating, explosives are much more 
powerful than primary explosives. When they are det- 
onated, all parts of the explosive explode within a few 
millionths of a second. Some are also less likely than 
primary explosives to explode by accident. TNT, 
PETN (pentaerythritol tetranitrate), and nitroglycerin 
are all high explosives. They provide the explosive 
force delivered by hand grenades, bombs, and artillery 
shells. High explosives that are set off by heat are 
called primary explosives. High explosives that can 
only be set off by a detonator are called secondary 
explosives. When mixed with oil or wax, high explo- 
sives become like clay. These plastic explosives can be 
molded into various shapes to hide them or to direct 
explosions. In the 1970s and 1980s, plastic explosives 
became a favorite weapon of terrorists. Plastic explo- 
sive can even be pressed flat to fit into an ordinary 
mailing envelope for use as a letter bomb. 


Nuclear explosives 


The power of chemical explosives comes from the 
rapid release of heat and the formation of gases when 
atoms in the chemicals break their bonds to other 
atoms. The power of nuclear explosives comes not 
from breaking chemical bonds but from the core of 
the atom itself. When unstable nuclei of heavy ele- 
ments, such are uranium or plutonium, are split 
apart, or when the nuclei of light elements, such as 
the isotopes of hydrogen deuterium or tritium, are 
forced together, in nuclear explosives they release tre- 
mendous amounts of uncontrolled energy. These 
nuclear reactions are called fission and fusion. 
Fission creates the explosive power of the atomic 
bomb. Fusion creates the power of the thermonuclear 
or hydrogen bomb. Like chemical explosives, nuclear 
weapons create heat and a shock wave generated by 
expanding gases. The power of nuclear explosive, 
however, is far greater than any chemical explosive. 
A ball of uranium-239 small enough to fit into a 
human hand can explode with the force equal to 
20,000 tons of TNT. The heat or thermal radiation 
released during the explosion travels with the speed of 
light and the shock wave destroys objects in its path 
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with hurricane-like winds. Nuclear explosives are so 
much more powerful than chemical explosives that 
their force is measured in terms of thousands of tons 
(kilotons) of TNT. Unlike chemical explosives, 
nuclear explosives also generate radioactive fallout. 


Current use and development of explosives 


Explosives continue to have many important 
peacetime uses in fields like engineering, construction, 
mining, and quarrying. They propel rockets and space 
shuttles into orbit. Explosives are also used to bond 
different metals, like those in United States coins, 
together in a tight sandwich. Explosives carefully 
applied to carbon produce industrial diamonds for as 
cutting, grinding and polishing tools. 


Today, dynamite is not used as often as it once 
was. Since 1955, different chemical explosives have 
been developed. Slurry explosives, a relatively new 
type of explosive, are liquid and can be poured into 
place. One popular explosive for industrial use is made 
from fertilizers like ammonium nitrate or urea, fuel 
oil, and nitric or sulfuric acid. This ammonium nitrate- 
fuel oil, or ANFO explosive, has replaced dynamite as 
the explosive of choice for many peacetime uses. An 
ANFO explosion, although potentially powerful and 
even devastating, detonates more slowly than an 
explosion of nitroglycerin or TNT. This creates more 
of an explosive push than a high velocity TNT blast. 


ANFO ingredients are less expensive than other 
explosives and approximately 25% more powerful 
than TNT. As of 1995 and continuing into 2006, sale 
of ANFO components were not regulated as TNT and 
dynamite were. Unfortunately, terrorists also began 
using bombs made from fertilizer and fuel oil. Two 
hundred forty-one marines were killed when a truck 
loaded with such an ANFO mixture exploded in their 
barracks in Beirut Lebanon in 1983. Six people were 
killed and more than 1,000 injured by a similar bomb- 
ing in the World Trade Center in New York in 1993. In 
1995, terrorists used the same type of explosive to kill 
more than 167 people in Oklahoma City, Oklahoma. 
In 2004, the Ryongchon disaster in Ryongchon, North 
Korea occurred because of ANFO. Due to the secre- 
tive government in North Korea, the reason that the 
disaster occurred is still a mystery to the world. 


Other explosives in use today include PETN (pen- 
taerythrite tetranitrate), Cyclonite or RDX, a compo- 
nent of plastic explosives, and Amatol, a mixture of 
TNT and ammonium nitrite. 


Nuclear explosives have evolved too. They are 
more compact than they were in the mid-part of the 
century. Today they fit into artillery shells and missiles 
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KEY TERMS 


Chemical explosive—A substance that violently and 
rapidly releases chemical energy creating heat and 
often a shock wave generated by release of gases. 


Dynamite—A explosive made by impregnating an 
inert, absorbent substance with nitroglycerin or 
ammonium nitrate mixed with combustible sub- 
stance, such as wood pulp, and an antacid. 


Gunpowder—An explosive mixture of charcoal, 
potassium nitrate, and sulfur often used to propel 
bullets from guns and shells from cannons. 


Nitroglycerine—An explosive liquid used to make 
dynamite. Also used as a medicine to dilate blood 
vessels. 


Nuclear explosive—Device that get its explosive 
force from the release of nuclear energy. 


TNT—Trinitrotoluene, a high explosive. 


launched from land vehicles. Weapons designers also 
have created so-called clean bombs that generate little 
radioactive fallout and dirty bombs that generate more 
radioactive fallout than older versions. Explosions of 
neutron bombs have been designed to kill humans with 
neutron radiation but cause little damage to buildings 
compared to other nuclear explosives. 
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[ Exponent 


Exponents are numbers that indicate the opera- 
tion of exponentiation on a number or variable. In the 
simplest case, an exponent that is a positive integer 
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indicates that multiplication of a number or variable is 
to be repeated a certain number of times. For instance, 
5 x 5 x Sis written as 5° (usually read as “5 cubed” or 
“5 to the third power”). Similarly, x x x x x x X is 
written x*. The number that is to be multiplied repeat- 
edly is called the base. The number of times that the 
base appears in the product is the number represented 
by the exponent. In the previous examples, 5 and x are 
the bases, and 3 and 4 are the exponents. The process 
of repeated multiplication is often referred to as rais- 
ing a number to a power. Thus the entire expression 5° 
is five raised to the third power. 


Exponents have a number of useful properties: 


Any of the properties of exponents are easily veri- 
fied for natural-number exponents by expanding the 
exponential notation in the form of a product. For 
example, property number (1) is easily verified for 
the example xx” as follows: 


x? x x? = (x x x X x) x (x xX x) 
=(KXXXXKXXXxX) =X? = x67 
Property (5) is verified for the specific case xy” in 
the same fashion: 


x? x y* = (xx x) x (yx y) = (kx y xxx) 
= (x x y) x (xx y) = @y) 


Exponents are not limited to the natural numbers. 
For example, property (3) shows that a base raised to a 
negative exponent is the same as the multiplicative 
inverse of (1 over) the base raised to the positive 
value of the same exponent. Thus 27 = 1/27 = 1/4. 


Property (6) shows how the operation of exponen- 
tiation is extended to the rational numbers. Note that 
unit-fraction exponents, such as 1/3 or 1/2, are simply 
roots; that is, 125 to the 1/3 power is the same as the 
cube root of 125, while 49 to 1/2 power is the same as 
the square root of 49. 


By keeping properties (1) through (6) as central, 
the operation is extended to all real-number exponents 
and even to complex-number exponents. For a given 
base the real-number exponents map into a continuous 
curve. 
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| Extinction 


Extinction is the death of all members of a species 
and so of the species itself. Extinction may occur as a 
result of natural or human-caused environmental 
changes or of competition from other organisms. A 
species confronted by environmental change or com- 
petitors may (1) adapt behaviorally (for example, shift 
to a different diet), (2) adapt by evolving new charac- 
teristics, or (3) die out. At the present time, human 
impact on the environment is the leading cause of 
extinction. Habitat destruction by development and 
resource extraction, hunting, pollution, and the intro- 
duction of alien species into environments formerly 
inaccessible to them are causing the greatest burst of 
extinctions in at least 65 million years. 


Extinction as such is a normal event; over 99.9% 
of all plant and animal species that have ever lived are 
now extinct. Extinction has always occurred at a fluc- 
tuating background rate. However, the fossil record 
also reveals a number of exceptional mass-extinction 
events, each involving the rapid disappearance of 
thousands of species of animals, plants, and micro- 
organisms: five major mass extinctions, and about 20 
minor ones, have occurred over the past 540 million 
years. The extinctions that occurred some 225 million 
years ago, at the end of the Permian period (the most 
severe of all mass extinctions, wiping out, for example, 
over 90% of shallow-water marine species), and some 
65 million years ago, at the end of the Cretaceous 
period, are particularly well known. Almost half of 
all known species disappeared in the Cretaceous 
extinction, including all remaining dinosaurs and 
many marine animals. 


The asteroid-impact theory 


The primary cause of the Cretaceous mass extinc- 
tion was a mystery for decades, until geologists dis- 
covered a thin layer of rock that marks the boundary 
between the Cretaceous period and following Tertiary 
period; this layer of sediments is termed the K-T boun- 
dary, and gave rise to the asteroid-impact theory of the 
Cretaceous extinction. 


The asteroid-impact theory was first proposed in 
detail in 1978, by a team led by American geologist 
Walter Alvarez (1940—-) and physicist Luis Alvarez 
(1911-1988). The Alvarez team analyzed sediment col- 
lected in the 1970s from the K-T layer near the town of 
Gubbio, Italy. The samples showed a high concentra- 
tion of the element iridium, a substance rare on earth 
but relatively abundant in meteorites. Other samples of 
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K-T boundary strata from around the world were also 
analyzed; excess iridium was found in these samples as 
well. Using the average thickness of the sediment as a 
guide, they calculated that a meteorite about 6 mi (10 
km) in diameter would be required to spread that much 
iridium over the whole earth. 


If a meteorite that size had hit Earth, the dust 
lofted into the air would have produced an enormous 
cloud of dust that would have encircled the world and 
blocked out the sunlight for months, possibly years. 
This climactic change would have severely depressed 
photosynthesis, resulting in the death of many plants, 
subsequent deaths of herbivores, and finally the death 
of their predators as well. (This chain of events would 
have occurred so rapidly that there would have been 
no chance for evolutionary adaptation to the new 
environment, which requires thousands of years at 
minimum.) A major problem with the theory, how- 
ever, was that a 6-mi (10-km) meteorite would leave a 
very large crater, 93-124 mi (150-200 km) in diame- 
ter—and while earth has many impact craters on its 
surface, few are even close to this size, and none of the 
right age was known. 


Because 65 million years had passed since the 
hypothetical impact, scientists shifted the search 
underground. A crater that old would almost certainly 
have been filled in by now. In 1992, an impact crater 
was discovered under the surface near the village of 
Chicxulub (pronounced CHIX-uh-loob) on Mexico’s 
Yucatan Peninsula. When core samples raised by drill- 
ing were analyzed, they showed the crater to be about 
112 mi (80 km) in diameter and 65 million years old— 
the smoking gun that validated the Alvarez asteroid- 
impact theory. 


The asteroid impact theory is now widely accepted 
as the most probable explanation of the K-T iridium 
anomaly, but many geologists still debate whether the 
impact of this large meteorite was the so/e cause of the 
mass extinction of the dinosaurs and other life forms 
at that time, as the fossil record seems to show an 
above-average rate of extinctions in the time leading 
up to the K-T boundary. A number of gradual causes 
can accelerate extinction: falling ocean levels, for 
example, expose continental shelves, shrinking shal- 
low marine environments and causing drier continen- 
tal interiors, both changes that encourage extinction. 
Further, very large volcanic eruptions may stress the 
global environment. The asteroid that caused the 
Chicxulub crater may have coincidentally amplified 
or punctuated an independent extinction process that 
had already begun. There is no reason why many 
different causes cannot have acted, independently or 
in concert, to produce extinction events. 
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The asteroid-impact theory has been applied to 
many mass extinctions since the discovery of 
Chicxulub. Most of the five major mass extinctions 
of the last 540 million years, and several of the smaller 
ones, have been shown to coincide in time with large 
impact craters or iridium spikes (layers of heightened 
iridium concentration) in the geological column. 


The Great Ice Age 


The Great Ice Age that occurred during the 
Pleistocene era (which began about 2 million years 
ago and ended 10,000 years ago) also caused the extinc- 
tion of many plants and animal species. This period is 
of particular interest because it coincides with the evo- 
lution of the human species. This was a time of diverse 
animal life, and mammals were the dominant large 
surface forms (1.e., in contrast to the reptiles of previous 
periods; as always, insects and bacteria dominated the 
animal world in absolute numbers, numbers of species, 
and total biomass). In the late Pleistocene (50,000— 
10,000 years ago), several other extinctions occurred. 
These wiped out several species known collectively as 
the megafauna (“big animals”), including mammoths, 
mastodons, ground sloths, and giant beavers. The late 
Pleistocene extinctions of megafauna did not occur all 
at once, nor were they of equal magnitude throughout 
the world. However, the continents of Africa, 
Australia, Asia, and North America were all affected. 
Recent work has shown that these extinctions did not, 
as long thought, single out megafauna as such, but 
rather all vertebrate species with slow reproduction 
rates (e.g., one offspring per female per year or less)— 
megafauna merely happen to be members of this larger 
class. It has been speculated that human beings 
caused these late-Pleistocene extinctions, hunting 
slow-reproducing species to extinction over centuries. 
Paleontologists continue to debate the pros and cons of 
different versions of this “overkill” theory. 


The causes of the extinction events of the late 
Pleistocene are still debated, as are those of the larger 
mass extinctions that have punctuated earlier geological 
history; most likely several factors were involved, of 
which the global spread of human beings seems to 
have been one. Indeed, the past 10,000 years have seen 
dramatic changes in the biosphere caused by human 
beings. The invention of agriculture and animal husban- 
dry and the eventual spread of these practices through- 
out the world have allowed humans to utilize a large 
portion of the available resources of earth—often in an 
essentially destructive and nonsustainable way. For 
example, in pursuit of lumber, farmland, and living 
room, human beings have reduced earth’s forest area 
from over one half of total land area less than one third. 
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The current mass extinction 


Eventual extinction awaits all species of plants 
and animals, but the rate at which extinctions are 
taking place globally has been greatly accelerated by 
habitat destruction, pollution, global climate change, 
and over-harvesting to 1,000—10,000 times the normal 
background rate, equaling or exceeding rates of 
extinction during great mass extinctions of Earth’s 
geological history. The present mass extinction is 
unique in that it is being caused by a single species— 
ours—rather than by natural events; furthermore, 
biologists agree that the effects may be so profound 
as to threaten the human species itself. 


Many countries, including the United States, have 
passing laws to protect species that are threatened or 
in danger of extinction, preserving some wild areas 
from exploitation and some individual species from 
hunting and harassment. Furthermore, several private 
groups, such as the Nature Conservancy, seek to pur- 
chase or obtain easements on large areas of land in 
order to protect the life they harbor. In the case of 
species whose numbers have been reduced to a very 
low level, the role of the zoological park (or “zoo”) has 
changed from one of simple exhibition to a more 
activist, wildlife-conservation stand. 


Despite conservation efforts, however, the out- 
look is decidedly bleak. According to a statement 
from the World Conservation Union issued in 2000, 
over 11,000 species of plants and animals are already 
close to extinction—and the pace is accelerating. Since 
only 1.75 million species out of an estimated 14 million 
have been documented by biologists, these estimates 
may actually understate the magnitude of the devel- 
oping disaster. Although Earth has restocked its spe- 
cies diversity after previous mass extinctions, this 
process invariably takes many millions of years; 
human beings are unlikely to ever see the Earth 
recover from the wave of extinctions now occurring 
due to human activity. 


See also Biodiversity; Catastrophism; Evolutionary 
change, rate of; Evolutionary mechanisms; Punctuated 
equilibrium. 
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Extrasolar planets 


Extrasolar planets are planets that orbit stars 
other than the sun. A planet is defined generally as 
an object too small for gravitational pressure at its 
core to ignite the deuterium-fusion reaction that 
powers a star. In August 2006, the International 
Astronomical Union (IAU) officially defined a planet 
as a “celestial body that (a) is in orbit around the sun, 
(b) has sufficient mass for its self-gravity to overcome 
rigid body forces so that it assumes a hydrostatic 
equilibrium (nearly round) shape, and (c) has cleared 
the neighborhood around its orbit.” As such, smaller 
planets, such as Pluto, are now defined as dwarf 
planets. 


As of 2006, there is one direct method (direct 
imaging) and six indirect methods (astrometry, radial 
velocity, pulsar timing, transit method, gravitational 
microlensing, and circumstellar disks) to discover 
extrasolar planets. 


The existence of extrasolar planets has been sus- 
pected since at least the time of Dutch astronomer 
Christian Huygens (1629-1695). The ancient Greek 
astronomer Aristarchus of Samos (310-230 BC) may 
have developed the concept over 2,000 years ago, 
although this is not known certainly. However, extra- 
solar planets remained hypothetical until recently 
because there was no way to detect them. Extrasolar 
planets are difficult to observe directly because planets 
shine by reflected light and so are only about a bil- 
lionth as bright as the stars they orbit. Their light is 
either too dim to see at all with many older techniques, 
or is lost in their stars’ glare. The direct imaging 
method, with the use of current telescopes, may be 
capable of directly imaging planets when the planet is 
very large (many sizes larger than Jupiter) or very far 
away from its central star. 


Since October 2006 (according to the IAU), 
thanks to new, indirect observational techniques, 208 
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extrasolar planets have been discovered, with masses 
ranging from that of Jupiter to the upper size limit for 
a planet (about 15 Jupiter masses). Since 2002, more 
than 20 extrasolar planets have been discovered, on 
average, each year. 


The search for extrasolar planets 


In 1943, Danish-born U.S. astronomer K.A. Strand 
(1907-2000) reported a suspected companion to one of 
the components of the double star 61 Cygni, based on 
a slight wobble of the two stars’ orbital motions (using 
radial velocity, also known as Doppler method or wob- 
ble method). This seems to be the earliest report of an 
extrasolar planet; recent data have confirmed the pres- 
ence of a planet with about eight times the mass of 
Jupiter orbiting the brighter component of 61 Cygni. 
Strand’s estimate of a period of 4.1 years for the planet’s 
orbit has also been confirmed. 


In 1963, Dutch-born U.S. astronomer Peter van 
de Kamp (1901-1995) reported the detection of a 
planet orbiting Barnard’s star (Gliese 699) with a 
24-year period of revolution. Barnard’s star, which is 
5.98 light years away, 1s the second-closest star system 
to Earth’s solar system after the Alpha Centauri triple- 
star system. Van de Kamp suggested that Barnard’s 
star’s wobbling proper motion could be explained 
by two planets in orbits with periods of revolu- 
tion around Gliese 699 of 12 years and 26 years, 
respectively. 


Independent efforts to confirm Strand’s planet (or 
planets) orbiting Barnard’s star failed, however. By 
the 1970s, most astronomers had concluded that, 
instead of discovering extrasolar planets, both 
Strand’s and van de Kamp’s studies had only detected 
a slight systematic change in the characteristics of the 
telescope at the observatory where they had made 
their observations. 


Astronomers kept looking, but for many years the 
search for extrasolar planets was marked by exciting 
possible advances followed by summary retreats. No 
sooner would a group of astronomers announce the 
discovery of a planet outside of the solar system, than 
an outside group would present evidence refuting the 
findings discovery. A first breakthrough came in 1991, 
when it was shown that three approximately Earth- 
size planets orbit the pulsar PSR1257.12. Subtle tim- 
ing shifts in the flashes of the pulsar revealed the 
existence of the two planets; this is the first time this 
technique (pulsar timing) has detected extrasolar 
planets. No more discoveries were made for several 
years; then, in 1995, the dam broke. Using the radial- 
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velocity technique for detection of extrasolar planets 
(to be explained below), group after group of astron- 
omers announced extrasolar planet findings, findings 
quickly confirmed by other independent researchers. 
Suddenly, extrasolar planets went from rare to 
commonplace. 


New detection techniques 


The recent rush of discoveries has been made 
possible by new methods of search. Direct visual 
observation of extrasolar planets remains difficult; 
all the recent discoveries have been made, therefore, 
by indirect means, that is, by observing their effects on 
either the motions or brightness of the stars they orbit. 


Apart from the been detected by analyzing the 
perturbations (disturbances) they cause in their star’s 
motions. A planet does not simply orbit around its 
star; rather, a star and its planet both orbit around 
their common center of gravity. Because a star weighs 
more than a planet, it follows a tighter orbit, but if a 
planet (or other companion) is massive enough, the 
orbital motion of a star—its wobble—may be detect- 
able from the Earth. Several techniques have been and 
are being developed to detect the orbital wobbles 
caused by planet-size bodies. 


Most extrasolar planets so far detected have been 
detected by the radial-velocity technique. This uses 
spectroscopy (analysis of the electromagnetic spectra 
emitted by stars) to detect perturbations of stars orb- 
ited by planets. The mutual orbital motions of a star 
and a planet around each other manifest in the star’s 
light via the Doppler effect. In this technique, spectro- 
scopic lines from a light source such as a star are shifted 
to longer wavelengths in the case of a source moving 
away from the observer (red shift) or to shorter wave- 
lengths in the case of a source approaching an observer 
(blue shift). These shifts are measured relative to the 
wavelengths of spectral lines for a source at rest. Small 
changes in the wavelengths of spectroscopic lines in the 
star’s spectrum indicate changes in its line-of-sight 
(radial) velocity relative to the observer; periodic (reg- 
ularly repeated) spectral shifts probably indicate the 
presence of a planet (or planets) perturbing the star’s 
motion by swinging it toward the Earth and then away 
from it. (This is true only if the planetary orbits happen 
to be oriented flat-on to the Earth-sun in space.) 


Another new technique for detecting extrasolar 
planets involves searching for transits: the transit 
method. A transit is the passage of a planet directly 
between its star and the Earth, and can occur only 
when the planet’s orbit happens to be oriented edge-on 
the Earth-sun. When transit does occur, the star’s 
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apparent brightness dims for several minutes—perhaps 
by only a percent or so. The amount of dimming and the 
speed with which dimming occurs as the planet begins to 
move across the star’s disk reveal the planet’s diameter, 
which the wobble method cannot do. Furthermore, 
since a planet with an atmosphere does not block all 
the light from the star behind it but allows some of that 
light to filter through its atmosphere, precise measure- 
ments of changes in the star’s spectrum during transit 
can supply information about the chemical composition 
of the transiting planet’s atmosphere. In 2001, the 
Hubble Space Telescope detected sodium in the atmos- 
phere of a transiting extrasolar planet approximately 
150 light years away. This was the first information 
ever obtained about the composition of an extrasolar 
planet. This study was limited to the wavelengths in 
which sodium absorbs light, and were not expected to 
detect other chemicals; using different wavelengths, 
astronomers intend to search for potassium, water 
vapor, methane, and other substances in the atmosphere 
of this and other transiting extrasolar planets. 


New discoveries 


Most of the extrasolar planets detected so far are 
gas giants with masses on the order of Jupiter’s. The 
orbits observed vary wildly—some planets are closer 
to their stars than Mercury is to the sun, with orbits 
lasting mere days, while others are separated from 
their stars by many times the Earth-sun distance. 
Planets with nearly round, Earthlike orbits have been 
discovered as well as planets whose orbits more closely 
approximate the eccentric elliptical shape of cometary 
paths. The stars around which planets have been dis- 
covered include dying stars, twin stars, sunlike stars, 
and pulsars, with locations ranging from a Barnard’s 
star to more than 150 light years. 


In 1998, astronomers discovered a protoplanet 
(planet in the process of formation) apparently in the 
midst of being ejected from its star system. Infrared 
images from the Hubble Space Telescope showed a 
pinpoint object with a 130 billion-mile-long filamen- 
tary structure trailing behind it toward a pair of binary 
stars. Although some astronomers speculate that the 
object could be a brown dwarf, others believe that it is 
a planet flung into deep space by a gravitational sling- 
shot effect from its parent stars. This suggests the 
possibility that rogue planets unattached to any star 
may also be roving the universe. 


In the spring of 1999, astronomers announced the 
discovery of a second multiple-planet solar system (not 
counting Earth’s system), detecting three planets cir- 
cling the star Upsilon Andromedae, some 44 light years 
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away. Though the objects detected are Jupiterlike gas 
giants, the data does not rule out Earth-type planets, 
which would not provide sufficient gravitation effect to 
be detected by the techniques used so far. 


Other methods for observing extrtasolar planets 
also exist. The astrometry method measures a star’s 
position by observing how it changes position over 
time. If the star has a planet orbiting about it, then 
the gravitational field of the planet will cause the star 
to move slightly in its orbit. 


The gravitational microlensing method is used 
based on the ability of the gravitational field of a star 
to act like a magnifying lens. It magnifies the light 
coming from a star that is further away than it is to 
Earth. When this magnifying star has a planet around it, 
the planet’s gravitational field helps with the magnifying 
effect, which can be detected by astronomers on Earth. 


Circumstellar disks method uses the disks of space 
dust that envelopes many stars. These disks absorb 
starlight and, then, re-emits it as infrared radiation 
that can be detected on Earth. When detected, it 
often implies that planets are present. 


Although the radial-velocity technique has been 
responsible for most extrasolar-planet discoveries in 
recent years, this is expected to change as the transmit 
method is applied more thoroughly. The advantage of 
the transit method is that the light from many stars can 
be monitored for telltale brightness simultaneously; a 
certain fraction of solar systems is bound to be ori- 
ented edge-on to Earth, allowing for their detection by 
this means. 


In November 2008, the Kepler space observatory, a 
space telescope especially designed to scan large areas of 
the sky for transits by planets as small as Earth, is 
scheduled to be launched by the National Aeronautics 
and Space Adminstration. By 2012 or 2013, Kepler 
should have gathered enough data to pinpoint hundreds 
of extrasolar planets and to determine how typical the 
Earth’s solar system is in the universe. This is of interest 
to scientists because estimates of the probability that life 
exists elsewhere in the universe depend strongly on the 
existence of planets not too different from Earth. 
Intelligent life is unlikely to evolve on large gas giants 
or on bodies of any type that orbit very near to their 
stars or follow highly eccentric, bake-and-freeze orbits. 
If solar systems like Earth’s are rare in the universe, then 
life (intelligent or otherwise) may be correspondingly 
rare. Theoretical models of the formation of solar sys- 
tems have been in a state of rapid change under the 
pressure of the rush of extrasolar planet discoveries, 
and revised models indicate that solar systems like 
our own may be abundant. However, these models 
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KEY TERMS 


Spectrometer—An instrument to separate the dif- 
ferent wavelengths (colors) of light or other radia- 
tion. The separating (dispersing) element in an 
astronomical spectrometer is usually a grating, 
sometimes a prism. 


Terrestrial planets—Planets with Earth-like charac- 
teristics relatively close to the sun. The terrestrial 
planets are Mercury, Venus, Earth, and Mars. 


supply only educated guesses, and must be checked 
against observation. 


Within the middle years of the 2000s, astronomers 
estimate that at least 10% of all stars similar in size 
and characteristics to the sun have one or more planets 
orbiting them. In 2005 and 2006, some of the extra- 
solar planets discovered have included: Gliese 876d, 
the third planet around the red dwarf star Gliese 876; 
HD 149026 b, the largest planet core ever found; HD 
188753 Ab, a planet within a triple star system; and 
OGLE-2005-BLG-390Lb, the most distant (near the 
center of the Milky Way galaxy) and coldest extrasolar 
planet ever discovered. 


See also Binary star. 
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l Eye 


The eye is the organ of sight in humans and ani- 
mals that transforms light waves into visual images 
and provides 80% of all information received by the 
human brain. These remarkable organs are almost 
spherical in shape and are housed in the orbital sockets 
in the skull. Sight begins when light waves enter the eye 
through the cornea (the transparent layer at the front 
of the eye) pass through the pupil (the opening in the 
center of the iris, the colored portion of the eye) then 
through a clear lens behind the iris. The lens focuses 
light onto the retina that functions like the film in a 
(non-digital) camera. Photoreceptor neurons in reti- 
nas, called rods and cones, convert light energy into 
electrical impulses, which are then carried to the brain 
via the optic nerves. At the visual cortex in the occipi- 
tal lobe of the cerebrum of brain, the electrical 
impulses are interpreted as images. 


Evolution of the eye 


Many invertebrate animals have simple light- 
sensitive eye spots, consisting of a few receptor cells 
in a cup-shaped organ lined with pigmented cells, 
which detect only changes in light and dark regimes. 
Arthropods (insects, spiders, and crabs) have complex 
compound eyes with thousands of cells that constrict 
composite pictures of objects. They are very sensitive 
to detecting movement. 


Anatomy and function of the human eye 


The human eyeball is about 0.9 in (24 mm) in 
diameter and is not perfectly round, being slightly flat- 
tened in the front and back. The eye consists of three 
layers: the outer fibrous or sclera, the middle uveal or 
choroid layer, and the inner nervous layer or retina. 
Internally the eye is divided into two cavities—the 
anterior cavity filled with the watery aqueous fluid, 
and the posterior cavity filled with gel-like vitreous 
fluid. The internal pressure inside the eye (the intra- 
ocular pressure) exerted by the aqueous fluid supports 
the shape of the anterior cavity, while the vitreous fluid 
holds the shape of the posterior chamber. An irregu- 
larly shaped eyeball results in ineffective focusing of 
light onto the retina and is usually correctable with 
glasses or contact lenses. An abnormally high intra- 
ocular pressure, due to overproduction of aqueous 
fluid or to the reduction in its outflow through a duct 
called the canal of Schlemm, produces glaucoma, a 
usually painless and readily treatable condition, which 
may lead to irreversible blindness if left untreated. 


1683 


aAq 


Eye 


Vertical section of the right eye, shown from the nasal side 


Choroid (mainly 
blood vessels) 
Retina Sclera 


Ora serrata 


Ciliary _[ Cilary muscle 
body | Cilary process 


Scleral venous sinus 
(canal of Schlemm) 


Anterior Posterior 
cavity chamber 


(aqueous | Anterior 
humor) | chamber 


Pupil 

Cornea 

Lens 

Iris 

Bulbar conjunctiva 


Suspensory ligament 
of lens 


Superior lateral 
rectus muscle 


Sclera 


Vitreous 

chamber 
(vitreous 
body) 


Central 

fovea of 
macula 

lutea 


Retinal 
arteries 
and veins 


Central 
retinal vein 


Central 
retinal 
artery 


Optic disc 


(blind spot) Dura mater 


A cross-section anatomy of the human eye. (Hans & Cassidy. Courtesy of Gale Group.) 


Elevated intraocular pressure is easily detectable with a 
simple, sight-saving, pressure test during routine eye 
examinations. The ophthalmic arteries provide the 
blood supply to the eyes, and the movement of the 
eyeballs is facilitated by six extraocular muscles that 
run from the bony orbit which insert the sclera, part of 
the fibrous tunic. 


The outer fibrous layer encasing and protecting 
the eyeball consists of two parts—the cornea and the 
sclera. The front one-sixth of the fibrous layer is the 
transparent cornea, which bends incoming light onto 
the lens inside the eye. A fine mucus membrane, the 
conjunctiva, covers the cornea and, also, lines the 
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eyelid. Blinking lubricates the cornea with tears, pro- 
viding the moisture necessary for its health. The cor- 
nea’s outside surface is protected by a thin film of tears 
produced in the lacrimal glands located in the lateral 
part of orbit below the eyebrow. Tears flow through 
ducts from this gland to the eyelid and eyeball, and 
drain from the inner corner of the eye into the nasal 
cavity. A clear watery liquid, the aqueous humor, 
separates the cornea from the iris and lens. The cornea 
contains no blood vessels or pigment and gets its 
nutrients from the aqueous humor. The remaining 
five-sixths of the fibrous layer of the eye is the sclera, 
a dense, tough, opaque coat visible as the white of the 
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eye. Its outer layer contains blood vessels that produce 
a blood-shot eye when the eye is irritated. The middle 
or uveal layers of the eye is densely pigmented, well 
supplied with blood, and includes three major struc- 
tures—the iris, the ciliary body, and the choroid. The 
iris is a circular, adjustable diaphragm with a central 
hole (the pupil), sited in the anterior chamber behind 
the cornea. The iris gives the eye its color, which varies 
depending on the amount of pigment present. If the 
pigment is dense, the iris is brown, if there is little 
pigment the iris is blue, if there is no pigment the iris 
is pink, as in the eye of a white rabbit. In bright light, 
muscles in the iris constrict the pupil, reducing the 
amount of light entering the eye. Conversely, the pupil 
dilates (enlarges) in dim light, so increasing the amount 
of incoming light. Extreme fear, head injuries, and 
certain drugs can also dilate the pupil. 


The iris is the anterior extension of the ciliary body, 
a large, smooth muscle that also connects to the lens via 
suspensory ligaments. The muscles of the ciliary body 
continually expand and contract, putting on suspen- 
sory ligaments changing the shape of the lens, thereby 
adjusting the focus of light onto the retina facilitating 
clear vision. The choroid is a thin membrane lying 
beneath the sclera, and is connected the posterior sec- 
tion of the ciliary body. It is the largest portion of the 
uveal tract. Along with the sclera, the choroid provides 
a light-tight environment for the inside of the eye, 
preventing stray light from confusing visual images on 
the retina. The choroid has a good blood supply and 
provides oxygen and nutrients to the retina. 


The front of the eye houses the anterior cavity that 
is subdivided by the iris into the anterior and posterior 
chambers. The anterior chamber is the bowl-shaped 
cavity immediately behind the cornea and in front of 
the iris that contains aqueous humor. This is a clear 
watery fluid that facilitates good vision by helping 
maintain eye shape, regulating the intraocular pres- 
sure, providing support for the internal structures, 
supplying nutrients to the lens and cornea, and dispos- 
ing of the eye’s metabolic waste. The posterior cham- 
ber of the anterior cavity lies behind the iris and in 
front of the lens. The aqueous humor forms in this 
chamber and flows forward to the anterior chamber 
through the pupil. 


The posterior cavity is lined entirely by the retina, 
occupies 60% of the human eye, and is filled with a clear 
gel-like substance called vitreous humor. Light passing 
through the lens on its way to the retina passes through 
the vitreous humor. The vitreous humor consists of 99% 
water, contains no cells, and helps to maintain the shape 
of the eye and support its internal components. 
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The lens is a crystal-clear, transparent body that is 
biconvex (curving outward on both surfaces), semi- 
solid, and flexible, shaped like an ellipse or elongated 
sphere. The entire surface of the lens is smooth and 
shiny, contains no blood vessels, and is encased in an 
elastic membrane. The lens is sited in the posterior 
chamber behind the iris and in front of the vitreous 
humor. The lens is held in place by suspensory liga- 
ments that run from the ciliary muscles to the external 
circumference of the lens. The continual relaxation 
and contraction of the ciliary muscles causes the lens 
to either fatten or became thin, changing its focal 
length, and allowing it to focus light on the retina. 
With age, the lens hardens and becomes less flexible, 
resulting in far-sighted vision that necessitates glasses, 
bifocals, or contact lenses to restore clear, close-up 
vision. Clouding of the lens also often occurs with 
age, creating a cataract that interferes with vision. 
Clear vision is restored by a relatively simple surgical 
procedure in which the entire lens is removed and an 
artificial lens implanted. 


Retina 


The retina is the innermost layer of the eye. The 
retina is thin, delicate, extremely complex sensory tis- 
sue composed of layers of light sensitive nerve cells. 
The retina begins at the ciliary body and encircles the 
entire posterior portion of the eye. Photoreceptor cells 
in the rods and cones, convert light first to chemical 
energy and then electrical energy. Rods function in 
dim light, allowing limited nocturnal (night) vision: it 
is with rods that humans see the stars. Rods cannot 
detect color, but they are the first receptors to detect 
movement. There are about 126 million rods in each 
eye and about six million cones. Cones provide acute 
vision, function best in bright light, and allow color 
vision. Cones are most heavily concentrated in the 
central fovea, a tiny hollow in the posterior part of 
the retina and the point of most acute vision. Dense 
fields of both rods and cones are found in a circular 
belt surrounding the fovea, the macula lutea. 
Continuing outward from this belt, the cone density 
decreases and the ratio of rods to cones increases. Both 
rods and cones disappear completely at the edges of 
the retina. 


Optic nerve 


The optic nerve connects the eye to the brain. 
These fibers of the optic nerve run from the surface 
of the retina and converge at exit at the optic disc (or 
blind spot), an area about 0.06 in (1.5 mm) in diameter 
located at the lower posterior portion of the retina. 
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KEY TERMS 


Aqueous humor—Clear liquid inside the anterior 
and posterior chambers. 


Choroid—Light-impermeable lining behind the 
sclera. 


Cornea—The outer, transparent lens that covers the 
pupil of the eye and admits light. 


Crystalline lens—Focusing mechanism located 
behind the iris and pupil. 


Fovea—Tiny hollow in the retina and area of acute 
vision. 
Iris—Colored portion of the eye. 


Ophthalmology—Branch of medicine dealing with 
the eye. 


Pupil—Adjustable opening in the center of the iris. 


Retina—An extremely light-sensitive layer of cells 
at the back part of the eyeball. The image formed by 
the lens on the retina is carried to the brain by the 
optic nerve. 


Sclera—White of the eye. 


Vitreous body—Opaque, gel-like substance inside 
the vitreous cavity. 


The fibers of this nerve carry electrical impulses from 
the retina to the visual cortex in the occipital lobe of 
the cerebrum. If the optic nerve is severed, vision is lost 
permanently. 


The last three decades have seen an explosion in 
ophthalmic research. Today, 90% of corneal blind- 
ness can be rectified with a corneal transplant, the 
most frequently performed of all human transplants. 
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According to the Eye Bank Association of America, 
as of 2005, over 100,000 corneal transplants are per- 
formed around the world each year, with over 37,000 
performed in the United States. Since 1961, over one 
million corneal transplants have been performed in 
the United States. Eye banks receive eyes for sight- 
restoring corneal transplantation just as blood banks 
receive blood for life-giving transfusions. Many peo- 
ple remain blind, however, because of the lack of eye 
donors. Although over 37,000 corneal transplants are 
performed in any given year in the United States, 
corneal tissue is always in demand. Promising medical 
advances are being made with artificial corneas, but 
currently these costly substances are reserved for the 
most serious corneal cases. Success rates with donor 
(natural) corneas are still higher than with artificially 
made corneas. 


See also Vision disorders. 
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| Factor 


In mathematics, to factor a number or algebraic 
expression is to find parts whose product is the origi- 
nal number or expression. For instance, 12 can be 
factored into the product 6 x 2, or 3 x 4. The expres- 
sion (x* - 4) can be factored into the product (x + 2) 
(x - 2). Factor is also the name given to the parts. 
Mathematicians say that 2 and 6 are factors of 12, 
and (x - 2) is a factor of (x* - 4). Thus, mathematicians 
refer to the factors of a product and the product of 
factors. 


The fundamental theorem of arithmetic states 
that every positive integer can be expressed as the 
product of prime factors in essentially a single way. 
A prime number is a number whose only factors are 
itself and 1, where the first few prime numbers are 1, 2, 
3, 5, 7, 11, and 13. Integers that are not prime are 
called composite. The number 99 is composite because 
it can be factored into the product 9 x 11. It can be 
factored further by noting that 9 is the product 3 x 3. 
Thus, 99 can be factored into the product 3 x 3 x 11, 
all of which are prime. By saying ‘in essentially one 
way,’ it is meant that although the factors of 99 could 
be arranged into 3 x 11 x 3 or 11 x 3 x 3, there is no 
factoring of 99 that includes any primes other than 3 
used twice and 11. 


Factoring large numbers was once mainly of 
interest to mathematicians, but today factoring is 
the basis of the security codes used by computers in 
military codes and in protecting financial transac- 
tions. High-powered computers can factor numbers 
with 50 digits, so these codes must be based on num- 
bers with a hundred or more digits to keep the data 
secure. 


In algebra, it is often useful to factor polynomial 
expressions (expressions of the type 9x* + 3x? or x* - 
27xy + 32). For example, x? + 4x + 4 is a polynomial 
that can be factored into (x + 2)(x + 2). That this 
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is true can be verified by multiplying the factors 
together. The degree of a polynomial is equal to the 
largest exponent that appears in it. Every polynomial 
of degree n has at most n polynomial factors (though 
some may contain complex numbers). For example, 
the third degree polynomial x* + 6x? + 11x + 6 can 
be factored into (x + 3) (x? + 3x + 2), and the second 
factor can be factored again into (x + 2)(x + 1), so 
that the original polynomial has three factors. This is a 
form of (or corollary to) the fundamental theorem of 
algebra. 


In general, factoring can be rather difficult. There 
are some special cases and helpful hints, though, 
which often make the job easier. For instance, a 
common factor in each term is immediately factora- 
ble; certain common situations occur often and one 
learns to recognize them, such as x? + 3x* + xy = 
x(x°+ 3x + y). The difference of two squares is a 
good example: a” - b? = (a + b)(a - b). Another 
common pattern consists of perfect squares of bino- 
mial expressions, such as (x + b)”. Any squared bino- 
mial has the form x? + 2bx + b?. The important 
things to note are: (1) the coefficient of x* is always 
one (2) the coefficient of x in the middle term is always 
twice the square root of the last term. Thus, x* + 
10x + 25 = (x + 5)*,x?-6x + 9 = (x-3)*, and so on. 


Many practical problems of interest involve poly- 
nomial equations. A polynomial equation of the form 
ax’ + bx + c = Ocan be solved if the polynomial can 
be factored. For instance, the equation x” + x-2 = 0 
can be written (x + 2)(x - 1) = 0, by factoring the 
polynomial. Whenever the product of two numbers or 
expressions is zero, one or the other must be zero. 
Thus, either x + 2 = 0 or x-1 = 0, meaning that 
x = -2 and x = 1 are solutions of the equation. 
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KEY TERMS 


Product—The product of two numbers is the num- 
ber obtained by multiplying them together. 
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| Factorial 


The number n! is the product 1 x 2x 3x 4x... x 
n, that is, the product of all the natural numbers from 
1 up to n, including n itself where 1 is a natural num- 
ber. It is called either n factorial or factorial n. Thus 5! 
is the number | x 2 x 3 x 4x 5, or 120. 


Older books sometimes used the symbol In for n 
factorial, but the numeral followed by an exclamation 
point is currently the standard symbol. In 1808, 
French mathematician Christian Kramp (1760-1826) 
first used the notation n!. 


Factorials show up in many formulas of statistics, 
probability, combinatorics, calculus, algebra, and 
elsewhere. For example, the formula for the number 
of permutations of n things, taken n at a time, is simply 
n!. If a singer chooses eight songs for his or her con- 
cert, these songs can be presented in 8!, or 40,320 
different orders. Similarly, the number of combina- 
tions of n things r at a time is n! divided by the product 
ri(n - r)!. Thus, the number of different bridge hands 
that can be dealt is 52! divided by 13!39!. This happens 
to be a very large number. 


When used in conjunction with other operations, 
as in the formula for combinations, the factorial func- 
tion takes precedence over addition, subtraction, neg- 
ation, multiplication, and division unless parentheses 
are used to indicate otherwise. Thus, in the expression 
r\(n - r)!, the subtraction is done first because of the 
parentheses; then r! and (r - n)! are computed; then the 
results are multiplied. 
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As n! has been defined, 0! makes no sense. 
However, in many formulas, such as the one above, 
0! can occur. If one uses this formula to compute the 
number of combinations of 6 things 6 at a time, the 
formula gives 6! divided by 6!0!. To make formulas 
like this work, mathematicians have decided to give 0! 
the value 1. When this is done, one gets 6!/6!, or 1, 
which is, of course, exactly the number of ways in 
which one can choose all six things. 


As one substitutes increasingly large values for n, 
the value of n! increases very fast. Ten factorial is more 
than three million, and 70! is beyond the capacity of 
even those calculators which can represent numbers in 
scientific notation. 


This is not necessarily a disadvantage. In the series 
representation of sine x, which is x/I! - x°/3! + x°/5! - 
..., the denominators get large so fast that very few 
terms of the series are needed to compute a good 
decimal approximation for a particular value of sine x. 


Fahrenheit see Temperature 


[ Falcons 


Falcons are birds of prey in the family Falconidae. 
There are 39 species of true falcons, all in the genus 
Falco. Like other species in the order Falconiformes 
(which also includes hawks, eagles, osprey, and vul- 
tures), falcons have strong raptorial (or grasping) 
talons, a hooked beak, extremely acute vision, and a 
fierce demeanor. Falcons can be distinguished from 
other raptors by the small toothlike serrations (called 
tomial teeth) on their mandibles and by their specific 
coloration. They also have distinctive behavior pat- 
terns, such as killing their prey by a neck-breaking 
bite, head-bobbing, defecating below the perch or 
nest, and an often swift and direct flight pattern. 


Falcons can be found on all continents except 
Antarctica. Some species have a very widespread dis- 
tribution. In particular, the peregrine falcon (Falco 
peregrinus) is virtually cosmopolitan, having a number 
of subspecies, some of them specific to particular oce- 
anic islands. Other falcons are much more restricted in 
their distribution: for example, the Mauritius kestrel 
(F. puctatus) only breeds on the island of Mauritius in 
the Indian Ocean. At one time, fewer than ten individ- 
uals of this endangered species remained, although 
populations have since increased as a result of strict 
protection and a program of captive breeding and 
release. 
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A peregrine falcon taking flight. (Alan & Sandy Carey. The National Audubon Society Collection/Photo Researchers.) 


Species of falcons exploit a very wide variety of 
habitat types, ranging from the high arctic tundra to 
boreal and temperate forest, prairie and savanna, and 
tropical forests of all types. Falcons catch their own 
food. Most species of falcons catch their prey in flight, 
although kestrels generally seize their food on the 
ground, often after hovering above. As a group, fal- 
cons eat a great range of foods; however, particular 
species are relatively specific in their feeding, limiting 
themselves to prey within certain size ranges. The 
American kestrel (F. sparverius), for example, eats 
mostly insects, earthworms, small mammals, and 
small birds, depending on their seasonal availability. 
Heavier, more powerful falcons, such as the peregrine, 
will eat larger species of birds, including ducks, sea- 
birds, grouse, pigeons, and shorebirds. 


The nests of many falcons are rather crudely made, 
often a mere scrape on a cliff ledge or on the ground. 
Some species, however, nest in natural cavities or old 


woodpecker holes in trees, as is the case with the 
American kestrel. Most kestrels will also use nest 
boxes provided by humans. Peregrines, which some- 
times breed in cities, will nest on ledges on tall build- 
ings, a type of artificial cliff. 


The courtship displays of falcons can be impres- 
sive, in some cases involving spectacular aerial dis- 
plays and acrobatics. Those of the peregrine are most 
famous. To impress a female (properly called a fal- 
con), the male bird (called a tiercel) will swoop down 
from great heights at speeds as high as 217 mph (350 
km/h) and will execute rolls and other maneuvers, 
including midair exchanges of food with its intended 
mate. Although this species undertakes long-distance 
seasonal migrations, the birds return to the same nest- 
ing locale and, if possible, will mate with the same 
partner each year. Incubation of falcon eggs does not 
begin until the entire clutch is laid, so all young birds in 
a nest are about the same size. This is different from 
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An American kestrel (Falco sparverius) at the Arizona Sonora Desert Museum, Arizona. Not much larger than a blue jay, the 
kestrel is the smallest of the North American falcons. (Robert J. Huffman. Field Mark Publications.) 


many other birds of prey, which incubate as soon as 
the first egg is laid, resulting in a great size range of 
young birds in the nest. In falcons, the female (which is 
always larger than the male) does most of the incubat- 
ing, while the tiercel forages widely for food. 


The most northerly species is the gyrfalcon 
(F. rusticolus), a large white species that breeds through- 
out the Arctic of North America and Eurasia. This bird 
usually has its nest, or aerie, high on a cliff. The nest site 
is typically reused for many years, and can often be 
discerned from miles away by the colorful orange and 
white streakings of guano and rock lichens growing in a 
fertilized zone extending several meters beneath the nest. 
Depending on the nearby habitat, gyrfalcons may feed 
on ptarmigan, seabirds, or small migratory birds such as 
buntings and shorebirds. 


Other familiar falcons of North America include 
the prairie falcon (F. mexicanus), which ranges widely 
in open habitats of the southwestern region, and the 
merlin or pigeon hawk (F. columbarius), which breeds 
in boreal and subarctic habitats and winters in the 
southern part of the continent and Central America. 
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Interaction of falcons with humans 


Falcons fascinate many people, largely because of 
their fierce, predatory behavior. As a result, sightings 
of falcons are considered to be exceptional events for 
bird watchers and many other people. Some species of 
falcons, such as kestrels, are also beneficial to humans 
because they eat large numbers of mice, grasshoppers, 
and locusts that are potential agricultural pests. 


However, as recently as the middle of this century, 
some species of falcons were themselves regarded as 
major pests—dangerous predators of game birds. Asa 
result, falcons, especially peregrines, were killed in 
large numbers by professional gamekeepers and hunt- 
ers. Fortunately, this practice ended, and falcons are 
now rarely hunted by humans. However, young fal- 
cons are still taken from wild nests, often illegally, for 
use in falconry. 


Falconry is a sport with a three-thousand-year 
history, in which falcons are free-flown to catch and 
kill game birds, such as grouse, ptarmigan, pheasants, 
and ducks. Falcons are rather wild birds, however, 
and they must be well trained or they may not return 
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to the falconer’s hand. Because of their power, speed, 
and fierce and independent demeanor, the most highly 
prized species in falconry are the largest, most robust 
falcons, especially the gyrfalcon and the peregrine. 


Some birds trained in falconry are not only used 
for sport. Falcons are also used in some places to drive 
birds, such as gulls, away from airports in an effort to 
prevent catastrophic collisions with aircraft. 


Some species of falcons have suffered consider- 
able damage from the widespread usage of certain 
types of insecticides. Most harmful has been the use 
of persistent bioaccumulating chlorinated-hydrocar- 
bon insecticides, such as DDT and dieldrin. These 
and other related chemicals (such as polychlorinated 
biphenyls, or PCBs) have caused the collapse of pop- 
ulations of peregrines and other species of birds. For 
example, populations of the most widespread sub- 
species of the peregrine falcon in North America 
(F. peregrinus anatum) were widely destroyed by 
these toxic exposures, and the northern subspecies 
(F. p. tundrius) suffered large declines. However, 
because of restrictions on the use of these chemicals 
since the 1970s, they now have less of an effect on 
falcons and other birds. In fact, some breeding and 
migratory populations of peregrine falcons in North 
America have significantly increased since the late 
1970s. This recovery has been aided by large captive 
breeding programs in the United States and Canada 
aimed at releasing these birds into formerly occupied 
or underpopulated habitats. 


Still, the populations of many species of falcons is 
greatly reduced, and some species are threatened or 
endangered. Protecting these species would best be 
accomplished by ensuring that extensive tracts of 
appropriate natural habitat always remain available 
for falcons and other wildlife. However, in more acute 
cases, expensive management of the habitat and pop- 
ulations of falcons is necessary to protect these fasci- 
nating birds. 


Current status of North American falcons 


- Aplomado falcon (Falco femoralis). Has been rein- 
troduced in Texas and is breeding there. Decline in 
population is thought to have been due to agricul- 
tural expansion and to eggshell thinning resulting 
from the use of pesticides. 


- Collared forest falcon (Micrastur semitorquatus). 
Southwestern stray. 


- Peregrine falcon (Falco peregrinus). Pesticides and 
PCB poisoning caused widespread reproductive 
failure from the 1940s to 1970s, causing species to 
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disappear from many of the former nesting grounds. 
It has since been reintroduced in many areas, and 
appears to be doing well locally. 


Prairie falcon (Falco mexicanus). Species has experi- 
enced some eggshell thinning and mercury poisoning 
(mainly built up from feeding on the seed-eating 
horned lark). Has declined in some areas (including 
Utah, western Canada, and agricultural regions of 
California), but the current population appears 
stable. 


American kestrel (Falco sparverius). Decline in pop- 
ulation in the Northeast in recent years, but other- 
wise the population appears stable. Nest boxes have 
helped maintain populations in some areas. 


Gyrfalcon (Falco rusticolus). Rare. Has declined in 
parts of Arctic Europe, but appears stable in North 
America. Illegal poaching for falconry may be a 
problem in some areas, but fortunately most nest 
sites are out of range of human disturbance. 


Merlin (Falco columbarius). There were earlier indi- 
cations that this bird was experiencing adverse effects 
from the use of pesticides in eastern Canada, and 
from mercury buildup in western Canada. Numbers 
now appear to be increasing in the northern prairies, 
and to be remaining stale elsewhere. 


Crested caracara (Polyborus plancus). Has declined 
due to loss of habitat due to agricultural expansion 
and hunting. There has been some evidence of an 
increase in population in Texas. The population on 
Guadalupe Island, Mexico, became extinct in 1900. 
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Faraday effect 


l Faraday effect 


The Faraday effect, also called Faraday rotation, 
occurs when the direction of polarization of an electro- 
magnetic wave is changed when the wave passes through 
a piece of transparent material permeated by a magnetic 
field. The amount of the rotation is determined by a 
property of the transparent material called its Verdet 
coefficient, by the thickness of the piece of material, 
and by the strength of the magnetic field. The law is 
usually expressed as 8 = VBL, where V is the Verdet 
coefficient of the material, B is the strength of the mag- 
netic field, and L is the thickness of the piece of material. 


The Faraday effect should not be confused with 
Faraday’s law, which describes the induction of cur- 
rent in a wire loop by a changing magnetic field inside 
the loop. The two phenomena were both described by 
English physicist Michael Faraday (1791-1867) in the 
nineteenth century, but they are distinct. 


Faraday discovered the Faraday effect in 1845 
while systematically investigating the interactions of 
magnetic fields, transparent materials, and polarized 
light (light is a form of electromagnetic radiation). 
The electromagnetic nature of light was not yet under- 
stood, and Faraday’s observation was the first to show 
that light is related to magnetism: as Faraday noted in 
his diary, “there was an effect produced on the polar- 
ized ray, and thus magnetic force and light were proved 
to have relation to each other. This fact will most likely 
prove exceedingly fertile and of great value in the inves- 
tigation of both conditions of natural force.” 


The causes of the Faraday effect lie in the detailed 
physics of the transmission of electromagnetic radia- 
tion through material objects; the Faraday effect does 
not appear when electromagnetic rays pass through a 
magnetic field in a vacuum. In brief, a linearly polarized 
ray can be thought of as the superposition or simulta- 
neous presence of two rays circularly polarized in 
opposite directions. In a medium with nonzero Verdet 
coefficient, these two circularly polarized rays experi- 
ence different delays (for complex reasons). When they 
emerge from the slab of material they recombine into 
a single, linearly-polarized ray whose direction of polar- 
ization has been rotated through some angle 0. 


The Faraday effect has practical uses. For 
instance, it can be used to detect the presence of a 
magnetic field, which in turn can be used to detect 
the presence of an electrical current. There are other 
methods for detecting magnetic fields, but the 
Faraday effect can be used to detect faint fields and 
fields in spaces that are difficult to access, such as 
super-hot plasmas. The Faraday effect is also being 
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investigated for use in optical computing. By changing 
the value of a magnetic field rapidly, the polarization 
of a laser beam can be rapidly modulated (changed in a 
controlled way). This can be used to impress informa- 
tion on the laser beam, and that information can be 
detected by a receiving device. For detection, the 
polarized light could be passed through a polarizing 
filter, which would block the light more or less depend- 
ing on its rapidly-changing angle of polarization. (A 
similar effect occurs when a pair of Polaroid sun- 
glasses blocks glare from the sky or from reflective 
surfaces. By rotating a pair of Polaroid sunglasses, 
you can observe the changing brightness of different 
sources of polarized light.) A relatively simple bright- 
ness detector could then record the data signal. Such 
devices have been proposed as ultra-high-speed data 
links connecting computing elements. 


Farm machinery see Agricultural machines 


Fat 


A fat is a solid triester of glycerol. It is formed 
when a molecule of glycerol, an alcohol with three 
hydroxyl groups, reacts with three molecules of fatty 
acids. A fatty acid is a long-chain aliphatic carboxylic 
acid. The more correct name for a fat is a triglyceride. 

The three fatty acid fragments in a fat may be all 
the same (a simple triglyceride) or they may be differ- 
ent from each other (a mixed triglyceride). The fat 
known as glyceryl tripalmitate, for example, is formed 
when a molecule of glycerol reacts with three mole- 
cules of palmitic acid. Glyceryl palmitate distearate, 
on the other hand, is produced in the reaction between 
one molecule of glycerol, one molecule of palmitic acid 
and two molecules of stearic acid. 


Fats and oils are closely related to each other in 
that both are triesters of glycerol. The two families 
differ from each other, however, in that fats are solid 
and oils are liquid. The difference in physical state 
between the two families reflects differences in the 
fatty acids of which they are made. Fats contain a 
larger fraction of saturated fatty acid fragments and 
have, therefore, higher melting points. Oils contain a 
larger fraction of unsaturated fatty acid fragments and 
have, as a result, lower melting points. 


As an example, beef tallow contains about 56% 
saturated fatty acid fragments and about 44% unsa- 
turated fatty acid fragments. In comparison, corn oil 
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contains about 13% saturated fatty acid fragments 
and 87% unsaturated fatty acid fragments. 


Both fats and oils belong to the family of bio- 
chemicals known as the lipids. The common charac- 
teristics that all lipids share with each other is that they 
tend to be insoluble in water, but soluble in organic 
solvents such as ether, alcohol, benzene, and carbon 
tetrachloride. 


Fats are an important constituent of animal 
bodies where they have four main functions: First, 
they are a source of energy for metabolism. Although 
carbohydrates are often regarded as the primary 
source of energy in an organism, fats actually provide 
more than twice as much energy per calories as do 
carbohydrates. 


Fats also provide insulation for the body, protect- 
ing against excessive heat losses to the environment. 
Third, fats act as a protective cushion around bones 
and organs. Finally, fats store certain vitamins, such 
as vitamins A, D, E, and K, which are not soluble in 
water but are soluble in fats and oils. 


Animal bodies are able to synthesize the fats they 
need from the foods that make up their diets. Among 
humans, 25-50% of the typical diet may consist of fats 
and oils. In general, a healthful diet is thought to be 
one that contains a smaller, rather than larger, pro- 
portion of fats. 


The main use of fats commercially is in the pro- 
duction of soaps and other cleaning products. When a 
fat is boiled in water in the presence of a base such as 
sodium hydroxide, the fat breaks down into glycerol 
and fatty acids. The sodiumsalt of fatty acids formed 
in this process is the product known as soap. The 
process of making soap from a fatty material is 
known as saponification. 


See also Lipid. 


l Fatty acids 


A fatty acid is a combination of a chain of carbon 
and hydrogenatoms, known as a hydrocarbon, and 
a particular acid group known as a carboxyl group 
(-COOH). Three fatty-acid molecules combined with a 
glycerol form a triglyceride fat or oil. 


While several varieties of fatty acid occur in 
nature, all belong in one of two categories—saturated 
or unsaturated. In a saturated fatty-acid molecule, all 
the carbon atoms in the chain are attached to two 


GALE ENCYCLOPEDIA OF SCIENCE 4 


hydrogen atoms, the maximum amount. All the 
bonds between the carbon atoms in the chain are 
single electron bonds. An example of fat made of 
saturated fatty acids is butter. 


Unsaturated fatty-acid molecules have one or 
more carbon atoms with only a single hydrogen 
atom attached. In these chains, one or more bonds 
between the carbon atoms are double. A molecule 
with one double bond is called monounsaturated, 
and two or more double bonds is called polyunsatu- 
rated. An example of unsaturated fat is vegetable oil. 


Generally, fats consisting of saturated fatty acids 
are solid, and those made up of unsaturated molecules 
are liquid. An unsaturated fatty acid may be converted 
into saturated through a process called hydrogena- 
tion. While most modern diets are aimed at the reduc- 
tion of fatty acids (fats), it is important to recognize 
that several of them, such as oleic, butyric, and pal- 
mitic acid, are important parts of the human diet. 
Another, linoleic acid, is absolutely essential to 
human life. It is an important part of a vital chemical 
reaction in the body, and is obtained solely through 
ingestion. It is found in corn, soybean, and peanut oils. 


Recently, concern about the amount of trans fatty 
acids present in food has caused debate. Trans fatty 
acids are formed during the process of partial hydro- 
genation of unsaturated fatty acids (like vegetable oil) 
into margarine and vegetable shortening. Some 
research suggests that levels of trans fatty acids can 
alter the amount of cholesterol found in blood, which 
can be a significant risk to people suffering from high 
cholesterol levels and heart disease. In addition to 
being found in margarine, trans fatty acids are also 
found naturally in small quantities in beef, pork, lamb, 
and milk. There is conflicting evidence, however, of 
the dangers of trans fatty acids in daily diets. 
Generally, it is recommended to limit the total daily 
amount of fat eaten, rather than focusing solely on 
trans fatty acid consumption. In some countries such 
as Canada, legislation has been enacted to limit or ban 
outright the use of trans fats in certain processed foods 
such as potato chips and cookies. 


l Fault 


A fault is a geologic term describing a fracture at 
which two bodies of rock have been displaced relative 
to each other. Bedrock faults are those in which bodies 
of rock meet; small, local movements may occur on 
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The San Andreas fault extends almost the full length of 
California. The landscape consists of pressure ridges formed 
by hundreds of fault movements. (JLM Visuals.) 


bedrock faults. Much larger movements or displace- 
ments occur along faults where plates of Earth’s crust 
abut each other. Faults may be inches (centimeters) to 
hundreds of miles (kilometers) in length, and move- 
ments or displacements have the same range in length. 
Major fault systems are typically found where plates 
meet; for example, the San Andreas fault in California 
is really a fault system that includes many smaller faults 
that branch off of the main trace of the San Andreas as 
well as faults that parallel the main fault. It may be 
more accurate to call these systems “fault zones” or 
“fault belts” that contain known and unknown faults. 
The Northridge earthquake in the Los Angeles area in 
January 1994 occurred along a thrust fault that had not 
previously been known but is within the San Andreas 
zone. A fault zone may be hundreds of feet (meters) 
wide and each has a unique character; some include 
countless faults and others have very few. 


Plate tectonics 
To understand faults, it is helpful to understand 


plate tectonics. Earth’s crust is not a solid skin. 
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Instead, it is made up of huge blocks of rock that fit 
together to form the entire surface of the planet, 
including the continents or landmasses and the ocean 
floors. Scientists believe the crust is composed of 
about 12 of these plates. Each plate is relatively rigid, 
and, where the plates meet, they can spread apart, 
grind against each other, or ride one over the other 
in a process called subduction. Spreading plates most 
commonly occur in the oceans in the phenomenon 
known as sea-floor spreading; when plates spread 
within landmasses, they create huge valleys called 
rifts. The process of plates grinding together causes 
near-surface earthquakes, and the collision and sub- 
duction of plates causes the most intense earthquakes 
much deeper in the crust. 


The engine driving the movement of the plates 
originates deep in the earth. The mantle, a zone under- 
lying the crust, is very dense rock that is almost liquid. 
Deeper still is Earth’s core, which is molten rock. 
Because it is fluid, the core moves constantly. The 
mantle responds to this, as well as to centrifugal 
force caused by the rotation of Earth on its axis and 
to the force of gravity. The slower motions of the 
mantle pulse through the thin crust, causing earth- 
quakes, volcanic activity, and the movement of tec- 
tonic plates. Together, the pulses caused by the heat 
engine inside Earth result in over a million earth- 
quakes per year that can be detected by instruments. 
Only one third of these can be felt by humans, most of 
which are very small and do not cause any damage. 
About 100-200 earthquakes per year cause some dam- 
age, and one or two per year are catastrophic. 


History of our understanding of faults 


In the history of the study of faults, Robert 
Mallet, an Irish engineer, was the first to believe that 
simple mechanics of Earth’s crust cause earthquakes. 
Until 1859, when he proposed his theory, earthquakes 
were believed to be caused by huge explosions deep 
within Earth, and the origin of these explosions was 
never questioned. Mallet knew that iron, which 
appears indestructible, ruptures under extreme stress, 
and Mallet theorized that earthquakes are caused 
“either by the sudden flexure and constraint of the 
elastic materials forming a portion of Earth’s crust, 
or by their giving way and become fractured.” Mallet 
was not supported, primarily because he was not a 
scholar, and because he lived in Ireland where earth- 
quakes seldom occur. In 1891, however, Professor 
Bunjiro Koto, a Japanese specialist in seismology, or 
the study of earthquakes, endorsed Mallet’s theory. 
After the Mino-Iwari earthquake, which occurred 
along a remarkably clear fault line crossing the island 
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of Honshu, he said the shaking earth caused quakes 
and not the other way around. Harry Fielding Reid, 
an American scientist, was the first to relate the 
stresses along faults to tectonic plate boundaries 
after the 1906 Great San Francisco Earthquake. 


Types of faults 


Faults themselves do not cause earthquakes; 
instead, they are the lines at which plates meet. When 
the plates press together (compress) or pull apart (are 
in tension), earthquakes occur. The fault line is essen- 
tially a stress concentration. If a rubber band is cut 
partially through then pulled, the rubber band is most 
likely to break at the cut (the stress concentration). 
Similarly, the “break” (stress release or earthquake) 
occurs along a fault when the plates or rock bodies 
that meet at the fault press together or pull apart. 


Movement along a fault can be vertical (up and 
down, changing the surface elevation), horizontal (flat 
at the surface but with one side moving relative to the 
other), or a combination of motions that inclines at 
any angle. The angle of inclination of the fault plane 
measured from the horizontal is called the dip of the 
fault plane. This movement occurs along a fault sur- 
face or fault plane. Any relative vertical motion will 
produce a hanging wall and a footwall. The hanging 
wall is the block that rests upon the fault plane, and 
the footwall is the block upon which you would stand 
if you were to walk on the fault plane. 


Dip-slip faults are those in which the primary 
motion is parallel to the dip of the fault plane. A 
normal fault is a dip-slip fault produced by tension 
that stretches or thins Earth’s crust at a normal fault, 
the hanging wall moves downward relative to the 
footwall. Two normal faults are often separated by 
blocks of rock or land created by the thinning of 
the crust. When such a block drops down relative to 
two normal faults dipping toward each other, the 
block is called a graben. The huge troughs or rift 
valleys created as plates move apart from each other 
are grabens. The Rhine Valley of Germany is a graben. 
An extreme example is the Atlantic Ocean; over 250 
million years ago, North America and Africa were a 
single mass of land that slowly split apart and moved 
away from each other (a process called divergence), 
creating a huge graben that became the Atlantic Ocean 
basin two normal faults dipping away from each other 
can create an uplifted block between them that is 
called a horst. These look like raised plateaus instead 
of sunken valleys. If the block between normal faults 
tilts from one side to the other, it is called a tilted fault 
block. 
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Figure 1. Normal fault striking north. The solid square 
represents the slip vector showing the motion of block A 
relative to block B. (Illustration by Hans & Cassidy. Courtesy of 
Gale Group.) 
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Sea level 


Figure 2. Formation of oceanic basin. (/ilustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


A reverse fault is another type of dip-slip fault 
caused by compression of two plates or masses in the 
horizontal direction that shortens or contracts Earth’s 
surface. When two crustal masses butt into each other 
at a reverse fault, the easiest path of movement is 
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Figure 3. Thrust fault striking north. The solid square 
represents the slip vector showing the motion of block A 
relative to block B. (Illustration by Hans & Cassidy. Courtesy of 
Gale Group.) 


Figure 4. Strike-slip fault. (I/lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


upward. The hanging wall moves up relative to the 
footwall. When the dip is less than (flatter than) 45°, 
the fault is termed a thrust fault, which looks much 
like a ramp when the angle of dip is much less than 45° 
and the total movement or displacement is large, the 
thrust fault is called an overthrust fault. In terms of 
plate movement, the footwall is slipping underneath 
the hanging wall in a process called subduction. 


Strike-slip faults are caused by shear (side-by- 
side) stress, resulting in a horizontal direction, parallel 
to the nearly vertical fault plane strike-slip faults are 
common in the sea floor and create the extensive off- 
sets mapped along the midoceanic ridges. The San 
Andreas Fault is perhaps the best-known strike-slip 
fault, and, because much of its length crosses land, its 
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offsets are easily observed. Strike-slip faults have 
many other names including lateral, transcurrent, 
and wrench faults. Strike-slip faults located along 
midoceanic ridges are called transform faults. As the 
sea floor spreads, new crust is formed by magma 
(molten rock) that flows up through the break in the 
crust. This new crust moves away from the ridge, and 
the plane between the new crust and the older ridge is 
the transform fault. 


Relative fault movement is difficult to measure 
because no point on Earth’s surface, including sea 
level is fixed or absolute. Geologists usually measure 
displacement by relative movement of markers that 
include veins or dikes in the rock. Sedimentary rock 
layers are especially helpful in measuring relative 
uplift over time. Faults also produce rotational move- 
ments in which the blocks rotate relative to each other; 
some sedimentary strata have been rotated completely 
upside down by fault movements. These beds can also 
be warped, bent, or folded as the comparatively soft 
rock tries to resist compressional forces and friction 
caused by slippage along the fault. Geologists look 
for many other kinds of evidence of fault activity 
such as slickensides, which are polished or scratched 
fault-plane walls, or fault gouge, which is clayey, fine- 
grained crushed rock caused by compression. Coarse- 
grained fault gouge is called fault breccia. 


Mountain-building by small movements 
along faults 


Compression of land masses along faults has built 
some of the great mountain ranges of the world. 
Mountain-building fault movements are extremely 
slow, but, over a long time, they can cause displace- 
ments of thousands of feet (meters). Examples of 
mountain ranges that have been raised by cumulative 
lifting along faults are the Wasatch Range in Utah, the 
uplifting of layer upon layer of sedimentary rocks that 
form the eastern front of the Rocky Mountains in 
Wyoming and Montana, the large thrust faults that 
formed the Ridge and Valley Province of the 
Appalachian Mountains in Virginia and Tennessee, 
and the Himalayas (including Mount Everest and sev- 
eral of the other tallest mountains in the world) that 
continue to be pushed upward as the tectonic plate 
bearing the Indian Subcontinent collides with the 
Eurasian plate. Tension along smaller faults has cre- 
ated the mountain ranges that bracket the Great Basin 
of Nevada and Utah. These mountains may have been 
formed by the hanging walls of the many local faults 
that slid downward by thousands of feet (meters) until 
they became valley floors. 
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Earthquake generation by large sudden 
movements along faults 


Most fault motions are slow and creeping move- 
ments, unlikely to be felt by humans at ground surface. 
Some occur as rapid spasms that happen in a few 
seconds and can cause ground displacements of inches 
or feet (centimeters or meters). These movements are 
resisted by friction along the two faces of the fault 
plane until the tensional, compressional, or shear 
stress exceeds the frictional force. Earthquakes are 
caused by these sudden jumps or spasms. Severe shak- 
ing can result, and ground rupture can create fault 
scarps. 


Famous or infamous faults 
The San Andreas fault 


The San Andreas fault may well be the best- 
known fault in the world. It marks a major fracture 
in Earth’s crust, passing from southern through north- 
ern California for a length of about 650 miles (1,050 
km) and then traversing under part of the northern 
Pacific Ocean. The San Andreas marks a plate boun- 
dary between the Northern Pacific and North 
American plates, and, because this transform fault 
extends to the surface in a heavily populated area, 
movement along the fault causes major earthquakes. 
The forces that cause these movements are the same 
ones responsible for continental drift. 


The Great San Francisco Earthquake of 1906 
occurred along the main San Andreas, and the Loma 
Prieta earthquake of 1989 was caused by movement on 
a branch of the San Andreas. The motion of the 
Northern Pacific plate as it grinds past the North 
American plate causes strike-slip fault movements. 
The plate is moving at an average of about 0.4 inches 
(1 cm) per year, but its speed accelerated during the 
1900s to between 1.6-2.4 inches (4-6 cm) per year as it 
pushes Los Angeles northward toward San Francisco. 
Much more rapid jumps occur during earthquakes; in 
1906, movements as great as 21 feet (6.4 m) were meas- 
ured in some locations along the San Andreas fault. 


The San Andreas fault is infamous for another 
reason. The major cities of California including Los 
Angeles, Oakland, San Jose, and San Francisco, home 
to millions of people, straddle this fault zone. Such 
development in this and other parts of the world puts 
many at risk of the devastation of major fault move- 
ments. Sudden fault movements fill the headlines for 
weeks, but, over the course of geologic time, they are 
relatively rare so the chances to study them and their 
effects are limited. Similarly, our knowledge and 
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ability to predict fault motions and to evacuate citi- 
zens suffers. An estimated 100 million Americans live 
on or near an active earthquake fault. 


The New Madrid fault is more properly called a 
seismic zone because it is a large fracture zone within 
a tectonic plate. It is a failed rift zone; had it developed 
like the East African Rift Valley, it would have 
eventually split the North American continent into 
two parts. The zone crosses the mid-section of the 
United States, passing through Missouri, Arkansas, 
Tennessee, and Kentucky in the center of the North 
American Plate. The zone is about 190 miles (300 km) 
long and 45 miles (70 km) wide, and it lies very deep 
below the surface. The zone is covered by alluvial 
material (soil and rock carried and deposited by 
water) from the Mississippi, Ohio, and Missouri riv- 
ers; because this alluvial material is soft and unstable, 
movement within the fracture zone transmits easily to 
the surface and is felt over a broad area. 


On December 16, 1811, and January 23 and 
February 7, 1812, three earthquakes estimated to 
have measured greater than magnitude 8.0 on the 
Richter scale had their epicenters near the town of 
New Madrid, Missouri, then part of the American 
Frontier. An area of 3,000-5,000 square miles (7,800- 
13,000 sq km) was scarred by landslides, fissures, 
heaved-up land, leveled forests, and lakes, swamps, 
and rivers that were destroyed, rerouted, or created. 
These earthquakes were felt as far away as the East 
Coast, north into Canada, and south to New Orleans. 


On January 16, 1995, the city of Kobe, Japan, was 
struck by a magnitude 7.2 earthquake that killed more 
than 4,000 people and left almost 275,000 homeless. 
Like the California cities along the San Andreas, Kobe 
is a port city, so the earthquake also caused tremen- 
dous losses to the region’s economy. Also like 
Oakland and San Francisco, California, Kobe is 
located next to a deep bay. Osaka Bay is encircled by 
a host of faults and fault zones with complicated rela- 
tionships. The Nojima fault on Awaji Island appears 
to have been the fault that hosted the Hyogogen- 
Nambu Earthquake of 1995. The North American 
Plate, Pacific Plate, Eurasian Plate, and Philippine 
Sea Plate all impact each other near the islands of 
Japan. Thick, relatively young deposits of alluvial 
soil overly the faults that pass under Osaka Bay; 
these amplified the earth’s movements along the fault 
in this highly populated area. 


Earthquakes caused by human activities 
Although the most devastating earthquakes occur 


in nature, humans have been able to learn more about 
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KEY TERMS 


Continental drift—A theory that explained the rela- 
tive positions and shapes of the continents, and other 
geologic phenomena, by lateral movement of the 
continents. This was the precursor to plate tectonic 
theory. 


Core—The molten center of Earth. 


Crust—The outermost layer of Earth, situated over 
the mantle and divided into continental and oceanic 
crust. 


Dip—the angle of inclination (measured from the 
horizontal) of faults and fractures in rock. 


Footwall—The block of rock situated beneath the 
fault plane. 


Graben—A block of land that has dropped down 
between the two sides of a fault to form a deep 
valley. 


Hanging wall—tThe block of rock that overlies the 
fault plane. 


Horst—A block of land that has been pushed up 
between the two sides of a fault to form a raised 
plain or plateau. 


Mantle—The middle layer of Earth that wraps 
around the core and is covered by the crust. The 
mantle consists of semisolid, partially melted rock. 


faults and earthquake mechanisms since we have had 
the power to produce earthquakes ourselves. Nuclear 
weapons testing in the desert near Los Alamos, New 
Mexico, was the first known human activity to pro- 
duce measurable earthquakes that were found to 
propagate along existing faults. Our ability to build 
major dams that retain huge quantities of water has 
also generated earthquakes by so-called “hydrofrac- 
turing,” in which the weight of the water stresses frac- 
tures in the underlying rock. Pumping of oil and 
natural gas from deep wells and the disposal of liquid 
wastes through injection wells have also produced 
small motions along faults and fractures. 


Advances in fault studies 


Our understanding of how faults move has 
improved greatly with modern technology and 
mapping. Laser survey equipment and satellite photo- 
grammetry (measurements made with highly accurate 
photographs) have helped measure minute move- 
ments on faults that may indicate significant patterns 
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Normal fault—A fault in which tension is the pri- 
mary force and the footwall moves up relative to the 
hanging wall. 

Plate tectonics—The theory, now widely accepted, 
that the crust of Earth consists of about twelve mas- 
sive plates that are in motion due to heat and move- 
ment within Earth. 


Reverse fault—A fault resulting from compressional 
forces and the hanging wall moves up relative the 
footwall. 


Seismic gap—A length of a fault, known to be histor- 
ically active, that has not experienced an earthquake 
recently and may be storing strains that will be 
released as earthquake energy. 


Strike-slip fault—A fault at which two plates or rock 
masses meet and move lateral or horizontally along 
the fault line and parallel to the compression. 


Subduction—In plate tectonics, the movement of 
one plate down into the mantle where the rock 
melts and becomes magma source material for new 
rock. 


Thrust fault—A low-angle reverse fault in which the 
dip of the fault plane is 45° or less and displacement 
is primarily horizontal. 


and imminent earthquakes. Seismic gaps have been 
identified along plate boundaries. Through detailed 
mapping of tiny earthquakes, zones where strains 
in the earth have been relieved are identified; similarly, 
seismic gap areas without those strain-relieving 
motions are studied as the most likely zones of origin 
of coming earthquakes. 


Resources 


BOOKS 


Erickson, Jon. “Quakes, Eruptions, and Other Geologic 
Cataclysms.” The Changing Earth Series. New York: 
Facts on File, 1994. 

Keller, Edward. Environmental Geology. Upper Saddle 
River, NJ: Prentice-Hall, Inc., 2000. 

Japanese Geotechnical Society. Soils and Foundations: 
Special Issue on Geotechnical Aspects of the January 17, 
1995, Hyogoken-Nambu Earthquake. Tokyo: Japanese 
Geotechnical Society, January 1996. 

Walker, Bryce and the Editors of Time-Life Books. Planet 
Earth: Earthquake. Alexandria, VA: Time-Life 
Books, 1982. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


OTHER 

University of Nevada, Reno: Seismological Laboratory. 
“Plate Tectonics, the Cause of Earthquakes” <http:// 
www.seismo.unr.edu/ftp/pub/louie/class/100/plate- 
tectonics.html> (accessed November 24, 2006). 

U.S. Geological Survey. “Earthquake Hazards Program— 
FAQ—Earthquakes, Faults, Plate Tectonics, Earth 
Structre” <http://earthquake.usgs.gov/learning/ 
faq.php?categoryID = 1> (accessed November 16, 
2006). 


Gillian S. Holmes 


| Fauna 


Fauna is a generic term for the list of animal 
species occurring in a particular region. Fauna can 
refer to a prehistoric collection of animals, as might 
be inferred from the fossil record, or to a modern 
assemblage of species living in a region. More locally, 
a faunation refers to the communities of individuals of 
the various animal species and occurring in a partic- 
ular place. Because many zoologists specialize in the 
animals they study, fauna are often considered on the 
basis of systematic groups, as is the case of bird species 
(avifauna) or reptiles and amphibians (herpetofauna). 
The botanical analog is known as flora. 


A faunal region is a zoogeographic designation of 
large zones containing distinct assemblages of species 
that are more or less spatially isolated from other 
provinces by physical barriers to migration, such as a 
large body of water, a mountain range, or extensive 
desert. Faunal provinces are less distinct subunits of 
faunal regions. These various designations are typically 
separated by zones of rapid transition in species types. 


In the Americas, for example, there are two major 
faunal regions, with a zone of rapid transition occur- 
ring in Central America. The South American zoo- 
fauna include many species and even families that 
do not occur naturally in North America, and vice 
versa. The South and North American faunal regions 
are divided by the narrow Isthmus of Panama, which 
has been submerged by oceanic waters at various times 
in the geological past, or has otherwise presented 
a significant barrier to the migration of many species 
of animals. However, during periods in the past when 
animals were able to pass through this barrier, signifi- 
cant mixtures of the two fauna occurred. Lingering 
evidence of relatively recent episodes of prehistoric 
faunal blending include the presence of the opossum 
(Didelphis virginiana) and California condor (Gymnogyps 
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californianus) in North America, and white-tailed deer 
(Odocoileus virginianus) and cougar (Felis concolor) in 
South America. 


Another famous faunal transition is known as 
Wallace’s Line, after A. R. Wallace (1823-1913), the 
nineteenth-century naturalist who first identified it. 
(He was also with Charles Darwin (1809-1882), the 
co-publisher of the theory of evolution by natural 
selection). Wallace’s Line runs through the deepwater 
oceanic straits that separate Java, Borneo, and the 
Philippines and Southeast Asia more generally to the 
north, from Sulawesi, New Guinea, and Australia to 
the south. The most extraordinary faunistic difference 
across Wallace’s Line is the prominence of marsupial 
animals in the south, but there are also other important 
dissimilarities. 

One of the most famous faunal assemblages in the 
fossil record is that of the Burgess Shale of southeast- 
ern British Columbia. This remarkable fauna includes 
15-20 extinct phyla of metazoan animals that existed 
during an evolutionary radiation in the early 
Cambrian era, about 570 million years ago. Most of 
the phyla of the Cambrian marine fauna are now 
extinct, but all of these lost animals represented inno- 
vative and fantastic experiments in the form and 
function of the invertebrate body plan (and also 
undoubtedly, in invertebrate physiology, behavior, 
and ecology, although these cannot be inferred from 
the fossil record). 


Faunal dating see Dating techniques 


| Fax machine 


The facsimile, or fax, machine (which is Latin for 


fac simile, or make similar) is both a transmitting and 


receiving device that reads text, maps, photographs, 
fingerprints, and graphics and communicates via tele- 
phone line. Since 1980s, fax machines have undergone 
rapid development and refinement and are now indis- 
pensable communication aids for news services, busi- 
nesses, government agencies, and individuals. 


The fax was invented by Scottish inventor and 
technician Alexander Bain (1811-1877) in 1842. His 
crude device, along with scanning systems invented by 
English physicist Frederick Collier Bakewell (1800- 
1869) in 1848 evolved into several modern versions. 
In 1869, Frenchman Ludovic d’Arlincourt synchron- 
ized transmitters and receivers with tuning forks and, 
thus, aided further developments. In 1924, faxes were 
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Feather stars 


Fax machine. (David Young-Wolff. PhotoEdit.) 


first used to transmit wire photos from Cleveland, 
Ohio, to New York City, a boom to the newspaper 
industry. Two years later, RCA (Radio Corporation 
of America) inaugurated a trans-Atlantic radio photo 
service for businesses. 


The use of faxes, and fax technology itself, remai- 
ned comparatively limited until the mid-1980s. By that 
time, models either required an electrolytic or photo- 
sensitive paper, which changed color when current 
passed through it; or thermal paper, a material coated 
with colorless dye, which became visible upon contact 
with a toner. Updated models from the 1990s employ 
plain paper (which, unlike thermal paper, avoids curl- 
ing) and are preferred for their superior reproduction. 
Another improvement is the invention of a scrambler, 
an encoder that allows the sender to secure secrecy for 
documents, particularly those deriving from highly 
sensitive government projects or secret industrial or 
business dealings. 


Some fax machines are incorporated into tele- 
phone units; others stand alone; and still others are 
part of personal computers. These last models contain 
a fax board, an electronic circuit that allows the 
computer to receive messages. In the most common 
models, the user inserts the material to be transmitted 
into a slot, and then makes a telephone connection 
with the facsimile machine and a modem. When the 
number is dialed, the modem makes an electronic 
connection. A rotating drum within the fax machine 
advances the original before an optical scanner. 
The scanner reads the original document either in 
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horizontal rows or vertical columns and converts the 
printed image into a pattern of several million tiny 
electronic signals, or pixels, per page. The facsimile 
machine can adjust the number of pixels so that the 
sender can control the sharpness and quality of the 
transmission. Within seconds, the encoded pattern is 
converted into electric current by a photoelectric cell, 
then travel via telegraph or telephone wires to the 
receiving fax, which is synchronized to accept the 
signal and produce an exact replica of the original by 
reverse process. 


Most fax machines in the 2000s usually use inkjet 
printers or laser printers as their printing device, as 
opposed to the earlier thermal printers. 


f Feather stars 


Feather stars, or comatulids, are echinoderms 
that belong to the class Crinoidea (phylum Echino- 
dermata), which they share with the sea lilies. Unlike 
the latter group, however, feather stars are not obliged 
to remain in one place; instead they can swim or even 
crawl over short distances before attaching themselves 
to some support. Swimming movements are achieved 
by waving the arms up and down in a slow, controlled 
manner. Feather stars are widely distributed through- 
out tropical and warm-temperate waters, with the 
main center of their distribution being focused on the 
Indo-Pacific region. An estimated 550 species are 
known. 


A feather star’s body consists of a basal plate 
known as the calyx which bears a number of special- 
ized cirri that are used for holding onto rocks or other 
objects when the animal is feeding or at rest. The 
mouth is situated on the upper surface of the calyx. 
Also arising from this small body are the jointed arms 
which are usually quite short but may measure more 
than 11.8 in (30 cm) in some species. Cold-water spe- 
cies tend to have much shorter arms than tropical 
feather stars. Each arm bears a large number of short 
pinnules (featherlike appendages). 


By far the most striking part of a feather star’s 
anatomy is their delicate, ostrich-plume-like arms that 
are usually highly colored. Some species can have 
more than 200 arms. Feather stars are suspension 
feeders and, when feeding, unfurl their arms and 
extend the many pinnules into the water current. 
Feather stars usually carefully choose their feeding 
site; typically they select a site on a high vantage 
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point at an angle to the current. As the water flows 
between the pinnules, additional tiny tentacles (known 
as podia) that are covered with mucus trap the many 
tiny food particles. These are then transferred to spe- 
cial grooves that run the inner length of the pinnules, 
where they are transferred down and inward to the 
mouth region. From here the food passes directly 
through the esophagus which opens into an intestine. 
Most feeding takes place at night, when the majority 
of reef fishes are resting, in order to avoid the grazing 
effects of these predators. Although feather stars react 
almost immediately to being touched and hurriedly 
fold away their arms, most species can also shed their 
arms if attacked. The arms will regenerate in time. As 
daylight approaches, however, and the risk of preda- 
tion increases, feather stars move away and hide 
among the crevices of the reef face. 


Feather stars are either male or female and fertil- 
ization is usually external. Some species retain their 
eggs on their arms but this is not the usual pattern of 
behavior. When the larvae hatch they pass through a 
series of development stages as free-swimming animals 
known as vitellaria. Eventually these settle and 
undergo a transformation that initially restricts them 
to a sessile (attached, not free-moving) state, as in sea 
lilies. Eventually, however, they develop the familiar 
arms of the adult feather star and are able to move 
around. 


See also Sea lily. 


Feldspar see Minerals 


I Fermentation 


In its broadest sense, fermentation refers to any 
biochemical process by which large organic molecules 
are broken down to simpler molecules as the result of 
the action of microorganisms. Virtually all organisms 
can perform fermentation, and some rely on it exclu- 
sively for their energy needs. The most familiar type 
of fermentation is the conversion of sugars and 
starches to alcohol by enzymes in yeast. To distinguish 
this reaction from other kinds of fermentation, the 
process is sometimes known as alcoholic or ethanolic 
fermentation. 


History 


The chemistry of fermentation was first investi- 
gated by French microbiologist Louis Pasteur (1822— 
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1895) in 1860, who called the process /a vie sans air, 
or life without air. Fermentation is indeed carried out 
without oxygen, and is therefore called an anaerobic 
process (an- meaning without; aero meaning air). 


Organisms that can use either air or not are called 
facultative aerobes, while those that must live without 
air are called obligate anaerobes. When oxygen is low, 
facultative aerobes, such as yeast, switch from cellular 
respiration, which requires oxygen, to fermentation. 


Ethanolic fermentation was one of the first chem- 
ical reactions observed by humans. In nature, various 
types of food go bad as a result of bacterial action. 
Early in history, humans discovered that this kind of 
change could result in the formation of products that 
were enjoyable to consume. The spoilage (fermenta- 
tion) of fruit juices, for example, resulted in the for- 
mation of primitive forms of wine. 


The mechanism by which fermentation occurs 
was the subject of extensive debate in the early 1800s. 
It was a key issue among those arguing over the con- 
cept of vitalism, the notion that living organisms are in 
some way inherently different from non-living objects. 
One aspect in this debate centered on the role of 
so-called ferments in the conversion of sugars and 
starches to alcohol. Vitalists argued that ferments 
(what is now known as enzymes) are inextricably 
linked to a living cell. Destroy a cell and ferments 
can no longer cause fermentation, they said. 


A crucial experiment on this issue was carried out 
in 1896 by German chemist Eduard Buchner (1860— 
1917). Buchner ground up a group of cells with sand 
until they were destroyed. He then extracted the liquid 
that remained and added it to a sugar solution. His 
assumption was that fermentation could no longer 
occur since the cells that had held the ferments were 
dead, so they no longer carried the life force needed to 
bring about fermentation. He was amazed to discover 
that the cell-free liquid did indeed cause fermentation. 
It was obvious that the ferments themselves, distinct 
from any living organism, could cause fermentation. 


Theory 


The chemical reaction that occurs in fermentation 
can be described quite easily. Starch is converted to 
simple sugars such as sucrose and glucose. Those sug- 
ars are then converted to alcohol (ethyl alcohol) and 
carbon dioxide. This description does not adequately 
convey the complexity of the fermentation process 
itself. During the 1930s, two German biochemists, 
Gustav Embden (1872-1933) and Otto Meyerhof 
(1884-1951), worked out the sequence of reactions 
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Fermentation 


by which glucose ferments. Glycolysis is sometimes 
called the Emden-Myerhof pathway. 


In a sequence of twelve reactions, glucose is con- 
verted to ethyl alcohol and carbon dioxide. A number 
of enzymes are needed to carry out this sequence of 
reactions, the most important of which is zymase, 
found in yeast cells. These enzymes are sensitive to 
environmental conditions in which they live. When 
the concentration of alcohol reaches about 14%, 
they are inactivated. For this reason, no fermentation 
product (such as wine) can have an alcoholic concen- 
tration of more than about 14%. 


Uses 


The alcoholic beverages that can be produced by 
fermentation vary widely, depending primarily on two 
factors—the plant that is fermented and the enzymes 
used for fermentation. Human societies use, of course, 
the materials that are available to them. Thus, various 
peoples have used grapes, berries, corn, rice, wheat, 
honey, potatoes, barley, hops, cactus juice, cassava 
roots, and other plant materials for fermentation. 
The products of such reactions are various forms of 
beer, wine or distilled liquors, which may be given 
specific names depending on the source from which 
they come. In Japan, for example, rice wine is known 
as Sake. Wine prepared from honey is known as mead. 
Beer is the fermentation product of barley, hops, and/ 
or malt sugar. 


Early in human history, people used naturally 
occurring yeast for fermentation. The products of 
such reactions depended on whatever enzymes might 
occur in “wild” yeast. Today, winemakers are able to 
select from a variety of specially cultured yeast that 
control the precise direction that fermentation will 
take. 


Ethyl alcohol is not the only useful product of 
fermentation. The carbon dioxide generated during 
fermentation is also an important component of 
many baked goods. When the batter for bread is 
mixed, for example, a small amount of sugar and 
yeast is added. During the rising period, sugar is fer- 
mented by enzymes in the yeast, with the formation 
of carbon dioxide gas. The carbon dioxide gives the 
batter bulkiness and texture that would be lacking 
without the fermentation process. 


Fermentation has a number of commercial appli- 
cations beyond those described thus far. Many 
occur in the food preparation and processing industry. 
A variety of bacteria are used in the production of 
olives, cucumber pickles, and sauerkraut from the 
raw olives, cucumbers, and cabbage, respectively. 
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KEY TERMS 


Vitalism—The concept that compounds found 
within living organisms are somehow inherently 
differ from those found in non-living objects. 


Wastewater—Water that carries away the waste 
products of personal, municipal, and industrial 
operations. 


The selection of exactly the right bacteria and the 
right conditions (for example, acidity and salt concen- 
tration) is an art in producing food products with 
exactly the desired flavors. An interesting line of 
research in the food sciences is aimed at the production 
of edible food products by the fermentation of 
petroleum. 


In some cases, antibiotics and other drugs can be 
prepared by fermentation if no other commercially 
efficient method is available. For example, the impor- 
tant drug cortisone can be prepared by the fermenta- 
tion of a plant steroid known as diosgenin. The 
enzymes used in the reaction are provided by the 
mold Rhizopus nigricans. 


One of the most successful commercial applica- 
tions of fermentation has been the production of ethyl 
alcohol for use in gasohol. Gasohol is a mixture of 
about 90% gasoline and 10% alcohol. The alcohol 
needed for this product can be obtained from the 
fermentation of agricultural and municipal wastes. 
The use of gasohol provides a promising method 
for using renewable resources (plant material) to 
extend the availability of a nonrenewable resource 
(gasoline). 


Another application of the fermentation process 
is in the treatment of wastewater. In the activated 
sludge process, aerobic bacteria are used to ferment 
organic material in wastewater. Solid wastes are con- 
verted to carbon dioxide, water, and mineral salts. 


See also Ethanol; Enzyme. 
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Fermions see Subatomic particles 


Fermium see Element, transuranium 


| Ferns 


Ferns are plants in the Filicinophyta phylum, also 
called the Pteridophyta phylum. They are intermediate 
in complexity between the more primitive (i.e., evolu- 
tionarily ancient) bryophytes (mosses, liverworts, and 
hornworts) and the more advanced (or recent) seed 
plants. Like bryophytes, ferns reproduce sexually by 
making spores rather than seeds. Most ferns produce 
spores on the underside or margin of their leaves. Like 
seed plants, ferns have stems with a vascular system for 
efficient transport of water and food. Ferns also have 
leaves, known technically as megaphylls, with a com- 
plex system of branched veins. There are about 11,000 
species of ferns, most of them indigenous to tropical 
and subtropical regions. 


General characteristics 


A fern plant generally consists of one or more 
fronds attached to a rhizome. A frond is simply the 
leaf of the fern. A rhizome is a specialized, rootlike 
stem. In most temperate-zone species of ferns, the 
rhizome is subterranean and has true roots attached 
to it. Fronds are generally connected to the rhizome by 
a stalk, known technically as the stipe. The structures 
of the frond, rhizome, and stipe are important charac- 
teristics for species identification. 


The sizes of ferns and their fronds vary consider- 
ably among the different species. Tree ferns of the 
Cyatheaceae family are the largest. They are tropical 
plants that can grow 60 feet (18 m) or more in height 
and have fronds 15 feet (5 m) or more in length. In 
contrast, species in the genus Azol/a, a group of free- 
floating aquatic ferns, have very simple fronds which 
are less than 0.2 inches (0.5 cm) in diameter. 


The fern frond develops from a leaf bud referred 
to as a crozier. The crozier is coiled up in most species, 
with the frond apex at the middle of the coil. This 
pattern of coiled leaf arrangement in a bud is called 
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Uluhe ferns (Dicranopteris emarginata) in Hawaii. (JLM Visuals.) 


circinate vernation. Circinate vernation is found in a 
few other seed plants, but not in any other free-sporing 
plants. During growth of a bud with circinate verna- 
tion, the cells on one side of the coil grow more rapidly 
than those on the other, so the frond slowly uncoils as 
it develops into a full-grown leaf. 


The horsetails (phylum Sphenophyta) and club 
mosses (phylum Lycodophyta) are known colloquially 
as fern allies. The fern allies also reproduce sexually by 
making spores and have stems with vascular systems. 
However, there are two principal differences between 
ferns and fern allies. First, unlike the ferns, the leaves 
of fern allies, known technically as microphylls, are 
small scale-like structures with a single midvein. 
Second, fern allies make their spores at the bases of 
their leaves or on specialized branches. There are 
about 1,500 species of fern allies in the world. 


The reproductive cells of ferns are microscopic 
spores that are often clustered together in the brown 
spots visible on the fronds’ undersides. Since fern 
spores are microscopic, fern reproduction was not 
well understood until the mid-1800s. This led some 
people to attribute mystical powers to the ferns. 
According to folklore, ferns made invisible seeds and 
a person who held these would also become invisible. 
Even Shakespeare drew upon this folklore and wrote 
in Henry IV, “we have the receipt of fern seed; we walk 
invisible.” Nowadays, anyone with a simple micro- 
scope can tease apart the brown spots on the underside 
of a fern frond and see the tiny spores. 


Natural history 


There are about 11,000 species of ferns in the 
world. Ferns are found throughout the world, from 
the tropics to the subarctic region. The greatest species 
diversity is in the tropical and subtropical region from 
southern Mexico to northern South America. 
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In temperate North America, most ferns are ter- 
restrial plants and grow in woodlands. However, in 
the tropics, many ferns grow as epiphytes. Epiphytes 
are plants which rely upon other plants, such as trees, 
for physical support, while obtaining their nutrition 
from organic debris and rain water that falls through 
the forest canopy. 


Ferns can be found in very different habitats 
throughout the world. Some species are free-floating 
aquatic plants, some species grow in moist woodlands, 
and a few species grow in arid or semiarid regions. 
Most species require some rainfall because their sperm 
cells must swim through a fluid to reach the egg cells. 


Interestingly, sperm cells of the resurrection fern 
(Polypodium polypodioides) swim through a fluid 
exuded by the fern itself to reach the female’s egg. 
This species is widely distributed in semiarid and arid 
regions of the world, such as central Australia, central 
Mexico, and central Africa. The resurrection fern is 
sold in some garden shops as a brown, dried-out, and 
curled-up ball of fronds. When this dried-out fern is 
soaked in water, it rapidly expands and becomes green 
in a day or so, attesting to the remarkable desiccation 
tolerance of this species. 


At the other extreme are water ferns of the genus 
Azolla, which grow free-floating on fresh water. Azolla 
is particularly interesting because it has special pockets 
in its leaves which apparently have evolved to accom- 
modate symbiotic cyanobacteria of the genus Anabaena. 
These cyanobacteria transform atmospheric nitrogen 
(Nz) to ammonia (NHs3), a chemical form useful to 
plants. This process is called nitrogen fixation. Many 
Asian farmers encourage the growth of Azolla and its 
associated Anabaena in their rice paddies to increase the 
amount of nitrogen available to their rice plants. 


Many species of ferns can act as alternate hosts for 
species of rust fungi that are pathogenic to firs, eco- 
nomically important timber trees. The rust fungi are a 
large and diverse group of fungi, which have very com- 
plex life cycles, often with four or five different repro- 
ductive stages. In the species of rust fungi that attack 
ferns, part of the life cycle must be completed on the 
fern, and part on the fir tree. These parasitic fungi can 
usually be eradicated by simply eliminating one of the 
hosts, in this case, either the fern or the fir tree. 


Life cycle 


Like all plants, the life cycle of ferns is characterized 
as having an alternation of a gametophyte phase and a 
sporophyte phase. A typical fern sporophyte is the large, 
familiar plant seen in nature. Its cells have the unreduced 
number of chromosomes, usually two sets. Most fern 
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gametophytes are not seen in nature. A typical gameto- 
phyte is about 0.4 inches (1 cm) in diameter, multicellu- 
lar, flat, heart-shaped, and green. Its cells have the 
reduced number of chromosomes, usually one set. 


Interestingly, the gametophyte and sporophyte are 
about equally dominant in the life cycle of ferns. In 
contrast, the gametophyte is dominant in the more 
evolutionarily primitive bryophytes (mosses, liver- 
worts, and hornworts), whereas the sporophyte is dom- 
inant in the more evolutionarily advanced seed plants. 


Gametophyte 


The gametophyte phase of the fern life cycle begins 
with a spore. A fern spore is a haploid reproductive cell, 
which unlike the seeds of higher plants, does not con- 
tain an embryo. Fern spores are often dispersed by the 
wind. Upon germination, a spore gives rise to a green, 
threadlike tissue, called a protonema. The protonema 
develops into a prothallus, a small, green, multicellular 
tissue that is rarely seen in nature. The prothallus has 
numerous subterranean rhizoids to anchor it to the 
substrate and absorb nutrients. 


Light and other environmental factors control the 
development of fern gametophytes. In many species, 
gametophytes kept in darkness do not develop beyond 
the thread-like protonemal stage. However, illumina- 
tion with blue or ultraviolet radiation causes the pro- 
tonema to develop into a heart-shaped prothallus. 
This is an example of photomorphogenesis, the con- 
trol of development by light. 


Male and female reproductive structures form on 
the prothallus, and these are referred to as antheridia 
and archegonia, respectively. Each antheridium pro- 
duces many flagellated sperm cells which swim toward 
the archegonia. The sperm cells of some ferns have up 
to several hundred flagella each. Each archegonium 
produces a single egg which is fertilized by a sperm cell. 


Sporophyte 


Fusion of the egg and sperm nuclei during fertil- 
ization leads to the formation of a zygote, with the 
unreduced number of chromosomes, usually two sets. 
The zygote develops into a sporophyte, the most 
familiar stage of the fern life cycle. As the sporophyte 
grows, the prothallus to which it is attached eventually 
decays. Most fern sporophytes in temperate North 
America are green and terrestrial. 


As the sporophyte continues to grow, it eventually 
develops numerous structures with spores inside, 
referred to as sporangia. The sporangia form on the 
underside of fronds or on specialized fertile fronds, 
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depending on the species. In many species, the spor- 
angia develop in clusters referred to as sori (singular, 
sorus). The size, shape, and position of the sori are 
frequently used in species identification. As develop- 
ment proceeds, the sporangium dries out, releasing the 
many spores inside for dispersal into the environment. 


Most ferns are homosporous, in that all their 
spores are identical and all spores develop into a game- 
tophyte with antheridia and archegonia. However, 
some water ferns are heterosporous. In these species, 
separate male and female spores develop on the spor- 
ophyte. The smaller and more numerous male spores 
germinate and develop into male gametophytes with 
antheridia. The female spores germinate and develop 
into female gametophytes with archegonia. 


Polyploidy 


In many species of ferns, the sporophyte phase is 
diploid (two sets of chromosomes) and the gameto- 
phyte phase is haploid (one set of chromosomes). 
However, many other ferns are considered polyploid, 
in that their sporophyte contains three or more sets of 
chromosomes. In polyploid ferns, the gametophyte and 
sporophyte phases are said to have the “reduced” and 
the “unreduced” number of chromosomes, respectively. 


Apospory and apogamy are special types of asexual 
reproduction that have important roles in the genera- 
tion and proliferation of polyploidy. In apospory, the 
gametophyte develops directly from special cells on the 
sporophyte, so that the gametophyte and sporophyte 
both have the unreduced number of chromosomes. The 
sperm and egg cells produced by such a gametophyte 
have twice the original number of chromosomes. In 
apogamy, the sporophyte develops directly from special 
cells on the gametophyte, so that the sporophyte and 
gametophyte have the same reduced number of chro- 
mosomes. Apogamy typically occurs in gametophytes 
which themselves have arisen by apospory. 


Evolution 


Most botanists believe that the ferns and fern 
allies are descendants of the Rhyniopsida, an extinct 
group of free-sporing plants that originated in the 
Silurian period (about 430 million years ago) and 
went extinct in the mid-Devonian period (about 370 
million years ago). The Rhyniopsida were primitive 
vascular plants which were photosynthetic, had 
branched stems, and produced sporangia at their 
stem tips, but had no leaves or roots. 


The Cladoxylales is a group of plants known 
colloquially as the “preferns.” They also evolved 
from the Rhyniopsida, but went extinct in the lower 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Carboniferous period (about 340 million years ago). 
Some botanists previously considered these as ances- 
tors of the ferns, because they had leaves somewhat 
similar to fern fronds. However, most botanists now 
believe the evolutionary line which led to the 
Cladoxylales went extinct, and that the modern ferns 
evolved from a separate lineage of the Rhyniopsida. 


As a group, the ferns were the first plants to have 
megaphylls—a leaf with a complex system of branched 
veins. Many botanists believe that ferns evolved mega- 
phylls by developing a flattened and webbed version of 
the simple, three-dimensional branching system of the 
Rhyniopsida. The evolution of the megaphyll was a 
major event in plant evolution, and nearly all ecologi- 
cally dominant plants in the modern world have 
megaphylls. 


Modern ferns 


There are two evolutionarily distinct groups of 
modern ferns: the leptosporangiates and the eusporan- 
giates. In the leptosporangiates, the sporangium devel- 
ops from one cell and is usually only one cell thick. In the 
eusporangiates, the sporangium develops from several 
cells and is usually several cells thick. Leptosporangiate 
and eusporangiate ferns probably separated evolutio- 
narily in the lower Carboniferous (about 340 million 
years ago) or earlier. Modern leptosporangiate ferns 
are often placed into the Filicales class, and eusporan- 
giate ferns into the Marattiales or Ophioglossales classes. 


While there is general agreement about the natural 
division between the leptosporangiate and eusporan- 
giate ferns, there is considerable uncertainty about 
other relationships among the modern ferns. Thus, 
there have been many proposed classification schemes. 
The widespread occurrence of polyploidy (see above) 
and hybridization (see below) in ferns has complicated 
the determination of evolutionary relationships. 


Hybridization 


Many species of ferns form hybrids in nature and 
hybridization is believed to have had a major role in 
fern evolution. A hybrid species is the offspring of a 
sexual union between two different species. Most 
hybrids cannot engage in sexual reproduction because 
they lack homologous (corresponding) chromosomes, 
which typically pair off during production of sperm 
and egg cells. However, since many fern species can 
engage in apogamy and apospory, fern hybrids can 
often reproduce and proliferate. 


A hybrid species is often identified by the number 
of chromosomes in its cells and by the presence of 
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KEY TERMS 


Apogamy—Development of a sporophyte directly 
from the gametophyte without fusion of sex cells. 


Apospory—Development of a gametophyte directly 
from the sporophyte without sex cell production. 
Epiphyte—A plant which relies upon another plant, 
such as a tree, for physical support, but does not 
harm the host plant. 

Flagellum—Thread-like appendage of certain cells, 
such as sperm cells, which controls their locomotion. 
Megaphyll—Leaf with a complex system of 
branched veins, typical of ferns and seed plants. 
Microphyll—Scale-like leaf with a single midvein, 
typical of fern allies. 

Prothallus—Gametophyte phase of ferns and fern 
allies, rarely seen in nature. 


aborted spores. Chromosome number is often used to 
infer evolutionary relationships of hybrid ferns. The 
ferns, as a group, tend to have very high chromosome 
numbers due to the widespread occurrence of poly- 
ploidy. One fern species, Ophioglossum reticulatum, 
has 631 chromosomes, the largest number of any 
organism. 


Psilotum and Tmesipteris 


Lastly, the evolutionary status of two additional 
genera of modern plants must be considered: Psilotum 
and Tmesipteris. These free-sporing tropical and 
subtropical plants have very simple morphologies. 
In particular, species in the genus Psilotum superficially 
resemble plants of the Rhyniopsida in that their spor- 
ophytes consist of three-dimensional branched stems, 
with tiny scale-like appendages believed to be leaf deriv- 
atives. Moreover, like the Rhyniopsida, Psilotum does 
not have true roots. Thus, some botanists have sug- 
gested that Psilotum is a direct descendant of the 
Rhyniopsida. Others reject this hypothesis and point 
to the lack of a fossil record connecting these two 
groups. They suggest that Psilotum and Tmesipteris 
may have evolved by evolutionary simplification of an 
ancestor of the modern fern genus, Stromatopteris. 
Clearly, further research is needed to resolve the rela- 
tionships of these fascinating fernlike plants. 


Importance to humans 
In general, ferns are of minor economic impor- 


tance to humans. However, ferns are popular 
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Rhizome—This is a modified stem that grows 
horizontally in the soil and from which roots 
and upward-growing shoots develop at the stem 
nodes. 


Sorus—Group of many sporangia, which often 
appear as a brown spot on the margin or underside 
of a fern frond. 


Sporangium—Structure that produces spores. 


Spore—Small reproductive cell that develops into a 
gametophyte. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 


horticultural plants and many species are grown in 
ornamental gardens or indoors. 


Most people can recognize ferns as understory or 
groundcover plants in woodland habitats. However, 
several hundred million years ago ferns and fern allies 
were the dominant terrestrial plants. Thus, the fossils 
of these plants have contributed greatly to the forma- 
tion of our fossil fuels—coal, oil and natural gas. 


Various cultures have used the starch-rich rhi- 
zomes and stems of some fern species as a food, and 
those who frequent restaurants known for their haute 
cuisine will occasionally find croziers or fiddleheads 
(unfurled fern leaves, see above) of the ostrich fern 
(Matteuccia struthiopteris) served in salads, around a 
bowl of ice cream, or as a steamed vegetable. 


Herbalists have advocated some fern species for 
treatment of ulcers, rheumatism, intestinal infections, 
and various other ailments. Although many modern 
pharmaceuticals are derived from chemicals produced 
by plants, there is little scientific evidence that ferns are 
useful as treatments for these or other ailments. 


See also Maidenhair fern; Seed ferns. 
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| Ferrets 


Ferrets are small carnivores belonging to the wea- 
sel family (Mustelidae). The name is most commonly 
given to the fitch, or European polecat (Mustela putor- 
ius), which has been domesticated and used for hunt- 
ing rodents and as a pet for hundreds of years. Like 
most weasels, ferrets are long and slender, and are 
determined hunters. Their color varies from yellowish 
to all black, and they are about 2 ft (60 cm) long, 
including the tail. Like all weasels, the male is consid- 
erably larger than the female. 


In North America, a close relative of the European 
polecat inhabits prairie habitat. The black-footed ferret 
(Mustela nigripes) looks like its European relative, but 
all four feet are black under a yellowish or tan body. It 
also has a black mask on its small, triangular head and 
a black tip on its tail, whereas the tail of the polecat is 
entirely dark. 


The black-footed ferret is probably descended 
from the steppe polecat (Mustela eversmanni) of 
Russia, which looks almost identical and leads a sim- 
ilar life in open grassland. However, the steppe polecat 
is still numerous, and even welcomed by people 
because it eats rodent pests. The black-footed ferret 
has developed specialized eating habits that place its 
future survival in jeopardy. 


The black-footed ferret lives in close association 
with prairie dogs (Cynomys spp.). It depends on these 
rodents as a source of food and also uses their burrows 
for shelter. Over many decades, prairie dogs through- 
out their range have been killed by poisoned grain 
spread by farmers determined to keep these rodents 
from tearing up their land when they dig their bur- 
rows. As the prairie dogs have disappeared, so has the 
black-footed ferret. 


Ferrets are solitary animals, except during the 
spring mating season. One to six kits are born after a 
gestation period of about six weeks. Males do not help 
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females raise the young. Young ferrets begin to ven- 
ture out of their burrow in July. One of their first trips 
out might be to a nearby burrow where their mother 
has placed a dead prairie dog for them to eat. She will 
continue to provide them with meat until they are able 
to hunt on their own in the autumn. 


As prairie dogs were eradicated from most of the 
American prairie, young ferrets in search of territory 
after separating from their mother often could not find 
a new prairie-dog colony to inhabit. Or if they could 
find a new colony, it was too isolated from other 
ferrets for breeding to occur. Populations of black- 
footed ferrets dwindled, and by the 1960s it was clear 
that there were very few of these animals left in the 
wild. In fact, the species was considered extinct. 


An experiment in captive breeding 


Fortunately, in 1981 a tiny population of nine 
black-footed ferrets was found in the Absaroka 
Mountains of Wyoming. These animals were pro- 
tected, and the number quickly grew to more than 
100. Unfortunately, an introduced disease (canine dis- 
temper) then killed all but 18 animals. The few survi- 
vors were taken into captivity by the U.S. Fish and 
Wildlife Service to establish a captive breeding pro- 
gram, in a last-ditch effort to save the black-footed 
ferret from extinction. Part of the attempt to save the 
species involved studies of the steppe polecat, to learn 
about the biology and behavior of this closely related 
animal. This information was then applied to breeding 
the black-footed ferret in captivity. 


By 1987, several captive ferrets had succeeded in 
raising young. The captive population increased dur- 
ing the next several years, and by 1996 there were more 
than 500 black-footed ferrets in captivity. Since 1991, 
several hundred black-footed ferrets have been 
returned to the wild, mostly in Wyoming, Utah, 
Colorado, and South Dakota. About 850 black- 
footed ferrets now exist in both the reintroduced and 
captive populations. 


A new threat to the prairie dog and black-footed 
ferret populations is the spread of a plague (Yersinia 
pestis) into their habitat. This bacterial infection is 
approaching the Conata Basin in South Dakota, an 
area that supports the largest black-footed ferret 
population in the United States. In an attempt to pre- 
vent plague infection in Conata, biologists dusted prai- 
rie dog burrows with an insecticide to kill the fleas that 
carry the plague bacteria in the fall of 2005. It is not yet 
known whether this measure has been successful and 
biologists continue weekly patrols of the area watching 
for dead prairie dogs. If a plague outbreak does occur, 
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A black-footed ferret. (JLM Visuals.) 


the biologists will probably begin to remove and/or 
vaccinate the ferrets in the Conata population. 


The goal of the captive-breeding program is to 
maintain a viable population of black-footed ferrets in 
captivity, and to provide stock for reintroduction to the 
wild. By the year 2010, the U.S. Fish and Wildlife Service 
hopes to have established 10 wild populations of black- 
footed ferrets, comprised of a total of 1,500 individuals, 
and spread widely within their former range. The 
Canadian Wildlife Service also intends to reintroduce 
this endangered species into southern Saskatchewan. It 
will take many years and good stewardship by land- 
owners to determine whether the reintroduction of 
black-footed ferrets into the American prairie will suc- 
ceed. The black-footed ferret continues to be considered 
an endangered species by all conservation organizations, 
including the U.S. Fish and Wildlife Service. 


See also Weasels. 
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Jean F. Blashfield 


Ferromagnetism see Magnetism 


| Fertilization 


In animals, fertilization (also called conception) is 
the fusion of a sperm cell with an egg cell. (Two less 
commonly known terms for fertilization is syngamy 
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Magnified image of a human sperm penetrating a female egg (ovum). (D.W. Fawcett/Photo Researchers, Inc.) 


and fecundation.) The penetration of the egg cell by 
the chromosome-containing part of the sperm cell 
causes a reaction, which prevents additional sperm 
cells from entering the egg. The egg and sperm each 
contribute half of the new organism’s genetic material. 
A fertilized egg cell is known as a zygote. The zygote 
undergoes continuous cell division, which eventually 
produces a new multicellular organism. The complete 
process of development is called procreation. 


Fertilization in humans occurs in oviducts (fallo- 
pian tubes) of the female reproductive tract and takes 
place within hours following sexual intercourse. Only 
one of the approximately 300 million sperm released 
into a female’s vagina during intercourse can fertilize 
the single female egg cell. The successful sperm cell 
must enter the uterus and swim up the fallopian tube 
to meet the egg cell, where it passes through the thick 
coating surrounding the egg. This coating, consisting 
of sugars and proteins, is known as the zona pellucida. 
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The tip of the head of the sperm cell contains enzymes 
that break through the zona pellucida and aid the 
penetration of the sperm into the egg. Once the head 
of the sperm is inside the egg, the tail of the sperm falls 
off, and the perimeter of the egg thickens to prevent 
another sperm from entering. 


The sperm and the egg each contain only half the 
normal number of chromosomes, a condition known 
as haploid. When the genetic material of the two cells 
fuses, the fertilization is complete. 


In humans, a number of variables affect whether 
or not fertilization occurs following intercourse. One 
factor is a woman’s ovulatory cycle. Human eggs can 
only be fertilized a few days after ovulation, which 
usually occurs only once every 28 days. 


In other species, fertilization occurs either inter- 
nally (as above) or externally, depending on the spe- 
cies involved. Fertilization outside of the animal’s 
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body occurs in aquatic animals such as sea urchins, 
fish, and frogs. In sea urchins, several billion sperm are 
released into the water and swim towards eggs released 
in the same area. Fertilization occurs within seconds of 
sperm release in the vicinity of the eggs. Sea urchins 
have been used greatly in research on fertilization. 


Artificial insemination, in humans or animals, 
occurs when sperm is removed from the male and 
injected into the vagina or uterus of the female. In 
the latter case, the sperm must first be washed to 
remove the semen. This is a common treatment for 
human infertility. The development of gamete intra- 
fallopian transfer (GIFT) technology has further 
improved the treatment of infertility. In this proce- 
dure, sperm and eggs are placed together in the wom- 
an’s fallopian tube and fertilization progresses 
naturally. 


Fertilization occurring outside of the body is in 
vitro (in a dish or test tube) fertilization, IVF. Eggs are 
removed surgically from the female’s reproductive 
tract and fertilized with sperm. At the 4-cell (day 2) 
stage, the embryos are returned to the female’s fallo- 
pian tube or uterus where development continues. 
Mammalian IVF has been performed successfully on 
animals since the 1950s, and the first human birth 
following IVF occurred in Great Britain in 1978. 
This procedure has since become a routine treatment 
for infertility. If the sperm is too weak to penetrate the 
egg, or if the male has a very low sperm count, an 
individual sperm can be injected directly into the egg. 
Both eggs and sperm can be frozen for later use in IVF. 
A mechanical sperm sorter, which separates sperm 
according to the amount of DNA (deoxyribonucleic 
acid) each contains, can allow couples to choose the 
sex of their child. This occurs because sperm contain- 
ing an X chromosome, which results in a female 
embryo, contains more DNA than sperm with a Y 
chromosome, which would yield a male embryo. 


See also Reproductive system; Sexual reproduction. 


| Fertilizers 


A fertilizer is any substance applied to land to 
increase plant growth and produce higher crop yield. 
First discovered by ancient farmers, fertilizer technol- 
ogy has significantly improved as the chemical needs 
of growing plants were discovered. The use of fertilizers 
has had an important impact on civilization, signifi- 
cantly improving the quality and quantity of the 
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food available today. Fertilizers may be made from 
organic material, such as animal manure or compost, 
or it may be chemically (artificially) manufactured. 
Manufactured fertilizers contain varying amounts of 
inorganic nitrogen, phosphorus, and potassium, all of 
which are nutrients that plants need to grow. 


The technique of increasing the capacity of grow- 
ing crops by adding materials to the soil has been used 
since the early days of agriculture. Ancient farmers 
discovered that plant yields could be increased on a 
plot of land by spreading animal manure throughout 
the area. As humans became more experienced, fertil- 
izer technology improved. Other materials were added 
to soil. For example, the Egyptians added ashes from 
burnt weeds. The ancient Greeks and Romans added 
various animal excrements depending on soil or plant 
variety. Seashells, clay, and vegetable waste were also 
early fertilizers. 


The development of modern fertilizers began in 
the early seventeenth century with discoveries made by 
scientists such as German-Dutch chemist Johann 
Glauber (1604-1670). Glauber created a mixture of 
saltpeter, lime, phosphoric acid, nitrogen and potash 
that was the first completely mineral fertilizer. As the 
chemical needs of plants were discovered, improved 
fertilizer formulas were made. The first patent for a 
synthetic fertilizer was granted to English agronomist 
Sir John Bennett Lawes (1814-1900). It outlined a 
method for making phosphate in a form that was an 
effective fertilizer. The fertilizer industry experienced 
significant growth when explosives manufacturing 
facilities were converted to fertilizer factories after 
World War I (1914-1918). 


Since plants do not consume food like animals, 
they depend on the soil to provide the basic chemicals 
needed to power biological processes. However, the 
supply of these compounds is limited and depleted 
each time the plants are harvested. This activity causes 
a reduction in the quality and yield of plants. Fertilizers 
help replace these chemical components. However, fer- 
tilizers also improve the growing potential of soil and 
make it a better growing environment than its natural 
environment. Since different plants have different 
requirements, fertilizers are modified depending on 
the type of crop being grown. The most common com- 
ponents of fertilizers are nitrogen, phosphorus, and 
potassium compounds. Additionally, they contain 
trace elements needed for plant growth. 


Since the 1950s crop production worldwide has 
increased dramatically because of the use of fertilizers. 
In combination with the use of pesticides and 
improved varieties of crops, fertilizers have greatly 
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increased the quality and yield of such important 
foods as corn, rice, and wheat, as well as fiber crops 
such as cotton. However excessive and improper use of 
fertilizers have also damaged the environment and 
affected the health of humans. 


It has been estimated that as much as 25% of 
applied agricultural fertilizer in the United States is 
carried away as runoff. Fertilizer runoff has contami- 
nated groundwater and polluted bodies of water in 
agricultural areas. Ammonia, released from the 
decay of nitrogen fertilizer, causes minor irritation to 
the respiratory system. High concentrations of nitrate 
in drinking water are more serious, especially for 
infants, because of interference with the ability of the 
blood to transport oxygen. High and unsafe nitrate 
concentrations in drinking water have been reported 
in all countries that practice intense agriculture, 
including the United States. The accumulation of 
nitrogen and phosphorus from chemical fertilizers in 
waterways has also contributed to the eutrophication 
of lakes and ponds. 


Few people would advocate the complete elimina- 
tion of the use of chemical fertilizers. However, most 
environmentalists and scientists urge that more efficient 
ways be found of using fertilizers. For example, some 
farmers apply up to 40% more fertilizer than they need 
for specific crops. Frugal applications, occurring at small 
rates and on an as-needed basis for specific crops, helps 
to reduce the waste of fertilizer and the pollution of 
runoff and the environment. The use of organic fertil- 
izers, including animal waste, crop residues, grass clip- 
pings, and composted food waste, is also encouraged as 
an alternative to the use of chemical fertilizers. 


See also Composting. 


l Fetal alcohol syndrome 


Fetal alcohol syndrome (FAS), sometimes also 
referred to as fetal alcohol spectrum disorder (FASD), 
represents a preventable pattern of clinical abnormalities 
that develop during embryogenesis (the developmental 
stages shortly after conception) due to exposure to alco- 
hol during pregnancy. The connection between maternal 
use of alcohol during pregnancy and birth defects in 
children was first realized in 1968 by French researcher 
Paul Lemoine and other associates at the University 
of Nantes. In 1973, American geneticists Kenneth 
Lyons Jones and David W. Smith, at the University of 
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Washington (Seattle) Medical Center, first called the 
problem its current name: fetal alcohol syndrome. 


FAS is currently the leading cause of birth defects 
and developmental delay, with about 30,000 to 40,000 
babies born affected in the United States each year. 
This figure comes out to about one in 1,000 liveborns 
in the United States. Although the prevalence of FAS 
is not known for certain, it is estimated that there are 
between 0.5 to 3 cases of FAS per 1,000 liveborns in 
most populations of the world. Alcohol is a teratogen 
in that exposure to the fetus during pregnancy can 
result in physical malformations of the face and 
head, growth deficiency and mental retardation. 
Exposure to excessive amounts of alcohol can even 
cause embryonic death. It is often difficult to quantify 
the amount of alcohol that is associated with devel- 
opmental and physical abnormalities and even subtle 
amounts might cause varying degrees of developmen- 
tal delay that are not immediately recognized. For this 
reason, abstinence from alcohol during pregnancy is 
often recommended. 


Alcohol as a teratogen 


Infants, young children, and young adults who 
were exposed to alcohol during pregnancy often have 
lower than average birth weight and height. Cardinal 
clinical manifestations include physical abnormalities 
such as hypotonia (low muscle tone), smaller than 
normal skull, irregularities of the face including small 
eye sockets, mid-face hypoplasia (arrested develop- 
ment of the nose, or flat-face syndrome), and a very 
thin upper lip with either an elongated or absent lip 
indentation. Neurological or central nervous system 
disorders such as hyperactivity, learning and intellec- 
tual deficits, temper tantrums, short attention and 
memory span, perceptual problems, impulsive behav- 
ior, seizures, and abnormal electroencephalogram 
(EEG, or brain wave patterns) become apparent 
after the infant stage. Usually, the severity of the 
physical manifestations correlates with the severity of 
the intellectual deficits. Children exposed to alcohol 
during pregnancy may lack the typical physical fea- 
tures that characterize FAS, but manifest behavioral 
and neurological defects known as alcohol-related 
birth defects (ARBD). 


Even for FAS-affected children with almost nor- 
mal intelligence, learning problems become evident by 
the second grade. By third and fourth grade, affected 
children experience increasing difficulty with arith- 
metic, organizational skills, and abstract thinking. 
By the time they reach middle or junior high school, 
children with FAS display a delayed level of 
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Fetal alcohol syndrome 


independence and self-control leading to persistent 
social adjustment problems. Impaired judgment and 
decision-making abilities often results in an inability 
to sustain independent living later in life. 


The affects of FAS range from severe to mild and 
correlate to the amount and frequency of alcohol con- 
sumed by the pregnant woman and the stage of preg- 
nancy in which drinking takes place. Also, drinking in 
the first three months of pregnancy may have more 
serious consequences than drinking the same quanti- 
ties later in the pregnancy. The recurrence risk in the 
case of a woman who has had one child with FAS is 
approximately 25% higher than the general popula- 
tion, increasing as she continues to reproduce. The 
most severe cases seem to be children of long-term, 
chronic alcoholic mothers. 


A historical and research perspective of FAS 


In 1899, the first observation connecting children 
of alcoholic mothers to the associated risks was shown 
in a study comparing these children to children of non- 
alcoholic relatives. However, alcohol consumption 
during pregnancy was not considered to be a risk to 
the fetus until it was formally concluded as a risk 
factor in 1973. During the late 1960s, federally funded 
studies investigating causes of mental retardation and 
neurological abnormalities did not include alcohol as 
a possible teratogen. In fact, intravenous alcohol drips 
were used to help prevent premature birth. However, 
by the 1970s, concerns began to grow regarding the 
adverse effects of toxic substances and diet during 
pregnancy. Cigarette smoking was known to produce 
babies of low birth-weight and diminished size and 
malnutrition in pregnant women seriously impaired 
fetal development. When the effects of prenatal expo- 
sure to alcohol were first discovered, studies were 
launched internationally to determine long-term 
effects. It is now considered that alcohol consumption 
during pregnancy causes neurological and behavioral 
problems that affect the quality of life for the child. 


In 1974, a U.S. study compared the offspring of 23 
alcoholic mothers to 46 non-drinking mothers with 
participants that were defined using the same general 
characteristics such as geographic region, socioeco- 
nomic group, age, race, and marital status. By the 
age of seven years, children of alcoholic mothers 
earned lower scores on mathematics, reading, and 
spelling tests, and lower IQ (intelligence quotient) 
scores (an average of 81 versus 95). Although 9% of 
the children born to non-drinking mothers tested 71 or 
lower, 44% of children of alcoholic mothers fell into 
this range. Similar percentages of reduced weight, 
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height, and head circumference were also observed. 
A Russian study in 1974 demonstrated that siblings 
born after their mothers became alcoholics had serious 
disabilities compared to children born before the 
mother became an alcoholic. Fourteen of the 23 chil- 
dren in this category were considered mentally 
retarded. A 1982 Berlin (Germany) study reported 
for the first time that FAS caused hyperactivity, dis- 
tractibility and speech, eating, and sleeping disorders. 
In a study that began in 1974 and followed subjects 
until the age of 11 years, children of low risk mothers 
who simply drank socially (most not even consuming 
one drink per day after becoming pregnant) found 
deficits in attention, intelligence, memory, reaction 
time, learning ability, and behavior were often evident. 
On average, these problems were more severe in chil- 
dren of women who drank through their entire preg- 
nancy than those who stopped drinking. A 1988 study 
confirmed earlier findings that the younger child of an 
alcoholic mother is more likely to be adversely affected 
than the older child. In 1990, a Swedish study found 
that as many as 10% of all mildly retarded school-age 
children in that country suffered from FAS. 


Until recently, most studies regarding FAS have 
been with children. In 1991, a major report performed 
in the United States on FAS among adolescents and 
adults aged 12 to 40 years with an average chronolog- 
ical age of 17 years revealed that physical abnormalities 
of the face and head as well as size and weight deficien- 
cies were less obvious than in early childhood. 
However, intellectual variation ranged from severely 
retarded to normal. The average level of intelligence 
was borderline or mildly retarded, with academic abil- 
ities ranging between the second and fourth grade level. 
Adaptive living skills averaged that of a seven-year-old, 
with daily living skills rating higher than social skills. 


Since the 1990s, studies that involve the specific 
effects of alcohol on brain cells have been undertaken. 
In order to understand the specific mechanisms that lead 
the developmental abnormalities, studies in 2002 dem- 
onstrated that in rodents, the time of greatest suscepti- 
bility to the effects of alcohol coincides with the growth- 
spurt period. This is a postnatal period in rodents but 
extends from sixth months of gestation to several years 
after birth in humans. It is during this time that alcohol 
can trigger massive programmed brain cell death and 
appears to be the period in which alcohol can have the 
greatest damaging effects on brain development. 


Diagnosis and prevention 


Accurate diagnosis of FAS is extremely important 
because affected children require special education to 
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enable them to integrate more easily into society. Mild 
FAS often goes unnoticed or mimics symptomatology 
caused by other birth defects. It is important, there- 
fore, that children with abnormalities, especially in 
cases where the mother consumes alcohol during preg- 
nancy, be fully evaluated by a professional knowledge- 
able about birth defects. Evidence of the characteristic 
facial abnormalities, growth retardation, and neuro- 
developmental abnormalities are critical for diagnos- 
ing FAS. Neuroimaging techniques, such as CT 
(computed tomography) or MRI (magnetic resonance 
imaging) scans provide a visual representation of the 
affected areas of the brain and studies using these 
techniques support observations that alcohol has spe- 
cific rather than global effects on brain development. 


Genetic differences in an individual’s ability to 
metabolize alcohol may contribute to the variability 
in clinical manifestations. For example, in comparing 
the effects on the offspring of a woman who ingests 
moderate amounts of alcohol to the offspring of 
another woman who drinks the same amount can be 
variable. 


Alcohol is a legal psychoactive drug with a high 
potential for abuse and addiction. Because it crosses 
the placenta (and enters the blood stream of the 
unborn baby), the level of blood alcohol in the baby 
is directly related to that of the mother, and occurs 
within just a few short minutes of ingestion. Despite 
warnings about alcohol consumption by pregnant 
women placed on the labels of alcoholic beverages 
initiated during the early 1980s, more than 70,000 
children in the ensuing ten years were born with FAS 
in the United States. In the 2000s, the Centers for 
Disease Control and Prevention (CDC) estimates 
that in the United States, more than 130,000 pregnant 
women per year, on average, consume alcohol at levels 
known to considerably increase the risk of having a 
infant with FAS or a FAS-related disorder. 


See also Childhood diseases; Embryo and embry- 
onic development. 
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! Feynman diagrams 


American physicist Richard Feynman’s (1918- 
1988), work and writings were fundamental to the 
development of quantum electrodynamic theory 
(QED theory). With regard to QED theory, Feynman 
is perhaps best remembered for his invention of what 
are now known as Feynman diagrams, to portray the 
complex interactions of atomic particles. Moreover, 
Feynman diagrams allow visual representation and 
calculation of the ways in which particles can interact 
through the exchange of virtual photons and thereby 
provide a tangible picture of processes outside the 
human capacity for observation. Because Feynman 
diagrams allow physicists to depict subatomic proc- 
esses and develop theories regarding particle interac- 
tions, the diagrams have become an indispensable and 
widely used tool in particle physics. 


Feynman diagrams derive from QED theory. 
Quantum electrodynamics (QED), is a fundamental sci- 
entific theory that is also known as the quantum theory 
of light. QED describes the quantum properties (proper- 
ties that are conserved and that occur in discrete 
amounts called quanta) and mechanics associated with 
the interaction of electromagnetic radiation (of which 
visible light is but one part of an electromagnetic spec- 
trum) with matter. The practical value of QED rests 
upon its ability, as set of equations, to allow calculations 
related to the absorption and emission of light by atoms 
and thereby allow scientists to make very accurate pre- 
dictions regarding the result of the interactions between 
photons and charged atomic particles (e.g., electrons). 


Feynman diagrams are form of shorthand repre- 
sentations that outline the calculations necessary to 
depict electromagnetic and weak interaction particle 
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The Feynman diagram schematics. (Courtesy of K. Lee Lerner and the Gale Group.) 


processes. QED, as quantum field theory, asserts that 
the electromagnetic force results from the quantum 
behavior of the photon, the fundamental particle 
responsible for the transmission electromagnetic radi- 
ation. According to QED theory, particle vacuums 
actually consist of electron-positron fields and elec- 
tron-positron pairs (positrons are the positively 
charged antiparticle to electrons) are created when 
photons interact with these fields. QED accounts for 
the subsequent interactions of these electrons, posi- 
trons, and photons. Photons, unlike the particles of 
everyday experience, are virtual particles constantly 
exchanged between charged particles. As virtual par- 
ticles, photons cannot be observed because they would 
violate the laws regarding the conservation of energy 
and momentum. QED theory therefore specifies that 
the electromagnetic force results from the constant 
exchange of virtual photons between charged particles 
that cause the charged particles to constantly change 
their velocity (speed and/or direction of travel) as they 
absorb or emit virtual photons. Accordingly, only in 
their veiled or hidden state do photons act as media- 
tors of force between particles and only under special 
circumstances do photons become observable as light. 


In Feynman time-ordered diagrams, time is rep- 
resented on the x axis and a depicted process begins on 
the left side of the diagram and ends on the right side 
of the diagram. All of the lines comprising the diagram 
represent particular particles. Photons, for example, 
are represented by wavy lines. Electrons are denoted 
by straight lines with arrows oriented to the right. 
Positrons are depicted by a straight line with the 
arrow oriented to the left. Vertical y axis displacement 
in Feynman diagrams represents particle motion. The 
representation regarding motion is highly schematic 
and does not usually reflect the velocity of a particle. 
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Feynman diagrams depict electromagnetic inter- 
actions as intersections (vertices) of three lines and are 
able to describe the six possible reactions of the three 
fundamental QED particles (i.e., the electron, posi- 
tron, and the photon). Accordingly, the diagram can 
depict the emission and absorption of photons by 
either electrons or positrons. In addition, is possible 
to depict the photon production of an electron-posi- 
tron pair. Lastly, the diagrams can depict the collisions 
of electrons with positrons that results in their mutual 
annihilation and the production of a photon. 


Feynman diagrams presuppose that energy and 
momentum are conserved during every interaction 
and hence at every vertex. Although lines on the dia- 
gram can represent virtual particles, all line entering or 
leaving a Feynman diagram must represent real par- 
ticles with observable values of energy, momentum 
and mass (which may be zero). By definition, virtual 
particles acting as intermediate particles on the dia- 
grams do not have observable values for energy, 
momentum or mass. 


Although QED theory allows for an infinite num- 
ber of processes (i.e., an infinite number of interac- 
tions) the theory also dictates that interactions of 
increasing numbers of particles becomes increasingly 
rare as the number of interacting particles increases. 
Correspondingly, although Feynman diagrams can 
accommodate or depict any number of particles, the 
mathematical complexities increase as the diagrams 
become more complex. 


Feynman developed a set of rules for constructing 
his diagrams (appropriately named Feynman rules) that 
allow QED theorists to make very accurate calculations 
that closely match experimental findings. The Feynman 
rules are very simple, but as greater accuracy is 
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demanded the diagrams become more complex. 
Feynman diagrams derive from the Feynman path 
integral formulation of quantum mechanics. Using 
asymptotic expansions of the integrals that describe the 
interactions, physicists are able to calculate the interac- 
tions of particles with great (but not unlimited) accuracy. 
The mathematical formulae associated with the dia- 
grams are added to arrive at what is termed a Feynman 
amplitude, a value that is subsequently used to calculate 
various properties and processes (e.g., decay rates). 


The development of QED theory and the use of 
Feynman diagrams allowed scientists to predict how 
subatomic processes create and destroy particles. Over 
the last half-century of research in particle physics, QED 
has become, arguably, the best-tested theory in science 
history. Most atomic interactions are electromagnetic in 
nature and, no matter how accurate the equipment yet 
devised, the predictions made by modern QED theory 
hold true. Some tests of QED, predictions of the mass of 
some subatomic particles, for example, offer results 
accurate to six significant figures or more. Although 
some predictions can be made using one Feynman dia- 
gram and a few calculations, others may take hundreds 
of Feynman diagrams and require the use of high speed 
computers to complete the necessary calculations. 
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l Fiber optics 


Optical fiber is a very thin, transparent strand of 
glass or plastic capable of transmitting light from one 
point to another. Optical fiber can also be called an 
optical waveguide, since it is a device that guides light. 
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Cladding 


Figure 1. A cable cross section. (I/lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


Optical fiber is used in telecommunication systems, 
imaging optics, and illumination sensors. It is used 
in such commonly seen consumer products such as 
holiday lights and in commercial products such as 
signs and art. 


Fiber optics was first used by researchers from the 
University of Michigan when they patented a fiber 
optic gastroscope, in 1956, for use in medicine. Upon 
its success, Charles Kao and George Hockham, while 
working for Standard Telephones and Cables (in 
England), demonstrated, in 1965, the usefulness of opti- 
cal fiber in the field of communications. The first com- 
mercially usable optical fiber was designed, in 1970, by 
U.S. researchers with Corning Glass Works. Then, in 
1977, engineers and scientists with General Telephone 
and Electronics, in California, succeeded in sending the 
first telephone message through optical fiber. 


Optical fibers consist of a light-carrying core and a 
cladding surrounding the core. There are generally 
three types of construction: glass core/cladding, glass 
core with plastic cladding, or all-plastic fiber. Optical 
fibers typically have an additional outside coating, 
which surrounds and protects the fiber (Figure 1). 


Commonly available glass fiber diameters range 
from 8 micron core/125 micron cladding to 100 micron 
core/140 microns cladding, whereas plastic fibers range 
from 240 micron core/250 micron cladding to 980 
micron core/1,000 micron cladding. The human hair, 
by comparison, is roughly 100 microns in diameter. 


The principles behind fiber optics 


Fiber optics work on the principle of total internal 
reflection. Light reaching the boundary between two 
materials is reflected such that it never leaves the first 
material. In the case of fiber optics, light is reflected 
from the optical fiber core-cladding interface in such a 
way that it propagates down the core of the fiber. This 
can be explained by a brief discussion of Snell’s law of 
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Figure 2. (Iilustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


refraction and law of reflection, and a physical quan- 
tity known as index of bottom material. According to 
Snell’s law, the light will be bent from its original path 
to a larger angle in the second material. As the incom- 
ing, or incident angle increases, so does the refracted 
angle. For the properly chosen materials, the incident 
angle can be increased to the point that the ray is 
refracted at 90 degrees and never escapes the first 
medium. The equation can be solved to give the 
incoming, or incident, angle, which will result in a 
refracted angle of 90 degrees. 


qo = sin’ (n/m) 
This is known as the critical angle (Figure 2). 


Light hitting the boundary or interface at angles 
greater than or equal to this value would never pass 
into the second material, but undergoes total internal 
reflection. 


Now change the model slightly so that the higher 
index material is sandwiched between two lower index 
layers (Figure 3). 


Light enters the higher index material, hits the 
upper interface and is reflected downward, then hits 
the second interface and is reflected back upward, and 
so on. Like a marble bouncing off the internal walls of 
a tube as it travels through the tube, light will make its 
way down the waveguide. This picture essentially cor- 
responds to an optical fiber in cross-section. Light 
introduced to the fiber at the critical angle will reflect 
off the interface, and propagate down the fiber. 


The second law of thermodynamics cannot be 
disregarded, however. Light will not travel down the 
fiber indefinitely. The strength of the signal will be 
reduced, or attenuated. Some light will be absorbed 
by impurities in the fiber or scattered out of the core. 
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Modern fibers are made of very pure material so that 
these effects are minimized, but they cannot be entirely 
eliminated. Some light will be diverted by microbends 
and other imperfections in the glass. Recall the law of 
reflection: if a microbend is encountered by light trav- 
eling through the fiber, the light may hit the interface 
at an angle smaller than the critical angle. If this 
happens, the light will be reflected out of the core 
and not continue propagating (Figure 4). 


Fabrication of optical fibers 


Optical fibers are fabricated in a multi-step proc- 
ess: preform fabrication, fiber drawing, fiber coating, 
and spooling. A preform is a giant-sized version of the 
final fiber, with central core and cladding refractive 
indices equal to those of desired product. Preform 
diameters are typically 0.4 to 1.0 in (1.0 to 2.5 cm). 
They are produced by one of several variations on 
chemical vapor deposition, in which chemicals (pri- 
marily silica, with other exotic compounds) are vapor- 
ized and allowed to deposit on a tube or rod. The 
porous form produced is heated to release trapped 
gases and water vapor that might otherwise compro- 
mise the performance of the final fiber. 


In the drawing stage, the end of the preform is 
lowered into a furnace heated to roughly 3,632°F 
(2,000°C). The tip softens until it is drawn down by 
gravity, shrinking in diameter. Sensors constantly 
monitor the fiber diameter and concentricity to assure 
optimal results. An acrylic coating is applied to protect 
the fiber from damage and preserve its strength. 
Finally, it is wound onto a take-up spool. 


Fiber classifications 


Optical fiber falls into three basic classifications: 
step-index multimode, graded-index multimode, and 
single mode. A mode is essentially a path that light can 
follow down the fiber. Step-index fiber has a core with 
one index of refraction, and a cladding with a second 
index. 


A graded-index fiber has a varying core index of 
refraction, and a constant cladding index (Figure 6). 


In general, the beam diameters of light sources for 
optical fibers are larger than the diameter of the fiber 
itself. Each fiber has a cone of light that it can prop- 
agate, known as the cone of acceptance of the fiber. It 
is driven by the critical angle of the fiber, which in turn 
varies according to the refractive index of the material. 
Light outside the cone of acceptance will not undergo 
total internal reflection and will not travel down the 
fiber. 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Now, if light in the cone of acceptance is entering 
the fiber at a variety of angles greater than or equal to 
the critical angle, then it will travel a number of differ- 
ent paths down the fiber. These paths are called 
modes, and a fiber that can support multiple paths is 
classified as multimode. Notice that the light hitting at 
the smallest possible angle travels a longer path than 
the light at the largest angle, since the light at the 
largest angle is closest to a straight line. For step- 
index multimode fiber in which light travels the same 
speed everywhere, the rays running the longest path 
will take longer to get to the destination than the light 
running the shortest path. Thus a sharp pulse, or 
packet of light, will be spread out into a broad packet 
as it travels through the fiber. This is known as modal 
dispersion and can be a disadvantage in many appli- 
cations. This type of fiber is used for in-house phone 
lines and data links (Figure 5). 


Graded-index fiber offers one method for mini- 
mizing dispersion. The index of refraction of the core 
of graded index fiber increases toward the center. 
Remember, the refractive index of a material controls 
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the speed of light traveling through it. Light propagat- 
ing in the center of the fiber thus goes more slowly than 
light on the edges. This reduces the pulse spread 
caused by differing path lengths. While not a perfect 
transmission, the transmitted pulse is dramatically 
improved over the step-index multimode fiber output. 
Graded-index fiber requires very specialized fabrica- 
tion and is more expensive than step-index multimode. 
It is commonly used for mid-length communications 
(Figure 6). 


The best way to avoid modal dispersion, how- 
ever, is to restrict transmission to only one mode. 
Single-mode fiber is very narrow, with core diameters 
typically 8 microns, allowing light to propagate in 
only one mode (see Figure 7). The cone of acceptance 
is dramatically decreased, however, which makes light 
injection difficult. Splicing fiber together is more chal- 
lenging, as well. Single-mode fiber is more costly than 
step-index multimode but less so than graded-index 
multimode. Single-mode fiber is used for long dis- 
tance communication such as transoceanic telephone 
lines. 
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Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 6. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Plastic fiber is available in all three types. It is less 
expensive and lightweight but experiences more signal 
attenuation. It is practical for very short distance 
applications such as in automobiles. 


Fiber optic communications 


Why is the propagation of pulses of light through 
optical fibers important? Voice, video, and data sig- 
nals can be encoded into light pulses and sent across an 
optical fiber. Each time someone makes a telephone 
call, a stream of pulses passes through an optical fiber, 
carrying the information to the person on the other 
end of the phone line. 


A fiber optic communication system generally 
consists of five elements: the encoder or modulator, 
the transmitter, the fiber, the detector, and the demod- 
ulator (Figure 8). 
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Electrical input is first coded into a signal by the 
modulator, using signal processing techniques. The 
transmitter converts this electrical signal to an optical 
signal and launches it into the fiber. The signal expe- 
riences attenuation as it travels through the fiber, but 
it is amplified periodically by repeaters. At the desti- 
nation, the detector receives the signal, converting it 
back to an electrical signal. It is sent to the demodu- 
lator, which decodes it to obtain the original signal. 
Finally, the output is sent to the computer or to the 
handset of a telephone, where electrical signals cause 
the speaker to vibrate, sending audio waves to the 
listening ear. 


Advantages of fiber optic cable 


Communication via optical fiber has a number of 
advantages over copper wire. Wires carrying electrical 
current are prone to crosstalk, or signal mixing 
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Figure 7. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 8. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


between adjacent wires. In addition, copper wiring can 
generate sparks, or can overload and grow hot, caus- 
ing a fire hazard. Because of the electromagnetic prop- 
erties of current carrying wires, signals being carried 
by the wire can be decoded undetectably, compromis- 
ing communications security. Optical fiber carries 
light, no electricity, and so is not subject to any of 
these problems. 


The biggest single advantage that optical fiber 
offers over copper wire is that of capacity, or band- 
width. With the rising popularity of the Internet, the 
demand for bandwidth has grown exponentially. Using 
a technique called wavelength division multiplexing 
(WDM), optical networks can carry thousands of 
times as much data as copper-based networks. 


Most copper networks incorporate a technique 
known as time division multiplexing (TDM), in which 
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Electrical 


Output 
signal 


the system interleaves multiple conversations, sending 
bits of each down the line serially. For example, the 
system transmits a few milliseconds of one conversa- 
tion, then a few milliseconds of the next, a few milli- 
seconds of the next, then returns to transmit more of 
the first conversation, and so on. For many years, net- 
work designers increased carrying capacity by develop- 
ing electronics to transmit shorter, more closely spaced 
data pulses. 


Electronics can operate so quickly, however, and 
eventually copper wire hit a maximum carrying 
capacity. To increase bandwidth, network operators 
had to either lay additional copper cable in already 
packed underground conduits, or seek another 
method. Thus, fiber optics entered the market. 


The electrons in copper wire can only carry one 
stream of time-division multiplexed data at a time. 
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Fiber optics 


Optical fiber, on the other hand, can transmit light at 
many wavelengths simultaneously, without interfer- 
ence between the different optical signals. Fiber optic 
networks can thus carry multiple data streams over the 
same strand of optical fiber, in a technique known as 
wavelength division multiplexing. A good analogy is a 
that of a ten-lane expressway compared to a one-lane 
county road. 


Wavelength division multiplexing is an incredibly 
powerful technique for increasing network capacity. 
Transmitting data over two wavelengths of light 
instantly doubles the capacity of the network without 
any additional optical fiber being added. Transmitting 
over sixteen wavelengths of light increases the capacity 
by sixteen times. Commercially deployed WDM sys- 
tems feature 64 wavelengths, or channels, spaced less 
than 1 nanometer (nm) apart spectrally. Researchers 
have built WDM networks that operate over hundreds 
of channels, sending the equivalent of the amount of 
data in the Library of Congress across the network ina 
single second. 


Attenuation, dispersion, and optimal 
communications wavelengths 


As mentioned previously, signals carried by opti- 
cal fiber eventually lose strength, though the loss of 
attenuation is nowhere near as high as that for copper 
wire. Single-mode fiber does not incur as much attenu- 
ation as multimode fiber. Indeed, signals in high qual- 
ity fiber can be sent for more than 18.6 mi (30 km) 
before losing strength. This loss of signal strength is 
compensated for by installing periodic repeaters on 
the fiber that receive, amplify, and retransmit the sig- 
nal. Attenuation is minimized at 1,550 nm, the pri- 
mary operating wavelength for telecommunications. 


Signals in optical fiber also undergo dispersion. 
One mechanism for this is the modal dispersion 
already discussed. A second type of dispersion is mate- 
rial dispersion, where different wavelengths of light 
travel through the fiber at slightly different speeds. 
Sources used for fiber optics are centered about a 
primary wavelength, but even with lasers, there is 
some small amount of variation. At wavelengths 
around 800 nm, the longer wavelengths travel down 
the fiber more quickly than the shorter ones. At wave- 
lengths around 1,500 nm, the shorter wavelengths are 
faster. The zero crossing occurs around 1,310 nm: 
shorter wavelengths travel at about the same speed 
as the longer ones, resulting in zero material disper- 
sion. A pulse at 1,310 nm sent through an optical fiber 
would arrive at its destination looking very much like 
it did initially. Thus, 1,310 nm is an important wave- 
length for communications. 
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A third kind of dispersion is wavelength disper- 
sion, occurring primarily in single-mode fiber. A sig- 
nificant amount of the light launched into the fiber is 
leaked into the cladding. This amount is wavelength 
dependent and also influences the speed of propaga- 
tion. High volume communications lines have care- 
fully timed spacings between individual signals. Signal 
speed variation could wreak havoc with data trans- 
mission. Imagine a telephone call mixing with another 
person’s call! Fortunately, wavelength dispersion can 
be minimized by careful design of refractive index. 


Based on dispersion and attenuation considera- 
tions, then, the optimal wavelengths for fiber-optic 
communications are 1,300 and 1,550 nm. Despite the 
dispersion advantages of operating at 1,310 nm, most 
modern fiber optic networks operate around 1,550 
nm. This wavelength band is particularly important 
to the WDM networks that dominate the major cross- 
country fiber optic links because the erbium-doped 
fiber amplifiers (EDFAs) incorporated in the repeat- 
ers provide signal amplification only across a range of 
wavelengths around 1,550 nm. Thus, most modern 
fiber optic networks operate around the so-called 
EDFA window. These signals are in the infrared 
region of the spectrum, that is, these wavelengths are 
not visible. Diode lasers are excellent sources at these 
wavelengths. 


Telecommunications companies have developed 
single-mode optical fiber that addresses the problem 
of dispersion. Dispersion-shifted fiber is designed so 
that the region of maximum dispersion falls outside of 
the so-called telecommunications window. Although 
dispersion-shifted fiber is sufficient for basic transmis- 
sion, in the case of WDM systems with tightly spaced 
channels, the fiber triggers nonlinear effects between 
channels that degrades signal integrity. In response, 
fiber manufacturers have developed non-zero disper- 
sion-shifted fiber that eliminates this problem. 


Other applications 


Optical fiber has a variety of other applications. 
Fiber-optic stress and strain sensors are in common use 
on structures, bridges, and in monitoring industrial 
processes. Researchers have developed fiber-optic 
lasers that are tunable throughout the visible and 
fiber-optic amplifiers that will further increase capacity 
in the communications network. Fiber-optic endo- 
scopes allow doctors to perform non-invasive internal 
examinations, and fiber-optic chemical sensors allow 
researchers to monitor pollution levels remotely. 


Fiber-optic technology is continually improving and 
growing more and more an invisible part of daily lives. In 
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KEY TERMS 


Attenuation—Loss of energy in a signal as it passes 
through the transmission medium. 


Cladding—tThe outer layer of an optical fiber. 
Core—The inner portion of an optical fiber. 


Dispersion: modal, material, wavelength—Spreading 
of a signal pulse in an optical fiber. 


Index of refraction—The ratio of speed of light ina 
vacuum to speed of light in a given material. 


Modulation—Variation, a method of varying a sig- 
nal such that information is coded in. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Total internal reflection—When light reaches an 
interface between two materials and is reflected 
back into the first material. 


1854, when John Tyndall (1820-1893) demonstrated 
light guided in a curved path by a parabolic stream of 
water, he could never have guessed at the ramifications 
of his discovery. By the same token, humans living in 
2006, for instance, can only guess what applications will 
be found for optical fiber in the future. 
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Kristin Lewotsky 


i Fibonacci sequence 


The Fibonacci sequence is a series of numbers in 
which each succeeding number (after the second) is the 
sum of the previous two. The most famous Fibonacci 
sequence is 1, 1, 2, 3, 5, 8, 13, 21, 34, 55, 89.... This 
sequence expresses many naturally occurring relation- 
ships in the plant world. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


History 


The Fibonacci sequence was invented by the Italian 
Leonardo Pisano Bigollo (1180-1250), who is known in 
mathematical history by several names: Leonardo of 
Pisa (Pisano means “from Pisa”) and Fibonacci 
(which means “son of Bonacci”). Fibonacci, the son of 
an Italian businessman from the city of Pisa, grew up in 
a trading colony in North Africa during the Middle 
Ages. Italians were some of the western world’s most 
proficient traders and merchants during the Middle 
Ages, and they needed arithmetic to keep track of 
their commercial transactions. Mathematical calcula- 
tions were made using the Roman numeral system 
d, Il, Hl, IV, V, VI, etc.), but that system made it 
hard to do the addition, subtraction, multiplication, 
and division that merchants needed to keep track of 
their transactions. 


While growing up in North Africa, Fibonacci 
learned the more efficient Hindu-Arabic system of 
arithmetical notation (1, 2, 3, 4...) from an Arab 
teacher. In 1202, he published his knowledge in a 
famous book called the Liber Abaci (which means 
the “book of the abacus,” even though it had nothing 
to do with the abacus). The Liber Abaci showed how 
superior the Hindu-Arabic arithmetic system was to 
the Roman numeral system, and it showed how the 
Hindu-Arabic system of arithmetic could be applied to 
benefit Italian merchants. 


The Fibonacci sequence was the outcome of a 
mathematical problem about rabbit breeding that 
was posed in the Liber Abaci. The problem was this: 
Beginning with a single pair of rabbits (one male and 
one female), how many pairs of rabbits will be born in 
a year, assuming that every month each male and 
female rabbit gives birth to a new pair of rabbits, and 
the new pair of rabbits itself starts giving birth to 
additional pairs of rabbits after the first month of 
their birth? 


Table 1 illustrates one way of looking at 
Fibonacci’s solution to this problem. Each number in 
the table represents a pair of rabbits. Each pair of 
rabbits can only give birth after its first month of life. 
Beginning in the third month, the number in the 
“Mature Pairs” column represents the number of 
pairs that can bear rabbits. The numbers in the “Total 
Pairs” column represent the Fibonacci sequence. 


Other Fibonacci sequences 


Although the most famous Fibonacci sequence is 
1, 1, 2, 3, 5, 8, 13, 21, 34, 55..., a Fibonacci sequence 
may be any series of numbers in which each succeeding 
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Fibonacci sequence 
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Table 1. (Thomson Gale.) 


number (after the second) is the sum of the previous 
two. That means that the specific numbers in a 
Fibonacci series depend upon the initial numbers. 
Thus, if a series begins with 3, then the subsequent 
series would be as follows: 3, 3, 6, 9, 15, 24, 39, 63, 102, 
and so on. 


A Fibonacci series can also be based on something 
other than an integer (a whole number). For example, 
the series 0.1, 0.1, 0.2, 0.3, 0.5, 0.8, 1.3, 2.1, 3.4, 5.5, 
and so on, is also a Fibonacci sequence. 


The Fibonacci sequence in nature 


The Fibonacci sequence appears in unexpected 
places such as in the growth of plants, especially in 
the number of petals on flowers, in the arrangement of 
leaves on a plant stem, and in the number of rows of 
seeds in a sunflower. 


For example, although there are thousands of 
kinds of flowers, there are relatively few consistent 
sets of numbers of petals on flowers. Some flowers 
have 3 petals; others have 5 petals; still others have 8 
petals; and others have 13, 21, 34, 55, or 89 petals. 
There are exceptions and variations in these patterns, 
but they are comparatively few. All of these numbers 
observed in the flower petals—3, 5, 8, 13, 21, 34, 55, 
89—appear in the Fibonacci series. 


Similarly, the configurations of seeds in a giant 
sunflower and the configuration of rigid, spiny scales 
in pine cones also conform with the Fibonacci series. 
The corkscrew spirals of seeds that radiate outward 
from the center of a sunflower are most often 34 and 
55 rows of seeds in opposite directions, or 55 and 89 
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KEY TERMS 


Phyllotaxis—The arrangement of the leaves of a 
plant on a stem or axis. 


Radially—Diverging outward from a center, as 
spokes do from a wagon wheel or as light does 
from the sun. 


rows of seeds in opposite directions, or even 89 and 
144 rows of seeds in opposite directions. The number 
of rows of the scales in the spirals that radiate upwards 
in opposite directions from the base in a pine cone are 
almost always the lower numbers in the Fibonacci 
sequence—3, 5, and 8. 


Why are Fibonacci numbers in plant growth so 
common? One clue appears in Fibonacci’s original 
ideas about the rate of increase in rabbit populations. 
Given his time frame and growth cycle, Fibonacci’s 
sequence represented the most efficient rate of breed- 
ing that the rabbits could have if other conditions were 
ideal. The same conditions may also apply to the 
propagation of seeds or petals in flowers. That is, 
these phenomena may be an expression of nature’s 
efficiency. As each row of seeds in a sunflower or 
each row of scales in a pine cone grows radially away 
from the center, it tries to grow the maximum number 
of seeds (or scales) in the smallest space. The Fibonacci 
sequence may simply express the most efficient pack- 
ing of the seeds (or scales) in the space available. 


See also Integers; Numeration systems. 
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| Field 


A field is the name given to a pair of numbers and 
a set of operations that together satisfy several specific 
laws. A familiar example is the set of rational numbers 
and the operations addition and multiplication. An 
example of a set of numbers that is not a field is the 
set of integers. It is an “integral domain.” It is not a 
field because it lacks multiplicative inverses. Without 
multiplicative inverses, division may be impossible. 


The elements of a field obey the following laws: 


1. Closure laws: a + b and ab are unique elements in 
the field. 


2. Commutative laws: a + b = b + a and ab = ba. 


3. Associative laws: a + (b + c) = (a + b) +c and 
a(bc) = (ab)e. 


4. Identity laws: there exist elements 0 and | such that 
a+0O=aandax l=a. 


5. Inverse laws: for every a there exists an element —a 
such that a + (—a) = 0, and for every a £ 0 there exists 
an element a” such that a x a! = 1. 


6. Distributive law: a(b + c) = ab + ac. 


Rational numbers (numbers that can be 
expressed as the ratio a/b of an integer a and a 
natural number b) obey all these laws. They obey 
closure because the rules for adding and multiplying 
fractions, a/b + c/d = (ad + cb)/bd and (a/b)(c/d) = 
(ac)/(bd), convert these operations into adding 
and multiplying integers that are closed. They are 
commutative and associative because integers are 
commutative and associative. The ratio 0/1 is an 
additive identity, and the ratio 1/1 is a multiplicative 
identity. The ratios a/b and —a/b are additive inver- 
ses, and a/b and b/a (a, b ¥ 0) are multiplicative 
inverses. The rules for adding and multiplying 
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fractions, together with the distributive law for inte- 
gers, make the distributive law hold for rational num- 
bers as well. Because the rational numbers obey all 
the laws, they form a field. 


The rational numbers constitute the most widely 
used field, but there are others. The set of real numbers 
is a field. The set of complex numbers (numbers of 
the form a + bi, where a and b are real numbers, and 
i? = —1) is also a field. 


Although all the fields named above have an infin- 
ite number of elements in them, a set with only a finite 
number of elements can, under the right circumstan- 
ces, be a field. For example, the set constitutes a field 
when addition and multiplication are defined by these 
tables: 


+|0 1 x|O 1 
0}0 1 0|}0 1 
111 0 1/1 0 


With such a small number of elements, one can 
check that all the laws are obeyed by simply running 
down all the possibilities. For instance, the symmetry 
of the tables show that the commutative laws are 
obeyed. Verifying associativity and distributivity is a 
little tedious, but it can be done. The identity laws can 
be verified by looking at the tables. Where things 
become interesting is in finding inverses, since the 
addition table has no negative elements in it, and the 
multiplication table, no fractions. Two additive inver- 
ses have to add up to 0. According to the addition 
table 1 + 1 is 0; so 1, curiously, is its own additive 
inverse. The multiplication table is less remarkable. 
Zero never has a multiplicative inverse, and even in 
ordinary arithmetic, | is its own multiplicative inverse, 
as it is here. 


This example is not as outlandish as one might 
think. If one replaces 0 with “even” and | with “odd,” 
the resulting tables are the familiar parity tables for 
catching mistakes in arithmetic. 


One interesting situation arises where an algebraic 
number such as = V2 is used. (An algebraic number is 
one which is the root of a polynomial equation.) If one 
creates the set of numbers of the form a + b\/2, where 
a and b are rational, this set constitutes a field. Every 
sum, product, difference, or quotient (except, of 
course, (a + b\/2)/0) can be expressed as a number in 
that form. In fact, when one learns to rationalize the 
denominator in an expression such as 1/(1 — V2) that 
is what is going on. The set of such elements therefore 
form another field which is called an “algebraic exten- 
sion” of the original field. 
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Figurative numbers 


KEY TERMS 


Field—A set of numbers and operations exempli- 
fied by the rational numbers and the operations of 
addition, subtraction, multiplication, and division. 


Integral domain—A set of numbers and operations 
exemplified by the integers and the operations 
addition, subtraction, and multiplication. 
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Fig see Mulberry family (Moraceae) 


l Figurative numbers 


Figurative numbers are numbers that can be rep- 
resented in a geometric pattern, usually by dots 
arranged in various regular and discrete geometric 
patterns. For example, triangular numbers are repre- 
sented by the patterns shown in Figure 1. 


The numbers they represent are 1, 3, 6, 10, and 
so on. 


Figurative numbers were first studied by mathe- 
matician Pythagoras (582-500 BC) in the sixth century 
BC and by the Pythagoreans, who were his followers. 
These numbers were studied, as were many kinds of 
numbers, for the sake of their supposed mystical prop- 
erties rather than for their practical value. The study of 
figurative numbers continues to be a source of interest 
to both amateur and professional mathematicians. 


Figurative numbers also include the square num- 
bers which can be represented by square arrays of 
dots, as shown in Figure 2. 


The first few square numbers are 1, 4, 9, 16, 25, 
etc. 


There are pentagonal numbers based on pentago- 
nal arrays. Figure 3 shows the fourth pentagonal num- 
ber, 22. 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


ola 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Other pentagonal numbers are 1, 5, 12, 22, 35, and 
so on. 


There is, of course, no limit to the number of 
polygonal arrays into which dots may be fitted. 
There are hexagonal numbers, heptagonal numbers, 
octagonal numbers, and, in general, n-gonal numbers, 
where n can be any number greater than 2. 


One reason that figurative numbers have the 
appeal they do is that they can be studied both alge- 
braically and geometrically. Properties that might be 
difficult to discover by algebraic techniques alone are 
often revealed by simply looking at the figures, and 
this is what shall be done here, first with triangular 
numbers. 


If one denotes by T, the n-th triangle number, 
Figure 1 shows that T; = 1, T, = T,; + 2, T3 = 
To + 3,T4 = T3 + 4. 


Th = The +n 


These formulas are recursive. To compute Tj, one 
must compute Ty. To compute Ty one has to compute 
Tg, and so on. For small values of n this is not difficult 
todo:T;)y7 =10+(9+(8+(7+ (64+ (54+ (44+ B84 
(2 + 1)))))))) = 55. 


For larger values of n, or for general values, a for- 
mula that gives T,, directly would be useful. Here, the use 
of the figures themselves comes into play: From Figure 4, 
one can see that 2T; = (3)(4); so T3 = 12/2, or 6. 
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Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The same technique can be applied to any trian- 
gular number: 2T, = n(n + 1); T, = n(n + 1)/2. 
When n = 10, Tyo = (10)(11)/2, or 55, as before. 


In the case of square numbers, the general formula 
for the n-th square number is easy to derive, It is 
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simply n*. In fact, the very name given to n° reflects 
the fact that it is a square number. The recursive for- 
mulas for the various square numbers are a little less 
obvious. To derive them, one can turn again to the 
figures themselves. Since each square can be obtained 
from its predecessor by adding a row of dots across the 
top and a column of dots down the side, including one 
dot in the corner, one gets the recursive pattern S; = 1, 
So = S1 t 3,83 = S> t 5,84 = S3 t i ree 


Sa _ Sul + 2n-1 
or, alternatively 
Sn+1 a Sn +2n+ 1 


Thus, Ss = 15+ (13 +(11 + 9O+(77+ (54 
(3 + 1))))), or 64. 


Because humans are so fond of arranging things 
in rows and columns, including themselves, square 
numbers in use are not difficult to find. Tic-tac-toe has 
S3 squares; chess and checkers have Sg. S;9 has been 
found to be the ideal number of points, says a text on 
the oriental game of ‘go,’ on which to play the game. 


One of the less obvious places where square 
numbers—or more correctly, the recursive formulas 
for generating them—show up is in one of the algo- 
rithms for computing square roots. This is the algo- 
rithm based on the formula (a + b)? = a? + 2ab + b*. 
When this formula is used, b is not 1. In fact, at each 
stage of the computing process the size of b is system- 
atically decreased. The process however parallels that 
of finding S,+; recursively from S,. This becomes 
apparent when n and | are substituted for a and b in 
the formula: (n + 1)* = n? + 2n + 1. This translates 
into Sy+; = S, + 2n + 1, which is the formula given 
earlier. 


Formulas for pentagonal numbers are trickier to 
discover, both the general formula and the recursive 
formulas. However, again, the availability of geomet- 
ric figures helps. By examining the array in Figure 5, 
one can come up with the following recursive formu- 
las, where P, represents the n-th pentagonal number: 
P, = 1,P. =P, t 4, P; =P, t 7,P4 = P3 + 10. One 
can guess the formula for P,: P, = Py., + 3n- 2, and 
this is correct. At each stage in going from P,.; to Py, 
one adds three sides of n dots each to the existing 
pentagon, but two of those dots are common to two 
sides and should be discounted. 


To compute P7 recursively, one has 19 + (16 + 
(143 + (10 + (7 + (4 + 1))))), which adds up to 70. 


To find a general formula, one can use another 
technique. One can cut up the array in Figure 5 along 
the dotted lines. When one does this, the result is Ps; = 
Ts; + 2T, or more generally P, = T, + 2T,.-1. 
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Figurative numbers 


Figure 6. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 7. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 8. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


If one substitutes algebraic expressions for the 
triangular numbers and simplifies the result, P, = 
(3n? - n)/2 results. 


The fact that pentagonal numbers can be cut into 
triangular numbers makes one wonder if other 
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polygonal numbers can, too. 
and Figure 6 shows an example. 


square numbers can, 


It yields T; + Ty, or in general S, = T, + Th. 
Arranging these formulas for triangular dissections 
suggests a pattern: Ty = Ty, Sp = Th + Ta, Pa = 
Ty + 2Tn-1, Hy = Ta + 3Ty-1, where H, is the n-th 
hexagonal number. If one checks this for Hy in 
Figure 7, one finds it to be correct. 


In general, if N, represents the k-th polygonal 
number for a polygon of N sides (an N-gon) Ny = 
Ty + (N-3)TxA. 


The Pythagoreans were also concerned with 
‘oblong’ arrays (here oblong has a more limited mean- 
ing than usual), having one column more than its rows. 


In this case, the concern was not with the total 
number of dots but with the ratio of dots per row to 
dots per column. In the smallest array, this ratio is 2:1. 
In the next array, it is 3:2; and the third, 4:3 (Figure 8). 
If the arrays were further enlarged, the ratios would 
change in a regular way: 5:4, 6:5, and so on. 


These ratios were related, by Pythagoreans, to 
music. If, on a stringed instrument, two notes were 
played whose frequencies were in the ratio of 2:1, 
those notes would be an octave apart and would 
sound harmonious when played together. (Actually, 
the Pythagoreans went by the lengths of the strings, 
but if the string lengths were in the ratio 1:2, the fre- 
quencies would be in the ratio 2:1.) If the ratio of the 
frequencies were 3:2, the notes would be a perfect fifth 
apart and would, also, sound harmonious. (In fact, 
violinists use the harmony of perfect fifths to tune the 
strings of the violin, which sound a perfect fifth apart.) 
Notes in the ratio 4:3 were also considered harmonious. 
Other ratios were thought to result in discordant notes. 


The Pythagoreans went well beyond this in devel- 
oping their musical theories, but what is particularly 
interesting is that they based a really fundamental 
musical idea on an array of dots. Of course, for rea- 
sons having little to do with figurative numbers, they 
got it correct. 


Figurative numbers are not confined to those 
associated with plane figures. One can have pyramidal 
numbers based on figures made up of layers of dots, 
for example a tetrahedron made up of layers of trian- 
gular arrays. Such a tetrahedron would have T, dots in 
the first layer, T,.; dots in the next, and so on. If there 
were four such layers, the tetrahedral number it repre- 
sents would be 1 + 3 + 6 + 10, or 20. 


A general formula applicable to a pyramid whose 
base is an N-gon with N, points in it is 
(k + 1)QN, + k)/6. In the example above, N = 3 
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and k = 4. Using these values in the formula gives 
5(20 + 4)/6 = 20. 


If the base is a square with 5 points ona side, N = 
4 and k = 5. Then, the total number of points is 
6(50 + 5)/6, or 55. To arrange cannon balls in a 
pyramidal stack with a square array of 25 balls for a 
base, one would need 55 balls. 


See also Imaginary number; Natural numbers; 
Transcendental numbers. 
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| Filtration 


Filtration is the process by which solid materials 
are removed from a fluid mixture, either a gas or liquid 
mixture. One of the most familiar kinds of filtration is 
that which students of chemistry encounter in their 
early laboratory experiences. In these experiences, sus- 
pensions of a solid precipitate in water are passed 
through filter paper supported in a glass funnel. The 
filter paper traps solid particles in the mixture, while a 
clear solution passes through the filter, down the fun- 
nel, and into a receiving container. 


Filtration is carried out for one of two general 
purposes: in order to capture the solid material sus- 
pended in the fluid or in order to clarify the fluid in 
which the solid is suspended. The general principle is 
the same in either case although the specific filtration 
system employed may differ depending on which of 
these objectives is intended. 


In the world outside of chemistry laboratories, a 
very great variety of filtration systems are available. 
These systems can be categorized according to the 
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fluids on which they operate (gaseous or liquid) and 
the driving force that moves fluids through them (grav- 
ity, vacuum, or pressure). They can also be sub-divided 
depending on the type of material used as a filter. 


Liquid filtration 


Liquid filtration occurs when a suspension of a 
solid in a liquid passes through a filter. That process 
takes place when the liquid is pulled through the filter 
by gravitational force (as in the laboratory example 
mentioned above) or is forced through the filter by 
some applied pressure or by a pressure differential 
supplied by the existence of a vacuum. 


One of the most familiar gravity filters in the 
industrial world is that used for the purification of 
water. A water filtration system generally makes use 
of a thick layer of granular materials, such as sand, 
gravel, and charcoal. Such a filter may be many feet 
thick and is known, therefore, as a deep-bed filter. 
When impure water passes through such a filter, sus- 
pended solids are removed, allowing relatively pure 
water to be collected at the bottom of the filter. In 
commercial water purification plants, the deep-bed 
filter may be modified to remove other impurities. 
For example, dissolved gases that add unpleasant 
odors and taste to the water may be removed if acti- 
vated carbon (finely divided charcoal) is included in 
the filter. The gases responsible for offensive odor and 
taste are absorbed on particles of charcoal, leaving an 
effluent that is nearly odorless and tasteless. 


The filtration of smaller volumes of solution than 
those normally encountered in a water filtration plant 
is often accomplished by means of positive pressure 
systems. A positive pressure system is one in which the 
fluid to be filtered is forced through a filtering medium 
by an external pressure. A number of variations on 
this concept are commercially available. For example, 
in one type of apparatus, the fluid to be filtered is 
introduced under pressure at one end of a horizontal 
tank and then forced through a series of vertical plates 
covered with thin filtering cloths. As the fluid passes 
through these filters, solids are removed and collected 
on the surface of the cloths. The material that builds 
up on the filters is known as a cake, and the filters 
themselves are sometimes called cake filters. 


In another type of pressure filter a series of filter 
plates is arranged one above the other in a cylindrical 
tank. Liquid is pumped into the tank under pressure, 
which forces it downward through the filters. Again, 
solids suspended in the liquid collect on the filters 
while the clear liquid passes out of the tank through 
a drain pipe in the center of the unit. 
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Filtration 


A variety of vacuum filters have also been 
designed. In a vacuum filter, the liquid to be separated 
is poured onto a filtering medium and a vacuum is 
created below the medium. Atmospheric pressure 
above the filter then forces the liquid through the 
medium with suspended solids collecting on the filter 
and the clear liquid passing through. 


Probably the most common variation of the vac- 
uum filter is the continuous rotary vacuum filter. In 
this device, a drum with a perforated surface rotates 
on a horizontal axis. A cloth covering the drum acts as 
the filter. The lower part of the drum is submerged in 
the liquid to be separated and a vacuum is maintained 
within the drum. As the drum rotates, it passes 
through the liquid and atmospheric pressure forces 
liquid into its interior. Solids suspended in the liquid 
are removed by the filter and collect as a cake on the 
outside of the drum. Because the cake can constantly 
be removed by a stream of water, the drum can con- 
tinue to rotate and filter the suspension in the pan 
below it. 


Clarifying filters 


The filters described thus far are used most com- 
monly to collect a solid material suspended in a liquid. 
Clarifying filters, on the other hand, are designed to 
collect a liquid that is as free from solid impurities as 
possible. The most important feature of a clarifying 
filter, then, is the filter itself. It must be constructed in 
such a way as to remove the very smallest particles 
suspended in the liquid. A number of systems have 
been developed to achieve this objective. Some rely on 
the use of wires or fibers very closely spaced together. 
Others make use of finely powdered materials, such as 
diatomaceous earth. 


Gas filtration 


Examples of gas filtration are common in every- 
day life. For example, every time a vacuum cleaner 
runs, it passes a stream of dust-filled air through a 
filtering bag inside the machine. Solid particles are 
trapped within the bag, while clean air passes out 
through the machine. 


The removal of solid particles from air and other 
gases is a common problem in society. Air condition- 
ing and heating systems today not only change the 
temperature of a room, but also remove dust, pollen, 
and other particles that may cause respiratory prob- 
lems for humans. 


The cleansing of waste gases is also a significant 
problem for many industrial operations. Effluent 
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Cake filter—A type of filter on which solid materi- 
als removed from a suspension collect in a quantity 
that can be physically removed. 


Clarification—The process by which unwanted 
solid materials are removed from a suspension in 
order to produce a very clear liquid. 


Diatomaceous earth—A finely divided rock-like 
material obtained from the decay of tiny marine 
organisms known as diatoms. 


Fluid—A gas or liquid. 
Precipitate—A solid material that is formed by 
some physical or chemical process within a fluid. 


Suspension—A temporary mixture of a solid in a 
gas or liquid from which the solid will eventually 
settle out. 


gases from coal- and oil-burning power plants, for 
example, usually contain solid particles that cause air 
pollution and acid rain. One way to remove these 
particles is to pass them through a filtering system 
that physically collects the particles leaving a clean 
(or cleaner) effluent gas. 


Nanotechnology, the use of devices and materials 
at extremely small sizes, has been applied to filtration 
in recent years. Nanofiber is a type of fiber with a 
diameter of less than one micron (one micron is 
equal to one-millionth of a meter). These nanofibers 
are used for air filtration in commercial, industrial, 
and defense applications, usually to combat environ- 
mental contaminants. In fact, the performance of 
many transportation devices such as the internal com- 
bustion engine and the fuel cell, has been enhanced 
with the use of these nanofiber filters. 


See also Bioremediation; Hydrologic cycle; Sus- 
tainable development; Water pollution. 
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| Finches 


Finches are species of arboreal, perching birds 
that make up the large, widespread family, the 
Fringillidae. There are two subfamilies in this 
group, the largest being the Carduelinae or cardue- 
line finches, a geographically widespread group 
that contains more than 130 species. The subfamily 
Fringillinae or fringillid finches consists of three 
species of chaffinches that breed in woodlands of 
Eurasia. 


Species of finches occur in North and South 
America, Africa, Europe, and Asia. In addition, a 
few species have been introduced beyond their natural 
range, to Australasia. 


Species of finches can occur in a wide range of 
habitats, including desert, steppe, tundra, savannas, 
woodlands, and closed forests. Finches that breed in 
highly seasonal, northern habitats are migratory, 
spending their non-breeding season in relatively 
southern places. A few other northern species wander 
extensively in search of places with abundant food, 
and breed there. Other species of more southerly 
finches tend to be residents in their habitat. 


It should be noted that in its common usage, the 
word “finch” is a taxonomically ambiguous term. 
Various types of seed-eating birds with conical bills 
are commonly referred to as finches, including species 
in families other than the Fringillidae. For example, 
the zebra finch (Taeniopygia guttata) of Asia is in the 
waxbill family, Estrildidae, and the snow finch 
(Montifringilla nivalis) is in the weaver-finch family, 
Ploceidae. The “typical” finches, however, are species 
in the family Fringillidae, and these are the birds that 
are discussed in this entry. 


Biology of cardueline finches 


The cardueline or typical finches are smallish 
birds, with a strong, conical beak, well designed for 
extracting and eating seeds from cones and fruits. 
These finches also have a crop, an oesophageal 
pouch used to store and soften ingested seeds, and a 
muscular gizzard for crushing their major food of 
seeds. They eat buds, soft fruits, and some insects. 


Most species of finches are sexually dimorphic, 
with male birds having relatively bright and colorful 
plumage, and the female being more drab, and cryptic. 
This coloration helps the female to blend into her 
surroundings while incubating her eggs, a chore that 
is not shared by the brightly colored male. 
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Species of finches occur in Europe, Asia, Africa, 
and the Americas. However, the greatest diversity of 
species occurs in Eurasia and Africa. 


Cardueline finches typically occur in flocks during 
their non-breeding season. Many of the northern spe- 
cies of finches are highly irruptive in their abundance, 
sometimes occurring in unpredictably large popula- 
tions, especially during their non-breeding season. 
These events of great abundance are associated with 
a local profusion of food, for example, at times when 
conifer trees are producing large quantities of cones 
and seeds. Crossbills, siskins, and redpolls are espe- 
cially notable in this respect. 


The flight of cardueline finches is strong, and 
often occurs in an up-and-down, undulating pattern. 
This flight pattern may be exaggerated during nuptial 
and territorial displays. 


Male cardueline finches defend a territory during 
their breeding season, mostly by singing, often while 
the bird is in flight. The songs of most species are loud 
and melodious. The nest is cup-shaped, and may be 
placed in a tree, shrub, on the ground, and sometimes 
in a cavity in piles of rocks. The clutch size is larger in 
northern species and populations, and can be as few as 
three and as large as six. The female incubates the 
bluish-tinged eggs, but she is fed by the male during 
her seclusion. Both sexes share in the rearing of the 
young birds. 


Cardueline finches in North America 


Fifteen species in the Fringillidae breed regularly 
in North America, all of them cardueline finches. The 
most prominent of these are discussed below. 


The pine grosbeak (Pinicola enucleator) breeds in 
conifer-dominated and mixedwood forests across 
northern North America, and as far south as 
California and New Mexico. The pine grosbeak is a 
relatively large, robin-sized finch. Males are a pinkish 
red color, with black wings, while females are a more 
cryptic grayish olive. This species has a holarctic dis- 
tribution, also occurring widely in Europe and Asia, 
ranging from Scandinavia to Japan. 


The purple finch (Carpodacus purpureus) breeds in 
a wide range of coniferous and mixedwood forests, 
and also in open but treed habitats, such as orchards 
and regenerating cutovers. The plumage of males is a 
bright purple-red, especially around the head, while 
females are a streaked olive in coloration. The purple 
finch breeds widely across the central regions of North 
America. Cassin’s finch (C. cassinii) is a closely 
related, similar-looking species of open coniferous 
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Finches 


A large ground finch (Geospiza magnirostris) on Santa Cruz Island in the Galapagos Islands. (Tim Davis. Photo Researchers, Inc.) 


forests of the western mountains. The house finch 
(C. mexicanus) is also a western species, with males 
being rather rosy in their plumage. In recent decades, 
the house finch has greatly expanded its range into 
eastern North America. This process was initiated by 
introductions of this species to Long Island in 1940, by 
cagebird dealers who were hoping to establish a local 
population of house finches to supply the pet trade. 


The rosy finch (Leucostricte arctoa) breeds in 
western North America, from the Aleutian Islands of 
Alaska, south through British Columbia and Alberta 
to Oregon and Montana. This species breeds in 
upland, rocky tundras, and then descends in the winter 
to lowlands with a more moderate climate. The rosy 
finch will frequent bird feeders in the wintertime. 


The crossbills (Loxia spp.) are interesting finches, 
with unique mandibles that cross at their rather elon- 
gated tips. This unusual bill is very effective at prying 
apart the scales of conifer cones, particularly those of 
species of pines, to extract the nutritious seeds that are 
contained inside. The red crossbill (L. curvirostra) 
ranges very widely, breeding in coniferous forests in 
North America, across Europe and Asia, in North 
Africa, even in montane forests in the Philippines. 
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The white-winged crossbill (L. /eucoptera) occurs in 
more-open coniferous and mixedwood forests, and it 
also breeds widely across North America and in 
Eurasia. Males of both species of crossbills are red 
colored, with black wings, while females are a dark 
olive-gray. 


The crossbills are also interesting in that they are 
irruptive breeders and will attempt to nest at almost 
any time of year, as long as there is a good, local 
supply of conifer seeds. Northern populations will 
even breed in the wintertime. Crossbills are great wan- 
derers and can show up unpredictably in large num- 
bers in years when their food is locally abundant, and 
then disappear for several years, breeding elsewhere 
until the local crop of pine cones increases again. 


The common redpoll (Carduelis flammea) breeds 
in coniferous boreal forests and high-shrub tundras of 
northern Canada, and in similar habitats in northern 
Europe and Asia. The hoary redpoll (C. hornemanni) 
breeds further to the north in more sparsely vegetated 
tundras, also in both North America and Eurasia. The 
hoary redpoll breeds as far north on land as is possible 
in North America, at the very tip of Ellesmere Island. 
The pine siskin (C. tristis) breeds further to the south 
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in coniferous and mixedwood forests, as far south as 
the highlands of Guatemala in Central America. 


The American goldfinch (Carduelis tristis), some- 
times known as the wild canary, is a familiar species 
that breeds widely in North America. The usual hab- 
itat is in disturbed situations, such as regenerating 
burns and cutovers, weedy fields, and shrubby gar- 
dens. Male American goldfinches are brightly colored 
with a yellow-and-black pattern, while females are a 
paler, olive-yellow. This species is rather partial to the 
seeds of thistles, which are herbaceous plants that tend 
to fruit late in the growing season. As a result, gold- 
finches breed rather late in the summer, compared 
with almost all other birds within its range. The lesser 
goldfinch (C. psaltria) occurs in the southwestern 
United States and Mexico. 


The evening grosbeak (Hesperiphona vespertinus) 
breeds in conifer-dominated forests of southern 
Canada and the western United States. This yellow- 
and-black bird wanders widely in the wintertime in 
search of food, and it can sometimes occur in the 
southern states during this season. 


Cardueline finches elsewhere 


The common canary or wild serin (Serinus cana- 
ria) is a famous songster, native to the Azores, 
Madeira, and Canary Islands off northwestern 
Africa. Wild birds have a gray-olive, streaked back, 
and a yellowish face and breast. However, this species 
has been domesticated, is available in a wide range of 
colors, and is commonly kept as a singing cagebird. 


The European goldfinch (Carduelis carduelis) is a 
common and widespread species in Europe, western 
Asia, and northern Africa. This red-faced bird is 
much-loved in Europe, and as a result several 
attempts were made by homesick European immi- 
grants to introduce the species to North America. 
These introductions failed, which is probably just as 
well, because this species might have caused ecologi- 
cal damages by competing with native species of 
finches. The European greenfinch (C. chloris) is 
another closely related species that is also widespread 
in Europe. Both of these finches are commonly kept 
as cagebirds. 


The hawfinch (Coccothraustes coccothraustes) is a 
widespread Eurasian species. The hawfinch has a large 
beak, used for crushing large, hard fruits of trees. 


Fringillinae finches 


The subfamily Fringillinae is comprised of only 
three species of finches that breed widely in Europe 
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and Asia. These are superficially similar to the cardue- 
line finches, but they do not have a crop, and they feed 
their young mostly insects, rather than regurgitated 
seeds and other plant matter. 


The common chaffinch (Fringilla coelebs) has a 
wide breeding range across northern Eurasia. The 
male chaffinch has a black head and back, an 
orange-buff breast, and a white belly, while the colo- 
ration of the female is less bright. 


The brambling (Fringilla montifringilla) is also a 
widespread breeder across northern Eurasia. The 
brambling also occurs during its migrations in western 
Alaska, particularly on some of the Aleutian Islands, 
where flocks of this species may be observed. The male 
brambling has a blue head, pinkish brown face and 
breast, a greenish rump, and black and white wings, 
while the female is a relatively drab, olive-gray. 


The blue chaffinch (F. teydea) only occurs in 
conifer forests on the Canary Islands. The male is a 
rather uniformly slate-blue, and the female is a darker 


gray. 


Finches and humans 


Because they are attractive and often abundant 
birds, are easy to feed, and usually sing well, species of 
finches have long been kept as cagebirds. The most 
famous of the pet finches is, of course, the canary, but 
goldfinches and other species are also commonly kept, 
particularly in Europe. The canary is available in a 
wide variety of plumages, postures, and song types, all 
of which have been selectively bred from wild-type 
birds to achieve some aesthetic goal, which as often 
as not is focused on the development of birds that are 
“different” and unusual. The most commonly kept 
variety of canary is colored bright yellow, and has a 
richly cheerful, melodic song. 


Species of cardueline finches are among the more 
common species of birds that visit seed-bearing 
feeders. This is particularly true during the wintertime, 
when natural seeds can be difficult to find, because 
they are hidden under accumulated snow. Most of the 
finches of North America will visit feeders, but their 
abundance can vary tremendously from week to week 
and from year to year, depending on the regional 
availability of wild foods, and also on the weather. 


Bird feeding has a rather substantial economic 
impact. Each year, millions of dollars are spent by 
North American homeowners to purchase and provi- 
sion backyard feeders. This money is rather well- 
spent, in view of the aesthetic pleasures of luring 
finches and other wild birds close to the home, while 
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KEY TERMS 


Holarctic—This is a biogeographic term, used in 
reference to species that occur in suitable habitat 
throughout the northern regions of North America, 
Europe, and Asia. 


Irruption—A periodic, sporadic, or rare occur- 
rence of a great abundance of a species. Some 
species of migratory finches are irruptive, espe- 
cially in their winter populations. 


also helping these attractive, native species of wildlife 
to survive their toughest time of the year. 


A few species of finches are considered to be agri- 
cultural pests. The bullfinch (Pyrrhula pyrrhula) of 
Eurasia can be especially important, because it eats 
the buds of fruit trees, and can cause considerable 
damages in orchards in some places within its range. 


Some finches have become rare and endangered 
due to changes that humans have incurred to their 
habitats. 


See also Waxbills; Weavers. 
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| Firs 


True firs are about 40 species of conifer trees in the 
genus Abies, occurring in cool-temperate, boreal, and 
montane forests of the northern hemisphere. Firs are 
members of the pine family (Pinaceae). 
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Firs are characterized by flattened needles, usually 
having two white lines running the length of the leaf. 
Firs do not have a petiole joining the needles to the 
twigs, and after the foliage is shed large scars are left 
on the twigs. Fir cones are held upright, and they shed 
their scales soon after the winged seeds have been 
dispersed, leaving a spikelike axis on the twig. Fir 
trees generally have a dense spirelike crown. The 
bark of most species is rather smooth on younger 
trees, becoming somewhat scaly on older ones. Many 
species develop resin-containing blisters on the surface 
of their bark. Firs are not a prime species for sawing 
into lumber, but they are excellent as a source of pulp- 
wood for the manufacturing of paper, and are also 
cultivated as Christmas trees and as ornamentals. 


Douglas firs (Pseudotsuga spp.) are a closely 
related group of six species that occur in western 
North America and eastern Asia. Douglas firs are 
distinguished from true firs by their small, raised leaf 
scar, a petiole joining the leaf to the twig, and the 
distinctive, three-pointed bracts (scalelike leaves) that 
occur immediately below and close to the scales of 
their oval-shaped, hanging cones. 


Firs of North America 


Nine species of true firs grow naturally in North 
America. The most widespread is balsam fir (Abies 
balsamea), a prominent tree in boreal and north- 
temperate forests of eastern Canada and the northeast- 
ern United States. On moist sites with a moderate 
climate, this species grows as tall as 65 feet (20 m). In 
some places, balsam firs occur above the timberline in a 
depressed growth-form known as krummholtz. Balsam 
fir is highly intolerant of fire, and it tends to be a 
relatively short-lived tree. Balsam fir is the major food 
species of the spruce budworm (Choristoneura fumifer- 
ana), a moth that periodically causes extensive forest 
damage in northeastern North America. Fraser fir (A. 


fraseri) is closely related to balsam fir, but occurs in 


montane forests of the southern Appalachians. 


The other seven species of true firs in North 
America all occur in western forests. The subalpine 
fir (Abies lasiocarpa) grows in montane forests from 
southern Alaska to northern Texas, sometimes occur- 
ring past the timberline in a krummholtz growth form. 
Grand fir (A. grandis), Pacific silver fir (A. amabilis), 
and white fir (A. concolor) are species of moist, western 
rain forests, growing on sites of moderate altitude, and 
achieving heights of as much as 164 feet (50 m). Species 
with relatively restricted distributions in the western 
United States are bristlecone fir (A. bracteata), noble 
fir (A. procera), and California red fir (A. magnifica). 
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KEY TERMS 


Boreal—tThis refers to the conifer-dominated forest 
that occurs in the sub-Arctic, and gives way to 
tundra at more northern latitudes. 


Krummholtz—A stunted, depressed growth form 
that some conifers develop above the tree-line on 
mountains, in the arctic, and sometimes along 
windy, oceanic coasts. Krummbholtz trees are 
extremely slow-growing, and can be quite old, 
even though they are small in diameter and less 
than 3 feet (1 m) tall. 


Montane—A conifer-dominated forest occurring 
below the alpine tundra on high mountains. 
Montane forest resembles boreal forest, but is 
affected by climate changes associated with alti- 
tude, rather than latitude. 


The Douglas fir (Pseudotsuga menziesii) is a com- 
mon, fast-growing, and valuable timber species in west- 
ern North America, where it can grow as tall as 262 feet 
(80 m) and attain a diameter of more than 6.5 feet (2 m). 
Some taxonomists divide the species into two races, the 
coastal Douglas fir (P. m. menziesii), which grow in 
humid western forests, and the Rocky Mountain or 
interior Douglas fir (P. m. glauca), which grows in 
drier forests further to the east. The big-cone Douglas 
fir (Pseudotsuga macrocarpa) is a locally occurring spe- 
cies in extreme southern California and northern Baja. 


Economic uses of firs 


The most important use of true firs is for the 
production of pulp for the manufacturing of paper. 
All of the abundant firs are used in this way in North 
America, especially balsam fir and white fir. 


True firs are used to manufacture a rough lumber, 
suitable for framing buildings, making crates, manu- 
facturing plywood, and other purposes that do not 
require a fine finish. The Douglas fir is an important 
species for the manufacturing of a higher-grade 
lumber. 


Canada balsam is a viscid, yellowish turpentine 
that is secreted by balsam fir, and can be collected 
from the resinous blisters on the stems of these trees. 
Canada balsam is now a minor economic product, but 
it used to be important as a clear-drying, mounting 
fixative for microscope slides, and as a cement for 
optical lenses. Oregon balsam, collected from Douglas 
fir, was similarly used. 
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Some species of firs are grown as ornamental trees 
around homes and in public parks. White, grand, and 
Douglas firs are native species commonly used in this 
way. The European white fir (Abies alba) and 
Himalayan silver fir (A. spectabilis) are also sometimes 
cultivated as ornamentals in North America. 


Firs are highly desirable for use as Christmas 
trees, and in some areas they are grown on plantations 
established for this purpose. They can be pruned to 
develop a thick canopy with a pleasing shape, and firs 
retain their foliage for a rather long time, even inside 
dry homes during the winter. 


See also Pines. 
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| Fish 


More than three quarters of Earth’s surface is 
covered by oceans, which are made up of saltwater, 
and by freshwater in the form of lakes, rivers, canals, 
swamps, marshes, and other watercourses. Many spe- 
cies of life have adapated to exist in water. One of the 
most successful is fish. 


There are two types of fish; those that have a 
skeleton comprised of cartilage and those with a 
bony skeleton. The former include the sharks, dogfish, 
skates, and rays. The remainder, and by far the most 
abundant in terms of numbers and species, are known 
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as the bony fishes. More than 25,000 species of bony 
fish have been described. 


In general, bony fish are streamlined to reduce 
water resistance, with specialized fins that provide 
propulsion. Fins can be arranged vertically either 
alone or in pairs. The former include a dorsal fin in 
the midline of the back, an anal fin along the underside 
and a caudal fin at the rear end of the fish. Paired fins 
are also known as pectoral and pelvic fins; they corre- 
spond to the limbs of terrestrial vertebrates. 


The majority of fish species have no neck, and all 
external appendages with the exception of the fins are 
reduced. The body is covered with tiny, smooth scales 
that offer no resistance to the water. The form, size, 
and number of fins varies considerably according to 
the individual’s habitat and requirements. In fast- 
swimming species such as tuna or mackerel the dorsal 
and anal fins form sharp thin keels. Departures from 
this body shape are very common. Puffer or porcupine 
fish, for example, have short, round bodies with 
greatly reduced fins that are more effective in brief, 
sculling movements, rather than in rapid movement. 
Other species such as eels have lost almost all traces of 
external fins and swim instead by rhythmic move- 
ments of their muscular bodies. 


In exploiting the aquatic and marine habitats, fish 
have evolved a number of unique features. One of 
these is the manner in which they breathe. The respi- 
ratory surface of fish forms special gills which are 
highly convoluted and well supplied with blood. 
Water is passed over the gills as the body moves 
through the water. As it does, the highly dissolved 
oxygen in the water meets the respiratory surface, 
diffuses across the membrane and into the blood 
where it is taken up by hemoglobin pigment in the 
blood cells. 


Another important adaptation which has meant 
that fish have been able to thrive in the rich waters of 
the seas and rivers has been the development of the 
swim bladder—a special organ which has arisen from 
an outgrowth of the alimentary canal. This gas-filled 
chamber fulfills several functions, but one of the most 
important is in providing buoyancy, a feature that 
enables bony fish to remain at the same level in the 
water column without expending any energy. Sharks 
and rays do not possess a swim bladder. 


Over evolutionary time, fish developed a wide 
range of behavioral specializations that include feed- 
ing adaptations, courtship, and breeding behaviors, 
and defensive and attacking postures. Many of these 
are assisted or augmented through special sensory 
organs, most of which have evolved independently in 
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many of these species. Altogether, they combine to 
provide the fishes at all stages of their lives with a 
wide range of specialized adaptations that enable 
them to live and reproduce so successfully on Earth. 


Fission see Nuclear fission 


[ Flagella 


Flagella (singular is flagellum) are long, threadlike 
appendages which provide the mechanical means by 
which living single cells can move. Flagella can be 
present on prokaryotic cells (cells such as bacteria 
whose genetic material is not contained within a spe- 
cialized nuclear membrane) and eukaryotic cells 
(whose nuclear material is contained within a nuclear 
membrane). Prokaryotic cells have flagella made up of 
the protein flagellin. Eukaryotic cells (such as sperm) 
which have a nucleus have flagella composed of a 
protein called tubulin. 


Bacteria can have a single flagellum or multiple 
flagella in a number of patterns. A single flagellum is 
located at an end of a rod-shaped bacterium, similar to 
the position occupied by a propeller on a submarine. 
This orientation represents a monotrichous flagellum. 
Bacteria with multiple flagella may have one at each 
end (an amphitrichous arrangement), several at one 
end (a lophotrichous arrangment), or many all around 
their perimeter (a peritrichous arrangement). 


Flagellar movement is chemically driven. Nutrients 
attract motile bacteria, while other substances repulse 
them. This reactive motility, which involves the com- 
parison of the amount of the target compound by the 
bacteria at different times, is termed chemotaxis. The 
actual mechanism involves the entry of an atomic ele- 
ment called a proton into a bacterium. The flow of the 
protons powers the rotation of the base of a flagellum 
(an area called the hook) at about 150 revolutions per 
second. When the hook rotates counter-clockwise, a 
bacterium will move toward a chemical attractant. If 
the hook rotates clockwise the bacterium tumbles aim- 
lessly until it senses a more favorable chemical environ- 
ment, at which time the counterclock-wise rotation 
resumes. 


Eukaryotic flagella are very different from bacte- 
rial flagella. The tubulins of eukaryotic flagella are 
arranged in a microtubule array of nine doublets sur- 
rounding two singlets along the length of the flagella, 
reminiscent of drinking straws standing up in a cylin- 
drical container. These straws slide along each other to 
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generate movement and are connected by protein 
spokes to regulate their interaction. This sliding 
motion generates the flagellar beat, which begins at 
the base (next to the cell) and is propagated away from 
the cell (distally) in a standing wave. This beat occurs 
in a single plane with a whiplike movement. 


Flagellar movement can be visualized using speci- 
alized microscopic techniques. Flagella are usually 12- 
30 nanometers (nm) in diameter and much longer than 
the cell which they move. Because they are so thin, 
they cannot be seen with normal light microscopy. 
Instead scientists use staining techniques or phase- 
contrast microscopy to visualize them. Phase-contrast 
microscopy accentuates differences in how light bends 
as it passes through the specimen observed. Motile 
bacteria will appear oval, oblong or spiral; whereas 
sperm look triangular with rounded corners. Cells 
such as the photosynthetic protist Chlamydomonas 
reinhardtii, which have two flagella at one end, will 
appear as though they are doing the breaststroke. 


A number of environmental factors greatly influ- 
ence the stability of the flagellar structure. In both 
prokaryotes and eukaryotes, an acidic pH will 
cause flagella to fall off. In addition, very cold temper- 
atures will lead to disassembly of the flagellar proteins. 
However, flagella will reassemble with a change to 
an environment with a neutral pH or normal 
temperature. 


See also Eukaryotae. 


[ Flame analysis 


Allowing analysis of the light (photons) from 
excited atoms, flame analysis is a form of atomic 
emissionspectroscopy (AES). 


German chemist Robert Bunsen’s (1811-1999) 
invention of the Bunsen burner—a tool now com- 
monly used in chemistry laboratories—also spurred 
the development of flame analysis. Working with 
Gustav Kirchhoff (1824-1887), Bunsen helped to 
establish the principles and techniques of spectro- 
scopy. Bunsen’s techniques also enabled his discovery 
of the elements cesium and rubidium. 


Bunsen’s fundamental observation that flamed 
elements emit light only at specific wavelengths, and 
that every element produced a characteristic spectra, 
paved the way for the subsequent development of 
quantum theory by German physicist Maxwell 
Planck (1858-1947), Danish physicist Niels Bohr 
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(1885-1962), and others. Using techniques pioneered 
by Bunsen, scientists have since been able to determine 
the chemical composition of a variety of substances 
ranging from bioorganic debris to the composition of 
the stars. 


Analysis of emission spectra 


Bunsen examined the spectra; the colors of light 
emitted when a substance was subjected to intense 
flame. When air is admitted at the base of a Bunsen 
burner it mixes with hydrocarbon gas to produce a 
very hot flame at approximately 3,272°F (1,800°C). 
This temperature is sufficient to cause the emission of 
light from certain elements. Often termed “spectral 
fingerprints,” the color of the flame and its spectral 
distribution of component colors is unique for each 
element. 


To examine the spectra of elements, Bunsen used a 
simple apparatus that consisted of a prism, slits, and a 
magnifying glass or photosensitive film. Bunsen deter- 
mined that the spectral patterns of elements that emit- 
ted light when subjected to flame analysis differed 
because each pattern represented limited portions of 
the total possible spectrum. 


Flame analysis or atomic emission spectroscopy is 
based on the physical and chemical principle that 
atoms—after being heated by flame—treturn to their 
normal energy state by giving off the excess energy in 
the form of photons of light. The mathematically 
related frequencies and wavelengths of the photons 
emitted are characteristic for each element and this is 
the physical basis of the uniqueness of spectral 
fingerprints. 


Qualitative testing 


Flame analysis is a qualitative test, not a quanti- 
tative test. A qualitative chemical analysis is designed 
to identify the components of a substance or mixture. 
Quantitative tests measure the amounts or propor- 
tions of the components in a reaction or substance. 
The unknown sample subjected to flame analysis is 
either sprayed into the flame or placed on a thin wire 
that is then introduced into the flame. 


Highly volatile elements (chlorides) produce 
intense colors. The yellow color of sodium, for exam- 
ple, can be so intense that it overwhelms other colors. 
To prevent this obscuration, the wire to be coated with 
the unknown sample is usually dipped in hydrochloric 
acid and subjected to flame to remove the volatile 
impurities and sodium. 
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Flamingos 


KEY TERMS 


Photon—The boson or carrier particle of light 
(electromagnetic waves). Massless, photons— 
because they are light—travel at the speed of light 
(c) after emission from an excited atom. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


Visible or color spectrum—That portion of the 
electromagnetic spectrum to which the human 
eye is sensitive. Reception of light (photons) vary- 
ing in frequency and wavelength is interpreted as 
color. Longer wavelengths represent red _ light, 
shorter wavelengths in the visible spectrum repre- 
sent blue and violet light. 


Standard or Bunsen burner based flame tests 
do not work on all elements. Those that produce 
a measurable spectrum when subjected to flame 
include, but are not limited to: lithium, sodium, potas- 
sium, rubidium, cesium, magnesium, calcium, stron- 
tium, barium, zinc, and cadmium. Other elements may 
need hotter flames to produce measurable spectra. 


Analysts use special techniques to properly interpret 
the results of flame analysis. The colors produced by a 
potassium flame (pale violet) can usually be observed 
only with the assistance of glass that can filter out inter- 
fering colors. Some colors are similar enough that a line 
spectrum must be examined to make a complete and 
accurate identification of the unknown substance, or the 
presence of an identifiable substance in the unknown. 


Flame analysis can also be used to determine 
the presence of metal elements in water by measuring 
the spectrum produced by the metals exposed to flame. 
The water is first vaporized to allow observation of the 
emissions of the subsequently vaporized residual metals. 


Flame tests are useful means of determining the 
composition of substances. The colors produced by 
flame tests are compared to known standards to identify 
or confirm the presence of certain elements in the sample. 


See also Atomic spectroscopy; Electromagnetic 
field; Electromagnetism; Forensic science; Geochem- 
ical analysis; Spectral classification of stars; Spectral 
lines; Spectroscope; Spectroscopy. 
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l Flamingos 


Flamingos are five species of large, colorful, very 
unusual-looking wading birds that encompass the fam- 
ily Phoenicopteridae. The flamingo lineage is ancient, 
with fossils of these birds being known from the early 
Tertiary (about 50 million years ago). These birds 
occur in tropical and temperate regions of Africa, 
Madagascar, India, southern Europe, Caribbean 
coasts, highlands of the Andes in South America, and 
on the Galapagos Islands. The usual habitat of flamin- 
gos is shallow lakes, lagoons, and estuaries with fresh, 
alkaline, brackish, or fully saline water. 


Flamingos range in height from 36-50 in (91-127 
cm). They have a very long neck and long legs, with 
webbed toes on their feet. Their bill is quite unique, 
being bent downwards in the middle, with the rela- 
tively smaller, lidlike, lower mandible being rigid and 
the troughlike upper mandible being mobile. (In terms 
of mobility, the reverse is true of virtually almost all 
other jawed vertebrates.) 


The unusual structure of the bill is adaptive to the 
feeding habits of flamingos. These birds feed while 
standing and bending their neck downwards to hold 
their head upside-down in shallow water or while swim- 
ming in somewhat deeper water. The flamingo uses its 
large, muscular tongue to pump water and mud into and 
out of the mouth. As this is done, their food of small 
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Lesser flamingos (Phoenicopterus minor) in Transvaal, South Africa. (Nigel Dennis. National Audubon Society Collection/Photo 
Researchers, Inc.) 


invertebrates or algae is strained from the fluid using 
sievelike structures known as lamellae, located on the 
inside edges of the upper mandible. Depending on the 
species of flamingo, the water column may be filtered 
for zooplankton and algae, or the sediment may be 
processed for invertebrates and seeds. 


Flamingos have long, strong wings, and a short 
tail. Depending on the species, the coloration may be a 
solid pink or white, except for the primary flight feath- 
ers, which are black. The sexes are similar in shape and 
color, although males tend to be somewhat larger. 


Flamingos fly with their neck extended forward 
and their legs and feet extended backward. They com- 
monly fly in groups, with the flock organized into lines 
or a V-shaped pattern. During flight and at other 
times, the groups of flamingos organize themselves 
with the aid of their raucous, gooselike honkings. 
Flamingos sleep while standing on one leg, the other 
leg folded up and stowed under the body, and the head 
laid over the back. 


Flamingos court using highly ritualized displays, 
which resemble stiff renditions of preening and 
stretching movements. These displays are sometimes 
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undertaken in social groups that can contain hundreds 
of birds displaying together in unison, often marching 
stiffly in compressed, erect troops. Both sexes display, 
but the males are more enthusiastic about this activity. 


Flamingos nest communally in very shallow water 
or on recently dried, muddy lake beds, sometimes in 
colonies exceeding a million pairs of birds. The nest is 
placed on the top of a cone-shaped structure made of 
mud scooped up from shallow water using the bill. 
Parents will vigorously defend their nests, and sites 
are spaced, conveniently enough, about two neck- 
lengths apart. Both sexes incubate the one or two 
eggs. The young can walk rather soon after they 
hatch, but they do not leave the nest until they are 
5-8 days old. The young are tended by both parents. 


Flamingos that breed in temperate climates, that 
is, at high latitude or high altitude, migrate to more 
tropical climates during their non-breeding season. 


Species of flamingos 


The largest species is the common or greater fla- 
mingo (Phoenicopterus ruber). This is an extremely 
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Flatfish 


KEY TERMS 


Wading birds—This is a general name for various 
species of long-legged, long-necked, short-tailed 
birds that inhabit marshes, swamps, shallow lakes, 
mudflats, and other wetlands. Waders commonly 
stand in shallow water while feeding. Waders 
include the flamingos, herons, storks, ibises, spoon- 
bills, and cranes. 


widespread species, with populations breeding in sub- 
tropical or tropical climates in the West Indies, north- 
ern South America, southwestern France, East and 
South Africa, India, and in the vicinity of the 
Caspian and Black Seas and Kazakhstan. Flamingos 
do not breed in North America, but on rare occasions 
individuals of this deep-pink colored species can be 
observed in south Florida after severe windstorms. 


The greater flamingo is also commonly kept in 
theme parks and zoos, and these may also escape 
into the wild. Chemicals occurring in their food appear 
to be important in the synthesis of the pink pigments 
of flamingos. The color of these birds becomes 
washed-out and whitish in captivity, where a fully 
natural diet is unavailable. 


The Chilean flamingo (Phoenicopterus chilensis) is 
a smaller species, occurring from central Peru through 
the Andes to Tierra del Fuego. 


The lesser flamingo (Phoeniconaias minor) breeds 
on alkaline lakes in East and South Africa, Madagascar, 
and northwestern India. This species breeds in saltwater 
lagoons and brackish lakes, and colonies can achieve 
numbers as large as one million pairs. 


The Andean flamingo (Phoenicoparrus andinus) 
occurs above 8,200 ft (2,500 m) in the Andean high- 
lands from Peru to Chile and northwestern Argentina. 
Intensive egg collecting from the 1950s through the 
1980s negatively impacted the population of this species 
and habitat degradation continues to affect its num- 
bers. It is the only species of flamingo considered threat- 
ened by the World Conservation Union (IUCN). 
James’s flamingo (P. jamesi) is a smaller species that 
only occurs above 11,500 ft (3,500 m) in about the same 
range as the Andean flamingo. 


See also Cranes; Ibises; Storks. 
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Bill Freedman 


I Flatfish 


Flatfish are a group of mostly saltwater, carnivo- 
rous, bottom-dwelling fish in which both eyes are 
located the same side of the head. The under side of a 
flatfish is white while the upper side with the two eyes 
may be brightly colored. Many of these fish can 
change color to match their surroundings, making 
them hard to detect. When flatfish hatch, the eyes are 
located normally on each side of the head. However, 
when a young flatfish reaches a length of about 0.8 in 
(2 cm), one eye moves close to the other eye, and the 
mouth is twisted. Many species of flatfish, such as 
halibut, sole, and turbot, are popular food fish and 
are commercially valuable. 


The flatfish family Pleuronectidae includes mainly 
right-sided species (i.e., both eyes are found on the 
right side of the head), although there are some left- 
sided species. The largest flatfish is the Atlantic halibut 
(Hippoglossus hippoglossus), which is found on the 
European and North American sides of the North 
Atlantic in Arctic and sub-Arctic waters. The halibut 
is especially prolific north of Scotland and in the 
northern North Sea. This species may reach a length 
of about 7 ft (2.1 m) and a weight of 720 Ib (325 kg). It 
is brown, dark green or blackish on the eyed side. 


The Pacific halibut (Hippoglossus stenolepis) is 
somewhat smaller and slimmer than its Atlantic rela- 
tive and is found on both sides of the Pacific Ocean. It 
is greenish brown and may reach a weight of about 440 
Ib (200 kg). 


Some species of flatfish are considerably smaller. 
For example, the common or winter flounder 
(Pseudopleuronectes americanus), found in shallow 
coastal waters of the Atlantic Ocean from Georgia 
to Labrador, reaches about | ft (30 cm) long. The 
American plaice or rough dab (Hippoglossoides 
platessoides) reaches a length of 2 ft (60 cm) and a 
weight of 4 lb (1.8 kg). This reddish or brownish fish 
is found in the Atlantic Ocean from Massachusetts to 
the cold waters of Europe. The larger European plaice 
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A windowpane flounder (Scophthalmus aquosus) on the sea 
floor in the Gulf of Maine. (Andrew J. Martinez. National 
Audubon Society Collection/Photo Researchers, Inc.) 


(Pleuronectes platessa) reaches 3 ft (90 cm) in length 
and weighs about 20 lb (9 kg). 


The more than 100 species of sole (family 
Soleidae) have a thin body with a downward curved 
mouth. Of all the flatfish, soles demonstrate the most 
efficient adaptation to a bottom-living environment. 
They possess small, paired fins, and the dorsal and 
anal fins are considerably extended. Unlike the flatfish 
in the family Pleuronectidae, soles prefer more south- 
ern waters, and some are found in the tropics. Soles are 
found in the Mediterranean Sea and in the Atlantic 
Ocean extending northward to the North Sea. The 
most well-known species in this family is the 
European or Dover sole (Solea solea). It may reach a 
weight of 3 lb (1.4 kg) and a length of 20 in (50 cm). 


The lefteye flounders are classified in the family 
Bothidae. One species in this family, the summer 
flounder (Paralichthys dentatus), is found in the 
Atlantic Ocean from Maine to Florida. The southern 
flounder (P. lethstigma) is found in the Gulf of 
Mexico. The turbot (Scophthalmus maximus), another 
member of the family Bothidae, has a thick, diamond- 
shaped body, and may weigh more than 44 lb (20 kg). 
It is found in the Mediterranean and in the European 
side of the Atlantic Ocean to the southern part of the 
North Sea. 
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| Flatworms 


Flatworms are small, multicelled animals with 
elongated bodies that have clearly defined anterior 
(front) and posterior (rear) ends. These worms are 
bilaterally symmetrical, meaning that their two sides 
reflect each other. They usually have a recognizable 
head, which houses gravity and light-receptive organs, 
and eye spots. They lack circulatory and respiratory 
systems and have only one opening that serves both as 
their anus and mouth. Most flatworm species live in 
fresh and marine waters, although some live on land. 


Their soft, flattened bodies are composed of three 
layers—the ectoderm, endoderm, and mesoderm. 
They may be covered by a protective cuticle or by 
microscopic hairs, called cilia. Their internal organs 
are comprised of a nervous system, usually hermaph- 
rodite sexual organs, and an excretory system. 


As members of the phylum Platyhelminthes, 
flatworms belong to four classes: Turbellaria, 
Monogenea, Trematoda, and Cestoidea. Within 
these four classes, there are hundreds of families and 
some 10,000 species, including animals with common 
names like free-living flatworms, parasitic flatworms, 
tapeworms, and flukes. 


Class Turbellaria 


Containing the most primitive flatworms, the 
class Turbellaria consists of nine orders and a total 
of about 3,000 species, most of which are free-living. 
While some species live in moist, dark areas on land, 
most live at the bottom of marine water. These flat- 
worms are found in all seas. While the aquatic species 
seldom grow more than 0.4-0.8 inches (1-2 cm) long, 
some land varieties can reach lengths of 19.7 inches (50 
cm). The aquatic species have relatively flat, leaf- 
shaped bodies and are usually gray, brown, or black, 
although some species have a green tint. The turbel- 
laria’s head possesses one or more pair of eyes and 
tentacles. These flatworms are covered by microscopic 
hairs (cilia) that they beat continuously, creating tur- 
bulence in the water-an activity that gave them their 
name. Their cilia are important in their locomotion; 
they also crawl along the ground gripping it with 
sticky secretions from their glands. 
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Flatworms 


Turbellarians are hermaphrodites, possessing the 
complex reproductive apparatus of both male and 
female. The fertilized eggs usually produce a small 
worm, although sometimes larvae are produced. The 
majority of turbellarians are carnivores. 


Planarians 


Probably the most familiar Turbellarians are the 
planarians, soft-bodied, aquatic, flattened worms that 
appear to have crossed eyes and ear lobes. In fact, the 
crossed eyes are eye spots with which the worm can 
detect light. The lobes to each side are sensory and also 
are equipped with glands to secrete an adhesive sub- 
stance used in capturing prey. 


The single opening on the ventral (bottom) sur- 
face of the worm serves as both mouth and anus. 
Internally the worm has a complex, branching gut 
that courses nearly the full length of the body. Since 
the worm has no circulatory system, the elongated gut 
brings food to nearly all areas of the worm’s body. 
Planaria have no skeletal or respiratory systems. 


These animals possess great powers of regenera- 
tion. If a planaria is cut in half, the front half will grow 
a new tail section and the rear half will generate a new 
head. If cut into thirds, the middle third will regrow a 
head and tail and the other two sections will regenerate 
as described. 


Class Monogenea 


Species in the class Monogenea are parasites, com- 
pleting their life cycles within the body of a single living 
host, such as fish, frogs, turtles, and squid. Most of the 
400 species in this class are ectoparasites, meaning that 
they cling to the outside of their host, for example, to 
the gills, fins, or skin of fish. Their bodies are covered 
by a protective cuticle and have adhesive suckers at 
each end. They eat by sucking blood through their 
mouths, which open beside their suckers. 


Class Trematoda 


Commonly known as flukes, there are over 6,000 
species of flatworm in this class. Descended from the 
parasitic flatworm, flukes grow slightly larger, to 
about 0.8-1.2 inches (2-3 cm) long. A fluke must live 
in two or more hosts during its lifetime because its 
developmental needs are different than its adult needs. 
The first host is usually a mollusk and the final host— 
which houses the fluke during its mature, sexual 
stagmdash;is invariably a vertebrate, sometimes a 
human. In general, flukes lay tens of thousands of 
eggs to increase their offspring’s chances of survival. 
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Three families in this class contain blood flukes, 
those that live in the bloodstream of their hosts. Blood 
flukes, called schistosomes, are of particular impor- 
tance to humans, since an estimated 200 million people 
are affected by them. Second only to malaria among 
human parasites, they usually do not kill their victims 
immediately; rather, they make their hosts uncomfort- 
able for years until a secondary illness kills them. 


As larvae, some species inhabit snails but, upon 
destroying their hosts’ livers, leave and swim freely for 
several days. They are then absorbed through the skin 
of a second host, such as a human, and live in veins 
near the stomach. There they mature and can live for 
20 years or more. Unlike other species in the phylum, 
blood flukes have clearly defined gender. 


Class Cestoidea 


Tapeworms are the dominant member of the class 
Cestoidea. They are ribbonlike, segmented creatures 
living in the intestines of their vertebrate hosts. There 
are a dozen orders in this class, most living in fish but 
two that use humans as hosts. Tapeworms cling to the 
intestinal wall of their hosts with suckers, hooks, or 
other adhesive devices. Having no mouth or gut, they 
receive their nourishment through their skin. Further, 
they have no type of sensory organs. White or yellow- 
ish in color, species in this class vary from 0.04 inches 
(1 mm) long to over 99 feet (30 m). 


The broad fish tapeworm (Diphyllobothrium 
latum), a large tapeworm present in humans, can illus- 
trate the typical life of a tapeworm. As an adult, it 
attaches itself to the intestinal wall of the human host. 
Its body, composed of roughly 3,500 sections, prob- 
ably measures 33-66 feet (10-20 m) long. At this point, 
it lays about one million eggs each day. Each egg, 
encased in a thick capsule so that it will not be digested 
by the host, leaves the host through its feces. When the 
egg capsule reaches water, an embryo develops and 
hatches. The larva swims until it is eaten by its first 
host, a minute crustacean called a copepod. The larva 
feeds on the copepod and grows. When a fish eats the 
copepod, the young tapeworm attaches itself to the 
fish’s gut. The tapeworm continues to grow and 
develop until the fish is eaten by a suitable mammal, 
such as a human. Only at this point can the tapeworm 
mature and reproduce. 


Resources 


BOOKS 


The Illustrated Encyclopedia of Wildlife. London: Grey 
Castle Press, 1991. 
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KEY TERMS 


Bilateral symmetry—the flatworm is divisible into 
two identical halves along a single line down the 
center of its body, called the sagittal plane. 


Ectoderm—The skin covering the flatworm on the 
outside of its body. 


Ectoparasites—Parasites that cling to the outside of 
their host, rather than their host’s intestines. 
Common points of attachment are the gills, fins, 
or skin of fish. 


Endoderm—The tissue within the flatworm that 
lines its digestive cavity. 

Free-living species—Nonparasitic; feeding outside 
of a host. 

Hermaphrodite—Having the sex organs of both 
male and female. 


Mesoderm—A spongy connective tissue where 
various organs are embedded. 


Schistosomes—Blood flukes that infect an esti- 
mated 200 million people. 


The New Larousse Encyclopedia of Animal Life. New York: 
Bonanza Books, 1987. 

Pearse, John, et. al. Living Invertebrates. Palo Alto, CA: 
Blackwell Scientific Publications and Pacific Grove, 
The Boxwood Press, 1987. 


OTHER 

University of California Museum of Paleontology. 
“Introduction to the Platyhelminthes: Life in 
Two Dimensions” <http://www.ucmp.berkeley.edu/ 
platyhelminthes/platyhelminthes.html> (accessed 
November 24, 2006). 

University of Heidelberg. “Marine Flatworms of the World” 
<http://www.rzuser.uni-heidelberg.de/~bu6/ 
flatintr.htm> (accessed November 24, 2006). 


Kathryn Snavely 


l Flax 


The flax plant, genus Linum, family Linaceae, is 
the source of two important commodities. Linen is an 
historic, economically important cloth made from flax 
fiber. Linseed oil is obtained from the pressed seeds of 
the plant. There are about 200 species of Linum. The 
species that is cultivated most extensively is L. 
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Flax (Linum usitatissimum). (JLM Visuals.) 


usitatissimum, an annual plant grown for its fiber 
and seed. Varieties of L. usitatissimum grown as a 
fiber crop have been selected to have stems that are 
tall, which ensures long fibers. Varieties grown for 
seed are shorter, with extensive branching, and thus 
bearing more flowers and yielding more seed. Today, 
Russia is the largest producer of flax. Flax grown in 
the United States (mainly for seed) is raised in the 
northern plains states. 


Flax plants have gray-green, lanceolate (long and 
tapered), alternate leaves. Their height ranges from 
1-4 feet (0.3-1.2 m). Many cultivated varieties of flax 
have blue flowers, although some have white, yellow, 
pink, or red flowers. The flowers are self-pollinating 
and symmetrical, with five sepals, five petals, five sta- 
mens, and a pistil with five styles. The fruit is a capsule 
with five carpels, each containing two brown, yellow, 
or mottled, shiny seeds. Flax crops are grown in rota- 
tion with other crops to avoid fungal pathogens that 
cause diseases in flax plants. 
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Flax 


Linum angustifolium is a wild perennial flax, 
thought to be a “parent” of cultivated flax. There is 
evidence that this species was used by prehistoric peo- 
ples in Switzerland about 10,000 years ago. The 
ancient Egyptians wrapped their mummies in linen. 


Fiber flax 


Flax plants grown for fiber require well-weeded 
well-drained soil, and a cool, humid environment. The 
plant is harvested when the stems begin to turn brown. 
Any delay in harvesting results in deterioration of the 
fiber, causing it to lose its luster and softness. The 
plants are often harvested by hand, uprooting the 
plant to preserve the length of the fiber. Flax is also 
harvested mechanically, but fiber length is sacrificed 
to some degree. Good fiber is 12-20 inches (20-30 cm) 
long. The seed pods (bolls) are separated from the 
uprooted plants, either mechanically or by hand, a 
process called rippling. 


The uprooted plants, now called straw, are then 
retted. This is a process by which bacteria and fungi 
are allowed to rot the semi-woody stalk tissues, and 
break down the gummy substance (pectin) that binds 
the fibers together. If the straw is not retted enough, 
removal of the semi-woody stalk is difficult, but if the 
straw is over-retted, the fiber is weakened. In pool or 
dam retting, the straw is placed in a tank of warm 
water, while in dew retting it is spread out in a field, 
allowing the straw to become dampened by dew or 
rain. Stream retting is a method where the flax bundles 
are put into flowing streams, and this produces the 
best linen fiber. Straw can also be retted chemically. 
The various retting processes are used to create vari- 
ous shades and strengths of fiber. 


After retting, the straw is dried and put through 
a machine called a flax brake, which crushes the stems 
into small, broken pieces called shives. The shives 
are removed from the fiber by a process called scutch- 
ing, done either mechanically or by hand. The fibers 
are then straightened out by hackling or combings, 
sorted according to length, and baled. The long fibers, 
called line fiber, are used to make fine fabrics, threads 
used for bookbinding and shoe making, and twine. 
The short, damaged or tangled fibers, called tow, are 
used for products such as rope, and rougher linen 
yarns. 


The finest, strongest linen is made from flax 
immersed in hot water, and spun while wet; dry 
spinning produces a rougher, uneven yarn. Linen 
yarn is very strong, but inflexible. Flax fiber is basi- 
cally pure cellulose, and is not very porous, making it 
difficult to dye unless the cloth is bleached first. The 
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KEY TERMS 


Hackling—A combing procedure to straighten flax 
fibers. 


Linen—Thread or cloth made from the long fibers 
of the flax plant. 


Linseed oil—Oil obtained from the seeds of the flax 
plant. 

Retting—A process whereby flax plants are mois- 
tened, allowing the stem covering to rot, and to 
break down the substances that hold the fiber 
together. 


Rippling—A manual method of removing seed 
pods from the flax stalks, by drawing the stalks 
through combs. 


Scutching—A process in which the flax fiber is 
beaten, separating it from the stem. 


Shives—Small pieces of flax stem obtained after 
putting the retted straw through a machine called 
a flax brake, which crushes the woody part of the 
stem without damaging the fiber. 


manufacturing of linen is very labor intensive and its 
price reflects this fact. France and Belgium have 
the reputation of producing the highest quality linens. 


Seed flax 


Seed flax grows best in a warm climate, but hot 
temperatures and drought can reduce the crop yield 
and oil content. The soil should be fertile and well 
weeded. To obtain the seed, the flax plants are allowed 
to over-ripen, which destroys the plant’s value for its 
fiber as linen. Flax seed contains about 40% oil, and 
the seeds are crushed and pressed to remove this prod- 
uct. Linseed oil, which hardens by oxidation, is used to 
manufacture paints, varnishes, patent leather, lino- 
leum, and oilcloth. 


The remaining seed and hull wastes after pressing 
are used for livestock feed. Fiber can also be obtained 
from seed flax plants. This fiber is made into special 
papers. 


See also Natural fibers. 


Resources 
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Christine Miner Minderovic 


| Fleas 


Fleas are about one thousand species of small 
insects in the order Siphonaptera, including several 
hundred species in North America. Adult fleas are 
external parasites (that is, ectoparasites) of mammals 
or birds, living on skin or in fur or feathers, and feed- 
ing on the blood of their hosts. Some fleas are serious 
parasites of birds or mammals, and may cause impor- 
tant damage to domestic animals, and sometimes great 
discomfort to humans. Some species of fleas are vec- 
tors of serious diseases of humans or other animals. 
Infestations of fleas often must be dealt with using 
topical applications of an insecticide. 


Biology of fleas 


Fleas have a laterally compressed body, a tough, 
smooth cuticle with many backward-projecting bris- 
tles, and relatively long legs. The mouth parts of fleas 
include stylets that are used to pierce the skin of the 
host animal, so that a blood meal can be obtained by 
sucking. 


Fleas have a life cycle characterized by four devel- 
opmental stages: egg, larva, pupa, and adult. The eggs 
are usually laid close to the body of the host in a place 
where the host commonly occurs, for example, on the 
ground, in a bird or mammal nest, or in carpets or soft 
furniture in homes. Larval fleas have chewing mouth 
parts and feed on organic debris and the feces of adult 
fleas, while adults require meals of bird or mammal 
blood. 
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Fleas commonly spend a great deal of time off 
their hosts, for example, in vegetation or on the 
ground. They can generally survive for a long time 
without feeding, while waiting for a suitable opportu- 
nity to parasitize a host animal. Fleas are wingless, but 
they walk well and actively travel over the body of 
their hosts, and between hosts as well. 


Fleas are well known for their jumping ability, 
with their hind legs providing the propulsive mecha- 
nism. As a defensive measure, a flea can propel itself 
many times its body length through the air. The human 
flea (Pulex irritans), for example, can jump as high as 
7.9 in (20 cm) and as far as 15 in (38 cm), compared 
with a body length of only a few millimeters. 


Species of fleas 


There are numerous species of fleas, occurring in 
various parts of the world. Although most species of 
fleas are specific to particular host animals for breed- 
ing, they are less specific in their feeding and may use 
various species of birds or mammals for this purpose. 


The cat flea (Ctenocephalides felis) can be quite 
abundant during the hotter months of summer, as can 
the dog flea (C. canis), when their populations may 
build up in homes with pet animals. These fleas will 
also avidly feed on humans, biting especially com- 
monly around the feet and ankles. 


The human flea (Pulex irritans) is an important pest 
of worldwide distribution that can be quite common in 
human habitations, especially in tropical and sub- 
tropical countries. The oriental rat flea (Yenopsylla cheo- 
pis) is an especially important species, because it is the 
vector by which the deadly bubonic plague can be 
spread to humans. 


Fleas and diseases 


Many of the species of fleas that infest domestic 
mammals and birds will also utilize humans as a host, 
although people are not the generally preferred host of 
these blood-sucking parasites. 


The most deadly disease that can be spread to 
humans by fleas is bubonic plague or black death, 
caused by the bacterium Pasteurella pestis, and spread 
to people by various species of fleas, but particularly 
by the plague or oriental rat flea (Xenopsylla cheopis). 
Bubonic plague is an extremely serious disease, 
because it can occur in epidemics that afflict large 
numbers of people, and can result in high mortality 
rates. During the European Black Death of medieval 
times, millions of people died of this disease. There 
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Flies 


KEY TERMS 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


have been similarly serious outbreaks in other places 
where rats, plague fleas, and humans were all abun- 
dant. Bubonic plague is mostly a disease of rodents, 
which serve as a longer-term reservoir for this disease. 
However, plague can be transmitted to humans when 
they serve as an alternate host to rodent fleas during 
times when rodent populations are large. Plague is 
mostly spread to humans when infested flea feces 
are inadvertently scratched into the skin, but trans- 
mission can also occur more directly while the fleas 
are feeding, or when a host accidentally ingests an 
infected flea. 


Another disease that can be spread to humans by 
fleas is known as endemic or murine flea-borne 
typhus. This disease is caused by a microorganism 
known as Rickettsia, and is passed to humans by 
various species of fleas and lice, but especially by the 
oriental rat flea. Fleas are also the vector of a deadly 
disease that afflicts rabbits, known as myxomatosis. 


Fleas may also serve as alternate hosts of several 
tapeworms that can infect humans. These include 
Dipylidium caninum, which is most commonly a para- 
site of dogs, but can be passed to humans by the dog 
flea (Ctenocephalides canis). Similarly, the tapeworm 
Hymenolepis diminuta can be passed to people by the 
rat flea (Xenopsylla cheopis). 


Resources 


BOOKS 
Carde, Ring, and Vincent H. Resh, eds. Encyclopedia of 
Insects. San Diego, CA: Academic Press, 2003. 


Bill Freedman 


| Flies 


Flies belong to the order Diptera, a group that 
also includes mosquitoes, gnats, and midges. Flies 
make up the fourth largest order of insects, with 
about 100,000 species recognized. Dipterans are 
among the most advanced insects in terms of morphol- 
ogy and biological adaptations. Their versatility and 
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extreme range of anatomical and behavioral adapta- 
tions have enabled them to thrive in almost every 
corner of the globe—in soils, plants, and around 
water bodies. A large number of species have devel- 
oped special relations with other animals as well as 
plants: many are free-living, feeding off a wide range 
of plants, while others are parasites and scavengers. A 
number are of economic importance in controlling 
pest species, while others serve as vectors for a range 
of human, animal, and plant diseases. 


Dipterans are characterized by a single pair of 
functional wings positioned high on the thorax, 
behind which rest a pair of knoblike vestigial wings 
known as halteres. The head is free-moving and 
attached by a slender neck to the thorax. Two large 
compound eyes are prominent features on the head, as 
are a pair of segmented antennae. Also attached to the 
thorax are three pairs of legs, each ending in a pair of 
claws. In most species, these are short and powerful, 
even capable of grasping and carrying prey their own 
size. Crane flies (Tipulidae) are exceptional in having 
extremely long, delicate legs, an adaptation that 
together with their slender bodies has evolved in spe- 
cies that frequent damp habitats, frequently around 
streams and lakes. 


Many species are a dull dung color, which assists 
equally well as camouflage for avoiding the ever- 
watchful eyes of predators, as well as for ambushing 
prey. Hover flies (Syrphidae), on the other hand, are 
among the most colorful species, many of which are 
boldly colored in similar patterns to bees and wasps 
that carry a venomous sting. While hoverflies carry no 
such defenses, the act of mimicking the garish black 
and yellow colors of these insects guarantees them a 
greater security from predators than many other spe- 
cies might enjoy. Most hover flies feed on nectar and 
pollen. 


One part of the anatomy that exhibits consider- 
able variation is the structure of the mouth, a feature 
that dictates many species’ way of life. The proboscis 
in blood-feeding and other predatory flies, for exam- 
ple, is a hollow piercing needle in some species, while 
in others it resembles a broad, dagger-shaped weapon. 
Only the females of the bloodsucking species practice 
this habit and the mouthparts of the males are there- 
fore quite different. In other species the proboscis is 
short and equipped with an absorbent type of soft pad 
through which liquids and small solid objects can pass. 
The mouthparts of some other species are nonfunc- 
tional and no food is taken during the adult stage, 
which is usually of short duration and intended only 
for dispersion and reproduction. 
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The mouth parts of houseflies differ from those 
of mosquitoes and other biting flies; houseflies 
discharge saliva and then lap up the dissolved food. 
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The life cycle of acommon housefly. (Hans & Cassidy. Courtesy of Gale Group.) 


One of the most widely known groups of flies is 
the family Culcidae, which consists of mosquitoes and 
gnats. Most are slender with long thin legs and narrow 
wings. All members of this family have well-developed 
toughened mouthparts for piercing plant or animal 
cells and long slender probosces for sucking up fluids. 
The probosces are used in some species to suck up 
nectar and to suck up blood from animal prey in 
others. Mosquitoes and gnats are so lightweight that 
their animal victims rarely feel them when they alight 
to feed. Once settled, they make a tiny incision in the 
skin and inject a small amount of anticoagulant to the 
wound; this prevents the blood from clotting in and 
around the wound and guarantees the free flow of 
blood through the proboscis. 


Other predatory and often blood-feeding flies 
include the much larger and more robust horse 
flies (Tabanidae) and the highly specialized robber 
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flies (Asilidae) that lie in ambush for a passing insect; 
once the robber fly has captured its prey, it is killed 
immediately with an injection of poison. The body 
fluids from the hapless victim are then sucked up 
through the versatile proboscis. 


Reproduction in diptera proceeds in a series of 
well-defined stages, from egg to adult. Eggs are laid 
on or near a food source (plant or animal material). 
Some species such as mosquitoes lay their eggs in 
standing water bodies. When they hatch, the larvae 
live suspended in the water in a horizontal position, 
just below the surface, feeding on tiny food particles. 
The pupae may also develop and remain in water up to 
the stage when they finally hatch into adults. Hover fly 
larvae, in contrast, may lay their eggs on plants 
infested with aphids. When the larvae hatch they 
devour the harmful aphids and are therefore impor- 
tant for many gardeners and horticulturalists. 
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Some species of parasitic flies bypass the egg- 
laying phase and lay larvae directly into their hosts. 
Most larvae, or maggots, have short or reduced legs 
and the head is also quite indistinct. The only other 
remarkable feature about most larvae is the range 
of siphonlike appendages near the hind end, which 
assist with respiration. As they grow, the larvae shed 
their skin, a feature that may be repeated four or five 
times before it finally pupates. During the pupal 
phase, the larva undergoes a complete transformation 
in a process known as metamorphosis. After several 
weeks in a cocoon that the larva spins about itself, 
an adult fly emerges to begin the life cycle all over 
again. 


Many species of flies are of economic concern to 
humans. Bot flies (Muscidae) and horse flies can be 
serious pests among livestock and other wild animals, 
such as deer. Although males feed exclusively on nec- 
tar and plant juices, females are bloodsuckers and lay 
their eggs on the hair of cattle, horses, and other 
species. As the animals groom themselves, the eggs 
are taken into the mouth, and move from there 
through the digestive tract to the stomach. Here they 
hook onto the lining and feed until they are ready to 
pupate, at which time they release their grip and pass 
further along the intestine where they are deposited 
with the animal’s feces. Other species chew their way 
directly through the skin where they cause a small 
swelling. Here they will remain, feeding off flesh, 
until such time as they pupate and leave their host. 
Such species are not only a painful irritation for the 
host animal, but also seriously reduce the animal’s 
condition and overall value of its hide. 


Other fly species are vectors of diseases such as 
malaria, yellow fever, typhoid, sand-fly fever, and 
others. Considerable amounts of money continue to 
be spent in the tropics in an attempt to eradicate 
malaria, which is caused by a tiny protozoan, but is 
spread by female mosquitoes of the genus Anopheles, 
which require blood proteins to develop their eggs. 


Not all species of flies are harmful. Many species 
fulfill an important role in pollinating fruit crops, as 
well as a great many wild flowers, while even the 
distasteful actions of many scavenging flies serve an 
important role to remove and recycle carrion and 
other animal and plant wastes that might otherwise 
pose a serious health hazard. Increasing attention is 
now being given to the possibility of using some flies, 
such as predatory species, to control a number of 
destructive flies and their larvae, such as those which 
attack livestock and plants. 


See also True flies. 
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l Flightless birds 


Ratites are flightless birds that lack the keel (high 
ridge) on the breastbone to which the flight muscles of 
flying birds are attached. Instead, the entire breast- 
bone looks rather like a turtle’s shell. It has also been 
described as a raft, which gives this group of flightless 
birds its name, Ratitae (ratis means raft in Latin). 
Ratites have heavy, solid bones, while flying birds 
have lightweight, hollow ones. Several ratites, such as 
ostriches, rheas, emus, and cassowaries, are the largest 
living birds. The kiwis of New Zealand, however, are 
about the size of chickens. 


These flightless birds are the oldest living birds. 
All older species of ratites are now extinct. However, 
several ratite species became extinct only recently. 
Genyornis of Australia survived long enough to be 
hunted by aborigines about 30,000 years ago. The 
largest bird ever found, the elephant bird or roc 
(Aepyornis), lived in Madagascar. A huge New 
Zealand moa (Dinornis), which became extinct only 
about 200 years ago, may have been as tall, but did not 
weigh as much as the roc. The moa had no wings at all. 


Although ratites are the most ancient of the living 
birds, they are no more closely related to the reptiles 
from which they evolved than other birds are. In fact, 
they are probably descended from flying birds. Their 
ancestors lost the ability to fly because they did not 
need to fly to obtain food or escape from predators. 
They probably had no important enemies in their 
habitats. 


The structure of their feathers also prevents ratites 
from flying. On a flying bird’s feathers, the barbs, 
those branches that grow at an angle from the shaft 
(or quill), are fastened together by hooked structures 
called barbules. This design makes a smooth, flat, light 
surface that can push against the air during flight. The 
feathers of ratites, however, lack barbules. The strands 
that grow from the quill separate softly, allowing the 
air through. This quality of softness is what makes the 
feathers of many ratites particularly desirable. Ostrich 
plumes, for example, have long been used as decora- 
tion on helmets and hats. 


The living flightless birds are classified by some 
taxonomists into four orders (Struthioniformes, Rhei- 
formes, Casuariiformes, and Apterygiformes) and five 
families, while other taxonomists place all these large 
birds in a single order, the Struthioniformes. The single 
species of ostrich is in the family Struthionidae. The 
two species of rhea are in the family Rheidae. Emus 
belong to the family Dromaiidae, while cassowaries 
comprise the family Casuariidae. Kiwis belong to the 
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Ostrich (Struthio camelus) shades its chicks in Etosha 
National Park, Namibia. (Nige! Dennis. Photo Researchers, Inc.) 


family Apterygidae. Some ornithologists consider the 
tinamous of Central and South America to be ratites 
because they seldom fly. However, tinamous are capa- 
ble of flight (although they prefer to run from preda- 
tors and other danger) and have keeled breastbones. 
Penguins are also flightless birds, but they are not 
regarded as ratites. Their powerful breast muscles are 
used for swimming instead of flying. 


Ostriches 


The ostrich is Earth’s largest living bird. There is 
only one species, Struthio camelus. The specific name 
comes from the fact that these tall, desert-living birds 
have been called camel birds. They may be as much as 
8 ft (2.4 m) tall and weigh up to 400 Ib (181 kg). 
A prominent distinction among subspecies of ostrich 
is skin color. The long legs and long, straight neck 
show red skin in some subspecies and blue in others. 


Natives of Africa, ostriches are found on the dry 
plains, where they seem more at home among big 
mammals, such as giraffes, than they do among 
other birds. They are currently found in three areas: 
Western Africa, at the farthest western portion of the 
bulge; South Africa; and in East Africa from the Horn 
of Africa (Ethiopia). They were formerly found on the 
Arabian Peninsula, but this subspecies was hunted for 
sport and became extinct during the first half of the 
twentieth century. An effort is being made to re-intro- 
duce ostriches to this region, although of a different 
subspecies. 
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Generally, ostriches have whitish neck, head, and 
underparts, with a thick covering of black or dark- 
brown feathers crowning the entire back. The female’s 
feathers are almost uniformly brown, while males have a 
black body with white wing and tail feathers. Ostrich 
plumage seems almost more like fur than feathers. 
Ostrich plumes, especially the long ones from the birds’ 
tail and wings, have been popular for centuries, primar- 
ily for use on hats. Today, their softness makes them 
useful for dusting and cleaning delicate machine parts. 


Ostriches have scaly legs and feet. There are only 
two toes on each foot, both of which hit the ground 
when the bird walks. Each toe ends in a thick, curved 
nail that digs into the soil as the ostrich runs. One toe is 
immense, almost the size of a human foot; the other is 
much smaller. Each toe has a thick, rough bottom that 
protects it. 


There is a myth that ostriches put their heads in 
the sand when frightened, but this is not actually the 
case. In reality, ostriches can run faster than just about 
any predator, or they can stand their ground and kick 
with powerful slashing motions of their sharp-nailed 
feet. Ostriches can run at a steady pace of about 30 
mph (48 km/h), with a stride that can cover more than 
20 ft (6m). At top speed for a brief time, they can run 
almost 45 mph (72 km/h). 


There is little up and down motion as they run. 
Instead, their legs handle all of the motion and their 
body stays in one plane. Ostriches, as well as the 
slightly smaller rheas, use their wings rather like 
sails. When running, they hold them out from their 
bodies. This helps them balance and, by changing the 
level of one wing or the other, it helps them easily 
change direction as they run. If frightened, a running 
ostrich may swerve into a circular pattern that takes it 
nowhere. 


These large birds have been farmed for more than 
150 years, starting in Australia. Originally the birds 
were raised just for their plumes, but in recent years 
they have been raised for their large eggs, their skin, 
which tans into attractive leather, and their meat. The 
feathers are actually harvested, in that they are cut off 
before falling out as they would naturally. This har- 
vesting keeps them from being damaged. New feathers 
grow in to replace the harvested ones. 


Ostriches have the largest eyes of any land ani- 
mal—a full 2 in (5 cm) in diameter. The eyes are 
shielded by eyelash-lined outer eyelids that blink 
from the top downward, as well as nictitating mem- 
branes that close from the bottom of the eye upward. 
This membrane protects the eye, but is semitranspar- 
ent so that the bird can still see. 
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Flightless birds 


Because a tall ostrich may get the first sight of 
approaching danger on the savanna, its alarm may 
alert other animals to the presence of danger. The 
birds are usually left undisturbed by herding mam- 
mals. The ostriches act as lookouts and the mammals 
stir up insects and other small animals with which the 
ostriches supplement their herbivorous diet. Actually, 
ostriches will eat just about anything, especially if it is 
shiny and attracts their attention. 


During the dry season, herds containing as many 
as 500-600 ostriches may gather at a watering hole. The 
males, or cocks, tend to stay in one group, while the 
females, or hens, stay in their own groups. When the 
rainy season begins, however, they split into harem 
groups, consisting of one male and two to four females. 


A male ostrich performs a courtship dance involv- 
ing considerable puffing and strutting, accompanied 
by booming noises. At its conclusion, he kneels and 
undulates his body in front of his chosen female. If she 
has found the performance enchanting, she also bends 
her knees and sits down. The male’s dance may be 
interrupted by a competing male. The two males then 
hiss and chase each other. Any blows are given with 
their beaks. 


The male selects the nesting site for his several 
females. He prepares it by scraping a slight indentation 
in the soil or sand. The dominant female lays her eggs 
first, followed by the others, over a period of several 
weeks. Altogether, there may eventually be as many as 
30 off-white, 8 in (20 cm) eggs in a single clutch, 
perhaps half of them belonging to the dominant 
female. However, not all the eggs will hatch because 
they cannot all be incubated. Abandoned eggs do not 
attract many scavengers because the shells are too 
thick to break easily. 


Both the dominant female and the male take turns 
incubating the eggs, with their insulating feathers 
spread over the nest. The sitter also takes time to 
turn the eggs on a regular basis. The eggs hatch 
about six weeks after the start of incubation, but the 
hatching may be a slow process because the chicks are 
able to break only tiny bits of the tough shell at a time. 
The mottled-brown chicks, each about | ft (30.5 cm) 
tall, are tended by all the females in the group. The 
chicks are ready to feed on their own, but are protected 
by the adults as they grow. They develop adult feathers 
by their third year, and soon afterward are mature 
enough to mate. Ostriches can live to be more than 
40-50 years old. 


Rheas 


Rheas are similar in appearance to ostriches, but 
they are smaller and live in South America instead 
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of Africa. The two species of rheas, often called 
South American ostriches, vary in size and location. 
The common or greater rhea (Rhea americana) of 
Argentina and Brazil stands 5 ft (1.5 m) tall, several 
feet shorter than an ostrich, but it is still the largest 
North or South American bird. The lesser or Darwin’s 
rhea (Pterocnemia pennata) of southern Peru to the 
Patagonian region of Argentina is considerably 
smaller and has white tips on its brown plumage. 
Rheas live on open grassy plains in most of South 
America except the Andes Mountains and the north- 
eastern region along the Atlantic. They can usually be 
found in flocks of about 50 birds, often in the vicinity 
of cattle herds. 


Rhea males attract females by swinging their 
heads from side to side and making a loud, roaring 
sound. The females are mute. Unlike ostriches, a rhea 
male lines the nest with leaves and assumes total 
responsibility for incubating the eggs. The male incu- 
bates the eggs of five or six females for about five 
weeks, and then takes care of the young. The eggs 
are dark green, almost black, in color. 


Emus 


The single living species of emu (Dromaius novae- 
hollandiae) looks very much like an ostrich but with- 
out the long neck. This Australian bird stands between 
the ostrich and rhea in height, about 5-6 ft (1.5-1.8 m) 
tall. It has a black head, long, brown body feathers, 
and white upper legs. Its feathers are unusual in that 
two soft feathers grow out of only one quill. Only the 
emu and the related cassowary have feathers like this. 
The emu’s plumage droops downward, as if from a 
central part along its back. 


Emus live on the open dry plains of central 
Australia. They do not stay in one place, but migrate 
several hundred miles as the seasons change. Emus 
spend the cold, dry season in the south, and then 
return north when the rains start. As they travel, they 
communicate with each other by powerful voices that 
boom across the plain. 


An emu male chooses only one mate. She lays a 
dozen or more dark green eggs, but then the male sits 
on them for the eight-week incubation period. The 
chick has lengthwise white stripes on its brown body 
and a speckled brown and white head. The male pro- 
tects the chicks until they are about six months old and 
can defend themselves against predators. 


Until the early nineteenth century, there were two 
other species of emus living on the islands near 
Australia. However, they were killed for their meat 
and are now extinct. On the mainland, emus were 
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plentiful, so plentiful that in the 1930s, Australian 
farmers started a campaign to exterminate emus 
because they competed for grass and water needed 
for cattle and sheep. But the birds’ ability to run or 
blend with the surroundings, plus some ineptness on 
the part of the farmers, allowed the emus to survive. 
Even in the early 1960s, emu hunters could still collect 
a payment from the government for each bird they 
killed. However, that changed as Australians began 
to value the uniqueness of this bird. Now the emu and 
the kangaroo are featured on Australia’s coat of arms. 


Cassowaries 


The three species of cassowaries (Casuarius) are 
found only on the island of New Guinea and the 
nearby portion of Australia. They are about the 
same height as a rhea and weigh about 185 Ib (84 
kg). However, all resemblance ends there. The south- 
ern, or Australian, cassowary (C. casuarius) has a vivid 
blue, featherless head rising from a red-orange neck. 
Two flaps of flesh, called wattles, hang from the neck, 
as on a male turkey. The wattles can be almost red, 
green, blue, purple, or even yellow. The body is cov- 
ered by a thick coat of shiny, black feathers. The one- 
wattled cassowary (C. unappendiculatus), as its name 
suggests, has only one wattle. Bennett’s cassowary 
(C. bennetti) is considerably smaller and lacks the 
wattles. The female cassowary is larger than the 
male. This is the only large flightless bird that lives in 
forests instead of on open plains. 


On top of a cassowary’s head, stretching down 
over the base of the beak, is a bony protuberance 
called a casque, which means “helmet.” A cassowary 
thrusts its casque out in front of it when it runs 
through the forest. Its unusual wing feathers also 
help it move through the forest. The cassowary’s 
wings are almost nonexistent, but from them grow 
several quills that lack barbs. These bare quills stretch 
out beyond the other feathers on each side and serve to 
help push obstructions aside. Cassowaries eat mainly 
fruit that has fallen from trees, along with leaves and 
some insects. 


Cassowaries live alone instead of in flocks and are 
nocturnal. A male and a single female come together 
only at mating time, when the female lays three to 
eight dark green eggs. The male incubates the eggs 
and then takes care of the young. The young cassowa- 
ries are striped from head to tail, even more vividly 
than the emu young. 


Kiwis 


Kiwis are three species of small, forest-dwelling, 
flightless birds that live only in New Zealand. The body 
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length of kiwis ranges from 14-21 in (35-55 cm), and 
they typically stand about 15 in (38 cm) tall. Adult 
birds weigh 3-9 Ib (1.5-4 kg). Kiwis have a rounded 
body with stubby, rudimentary wings, and no tail. 
Their legs and feet are short but strong, and they 
have three forward-pointing toes as well as a rudimen- 
tary hind spur. The legs are used in defense and for 
scratching about in the forest floor while feeding. 


The bill is long, flexible, slightly down-curved, and 
sensitive; it is used to probe for earthworms and 
insects in moist soil. Their nostrils are placed at the 
end of the beak. Kiwis appear to be among the few 
birds that have a sense of smell, useful in detecting the 
presence of their invertebrate prey. They snuffle as 
they forage at night, and their feeding grounds are 
recognized by the numerous holes left by their subter- 
ranean probings. 


Kiwis have coarse feathers, which are hairlike in 
appearance because they lack secondary aftershaft 
structures, such as barbules. Their shaggy plumage is 
brown or gray. The sexes are similar in color, but the 
female is larger than the male. 


Kiwis lay one to two eggs, each of which can 
weigh almost | Ib (0.5 kg), or about 13% of the weight 
of the female. Proportionate to the body weight, no 
other bird lays an egg as large. The female lays the eggs 
in an underground burrow—a cavity beneath a tree 
root, or a fallen log. The male then incubates them. 
The young do not feed for the first six to twelve days 
after hatching, and they grow slowly thereafter. Kiwis 
reach sexual maturity at an age of five to six years. 


Kiwis are solitary, nocturnal birds. Because of the 
difficulties of making direct observations of wild 
kiwis, relatively little is known about these extraordi- 
nary birds. Kiwis make a variety of rather simple 
whistles and cries. Those sounds of male birds is two- 
syllabic, and sounds like “ki-wi.” Obviously, this bird 
was named after the sound that it makes. 


The brown kiwi (Apteryx australis) is the most 
widespread species, occurring in moist and wet native 
forests on South and North Islands, New Zealand. 
The little spotted kiwi (Apteryx owenii) is a gray- 
colored bird, while the great spotted kiwi (A. haastii) 
is more chestnut-colored, and larger. 


Kiwis are the national symbol of New Zealand, 
and New Zealanders are commonly known as “kiwis.” 
However, because these birds are nocturnal and live in 
dense forest, relatively few human “kiwis” have ever 
seen the feathered variety. Unfortunately, kiwis have 
suffered severe population declines over much of their 
range. This has been caused by several interacting 
factors. First, like other flightless birds (such as the 
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KEY TERMS 


Barb—The branches of a feather, growing out of 
the quill and sometimes held together by hooked 
barbules. Ratites’ barbs are not held together. 


Barbule—Hooks that hold the barbs of a feather 
together in flying birds. 


Casque—the triangular bony growth that projects 
from the skull of a cassowary and stretches down 
over half the beak. 


Keel—The ridge on the breastbone of a flying bird 
to which flying muscles are attached. 


Nictitating membrane—A membrane that can 
cover the eye of some animals, in addition to the 
regular eyelid. It provides protection but still allows 
the animal to see. 


Quill—The central shaft of a feather, generally hol- 
low, from which the barbs grow. 


extinct moas of New Zealand), kiwis were commonly 
hunted as food by the aboriginal Maori peoples of 
New Zealand. The feathers of kiwis were also used to 
ornament the ceremonial flaxen robes of the Maori. 
After the European colonization of New Zealand, 
settlers also hunted kiwis as food, and exported their 
skins to Europe for use as curiosities in the then- 
thriving millinery trade. 


The excessive exploitation of kiwis for food and 
trade led to a rapid decline in their populations, and 
since 1908 they have been protected by law from hunt- 
ing. However, some kiwis are still accidentally killed 
by poisons set out for pest animals, and they may be 
chased and killed by domestic dogs. 


Kiwis have also suffered greatly from ecological 
changes associated with introduced mammals, espe- 
cially species of deer. These invasive, large mammals 
have severely over-browsed many forests where kiwis 
live, causing habitat changes that are unfavorable to 
the bird, which prefers dense woody vegetation in the 
understory. Deer are now regarded as pests in New 
Zealand, and if these large mammals were locally 
exterminated, this would markedly improve the hab- 
itat available for kiwis and other native species. The 
little spotted kiwi has suffered most from these habitat 
changes and is currently confined to four island sanc- 
tuaries where predators have been or are being 
removed. Fortunately, the conservation efforts of the 
government and people of New Zealand appear to be 
successful in their efforts to increase numbers of kiwis. 
These birds are now relatively abundant in some areas. 
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l Flooding 


Flooding, although it usually carries a negative 
connotation, is a natural process, the response of a 
river system to the presence of too much water during 
an interval of time. Rivers and streams are governed 
by a simple equation, Q = A x V, where OQ is discharge 
(amount of water), A is the area of the river channel, 
and Vis velocity. When excess discharge is present in a 
river or stream, at first the water moves more quickly 
(V increases) and perhaps some channel erosion takes 
place (i.e., A increases). If discharge Q increases too 
rapidly, however, water must move out of the channel 
(the confining area, A) and out onto the surrounding 
area, known as the floodplain. The floodplain is the 
area that floods first. 


Floods are caused by a variety of factors, both 
natural and man-made. Some obvious causes of floods 
are heavy rains, melting snow and ice, and frequent 
storms within a short time. The practice of building 
homes and towns near rivers and other bodies of water 
(i.e., within natural floodplains) has contributed to the 
disastrous consequences of floods. In fact, floods have 
historically killed more people than any other form of 
natural disaster, whether from catastrophic events 
such as the 2004 Indian Ocean tsunami that, or sea- 
sonal flash floods that claim lives mainly when people 
attempt to drive through them. Because of this, people 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Flooding on the Salt River, Arizona. (JLM Visuals.) 


have tried to manage floods using a variety of methods 
with varying degrees of success. 


Causes of floods 


Many floods are directly related to changes in 
weather. The most common cause of flooding is rain 
falling at extremely high rates or for an unusually long 
period of time. Additionally, areas that experience a 
great deal of snow in winter are prone to springtime 
flooding when the snow and ice melt, especially if the 
thaw is relatively sudden. Furthermore, rainfall and 
snowmelt can sometimes combine to cause floods. 


Sometimes, floods occur as a result of a unique 
combination of factors that only indirectly involve 
weather conditions. For instance, a low-lying coastal 
area may be prone to flooding whenever the ocean is at 
high tide. Exceptionally high tides may be attributed 
to a storm caused by a combination of factors, like low 
barometric pressure and high winds. Finally, floods 
sometimes can occur regardless of the climate. 
Examples are volcanic heating and rapid melting of a 
snow pack atop a volcanic mountain or under a gla- 
cier, failures of natural or man-made dams, or tsuna- 
mis (seismic ocean or large lake waves caused by 


earthquakes). The 2004 Indian Ocean tsunami was 
caused by a 9.1 magnitude earthquake beneath the 
Indian Ocean west of Sumatra, Indonesia, that sent 
its vibrations out into the ocean in all directions. The 
resulting tsunami created waves of up to 100 feet 
(39 m) that battered the coasts of India, Sri Lanka, 
Thailand, Indonesia, and the west coast of Africa. In 
one of the deadliest disasters in modern history, flood- 
ing from the tsunami killed 230,000 people. 


Hydrologic cycle 


An underlying influence on many floods is the 
hydrologic cycle. This is the evaporation of water 
from the oceans into the atmosphere that falls as 
rain or snow on land. The water then runs off the 
land (or is absorbed by it) and, after some period of 
time, makes its way back to the oceans. Scientists 
have found that the total amount of water on Earth 
has not changed in three billion years; therefore, the 
hydrologic cycle is said to be constant. The same 
water has been filtered by soil and plant use and 
purified by temperature changes over many millennia. 
Rivers and streams may feed water into the ground, 
or where springs persist, groundwater may supply 
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water to streams (allowing them to flow even when 
there is a drought). 


Although the hydrologic cycle is a constant phe- 
nomenon, it is not always evident in the same place 
year after year. If it occurred consistently in all loca- 
tions, floods and droughts would not exist. Thus, 
some places on Earth experience more than average 
rainfall, while other places endure droughts. It is not 
surprising, then, that people living near rivers eventu- 
ally endure floods. 


Human populations 


For millennia, human populations have chosen to 
live near bodies of water. There are three main reasons 
for this: (1) the soil near the waters is very fertile and 
can be used for growing crops; (2) the bodies of water 
themselves are sources of drinking and irrigation 
water; and (3) water courses support transportation 
and facilitate commerce and trade. 


While floods can have disastrous effects, they leave 
behind silt and other sediments that make the land 
surrounding rivers and other bodies of water rich and 
fertile. The soil deposited by moving water is known as 
alluvial soil. At first, populations avoided settling 
directly on the low-lying land, called floodplains, sur- 
rounding the rivers and instead built their villages on 
terraces or bluffs close to but higher than the rivers. 
Examples of cities developing on such terraces are 
Washington, Paris, and Budapest. The advantages of 
building there is that towns are relatively safe from 
floods because they are situated higher in elevation 
than the natural floodplain, but they are also close to 
fertile land so food is accessible. As populations grew, 
however, they needed the extra land near the rivers 
and, therefore, moved closer to the water. 


In 2006, in the United States alone, there were 
almost 3,800 settlements containing 2,500 or more peo- 
ple located in an area likely to flood. Furthermore, 
according to another estimate, nearly 1.5 billion people 
worldwide still farm their crops in alluvial soil; this is 
almost one-third of the world’s population. Likewise, 
ever since the Mesopotamians established the “cradle 
of civilization” between the Tigris and Euphrates 
Rivers in the Middle East in about 3000 BC, popula- 
tions have been attracted to rivers for transportation 
and trade. Narrow stretches of rivers have always been 
especially attractive locations to take advantage of the 
natural commerce along a trade route. 


Human influence on flooding 
Although human populations have been victims 


of natural flooding, their presence and subsequent 
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activities near rivers has also contributed to the prob- 
lem. In naturally occurring conditions, vegetation cap- 
tures significant amounts of precipitation and returns 
it to the atmosphere before it has a chance to hit the 
ground and be absorbed by the earth; however, certain 
farming practices, like clear-cutting land and animal 
grazing, hamper this process. Without the natural 
growth of vegetation to trap the rain, the ground 
must absorb more moisture than it would otherwise. 
When the absorption limit is reached, the likelihood of 
flooding increases. Similarly, construction of concrete 
and stone buildings contributes to the problem of 
flooding. While rain is easily absorbed into sand and 
other porous materials, it is not easily absorbed by 
man-made building materials, such as pavement and 
concrete. These substances cause additional runoff 
that must be absorbed by the surrounding landscape. 


Weight of water and force of floods 


Floods are among the deadliest and most expensive 
forms of natural disaster on Earth. In the United States 
alone, flooding resulting from hurricane Katrina in 
2005, due to both the storm surge and the partial failure 
of floodwalls in New Orleans, resulted in more than 100 
billion dollars in damage (making it the costliest natural 
disaster in U.S. history) and over 1,000 deaths. Eighty 
percent of the city of New Orleans was flooded in the 
aftermath hurricane Katrina. 


Water, when unleashed, is virtually impossible to 
stop. The reason behind this is twofold: water is heavy 
and can move with significant speed. For instance, 
while a single gallon of water weighs 8.5 pounds (3.5 
kg), the weight of high volumes of impounded water 
really adds up. Hoover Dam alone holds back the 
waters of Lake Mead, which is about 15 miles (24 
km) long and contains around 10.5 trillion gallons 
(40 trillion 1) of water; multiplication shows that this 
water weighs almost 90 trillion pounds (41 trillion kg). 
Added to its weight is the fact that water can travel up 
to 20 miles (32 km) per hour. As it picks up speed, it 
also picks up incredible strength. In fact, moving 
under certain conditions, | inch (2.54 cm) of rain can 
have the same energy potential as 60,000 tons (54,400 
metric tons) of TNT. 


Flood intervention 


Because of the potential of a flood to destroy life 
and property, men and women have, for centuries, 
developed ways to prepare for and fight this natural 
disaster. One common way to manage floodwaters is 
to construct dams to stop excess water from inundat- 
ing dry areas. Another way is to divert floodwaters 
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KEY TERMS 


Alluvial soils—Soils containing sand, silt, and clay, 
which are brought by flooding onto lands along 
rivers; these young soils are high in mineral con- 
tent, and are the most productive soils for 
agriculture. 


Floodplain—A clearly defined border of flat land 
along a river that is composed of sediment, which 
was deposited by the river during periodic floods or 
instances of high water. 


Hazard zoning—Examining historical records, 
geological maps, and aerial photographs to predict 
likely areas where flooding could occur. Used for 
planning the location of new settlements. 


Minimizing encroachment—Carefully planning 
where buildings are located so that they do not 
restrict the flow of water. 


away from populated areas to planned areas of flood 
storage. To this end, flood control reservoirs are kept 
partially empty so that they can catch floodwaters when 
the need arises. These reservoirs then release the water 
at a slower rate than would occur under flood condi- 
tions; hence, reservoirs give the soil time to absorb the 
excess water. About one-third of reservoirs in the 
United States are used for this purpose. 


Two other ways to safeguard life and property are 
known as “hazard zoning” floodplains and “minimiz- 
ing encroachment.” When hazard zoning a floodplain, 
planners look at such things as historical records of 40- 
year floods, geological maps, and aerial photographs to 
predict likely areas where flooding could occur. Rather 
than relocating populations, hazard zoning is used for 
planning the location of new settlements. Minimizing 
encroachment means carefully planning where build- 
ings are located so that they do not restrict the flow of 
water or cause water to pond excessively; however, as 
long as people choose to live in low-lying, flood-prone 
areas, scientists and engineers can only do so much to 
protect them from the risks of floods caused by both 
natural conditions and human activities. 


See also Alluvial systems; Hydrology; Soil conser- 
vation; Watershed. 
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| Flora 


Flora describes the assemblage of plant species 
that occurs in some particular area or large region. 
Flora can refer to a modern assemblage of plant spe- 
cies or to a prehistoric group of species that is inferred 
from the fossil record. The zoological analogue is 
known as fauna, although this is usually used in refer- 
ence to a large region. More locally, “vegetation” 
refers to the occurrence of groupings of plants, often 
called communities, in some area or region. 


Flora is also sometimes used to refer to a book 
that describes a taxonomic treatment of plants in some 
region. Floras of this sort often contain identification 
keys, diagrammatic and written descriptions of the 
species, range maps, and descriptions of habitat. 


Plant biogeographers have divided Earth and its 
regions into floristic units on the basis of their distinc- 
tive assemblages of plant species. The species of these 
large regions (sometimes called biomes, especially in 
the ecological context) are segregated on the basis of 
two complexes of factors: (1) geographic variations of 
environmental conditions, especially climate and to a 
lesser degree, soil, and (2) physical and ecological 
barriers to migration, which prevent the distinctive 
species of floras from mixing together. 


In cases where regions have been physically sepa- 
rated for very long periods of time, their differences in 
plant species are especially great. In particular, iso- 
lated oceanic islands often have unique floras, com- 
posed of many endemic species of plants that occur 
nowhere else. For example, islands of the Hawaiian 
archipelago have been isolated from the nearest main- 
land for millions of years, and are estimated to have 
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had an original flora of about 2,000 species of angio- 
sperm plants, of which 94.7-98% were endemic. 
Unfortunately, many of these unique species have 
become extinct since these islands were discovered 
and colonized by humans, first by Polynesians and, 
more recently and with much greater ecological dam- 
ages, by Europeans. 


In cases where the physical isolation is less 
ancient, there can be a substantial overlap of genera 
and species in the floras of different regions. For 
example, eastern Siberia and the Alaska-Yukon 
region of North America were physically connected 
by a land bridge during the most recent era of glacia- 
tion, which abated about 14,000 years ago. Reciprocal 
movements of plants (and some animals, including 
humans) occurred across that land bridge, and this is 
indicated today by numerous examples of the occur- 
rence of the same plant species in both regions. For 
this reason, these regions are considered to have a 
floristic affinity with each other. 


See also Biome; Fauna. 


Flounder see Flatfish 


| Flower 


A flower is the reproductive structure of an angio- 
sperm plant. Flowers have ovaries with ovules that 
develop into fruits with seeds. There are over 300,000 
species of angiosperms, and their flowers and fruits vary 
significantly. Flowers and fruits are among the most 
useful features for the identification of plant species 
and determination of their evolutionary relationships. 


Study of flowers throughout history 


The hunter-gatherer ancestors of modern humans 
surely noticed that flowers gave rise to fruits that could 
be eaten. Because flowers signaled an anticipated har- 
vest, it has been suggested that these early humans 
instinctively considered flowers attractive, an instinct 
that modern humans may also have. Many modern 
cultures consider flowers attractive, and scholars have 
been fascinated with flowers for millennia. 


Dioscorides, a Greek physician in Emperor Nero’s 
army (first century AD), wrote the most influential 
early book on plants, De materia medica. This was the 
first book about the medicinal uses of plants, referred 
to as an herbal. Dioscorides’s book had diagrams of 
many plants and their flowers, and this helped other 
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physicians to identify the species of plant to prescribe 
to their patients for a particular ailment. 


De materia medica remained an important refer- 
ence on plants for more than 1,500 years. However, 
early scholars lacked the printing press, so all copies 
had to be scripted by hand. Over time, the pictures of 
plants and their flowers in these hand-copied herbals 
became more romanticized and less accurate. 


The 1500s were the golden age of herbals, when 
European scholars published their own books with 
illustrations were based on observations of living 
plants, rather than upon Dioscorides’s diagrams and 
descriptions. With the invention of the movable type 
printing press, these herbals became the first published 
scholarly works in botany and were widely read. 


Carolus Linnaeus (1707-1778) of Sweden revolu- 
tionized botany in the mid-1700s. He classified plant 
species according to the morphology of their flowers 
and fruits. Modern botanists continue to rely upon 
flowers for identification as well as the determination 
of evolutionary relationships. 


In Linnaeus’s time, many people argued about the 
doctrine of “divine beneficence,” which held that all 
things on Earth were created to please humans. Thus, 
people believed that flowers with beautiful colors and 
sweet smells were created by God to please humans. 
Christian Konrad Sprengel (1750-1816) of Germany 
disputed this view in the late 1700s. He held that the 
characteristics of flowers are related to their method of 
reproduction. Sprengel published his theory of flowers 
in his book The Secret of Nature Revealed (1793). 


Sprengel’s ideas were not widely accepted in his own 
time. In 1841, however, the English botanist Robert 
Brown gave Charles Darwin (1809-1882) a copy of 
Sprengel’s book. This book influenced Darwin’s 
development of his theory of evolution by natural selec- 
tion, which culminated in the publication of On the 
Origin of Species (1859). Sprengel’s work also stimulated 
Darwin’s subsequent study of orchids, and he wrote The 
Various Contrivances by Which Orchids Are Fertilized by 
Insects (1862). Darwin’s important studies of flowers 
and pollination supported Sprengel’s view that there is 
a relationship between the characteristics of a flower and 
its method of pollination. Moreover, Darwin demon- 
strated that some of the highly specialized characteristics 
of flowers had evolved by natural selection to facilitate 
their pollination. 


Parts of the flower 
There are considerable differences among the flow- 


ers of the 300,000 species of angiosperms. Botanists 
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rely upon a large vocabulary of specialized terms to 
describe the parts of these various flowers. The most 
important morphological features of flowers are con- 
sidered below. 


Flowers can arise from different places on a plant, 
depending on the species. Some flowers are terminal, 
meaning that a single flower blooms at the apex of a 
stem. Some flowers are axial, in that they are borne on 
the axes of branches along a stem. Some flowers arise 
in an inflorescence, a branched cluster of individual 
flowers. 


There are four whorls of organs in a complete 
flower. From the outside to the inside, one encounters 
sepals, petals, stamens, and carpels. The sepals are 
leaflike organs, which are often green, but can some- 
times be brown or brightly colored, depending on the 
species. The petals are also leaflike and are brightly 
colored in most animal-pollinated species but dull in 
color or even absent in wind-pollinated plants. 


The stamens and carpels, the reproductive organs, 
are the most important parts of a flower. The stamens 
are the male, pollen-producing organs. A stamen typ- 
ically consists of an anther attached to a filament 
(stalk). The anther produces many microscopic pollen 
grains. The male sex cell, a sperm, develops within 
each pollen grain. 


Carpels are female ovule-producing organs; they 
typically consist of an ovary, style, and stigma. The 
stigma is the tip of the carpel upon which pollen grains 
land and germinate. The style is a stalk that connects 
the stigma and ovary. After the pollen grain has ger- 
minated, its pollen tube grows down the style into the 
ovary. The ovary typically contains one or more 
ovules, structures that develop into seeds upon fertil- 
ization by the sperm. As the ovules develop into seeds, 
the ovary develops into a fruit, whose characteristics 
depend on the species. 


In some species, one or more of the four whorls of 
floral organs is missing, and the flower is referred to as 
an incomplete flower. A bisexual flower is one with 
both stamens and carpels, whereas a unisexual flower 
is one that has either stamens or carpels, but not both. 
All complete flowers are bisexual since they have all 
four floral whorls. All unisexual flowers are incom- 
plete since they lack either stamens or carpels. Bisexual 
flowers, with stamens and carpels, can be complete or 
incomplete, since they may lack sepals and/or petals. 


Evolution of flowers 
The flower originated as a structure adapted to 


protect ovules, which are born naked and unprotected 
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in the gymnosperms, ancestors of the angiosperms. 
Botanists are uncertain about which group of gymno- 
sperms is most closely related to the angiosperms. 
Recently, examination of sexual fertilization in the 
different groups of gymnosperms suggests that angio- 
sperms may be most closely related to the Gnetophyta, 
a small phylum with three genera (Ephedra, Gnetum, 
and Welwitschia) and about 70 species. 


The angiosperms first appeared in the fossil record 
in the early Cretaceous period (about 130 million years 
ago) and rapidly increased in diversity. Once the flow- 
ering plants had evolved, natural selection for efficient 
pollination by insects and other animals was important 
in their diversification. By the mid-Cretaceous, species 
with flowers of many different designs had evolved. 
These varying designs evolved as a consequence of the 
close association of the flowers and their animal polli- 
nators, a process referred to as coevolution. In addi- 
tion, many flowers became self-incompatible, in that 
they relied upon cross-pollination, that is, pollination 
by another individual of the same species. Cross-polli- 
nation increases the genetic diversity of the offspring, in 
general making them more fit. 


Today, flowering plants are the dominant terres- 
trial plants in the world. There are more than 300 
different families of flowering plants. The Asteraceae, 
with over 15,000 species, is one of the largest and most 
diverse families of angiosperms, and their flowers are 
highly evolved. The dandelion, daisy, and sunflower 
are familiar species of the Asteraceae. In these species, 
many small individual flowers are packed closely 
together into a dense inflorescence called a head, 
which appears rather superficially like a single large 
flower. Each individual flower in the head has a single 
ovule, which produces a single seed upon fertilization. 
The flowers of many species of the Asteraceae, such 
as the dandelion, evolved highly specialized sepals, 
which are scalelike and are referred to as a pappus. In 
summer, the pappus of the dandelion expands into the 
furry white structure which aids the tiny attached seeds 
in their dispersal by the wind. 


Induction of flowering 


Many environmental cues signal a plant to pro- 
duce flowers, and light is one of the most important 
of these. In many species, flowering is a photoperiodic 
response, in that it is controlled by the length of the 
light and dark periods to which the plant is exposed. 


Some plants, such as Maryland mammoth tobacco, 
soybean, and hemp, are short-day plants: they flower 
in the spring and autumn when the days are shorter. 
Other plants, for example, spinach, mouse ear cress, and 
fuchsia, are long-day plants, in that they flower in the 
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Fluid dynamics 


KEY TERMS 


Anther—The part of the stamen that produces pollen. 


Carpel—Female reproductive organ of flowers 
which is composed of the stigma, style, and ovary. 


Filament—Stalk of the stamen which bears the 
anther. 


Ovary—Basal part of the carpel which bears ovules 
and develops into a fruit. 


Ovule—Structure within the ovary which develops 
into a seed after fertilization. 


Petal—Whorl of a flower just inside the sepals that 
is often colored. 


Sepal—External whorl of a flower which is typi- 
cally leaflike and green. 


Stamen—Male reproductive organ of flowers that 
produces pollen. 


Stigma—tThe part of the female organs of a plant 
flower (the pistil) upon which pollen lands in the 
first stage of fertilization. 


Style—A stalk that joins the pollen-receptive sur- 
face of the stigma, to the ovary of the female organ 
of a plant (i.e., the pistil). 


summer when the days are longer. Some plants, such as 
cucumber, corn, and garden peas, are day-neutral 
plants, in that they flower regardless of the day length. 
Often, different varieties of the same species have differ- 
ent light requirements for flowering. 


The dark period is as crucial as the light period 
for induction of flowering. In particular, when a 
short-day plant is exposed to short days, but given a 
pulse of light during the dark period, flowering is 
inhibited. When a long-day plant is exposed to short 
days but given a pulse of light during the dark period, 
flowering is promoted. Phytochromes are the photo- 
receptive plant pigments that detect these light pulses. 
Phytochromes also control other stages of plant 
growth and development, and phytochrome genes 
have been cloned and sequenced in many plant species. 


Regrettably, plant physiologists have made little 
additional progress in understanding the mechanism 
of flower induction in recent years. Little is known 
about the biochemical reactions that follow from acti- 
vation of phytochrome or how plants measure photo- 
period. This is an area in which future botanists may 
make great progress. 


See also Sexual reproduction. 
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tl Fluid dynamics 


Fluid dynamics is the study of the flow of liquids 
and gases, usually in and around solid surfaces. The 
flow patterns depend on the characteristics of the 
fluid, the speed of flow, and the shape of the solid 
surface. Scientists try to understand the principles 
and mechanisms of fluid dynamics by studying flow 
patterns experimentally in laboratories and also math- 
ematically, with the aid of computer models. The two 
fluids studied most often are air and water. 
Aerodynamics is used mostly to look at air flow 
around planes and automobiles with the aim of reduc- 
ing drag and increasing the efficiency of motion. 
Hydrodynamics deals with the flow of water in various 
situations such as in pipes, around ships, and under- 
ground. Apart from the more familiar cases, the prin- 
ciples of fluid dynamics can be used to understand an 
almost unimaginable variety of phenomena such as 
the flow of blood in blood vessels, the flight of geese 
in V-formation, and the behavior of underwater plants 
and animals. 


Factors that influence flow 


The viscosity, density, and compressibility of a 
fluid are the properties that determine how the liquid 
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or gas will flow. Viscosity measures the internal fric- 
tion or resistance to flow. Water, for instance, is less 
viscous than honey and so flows more easily. All gases 
are compressible whereas liquids are practically 
incompressible and cannot be squeezed into smaller 
volumes. Flow patterns in compressible fluids are 
more complicated and difficult to study than those in 
incompressible ones. Fortunately for automobile 
designers, air, at speeds less than 220 mph (354 km/h) 
or one-third the speed of sound, can be treated as 
incompressible for all practical purposes. Also, for 
incompressible fluids, the effects of temperature 
changes can be neglected. 


Reynolds number 


The speed of flow is another factor that deter- 
mines the nature of flow. The speed of flow is either 
that of a liquid or gas moving across a solid surface or, 
alternatively, the speed of a solid object moving 
through a fluid. The flow patterns in either case are 
exactly the same. That is why airplane designs can be 
tested in wind tunnels where air is made to flow over 
stationary test models to simulate the flight of actual 
planes moving through the air. 


The speed of flow is related to the viscosity by 
virtue of the fact that a faster moving fluid behaves in 
a less viscous manner than a slower one. Therefore, it 
is useful to take viscosity and speed of flow into 
account at the same time. This is done through the 
Reynolds number named after the English scientist 
Observe Reynolds (1842-1912). This number charac- 
terizes the flow. It is greater for faster flows and more 
dense fluids and smaller for more viscous fluids. The 
Reynolds number also depends on the size of the solid 
object. The water flowing around a large fish has a 
higher Reynolds number than water flowing around a 
smaller fish of the same shape. 


As long as the shape of the solid surface remains 
the same, different fluids with the same Reynolds 
number flow in exactly the same way. This very useful 
fact is known as the principle of similarity or simili- 
tude. Similitude allows smaller scale models of planes 
and cars to be tested in wind tunnels where the 
Reynolds number is kept the same by increasing the 
speed of air flow or by changing some other property 
of the fluid. The Ford Motor Company has taken 
advantage of the principle of similarity and conducted 
flow tests on cars under water. Water flowing at 2 mph 
(3.2 km/hr) was used to simulate air flowing at 30 mph 
(48 km/hr). 
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Laminar and turbulent flow 


Flow patterns can be characterized as laminar or 
turbulent. In laminar or streamlined flow, the fluid 
glides along in layers, which do not mix so that the 
flow takes place in smooth continuous lines called 
streamlines. This is what we see when we open a 
water faucet just a little so that the flow is clear and 
regular. If we continue turning the faucet, the flow 
gradually becomes cloudy and irregular. This is 
known as turbulent flow. This change to turbulence 
takes place at high Reynolds numbers. The critical 
Reynolds number at which this change occurs differs 
from case to case. 


Bernoulli’s principle 


An important idea in fluid flow is that of the 
conservation of mass. This implies that the amount 
of fluid that goes in through one end of a pipe is the 
same as the amount of fluid that comes out through 
the other end. Thus the fluid has to flow faster in 
narrower sections or constrictions in the pipe. 
Another important idea, expressed by Bernoulli’s 
principle, is that of the conservation of energy. 


Daniel Bernoulli (1700-1782) was the first person 
to study fluid flow mathematically. He imagined a 
completely non-viscous and incompressible or 
“ideal” fluid in order to simplify the mathematics. 
Bernoulli’s principle for an ideal fluid essentially says 
that the total amount of energy in a laminar flow is 
always the same. This energy has three components— 
potential energy due to gravity, potential energy due 
to pressure in the fluid, and kinetic energy due to speed 
of flow. Since the total energy is constant, increasing 
one component will decrease another. For instance, in 
a horizontal pipe in which gravitational energy stays 
the same, the fluid will move faster through a constric- 
tion and will, therefore, exert less pressure on the 
walls. In recent years, powerful computers have 
made it possible for scientists to attack the full math- 
ematical complexity of the equations that describe the 
flow of real, viscous, and compressible fluids. 
Bernoulli’s principle, however, remains surprisingly 
relevant in a variety of situations and is probably the 
single most important principle in fluid dynamics. 


Boundary layer theory 


Even though Bernoulli’s principle works extremely 
well in many cases, neglecting viscosity altogether often 
gives incorrect results. This is because even in fluids 
with very low viscosity, the fluid right next to the solid 
boundary sticks to the surface. This is known as the 
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Fluid mechanics 


KEY TERMS 


Boundary layer—The layer of fluid that sticks to the 
solid surface and in which the speed of the fluid 
decreases. 


Compressibility—The property that allows a fluid 
to be compressed into a smaller volume. 


Laminar—A mode of flow in which the fluid moves 
in layers along continuous well-defined lines 
known as streamlines. 


Reynolds number—A number that characterizes a 
flow situation and allows flows of different fluids in 
different situations to be compared. 


Turbulent—An irregular, disorderly mode of flow. 


Viscosity—The internal friction within a fluid that 
makes it resist flow. 


Wake—The area of low pressure turbulent flow 
behind a moving body that causes the body to 
experience resistance to its forward motion. 


no-slip condition. Thus, however fast or easily the fluid 
away from the boundary may be moving, the fluid near 
the boundary has to slow down gradually and come to 
a complete stop exactly at the boundary. This is what 
causes drag on automobiles and airplanes in spite of 
the low viscosity of air. 


The treatment of such flows was considerably 
simplified by the boundary layer concept introduced 
by Ludwig Prandtl (1875-1953) in 1904. According to 
Prandtl, the fluid slows down only in a thin layer next 
to the surface. This boundary layer starts forming at 
the beginning of the flow and slowly increases in thick- 
ness. It is laminar in the beginning but becomes turbu- 
lent after a point determined by the Reynolds number. 
Since the effect of viscosity is confined to the boundary 
layer, the fluid away from the boundary may be 
treated as ideal. 


Shape and drag 


Moving automobiles and airplanes experience a 
resistance or drag due to the force of air sticking to the 
surface. Another source of resistance is pressure drag, 
which is due to a phenomenon known as flow separa- 
tion. This happens when there is an abrupt change in 
the shape of the moving object, and the fluid is unable 
to make a sudden change in flow direction and stays 
with the boundary. In this case, the boundary layer 
gets detached from the body, and a region of low 
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pressure turbulence or wake is formed below it. This 
creates a drag on the vehicle due to the higher pressure 
in the front. That is why aerodynamically designed 
cars are shaped so that the boundary layer remains 
attached to the body longer, creating a smaller wake 
and, therefore, less drag. There are many examples in 
nature of shape modification for drag control. The sea 
anemone, for instance, continuously adjusts its form 
to the ocean currents in order to avoid being swept 
away while gathering food. 
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| Fluid mechanics 


Fluid mechanics is the study of gases and liquids 
at rest and in motion. Fluid statics studies the behavior 
of stationary fluids and is used, for instance, to under- 
stand how much air to put in car tires and whether a 
boat ina lake will float or sink. Fluid dynamics studies 
the flow behavior of moving fluids. Both global 
weather patterns and the flow of water from a faucet 
are governed by the laws of fluid dynamics. 


A fluid at rest exerts static pressure on its con- 
tainer and on anything that is submerged in it. The 
pressure at any point in the fluid is the force that 
would be exerted on unit area of a submerged object. 
This pressure is the same in all directions. Because of 
gravity, the pressure in a fluid increases as one goes 
deeper below the surface. Marine creatures dwelling 
deep down in the ocean have to withstand greater 
pressures, due to the weight of the water above, than 
fish swimming near the surface. The exact pressure at 
different depths depends only the density of the fluid 
and the depth from the surface. 


This pressure increase with depth also provides 
the upward buoyant force on a floating object. The 
pressure below a boat is greater than the pressure at 
higher points and, therefore, pushes the boat upwards. 
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Figure 1. A hydraulic press. (//lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


The upward buoyant force is equal to the weight of the 
volume of water displaced by the boat. This is known 
as Archimedes’s principle. A heavy boat will float as 
long as it displaces a large enough volume of water to 
balance its weight. 


External pressure exerted on a fluid is transmitted, 
undiminished, throughout the fluid. This is known as 
Pascal’s principle. This principle is used in a hydraulic 
lever in which pressure applied on a small piston is 
transmitted unchanged to a large piston. Since the 
force exerted is equal to the pressure times the area 
of the piston, a small force exerted on the small piston 
can lift a heavy load placed on the large piston. 
Hydraulic jacks, used to lift cars, are based on this 
principle (Figure 1). 


In a moving fluid some of this static pressure is 
converted into dynamic pressure due to the velocity of 
the fluid. A fluid moving faster in a pipe has more 
dynamic pressure and thus exerts less static pressure 
on the sides. The complete fluid flow equations are so 
complicated that only recent advances in computa- 
tional capability have made it possible to describe 
fluid flow fairly accurately in some situations. There 
are, however, many simplified ways to study flow 
mathematically and obtain a great deal of insight. 


The practical science of hydraulics enabled 
human beings to design water clocks, irrigate crops, 
and build waterwheels long before the mathematical 
study of fluids was begun. Now, experiment and 
theory support each other in designing dams, under- 
water tunnels, and hydraulic machines, and in predict- 
ing flows in rivers, around airplane wings, and in the 
atmosphere. 


See also Aerodynamics. 


Fluke see Flatworms 
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| Fluorescence 


Fluorescence is the process by which a substance 
absorbs electromagnetic radiation (visible or invisible 
light) from another source, then re-emits the radiation 
with a wavelength that is longer than the wavelength of 
the illuminating radiation. It can be observed in gases at 
low pressure and in certain liquids and solids, such as 
the ruby gemstone. Fluorescence is the principle that is 
the basis of the common fluorescent lamp used for 
lighting; it is also a useful laboratory diagnostic tool. 


Fundamentals 


Matter interacts with electromagnetic radiation 
(such as ultraviolet and visible light) through the proc- 
esses of absorption and emission. The internal struc- 
ture of atoms and molecules is such that absorption 
and emission of electromagnetic radiation can occur 
only between distinct energy levels. If the atom is in its 
lowest energy level or ground state, it must absorb the 
exact amount of energy required to reach one of its 
higher energy levels, called excited states. Likewise an 
atom that is in an excited state can only emit radiation 
whose energy is exactly equal to the difference in ener- 
gies of the initial and final states. The energy of electro- 
magnetic radiation is related to wavelength as follows; 
shorter wavelengths correspond to greater energies, 
longer wavelengths correspond to lower energies. 


In addition to emitting radiation, atoms and mol- 
ecules that are in excited states can give up energy in 
other ways. In a gas, they can transfer energy to their 
neighbors through collisions, which generate heat. In 
liquids and solids, where they attached to their neigh- 
bors to some extent, they can give up energy through 
vibrations. The observation of fluorescence in gases at 
low pressure comes about because there are too few 
neighboring atoms or molecules to take away energy 
by collisions before the radiation can be emitted. 
Similarly, the structure of certain liquids and solids 
permits them to exhibit strong fluorescence. 


If the wavelength of the radiation that was absorbed 
by the fluorescent material is equal to that of its emitted 
radiation, the process is called resonance fluorescence. 
Usually though, the atom or molecule loses some 
of its energy to its surroundings, so that the emitted 
radiation will have a longer wavelength than the 
absorbed radiation. In this process, simply called fluo- 
rescence, Stoke’s law says that the emitted wavelength 
will be longer than the absorbed wavelength. There is 
a short delay between absorption and emission in fluo- 
rescence that can be a millionth of a second or less. 
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Fluorescence 


KEY TERMS 


Angstrom—A unit of length equal to one ten-bil- 
lionth of a meter. 


Energy level—The internal energy state of an atom or 
molecule which is characterized by having only dis- 
crete, discontinuous values. 

Excited state—Any energy level with an energy 
greater than that of the ground state. 

Fluorescent efficiency—The ratio of the intensity of 
the fluorescent radiation to the intensity of the 
absorbed radiation. 


Fluorescent lamp—A device that utilizes the phe- 
nomenon of fluorescence to produce light for 
illumination. 


Ground state—The lowest energy level of an atom or 
molecule. 


Metastable state—An energy level in which an atom 
or molecule can remain for a period longer than its 


Non-radiative 


energy 108s Excited 


states 
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Metastable 
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radiation 


Figure 1. Fluorescence in ruby. (i/lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


There are some solids, however, that continue to emit 
radiation for seconds or more after the incident radia- 
tion is turned off. In this case, the phenomenon is called 
phosphorescence. 


As an example of fluorescence, consider the energy 
level diagram for the gemstone ruby in Figure 1. 


Ruby is a crystalline solid composed of aluminum, 
oxygen, and a small amount of chromium, which is the 
atom responsible for its reddish color. If blue light 
strikes a ruby in its ground state, it is absorbed, raising 
the ruby to an excited state. After losing some of this 
energy to internal vibrations the ruby will settle into a 
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other energy levels before returning to its ground 
state. 


Phosphorescence—The persistent emission of radi- 
ation by a substance following the removal of the 
illuminating radiation. 


Resonance fluorescence—Fluorescence in which 
the emitted radiation has the same wavelength as 
the absorbed radiation. 


Stoke’s law—In fluorescence, the emitted wave- 
length is always longer than the absorbed wavelength. 


Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher 
energy. 


Visible light—Electromagnetic radiation of wave- 
length between 4,000 and 8,000 angstroms. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


metastable state—one in which it can remain longer 
than for most excited states (a few thousandths of a 
second). Then the ruby will spontaneously drop to its 
ground state emitting red radiation whose wavelength 
(longer than the blue radiation) measures 6,943 ang- 
stroms. The fluorescent efficiency of the ruby—the 
ratio of the intensity of fluorescent radiation to the 
intensity of the absorbed radiation—is very high. For 
this reason the ruby was the material used in building 
the first laser. 


Applications 


The most well-known application of fluorescence 
is the fluorescent lamp, which consists of a glass tube 
filled with a gas and lined with a fluorescent material. 
Electricity is made to flow through the gas, causing it 
to radiate. Often mercury vapor, which radiates in the 
violet and ultraviolet, is used. This radiation strikes 
the coating, causing it to fluoresce visible light. 
Because the fluorescence process is used, the fluores- 
cent lamp is more efficient and generates less heat than 
an incandescent bulb. 


Resonance fluorescence can be used as a labora- 
tory technique for analyzing different phenomena such 
as the gas flow in a wind tunnel. Art forgeries can be 
detected by observing the fluorescence of a painting 
illuminated with ultraviolet light. Painting medium 
will fluoresce when first applied, then diminish as time 
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passes. In this way paintings that are apparently old, 
but are really recent forgeries, can be discovered. 


The molecule chlorophyll, which is found in all 
photosynthetic plants, fluoresces red in the presence 
of blue light. Research has shown that the amount of 
light emitted as fluorescence is a roughly 3 to 5 percent 
of the amount of photosynthesis occurring. This infor- 
mation has been used to estimate rates of photosyn- 
thesis in plants in various physiological conditions and 
it is very useful in ecological studies of lakes and oceans. 


John Appel 


| Fluorescence in situ 
hybridization (FISH) 


Fluorescent in situ hybridization (FISH) is a techni- 
que in which single-stranded nucleic acids (usually 
DNA, but RNA may also be used) are permitted to 
interact so that complexes, or hybrids, are formed 
by molecules with sufficiently similar, complementary 
sequences. Through nucleic acid hybridization, the 
degree of sequence identity can be determined, and spe- 
cific sequences can be detected and located on a given 
chromosome. It is a powerful technique for detecting 
RNA or DNA sequences in cells, tissues, and tumors. 
FISH provides a unique link among the studies of cell 
biology, cytogenetics, and molecular genetics. 


The method is comprised of three basic steps: 
fixation of a specimen on a microscope slide, hybrid- 
ization of labeled probe to homologous fragments of 
genomic DNA, and enzymatic detection of the tagged 
probe-target hybrids. While probe sequences were ini- 
tially detected with isotopic reagents, nonisotopic 
hybridization has become increasingly popular, with 
fluorescent hybridization now a common choice. 
Protocols involving nonisotopic probes are consider- 
ably faster, with greater signal resolution, and provide 
options to visualize different targets simultaneously by 
combining various detection methods. 


The detection of sequences on the target chromo- 
somes is performed indirectly, commonly with biotiny- 
lated or digoxigenin-labeled probes detected via a 
fluorochrome-conjugated detection reagent, such as 
an antibody conjugated with fluorescein. As a result, 
the direct visualization of the relative position of the 
probes is possible. Increasingly, nucleic acid probes 
labeled directly with fluorochromes are used for the 
detection of large target sequences. This method takes 
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less time and results in lower background; however, 
lower signal intensity is generated. Higher sensitivity 
can be obtained by building layers of detection reagents, 
resulting in amplification of the signal. Using such 
means, it is possible to detect single-copy sequences on 
chromosome with probes shorter than 0.8 kilobase (kb). 


Probes can vary in length from a few base pairs for 
synthetic oligonucleotides to larger than one Mega 
base pair (Mbp). Probes of different types can be 
used to detect distinct DNA types. PCR-amplified 
repeated DNA sequences, oligonucleotides specific 
for repeat elements, or cloned repeat elements can be 
used to detect clusters of repetitive DNA in hetero- 
chromatin blocks or centromeric regions of individual 
chromosomes. These are useful in determining aberra- 
tions in the number of chromosomes present in a cell. 
In contrast, for detecting single locus targets, cDNAs 
or pieces of cloned genomic DNA, from 100 base pair 
(bp) to 1 Mbp (1 Mbp is equal to 1,000,000 bp) in size, 
can be used. 


To detect specific chromosomes or chromosomal 
regions, chromosome-specific DNA libraries can be 
used as probes to delineate individual chromosomes 
from the full chromosomal complement. Specific 
probes have been commercially available for each of 
the human chromosomes since 1991. 


Any given tissue or cell source, such as sections of 
frozen tumors, imprinted cells, cultured cells, or 
embedded sections, may be hybridized. The DNA 
probes are hybridized to chromosomes from dividing 
(metaphase) or non-dividing (interphase) cells. 


The observation of the hybridized sequences is 
done using epifluorescence microscopy. White light 
from a source lamp is filtered so that only the relevant 
wavelengths for excitation of the fluorescent mole- 
cules reach the sample. The light emitted by fluoro- 
chromes is generally of larger wavelengths, which 
allows the distinction between excitation and emission 
light by means of a second optical filter. Therefore, it is 
possible to see bright-colored signals on a dark back- 
ground. It is also possible to distinguish between sev- 
eral excitation and emission bands, thus between 
several fluorochromes, which allows the observation 
of many different probes on the same target. 


FISH has a large number of applications in molec- 
ular biology and medical science, including gene 
mapping, diagnosis of chromosomal abnormalities, 
and studies of cellular structure and function. 
Chromosomes in three-dimensionally preserved nuclei 
can be “painted” using FISH. In clinical research, 
FISH can be used for prenatal diagnosis of inherited 
chromosomal aberrations, postnatal diagnosis of 
carriers of genetic disease, diagnosis of infectious 
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Fluorescent light 


KEY TERMS 


Kilobase pair (kbp)—A distance unit used in phys- 
ical maps. A kilobase (kb) unit reflects 1,000 bases. 
Megabase pair (Mbp)—A distance unit used in phys- 
ical maps. A megabase (Mp) unit reflects 1,000,000 
(one million) bases. 


Physical genetic map—A genetic map are based 
upon actual distances between genes on a chromo- 
some. Contigs are physical maps are based on col- 
lections of overlapping DNA fragments. 


disease, viral and bacterial disease, tumor cytogenetic 
diagnosis, and detection of aberrant gene expression. 
In laboratory research, FISH can be used for mapping 
chromosomal genes, to study the evolution of 
genomes (Zoo FISH), analyzing nuclear organization, 
visualization of chromosomal territories and chroma- 
tin in interphase cells, to analyze dynamic nuclear 
processes, somatic hybrid cells, replication, chromo- 
some sorting, and to study tumor biology. It can also 
be used in developmental biology to study the tempo- 
ral expression of genes during differentiation and devel- 
opment. Recently, high resolution FISH has become a 
popular method for ordering genes or DNA markers 
within chromosomal regions of interest. 


Resources 


BOOKS 

Dabbs, David. Diagnostic Immunohistochemistry. 
New York: Churchill Livingstone, 2006. 

Hayat, M.A. Microscopy, Immunohistochemistry, and 
Antigen Retrieval Methods: For Light and Electron 
Microscopy. New York: Springer, 2002. 
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Nicole D. Le Brasseur 


l Fluorescent light 


Fluorescent light is the most common type of 
electrical light found in the United States; it is used 
for practically all commercial lighting, i.e., offices, 
factories, stores and schools, and it is estimated that 
there are 1.5 billion fluorescent lamps in use nationwide. 
Fluorescent lighting is popular due to its high efficacy— 
it produces between three to five times more light than 


1762 


an incandescent lamp consuming the same electrical 
power. The main reason for this is that the fluorescent 
lamp employs a phosphor which converts the non- 
visible light produced by the lamp into visible light, 
whereas a large fraction of the output from the incan- 
descent lamp is infra-red light which escapes as heat. 


Although the fluorescent lamp was first demon- 
strated by Antoine Becquerel (1852-1908), in the late 
1800s, it was not commercially available until 1938 
with the introduction of phosphors which could with- 
stand the rigors of operation for a reasonable length of 
time. Since then improvements have been made in all 
aspects of the lamp: electrodes, phosphors, gas mix- 
tures, and control circuitry. These improvements are 
particularly important simply because there are so 
many fluorescent lamps in use. Over its lifetime, a 
standard fluorescent lamp consumes as much electric- 
ity as is generated by a barrel of oil: the importance of 
even small increases in efficacy become apparent when 
one considers that even a 10% increase will result in 
savings of approximately 40 million barrels a year in 
the United States alone. 


Construction and operation 


The fluorescent lamp is formed from a sealed, 
hollow glass tube which is straight, although other 
shapes can also be used. The tube contains a low 
pressure mixture of noble gas and mercury vapor 
through which an AC electrical discharge is run, has 
electrodes located at either end, and has a coating of 
an inorganic phosphor on the inside surface. Each 
electrode acts as cathode and anode during one com- 
plete period of the AC discharge and is coated with a 
material of low work-function, such as barium oxide, 
which, when heated, acts as a source of electrons to 
feed the electrical discharge. Other electrons are cre- 
ated in the discharge by impact ionization of the gas 
mixture. The gas mixture uses a noble gas, usually 
krypton, to act as a buffer in the discharge. On exci- 
tation by electrons in the discharge, the mercury atoms 
emit light, mostly at a wavelength of 254 nanometers 
(nm), which is in the deep ultraviolet (UV). This UV 
light reaches the phosphor coating on the walls of the 
tube where it is absorbed and re-emitted at a longer 
wavelength in the visible. The visible light passing out 
of the glass envelope is used for illumination. The color 
of the emitted light is determined by the phosphor and 
is a particularly important characteristic of the lamp. 


Starting and running the discharge 


Unlike the electrical circuit for an incandescent 
lamp, which contains only a switch, the control circuit 
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for a fluorescent lamp must do two things. It must first 
provide a high voltage spike to strike the discharge, 
and it must thereafter control the current and voltage 
once the discharge is stable. The latter is important 
because the discharge itself is unstable and will termi- 
nate if the current is not controlled externally. 


There are several types of starter circuits which all 
do two things. They supply a large current to the 
electrodes in order to produce electrons via thermioe- 
mission (the electrons “boil off” as the electrodes heat 
up) and they supply a high voltage to strike the dis- 
charge. Typical examples of these include the switch 
start, instant-start, and rapid start. The switch start 
has the advantage of being actively controlled and 
therefore avoids the misfirings which can have the 
deleterious effect of removing the coating on the elec- 
trodes and thus shorten the tube’s life. 


The switch is initially closed, thus shorting the 
electrodes and allowing a large current to flow which 
heats the electrodes to their operating temperature. 
After a short time (1 to 2 seconds), the switch is 
opened. The large voltage spike created by the sudden 
reduction of current through the ballast (an inductor) 
then strikes the discharge and the lamp lights up. The 
capacitor reduces the reactance of the inductive 
ballast. 


The switch used to be an argon glow tube with a 
bimetallic electrode, but this function has been 
replaced in recent years with solid state circuitry 
which can be actively controlled. 


AC operation 


Fluorescent lamps are usually operated with an 
AC discharge whose frequency is set by the power 
supply-60 hertz (Hz) in the United States. However, 
it has been found that the tube has a higher efficacy if it 
is operated at a high frequency, for example 20-30 
kHz. The reason for this increase in power is that 
there is less time between field reversals for the ions 
to collide with the electrodes, and so the rate of energy 
loss through electrode collision is reduced. Operation 
at high frequency requires a transistorized ballast, 
which has the added advantage that the lamp can be 
dimmed, unlike low frequency lamps where the cur- 
rent and voltage to the tube are fixed and the tube 
cannot be dimmed. 


Phosphors and color 


The phosphor converts the UV output from the 
mercury discharge into visible light via fluorescence. 
The mix of color emitted depends on the chemical 
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compounds used in the phosphor. Many compounds 
produce what is perceived as a white light, which may 
indeed be a broad emission centered around 590 nm, 
as in the case of the so-called cool white and warm 
white halophosphates (the warm contains more red 
than the cool). However, recent developments in phos- 
phors for television tubes have resulted in the intro- 
duction of the “triphosphor,” which is a mixture of 
three different phosphor components emitting in the 
blue, green, and red. The light from a triphosphor tube 
distorts an object’s perceived color less than that of a 
halophosphate tube, and changing the mix of the three 
components allows the lighting engineer to adapt the 
output of the lamp to suit certain specific purposes, for 
instance to better match the lighting within a building 
to the activities of its occupants. 


Lifetime 


The lifetime of a fluorescent lamp is limited 
primarily by the electron-emitting material on the 
electrodes and the phosphor. The electro-emissive 
material is consumed in a number of ways when the 
tube is used. First, the “dark space,” a region of high 
electric field found near a cathode, accelerates ions 
towards the electrode, and the resulting bombardment 
removes the material. This effect can be alleviated by 
operating at high frequencies, since the bombardment 
is reduced as explained above. A specially shaped 
cathode can also be used to reduce the electric field 
across the dark space, and thus reduce impact erosion 
during normal operation. Second, the electro-emissive 
material suffers excess erosion when the discharge is 
struck due to the short-lived, high electric fields. 
Modern electronic control circuitry can prevent mis- 
firing and striking the discharge when the electrodes 
are cold and thus reduce this erosion. The use of 
electronic starters can double the lifetime of a tube. 
The induction lamp, a commercial version of which 
was introduced by GE in 1994, contains no electrodes, 
and the discharge current is induced by a radio-fre- 
quency discharge. Since there is no erosion problem, 
the induction lamp has the capability of lasting for up 
to 60,000 hours, many times longer than standard 
fluorescent lamps. 


The phosphor in fluorescent lamps has a finite 
lifetime. The older halophosphates, which were widely 
used before the introduction of triphosphors, exhibit a 
drop of fluorescent light output of 30-50% over a 
period of 8,000 hours. Triphosphors, however, only 
demonstrate a drop of 10-20% over 8,000 hours, thus 
extending the useful lifetime of the tube. 


See also Electric circuit; Incandescent light. 
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Fluoridation 


KEY TERMS 


Efficacy—The ratio of light output from a lamp 
divided by the electrical power driving the lamp. 


Phosphor—An inorganic compound which emits 
visible light when illuminated by ultraviolet light. 


Thermionic emission—The emission of electrons 
from the surface of a material when the material's 
temperature is raised. 
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| Fluoridation 


Fluoridation consists of adding fluoride to a sub- 
stance (often drinking water) to reduce tooth decay. 
Fluoridation was first introduced into the United 
States in the 1940s in an attempt to study its effect 
on the reduction of tooth decay. Since then many 
cities have added fluoride to their water supply sys- 
tems. Proponents of fluoridation have claimed that it 
dramatically reduced tooth decay, which was a seri- 
ous and widespread problem in the early twentieth 
century. Opponents of fluoridation have not been 
entirely convinced of its effectiveness, are concerned 
by possible side effects, and are disturbed by the 
moral issues of personal rights that are raised by the 
addition of a chemical substance to an entire city’s 
water supply. The decision to fluoridate drinking 
water has generally rested with local governments 
and communities and has always been a controversial 
issue. 


Fluoride and tooth decay 


Tooth decay occurs when food acids dissolve the 
protective enamel surrounding each tooth and create 
a hole, or cavity, in the tooth. These acids are present 
in food, and can also be formed by acid-producing 
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bacteria that convert sugars into acids. There is over- 
whelming evidence that fluoride can substantially 
reduce tooth decay. When ingested into the body, 
fluoride concentrates in bones and in dental enamel 
that makes the tooth enamel more resistant to decay. 
It is also believed that fluoride may inhibit the bacteria 
that convert sugars into acidic substances that attack 
the enamel. 


Fluoride is the water soluble, ionic form of the 
element fluorine. It is present in most water supplies at 
low levels and nearly all food contains traces of fluo- 
ride. When water is fluoridated, chemicals that release 
fluoride are added to the water. In addition to fluori- 
dation of water supplies, toothpaste and mouthwash 
also contain added fluoride. 


Early fluoridation studies 


In 1901 Frederick McKay (1874-1959), a dentist in 
Colorado Springs, Colorado, noticed that many of his 
patients’ teeth were badly stained. Curious about the 
cause of this staining, or dental fluorosis as it is also 
known, McKay concluded after three decades of study 
that some substance in the city’s water supply caused 
the discolorations. Analysis of the water indicated high 
levels of fluoride, and it was concluded that the fluoride 
was responsible for the stained teeth. McKay also 
observed that although unsightly, the stained teeth of 
his patients seemed to be more resistant to decay. The 
apparent connection between fluoride and reduced 
decay eventually convinced H. Trendley Dean (1893- 
1962), of the U.S. Public Health Service (USPHS), to 
examine the issue more closely. 


In the 1930s, Dean studied the water supplies of 
some 345 U.S. communities and found a low incidence 
of tooth decay where the fluoride levels in community 
water systems were high. He also found that staining 
was very minor at fluoride concentrations less than or 
equal to one part fluoride per million parts of water (or 
one ppm). The prospect of reducing tooth decay on a 
large scale by adding fluoride to community water 
systems became extremely appealing to many public 
health officials and dentists. By 1939, a proposal to 
elevate the fluoride levels to about one ppm by adding 
it artificially to water supplies was given serious con- 
sideration and, eventually, several areas were selected 
to begin fluoridation trials. By 1950, USPHS adminis- 
trators endorsed fluoridation throughout the country. 


To fluoridate or not to fluoridate 
The early fluoridation studies apparently demon- 


strated that fluoridation was an economical and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


convenient method to produce a 50-60% reduction in 
the tooth decay of an entire community and that 
there were no health risks associated with the 
increased fluoride consumption. Consequently, many 
communities quickly moved to fluoridate their water 
supplies in the 1950s. However strong opposition to 
fluoridation soon emerged as opponents claimed that 
the possible side effects of fluoride had been inad- 
equately investigated. It was not surprising that some 
people were concerned by the addition of fluoride to 
water since high levels of fluoride ingestion can be 
lethal. However, it is not unusual for a substance 
that is lethal at high concentration to be safe at lower 
levels, as is the case with most vitamins and trace 
elements. 


Opponents of fluoridation were also very con- 
cerned on moral grounds because fluoridation repre- 
sented compulsory mass medication. Individuals 
had a right to make their own choice in health matters, 
fluoridation opponents argued, and a community 
violated these rights when fluoride was added to its 
water supply. Fluoridation proponents countered 
such criticism by saying that it was morally wrong 
not to fluoridate water supplies because this would 
result in many more people suffering from tooth 
decay that could have easily been avoided through 
fluoridation. 


The issue of fluoridation had become very much 
polarized by the 1960s since there was no middle 
ground: water was either fluoridated or not. 
Controversy and heated debate surrounded the issue 
across the country. Critics pointed to the known 
harmful effects of large doses of fluoride that led to 
bone damage and to the special risks for people with 
kidney disease or those who were particularly sensi- 
tive to toxic substances. Between the 1950s and 
1980s, some scientists suggested that fluoride may 
have a mutagenic effect (that is, it may be capable 
of causing human birth defects). Controversial claims 
that fluoride can cause cancer were also raised. 
Today, some scientists still argue that the benefits of 
fluoridation are not without health risks. 


Fluoridation outside the United States 


The development of the fluoridation issue in the 
United States was closely observed by other countries. 
Dental and medical authorities in Australia, Canada, 
New Zealand, and Ireland endorsed fluoridation, 
although not without considerable opposition from 
various groups. Fluoridation in Western Europe was 
greeted less enthusiastically and scientific opinion 
in some countries, such as France, Germany, and 
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Denmark, concluded that it was unsafe. Widespread 
fluoridation in Europe is therefore uncommon. 


Fluoridation today 


Up until the 1980s the majority of research into the 
benefits of fluoridation reported substantial reductions 
(50-60% on average) in the incidence of tooth decay 
where water supplies had fluoride levels of about one 
ppm. By the end of the decade however, the extent of 
this reduction was being viewed more critically. By the 
1990s, even some fluoridation proponents suggested 
that observed tooth decay reduction, directly because 
of water fluoridation, may only have been at levels of 
around 25%. Other factors, such as education and 
better dental hygiene, could also be contributing to 
the overall reduction in tooth decay levels. Fluoride in 
food, salt, toothpastes, rinses, and tablets, have 
undoubtedly contributed to the drastic declines in 
tooth decay during the twentieth century and, now, in 
the twenty-first century. It also remains unclear as to 
what, if any, are the side effects of one ppm levels of 
fluoride in water ingested over many years. 


Although it has been argued that any risks asso- 
ciated with fluoridation are small, these risks may not 
necessarily be acceptable to everyone. The fact that 
only about 50% of U.S. communities have elected to 
adopt fluoridation is indicative of people’s cautious 
approach to the issue. In 1993, the National Research 
Council published a report on the health effects of 
ingested fluoride and attempted to determine if the 
maximum recommended level of four ppm for fluoride 
in drinking water should be modified. The report con- 
cluded that this level was appropriate but that further 
research may indicate a need for revision. The report 
also found inconsistencies in the scientific studies of 
fluoride toxicity and recommended further research in 
this area. 


Now, early into the twenty-first century, contro- 
versy with fluoridation remains strong in the United 
States and around the world. The American Water 
Works Association (AWWA), a leading authority on 
water use, states that the U.S. Public Health Service 
continues to advise that the optimal level for fluoride 
in drinking water be in the range of 0.7 to 1.2 milli- 
grams per liter, which is about 0.7 to 1.2 ppm. This 
optimal level, according to the AWWA, is safe for 
human consumption and helps to reduce tooth 
decay. The AWWA also indicates that many public 
health and professional organizations such as the 
American Dental Association, the American Medical 
Association, the U.S. Public Health Service, the 
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Flying fish 


KEY TERMS 


Element—A pure substance that can not be 
changed chemically into a simpler substance. 


Fluoridation—The addition to a city’s water 
supply of chemicals that release fluoride into the 
water. 


Fluoride—The ionic form (negatively charged) of 
the element fluorine which is soluble in water. 


Parts per million (ppm)—A way to express low 
concentrations of a substance in water. For exam- 
ple, 1 ppm of fluoride means 1 gram of fluoride is 
dissolved in 1 million grams of water. 


Centers for Disease Control and Prevention, and the 
World Health Organization, are proponents of fluo- 
ridation. According to several articles published in the 
1990s and 2000s, which stated both sides of the fluo- 
ridation issue, opponents of fluoridation represent a 
minority of the general population and only a small 
percentage of the scientific community. Most anti- 
fluoridation organizations are civil, non-profit, or 
grass-roots organizations. 


See also Groundwater; Poisons and toxins; Water 
conservation. 
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Fluorine see Halogens 


Flycatchers see Monarch flycatchers 
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l Flying fish 


Flying fish belong to the family Exocoetidae in the 
bony fish order Beloniformes. They are close relatives 
of the needlefish, halfbeaks, and sauries. Flying fish 
are characterized by a low lateral line, soft fins without 
spines, and a caudal fin with the lower lobe larger than 
the upper lobe. The lower jaw of the young flying fish 
has an extended filament longer than the body, which 
becomes detached as the fish grows. 


Flying fish have large pectoral fins almost as long 
as the body which serve as wings, helping the fish glide 
through the air when it leaves the water. The pectoral 
fin expands and stiffens while in the air for a short 
distance before the fish reenters the water. A flying fish 
can remain airborne for at least 30 seconds and can 
reach a top speed of at least 40 mph (64 km/h) pro- 
duced by the rapid movement and vibration of the tail. 
The tail is the first part of the fish to reenter the water, 
making it possible for the fish to gain speed rapidly for 
another thrust into the air. It is estimated that the tail 
fin may vibrate as rapidly as 50 times per second. By 
these movements the fish may make several thrusts 
into the air in rapid succession. Flying fish extend a 
flight by plunging the vibrating tail into the water to 
supply added momentum. 


When gliding, flying fish barely skim over the sur- 
face of the water. Larger fish can leap to a height of 3.3 ft 
(1 m) above the water and glide for over 330 ft (100 m). 
A flying fish, however, can be carried to the topmost 
part of the wave possibly 15 ft (4.5 m) above the trough 
so that the fish may appear to be high out of the water. It 
is thought that flying fish fly to escape from predators 
(such as fish-eating bonitos, albacores, or blue fish), but 
airborne flying fish are also exposed to fish-eating birds. 


Species of flying fish 


Flying fish prefer the warm waters of the Atlantic 
and Pacific Oceans. Tropical flying fish such as 
Exocoetus volitans and Hirundichthys speculiger are 
found in tropical regions of the world where the 
water temperature is rarely below 68°F (20°C). The 
flying fish genus Exocoetus includes 22 species found 
in the Pacific and Atlantic Oceans. 


The Atlantic flying fish (Cypselurus heterurus) 
inhabits the tropical Atlantic and Caribbean, has 
a black band extending through its wings, and 
measures less than 10 in (25.4 cm) in length. The 
California flying fish (C. californicus) 1s reputed to be the 
largest of all the flying fish, growing up to 1.6 ft (0.5 m), 
and is caught commercially for human consumption. 
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KEY TERMS 


Caudal fin—The tail fin of a fish. 


Lateral line—A line of pores along the sides of a fish 
containing sensory organs to detect frequency 
vibrations of low intensity, movements of water, 
and possibly pressure changes. 


Pectoral—Paired fins of a fish, located close to the 
gill openings. In air-breathing vertebrates they 
become forelegs or arms. 


Pelvic fins—Paired fins ventral to the pectorals and 
in varying positions relative to the pectorals 
according to the species of fish. They correspond 
to the hind limbs of air-breathing vertebrates. 


This species is considered a four-winged flying fish, 
because its pectoral and pelvic fins resemble large 
wings. 

The large margined flying fish (Cypse/urus cyanop- 
terus), the bandwing flying fish (C. exsiliens), and the 
short-winged flying fish (Parexocoetus mesogaster) are 
widely distributed throughout the tropical seas. The 
smallwing flying fish (Oxyporhamphus micropterus) 1s 
found in tropical and subtropical waters, and flies only 
short distance due to its short wings. 
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Flying foxes see Bats 
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| Focused ion beam (FIB) 


Focused ion beams (FIBs) have been used since the 
1960s to investigate the chemical and isotopic compo- 
sition of minerals. A FIB blasts atoms and molecules 
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free from the surface of a small sample of material. 
Some of these free particles are also ions, and these are 
guided by electric fields to a mass spectrometer which 
identifies them with great precision. 


FIB systems are now routinely used by failure 
analysts and microchip engineers who require submi- 
cron imaging. In addition to diagnostic imaging, FIB 
techniques are now also used in microchip repair. 


An ion is an atom or molecule with a net electric 
charge. Electric fields subject electric charges to forces, 
so electric fields can be used to move and steer ions. 
A continuous stream of ions moving together is 
termed an ion beam. A focused ion beam is produced 
by using electric fields to narrow a beam of ions. 


Ina typical FIB analysis, a narrow beam of argon, 
gallium, or oxygen ions traveling about 800,000 mph 
(500,000 km/h) is directed at a polished flake of the 
material to be analyzed. Some of the atoms and mol- 
ecules in the sample are kicked loose by the beam, a 
process termed sputtering. Some of these sputtered 
particles are themselves ions and so can be col- 
lected and focused by electric fields. The sputtered 
ions are directed to a mass spectrometer, which 
sorts them by mass. Even the very slight mass differ- 
ences between isotopes of a single element can be 
distinguished by mass spectrometry; thus, not only 
the chemical but also the isotopic composition of a 
sample can be determined with great precision. Very 
small, even microscopic, samples can be analyzed by 
FIB techniques. 


The abundances of trace elements in a mineral can 
reveal information about the processes that formed it, 
helping petrologists and geochemists unravel geolog- 
ical history. Further, the decay of radioactive elements 
into isotopes of other elements acts as a built-in clock 
recording when the host mineral was formed. The 
hands of this clock are the relative isotope abundances 
in the mineral, and these can be determined by FIB 
analysis. Carbon isotope ratios also reveal whether a 
carbon-containing mineral was assembled by a living 
organism or by a nonliving process. Using FIB analy- 
sis, scientists have exploited this property of carbon 
isotopes to show that life existed on Earth at least 3.85 
billion years ago and that certain rocks originating on 
Mars and recovered as meteorites lying on the 
Antarctic ice probably, despite appearances, do not 
contain fossils of Martian microbes. 


FIB facilities are complex and _ expensive. 
Accordingly, only about 15 facilities devoted to earth 
sciences exist worldwide. 


See also Dating techniques; Microtechnology; 
Radioactive dating. 
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In addition to precise imaging, FIB technology can be used in a variety of manufacturing environments requiring high levels of 
precision and accuracy. The image above, using time-lapse, shows a computer-controlled ion beam helping shape a mirror for 
the Keck telescope. (© Roger Ressmeyer/Corbis.) 


Fog is caused by the condensation of water at or 
near Earth’s surface. The atmosphere is obscured— 
essentially by cloud formation—near the surface and 
fog conditions are generally characterized as existing 
when atmospheric visibility is reduced to about one- 
half mile (approximately 0.8 km). 


Causes and types of fog 


Fog forms either by air cooling its dew point— 
resulting in radiation fog, advection fog, or upslope 
fog—or by evaporation and mixing, when moisture is 
added to the air by evaporation and then mixing with 
drier air to form evaporation or frontal fog. 


Other types of fog include ice fog (a fog of sus- 
pended ice crystals, which frequently forms in Arctic 
locations), acid fog (fog forming in polluted air, and 
turning acidic due to sulfur or nitrogenoxides, or smog 
(fog consisting of water and smoke particles). While 
any type of fog can be hazardous because of the poten- 
tial dangers of reduced atmospheric visibility—espe- 
cially for ground and air transportation—acid fog 
and smog can pose additional risk to human health, 
causing eye irritations or respiratory problems. 


Radiation fogs 


Radiation fog (or ground fog) generally occurs at 
night, when radiational cooling of Earth’s surface cools 
the shallow moist air layer near the ground to its dew 
point or below. This causes moisture in the nearby 
layers of air to condense into fog droplets. Radiation 


Dense fog engulfing the Golden Gate Bridge (San Francisco, 
CA). (© Kevin Schafer/Corbis.) 


fog usually occurs under calm weather conditions, 
when no more than light winds mix the air layers near 
the surface. Strong winds normally mix the lower-level 
cold air with the higher-level dry air, thus preventing 
the air at the bottom from becoming saturated enough 
to create observable fog. The presence of clouds at 
night can also prevent fog formation of this type, 
because they reduce radiational cooling. Radiation 
fog often forms in late fall and winter nights, especially 
in lower areas, because cold and heavy air moves 
downhill to gather in valleys or other relatively low- 
lying areas. Accordingly, radiation fog is also called 
valley fog. In the morning, radiation fog usually dis- 
sipates when the sun’s heat warms the ground and air 
above the dew point temperature (i.e., the temperature 
at which moisture in the air condenses). 


Advection fogs 
Advection fog forms when warm, moist air moves 


horizontally over a relatively cooler surface. During 
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such contact, the layer of air near the surface may cool 
to below its dew point to form advection fog,which 
can be very persistent. It is common along coastlines 
where moist air moves from over a water surface to a 
cooler coastal land mass. Advectional fog can also 
occur if an already cool air mass moves over a even 
colder surface (e.g., snow), so that even the reduced 
levels of moisture in the cold air can condense into fog 
as the surface continues to cool the air mass. 
Advection-radiation fog forms when warm, moist air 
moves over a cold surface that is cold as a result of 
radiation cooling. When warm humid air moves over 
cold water, a sea fog may form. 


Upslope fog forms in higher areas, where a moist 
air mass is forced to move up along a mountain 
incline. As the air mass moves up the slope, it is cooled 
below the dew point to produce fog. Upslope fog 
formation generally requires a stronger wind along 
with warm and humid conditions at the surface. 
Unlike radiation fog, this type of fog dissipates as 
wind dissipates, and it can form more easily under 
cloudy conditions. Upslope fog is usually dense, and 
often extends to high altitudes. 


Evaporation fogs 


Evaporation fog forms as a result of the mixing of 
two unsaturated air masses. Steam fog is a type of 
evaporation fog that appears when cold, dry air 
moves over warm water or warm, moist land. When 
some of the water evaporates into low air layers, and 
the warm water warms the air, the air rises, mixes with 
colder air, cools, and water vapor condensation occurs 
to form a fog. Over oceans, this form of evaporation 
fog is referred to as sea smoke. Examples of cold air 
over warm water occur over swimming pools or hot 
tubs, where steam fog easily forms. It is also common 
in the autumn, when winds and air fronts turn cool as 
water bodies remain warm. 


Precipitation fog 


Precipitation fog is a type of evaporation fog that 
happens when relatively warm rain or snow falls 
through cool, almost saturated air, and evaporation 
from the precipitation saturates the cool air. It can 
turn dense, persist for a long time, and may extend 
over large areas. Although usually associated with 
warm fronts, precipitation fog also occurs with slow 
moving fronts or stationary fronts to form frontal 
fogs 


See also Atmosphere, composition and structure; 
Atmospheric circulation; Atmospheric optical 
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Fold 


KEY TERMS 


Dew point—The temperature at which water vapor 
in the air condenses to form liquid water droplets. 


phenomena; Atmospheric temperature; Land and sea 
breezes; Wind. 
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| Fold 


A fold is a bend in a body of rock or sediment that 
forms due to a change in pressure. Wavelike folds are 
composed of layers of Earth’s crust that bend and 
buckle under enormous pressure as the crust hardens, 
compresses, and shortens. Folds form much the same 
way as a hump arises in a sheet of paper pushed 
together from both ends. 


Folds may be softly rolling or severe and steep, 
depending on the intensity of the forces involved in the 
deformation and the nature of the rocks involved. 
The scale may be massive, creating mile upon mile of 
mountains like the Appalachian chain, traversing east- 
ern North America from Alabama to the Gulf of 
St. Lawrence in eastern Canada. In general, folded 
mountain belts represent periods of compression or 
squeezing during which the crust may be shortened 
significantly. During the formation of the Alps, 
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An exposed fold in New Jersey. (JLM Visuals.) 


stratified rock layers that originally covered an area 
about 300 miles (482 km) wide were squeezed together 
until they had a width of less than 120 miles (193 km). 
Folds may also be minute, seen simply as tiny ripples a 
few centimeters in size. 


Horizontal pressure results in two basic fold 
forms: anticlines, which are arched, upfolded strata 
that generally appear convex upward, and synclines, 
which are downfolds or reverse arches that are typi- 
cally concave upward. An important and definitive 
characteristic of these folds is the relative position of 
the oldest and youngest layers within them. At the core 
of an anticline lie stratigraphically older layers, with 
younger layers comprising the outermost layers. The 
Opposite is true in a syncline, where the youngest 
layers form the core, with the oldest beds situated at 
the outside. 


A line drawn along points of maximum curvature 
is called the axis. The inclined rock that lies on either 
side are called the fold limbs. One limb of a downfold 
is also the limb of the adjacent upfold. Limbs on either 
side of a symmetrical fold are at relatively equal 
angles. A fold that has only a single limb it is known 
as amonocline. These often form steplike ridges rising 
from flat or gently sloping terrain. 


As folding intensity increases, the folds often 
become more asymmetrical—i.e., one limb of an anti- 
cline dips at a steeper angle. In overturned folds, the 
angle of this limb becomes so steep that the tilted limb 
lies almost beneath the upper limb. Recumbent folds 
literally lie on their sides, with the lower limb turned 
completely upside-down. 


In many cases the axis of the fold in not horizon- 
tal. Such folds are known as plunging folds, because 
they plunge in the direction that the axis is tilted. Folds 
with a curved axis are called doubly plunging folds. 
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Domes are broad warped areas in which the plunge of 
the anticline is approximately equal in all directions. 
The corresponding synclinal structure is known as a 
structural basin. 


See also Fault; Tectonics; Unconformity. 


| Food chain/web 


A food chain is an ecological term that describes 
a series of organisms dependent on each other for 
food; a food web refers to an interconnected set of 
food chains in the same ecosystem. Organisms that 
eat similar foods are assigned to a particular trophic 
level, or feeding level, within a food web. Food web is 
generally considered a more accurate term because 
food chains are overly simplify ecological relation- 
ships. Feeding habits are often quited complex 
because organisms feed on different trophic levels. 
For example humans feed on the producer level 
when they eat plants but they also eat organisms 
from higher trophic levels when they consume meat. 


History of food web research 


Charles Elton, Raymond Lindeman, Stuart Pimm, 
Stephen Carpenter, and James Kitchell are some of the 
major figures in the development and exploration of 
food web concepts. Charles Elton was an English ecol- 
ogist who first described the characteristic shape of 
ecological trophic interations which he called the pyr- 
amid of numbers. Elton observed that most food webs 
have many organisms on their bottom trophic levels 
and successively fewer on the subsequent, higher levels. 
His pyramid of numbers is now called the Eltonian 
Pyramid and is the basis for the classic ecological 
food pyramid. 


The American ecologist Raymond L. Lindeman 
published a seminal paper in 1942 that re-examined 
the Eltonian pyramid in terms of energy flow. By using 
energy as the currency of the ecosystem Linderman 
quantified and explained that the Eltonian Pyramid 
was a result of successive energy losses at each trophic 
level. This loss is due to thermodynamic inefficiency in 
the transformation of energy and is referred to as 
ecological efficiency. Later, researchers discovered 
that ecological efficiency varies from 5-30% with an 
average of about 10%, depending on the species and 
the environment in which it lives. 


Stuart Pimm published his classic book Food 
Webs in 1982. This book consolidated various aspects 
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of food web theory and has become a reference for 
ecologists. The book’s many topics include food web 
complexity and stability and hypotheses on food chain 
length. 


More recently, Stephen Carpenter and James 
Kitchell have become leaders in aquatic food web 
research. Their theory regarding the trophic cascade 
in aquatic food webs has been central to the current 
debate on top-down and bottom-up control of food 
webs. 


Structure of food webs 


Within food webs there are three main categories 
of organisms: producers, consumers, and decompos- 
ers. Producers are organisms that synthesize their own 
organic compounds using diffuse energy and inor- 
ganic compounds. Producers sometimes are called 
autotrophs (self-feeders) because of this unique abil- 
ity. For example, green plants are autotrophs because 
they manufacture the compounds they need through 
photosynthesis. Photosynthetic organisms are called 
primary producers and they are the first trophic level 
of the food web. Their rate of productivity determines 
how much fixed energy in the form of potential energy 
stored in the chemical bonds of plantbiomass is avail- 
able to higher trophic levels. 


At higher trophic levels are all of the consumers, 
also called heterotrophs (other feeders). Heterotrophs 
feed on other organisms to obtain their energy and are 
classified according to the types of food they eat. 
Consumers that eat plants are called herbivores. 
Herbivores comprise the second trophic level of the 
food web and are called primary consumers because 
they are the first consumer group. Grass-eating deer 
and cows are primary consumers as are seed-eating 
mice and birds. 


At trophic levels higher than that of the primary 
consumers, the food web fans out to include consum- 
ers that eat other animals, called carnivores, and con- 
sumers that eat both plants and animals, known as 
omnivores. Some of these are secondary consumers 
meaning they eat primary consumers. For example, 
wolves that eat deer and snakes that eat mice are 
secondary consumers. Tertiary consumers eat the sec- 
ondary consumers, and so on. For example, an eagle 
that eats a snake that has preyed upon a mouse is a 
tertiary consumer. 


In addition to this grazing food web there is 
another trophic section known as the decomposer 
food web. There are two main types of consumers of 
dead biomass: detritus feeders and decomposers. Both 
are called detritivores since they utilize dead plants and 
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Food chain/web 


animals, or detritus. Detritus feeders, such as earth- 
worms, ingest organic waste and fragment it into 
smaller pieces that the decomposers such as bacteria 
and fungi can digest. Unlike organisms in the grazing 
part of the food web, decomposers are extremely effi- 
cient feeders. Various types of decomposers rework 
detritus, progressively extracting more fixed energy. 
Eventually the waste is broken down into simple inor- 
ganic chemicals such as H30 and CO, and nutrients 
such as nitrate, nitrite and sulfate. The nutrients then 
may be re-used by the primary producers in the grazing 
part of the food web. A well-known example of the 
decomposer food web is a compost pile, which turns 
kitchen wastes into a soil conditioner. Decomposers are 
active in all natural ecosystems. 


Contaminants in food webs 


As a result of human impact on the environment 
many food webs have become contaminated by insec- 
ticides and other manufactured chemicals. Some of 
these compounds have a profound effect on the repro- 
duction and behavior animals at higher trophic levels. 
In many cases, chemicals were released into the envi- 
ronment because it was believed that their concentra- 
tions were too small to have an effect on organisms. 
However, ecological studies have shown that these 
contaminants are passed from organism to organism 
thought food webs. The most persistent are hydro- 
phobic (water-fearing) contaminants that accumulate 
in the fatty tissues of organisms such as PCBs and 
DDT. PCBs, or polychlorinated biphenyls, are a 
suite of about 209 different compounds, each with 
slight variations in their chemical structure. PCBs 
were widely used as insulating material in electric 
transformers and for other purposes. There is cur- 
rently a worldwide ban on their production and use 
but large quantities still persist in the environment. 
DDT, or dichloro-diphenyl-trichloroethane, is an 
insecticide that has been dispersed all over the world. 
Unfortunately, both PCBs and DDT now occur in all 
plant and animal tissues even in remote areas where 
they were never used (for example, in animals such as 
polar bears and seals). Humans are also contaminated, 
and mothers pass these chemicals to their babies in 
their milk, which is rich in fat where DDT and PCBs 
concentrate. 


Bioaccumulation 


Bioaccumulation refers to the tendency of persis- 
tent hydrophobics and other chemicals such as methyl 
mercury to be stored in the fatty tissues of organisms. 
When these compounds are spilled into the environ- 
ment they are rapidly absorbed by organisms in food 
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webs. It is estimated that 99% of pesticides do not 
reach the target pest which means the chemical ends 
up in the general environment. If these pesticides are 
hydrophobic they build in the tissues of non-pest 
organisms. 


Once inside the fatty tissues of an organism, per- 
sistent hydrophobics are not excreted easily. Each 
time the organism is exposed to the contaminant, 
more is taken in and deposited in the fatty tissues, 
where it accumulates faster than it is excreted. 
Bioaccumulation is particularly acute in long-lived 
species because the period during which pollutants 
can accumulate is longer. Some governments have 
recommended against consuming fish over a certain 
age or size because the older and larger they get, the 
more contaminated they are likely to be. 


Biomagnification 


Biomagnification (also called food web magnifi- 
cation or food web accumulation) is the progressive 
increase in the concentration of contaminants in 
organisms at higher trophic levels. Biomagnification 
occurs because of the ecological inefficiency of food 
webs and because of pollutant bioaccumulation in 
individuals. These two factors combine so that each 
subsequent trophic level has a larger concentration of 
contaminants dissolved in a smaller amount of bio- 
mass than the previous level. For example, DDT in 
Lake Ontario is biomagnified up the food web, so that 
top predators like herring gulls have tissue concentra- 
tions that are 630 times greater than primary consum- 
ers like zooplankton. 


Dolphins have been studied by Japanese research- 
ers as a model species for biomagnification because 
their migratory routes are known, they live in relatively 
unpolluted waters, and they live a long time (20-50 
years). DDT has been found in dolphin blubber in 
greater concentrations (100 times greater than sardines) 
than would be expected given the small concentrations 
present in the water and in sardines, their favorite food. 
These unexpectedly large concentrations are the result 
of DDT biomagnification up the food web. 


Biomagnification has serious consequences. It is 
particularly dangerous for predator species especially 
if they are at the top of long food webs. The degree of 
biomagnification is high by the time it reaches higher 
trophic levels. Also, top predators usually consume 
large quantities of meat, which is rich in fatty tissue 
and, therefore, contaminants. Polar bears, humans, 
eagles, and dolphins are examples of top predators, 
and all of these organisms are vulnerable to the effects 
of biomagnification. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Bioaccumulation—The tendency of substances, 
like PCBs and other hydrophobic compounds, to 
build in the fatty tissues of organisms. 


Biomagnification—Tendency of organisms to 
accumulate certain chemicals to a concentration 
larger than that occurring in their inorganic, non- 
living environment, such as soil or water, or in the 
case of animals, larger than in their food. 


Food chain—A sequence of organisms directly 
dependent on one another for food. 


Food web—The feeding relationships within an 
ecological community, including the interactions 
of plants, herbivores, predators, and scavengers; an 
interconnection of many food chains. 


Hydrophobic compounds—“Water-hating” chem- 
ical substances, such as PCBs and DDT, that do not 
dissolve in water and become concentrated in the 
fatty tissues of organisms. 


Photosynthesis—The conversion of radiant energy 
into chemical energy that is stored in the tissues of 
primary producers (e.g., green plants). 


Primary consumer—An organism that eats primary 
producers. 


Primary producer—An organism that photosyn- 
thesizes. 


Trophic level—A feeding level in a food web. 


Current research 


Currently there is much debate over what forces 
control the structure of food webs. Some ecologists 
believe that food webs are controlled by bottom-up 
forces referring to the strong connection between pri- 
mary production and the subsequent production of 
consumers. For example, adding large amounts of 
nutrients like phosphorus causes rapid growth of phy- 
toplankton, the primary producers in lakes that sub- 
sequently influences consumers in the food web. Other 
ecologists believe that food webs are controlled by 
top-down forces meaning the predators near or at 
the top of the food web. For example, in the Pacific 
Ocean researchers have found that when sea otters 
disappear from an area, sea urchin (the favorite food 
of sea otters) populations increase, and these inverte- 
brates dramatically overgraze the kelp beds. 
Removing top predators causes changes all the way 
down to the primary producers. Carpenter and 
Kitchell have called this type of control the trophic 
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cascade because such food webs are controlled by 
forces that cascade down from the top trophic level. 
Understanding the roles of top-down and bottom-up 
forces within food webs will allow more effective man- 
agement of ecosystems. 


See also Autotroph; Carnivore; Herbivore; Heter- 
otroph; Omnivore. 
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| Food irradiation 


Food irradiation refers to a process where food is 
exposed to a type of radiation called ionizing radiation. 
The high-energy of the radiation, which can come from 
a radioactive or a non-radioactive source, breaks apart 
the genetic material of microorganisms that are on the 
surface of the food. Microorganisms and other surface 
contaminants, including insects, are killed as a result. 


This scrutiny of food irradiation, combined with 
the public controversy surrounding the exposure of 
foods to radioactivity, has meant that the effects of 
irradiation on foods have been extensively studied. 
The consensus from these studies is that radioactive 
sterilization of food does not cause the food itself to 
become radioactive, nor does the irradiation appreci- 
ably alter the nutritional characteristics of the food. 


Despite the ongoing debate over food irradiation, 
the practice is not new. Patents were issued in the 
United States and Britain for food irradiation in the 
first decade of the twentieth century. Scientists dem- 
onstrated in 1947 that meat and other foods could be 
sterilized by ionizing radiation. The military took a 
great interest in this development, seeing it as a way of 
supplying field troops with food. Military experiments 


1773 


uoneipesdl pooy 


Food irradiation 
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Levels of radiation (in rads) for various applications. Ranges shown for food irradiation are approved by the U.S. government. 


(Hans & Cassidy. Courtesy of Gale Group.) 


on the irradiation of fruits, vegetables, milk and milk 
products, and various meats began in the U.S. in the 
1950s. 


In 1958, the U.S. Food and Drug Administration 
became the official government agency concerned 
with the evaluation and approval of irradiated foods. 
Congress gave the FDA authority over the food irra- 
diation process. 


The manned space program undertaken by the 
United States beginning in the 1960s gave a great 
boost to food irradiation technology. Astronauts have 
always eaten irradiated foods. In addition, in the 1960s, 
the United Nations established a Joint Expert 
Committee on Food Irradiation. The committee con- 
cluded in 1980 that the irradiation of foods posed no 
unique nutritional or microbiological problems. 


Irradiation methods 


Food irradiation can be accomplished in three 
different ways, using three different types of rays: 
gamma rays, electron beams, and x rays. Gamma 
rays are given off by the radioactive elements cobalt 
and cesium. Gamma rays are powerful, and can pene- 
trate through several feet of material. As such, precau- 
tions against technician exposure to the radiation are 
necessary, and a special irradiation chamber is needed. 
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Electron beams are not as powerful as gamma rays. 
They can penetrate to depths of a few centimeters. 
Nonetheless, they are excellent for the sterilization of 
surfaces. Electron beam sterilization of medical and 
dental equipment has been routine for decades. 
Additionally, electron beams are not radioactive. 


X-ray irradiation of food was introduced in the 
mid—1990s. X rays are a blend of the other two techni- 
ques, in that x rays are as powerful and penetrating as 
gamma rays. But, like electrons, x rays are not 
radioactive. 


Foods such as solid meat and poultry, and fresh 
produce are well suited to irradiation sterilization. Not 
all foods, however, are as suited to the irradiation 
process. Eggs, milk, and shellfish, for example, should 
be treated by another process to best preserve their 
quality. Food irradiation alters the taste or appear- 
ance of some varieties of grapes, lemons, and nectar- 
ines. Irradiation is no substitute for proper cooking 
and storage. Even irradiated food can become conta- 
minated if it is improperly cooked or stored. 


Food irradiation sparks debate 


Like biotechnology, food irradiation has sparked 
fierce public debate. Some scientists are ardent sup- 
porters while other public groups are detractors of 
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KEY TERMS 


Carcinogen—Any substance capable of causing 
cancer by mutating the cell’s DNA. 


Free radicals—Unstable molecules containing an 
odd number of electrons and, therefore, seeking an 
electron from another molecule. 


Gamma ray—A highly penetrating type of radiant 
energy that has the power to ionize. 


lon—An atom or molecule which has acquired 
electrical charge by either losing electrons (posi- 
tively charged ion) or gaining electrons (negatively 
charged ion). The process of changing a substance 
into ions is known as ionization. 


Radioisotope—A type of atom or isotope, such as 
strontium-90, that exhibits radioactivity. 


Radiolytic—Products or substances formed during 
the radiation process. 


food irradiation. Supporters of food irradiation con- 
tend that its widespread use has the potential to reduce 
death and illness internationally due to food-borne 
microorganisms such as salmonella in poultry and 
trichinosis in pork. 


Salmonella causes four million people to become 
ill and results in 1,000 deaths annually in the United 
States alone. Contamination of food products with 
a bacterium called Escherichia coli 0157 causes over 
20,000 illnesses and 500 deaths a year. Internationally, 
as much as 30% of the world’s food supply cannot 
be used each year because it is either spoiled or con- 
sumed by insects. Globally, there are an estimated 
24,000-120,000 cases of Salmonella food poisoning 
and 4,900-9,800 cases of E. coli 0157:H7 food poison- 
ing each year. Treatment of such food-borne illnesses 
and lost productivity costs an estimated $5-6 billion 
each year. 


Despite the weight of evidence and the need for a 
more effective food treatment strategy, advocates of 
food irradiation face public opposition to irradiation. 
Some consumers and groups are concerned about the 
unforeseen reactions in food caused by the presence of 
high-energy particles. Others do not want the food 
they eat to have been exposed to radioactive substan- 
ces. Ultimately, the benefits of food irradiation will be 
weighed against the public’s wariness concerning radi- 
ation and the food supply. 


As public awareness and understanding of irradi- 
ation continues, the acceptance of irradiation as a 
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food protection strategy could prevail. The weight 
of evidence supports the technique. As of 2006, 
food irradiation is endorsed by the United States 
Food Protection Agency, the American Medical 
Association, the U.S. Centers for Disease Control 
and Prevention, and the World Health Association. 
Over 40 countries sterilize food by irradiation. In 
the United States, food packaging and _ foods, 
including strawberries and other fruits, are irradiated 
and sold. 
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[ Food poisoning 


Food poisoning refers to an illness that is caused 
by the presence of bacteria, poisonous chemicals, or 
another kind of harmful compound in a food. 
Bacterial growth in the food is usually required. 
Food poisoning is different from food intoxication, 
which is the presence of pre-formed bacterial toxin in 
food. 


There are over 250 different foodborne diseases. 
The majority of these are infections, and the majority 
of the infections are due to contaminating bacteria, 
viruses, and parasites. Bacteria cause the most food 
poisonings. The United States Centers for Disease 
Control and Prevention estimates that over 75 million 
Americans become ill each year from food poisoning. 
The cost to the economy in medical expenses and lost 
productivity is estimated at $5-6 billion per year. 
Infections with the common foodborne bacteria called 
Salmonella alone exacts about a $1 billion economic 
toll per year. 


1775 


suiuosiod poo4 


Food poisoning 


Aside from the economic costs, food poisoning 
hospitalizes approximately 325,000 Americans each 
year, and kills more than 5,000 Americans. 


Contamination by Staphylococcus is the most com- 
mon cause of food poisoning. The bacteria grow readily 
in foods such as custards, milk, cream-filled pastries, 
mayonnaise-laden salads, and prepared meat. 


Two to eight hours after eating, the sudden appear- 
ance of nausea, stomach cramps, vomiting, sweating, 
and diarrhea signal the presence of food poisoning. 
Usually only minor efforts need be made to ease the 
symptoms, which will last only a short time, even if 
untreated. Over-the-counter preparations to counter 
the nausea and diarrhea may help to cut short the 
course of the condition. 


This syndrome is especially prevalent in summer 
months when families picnic out of doors and food 
can remain in the warmth for hours. Bacterial growth 
is rapid under these conditions in lunchmeat, milk, 
potato salad, and other picnic staples. The first course 
of eating may be without consequences, but after the 
food remains at ambient temperature for two hours or 
more, the probability of an infectious bacterial presence 
is increased dramatically. The second course or mid- 
afternoon snacks can lead to an uncomfortable result. 


A far more serious form of food intoxication 
results from a toxin secreted by the bacterium 
Clostridium botulinum. This infection is called botu- 
lism and is frequently fatal. The bacterium differs in 
that it grows under anaerobic conditions in food that 
has been improperly preserved. 


Botulism is a hazard of home canning of food and 
can develop from commercially canned products in 
which the can does not maintain the sterile environ- 
ment within it. Affected food has no tainted taste. 
Normal heating of canned products in the course of 
food preparation will neutralize the toxin but will not 
kill the bacterial spores. These will open inside the 
body, the bacterium will multiply, and sufficient 
toxin can be produced to bring about illness. 


Ingestion of botulism-contaminated food does not 
lead to the gastric symptoms usually associated with 
food poisoning. Botulism toxin affects the nervous sys- 
tem, so the symptoms of botulism may involve first the 
eyes, with difficulty in focusing, double vision, or other 
conditions, then subsequent difficulty in swallowing 
and weakness of the muscles in the extremities and 
trunk. Death may follow. Symptoms may develop in a 
matter of hours if the tainted food has been consumed 
without heating, or in four to eight days if the food is 
heated and the bacterium needs the time to grow. 
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Diagnosis is made through observation of the 
symptoms and by culturing the bacterium from the 
suspected food source. Up to 65% of individuals 
infected with botulism die, usually within two to nine 
days after eating the affected food. Treatment of bot- 
ulism usually requires the patient to be hospitalized to 
receive specific antitoxin therapy. 


The most common foodborne bacterial infections 
are caused by Campylobacter, Salmonella, and a type 
of Escherichia coli designated O157:H7. The latter is 
the cause of “hamburger disease.” A virus known as 
Calcivirus or Norwalk-like virus also is a common 
cause of food poisoning. 


Travelers, especially those to foreign countries, 
often suffer pangs of gastric upset because of different 
sanitation levels in some areas. This type of food 
poisoning, which may actually stem from drinking 
the water rather than eating the food, is often called 
“tourista,” ““Montezuma’s revenge,” or “Delhi belly.” 
The organisms contaminating the water can be the 
same as those that contaminate food (i.e., Salmonella 
and Escherichia coli). 


Campylobacter is the most common cause of bac- 
terial diarrhea. The bacteria live in the intestines of 
birds, and can be spread to the carcass upon slaughter. 
Eating undercooked chicken or food contaminated 
with the juices from raw chicken is a typical cause of 
Campylobacter food poisoning. 


Salmonella is also found in the intestines of birds, 
as well as reptiles and mammals. It spreads to food 
because of contamination by feces; for example, by the 
handling of food by someone who did not washing 
their hands thoroughly after using the washroom. For 
most people, the infection is inconvenient, with 
cramping and diarrhea. But, for people in poor health 
or with malfunctioning immune systems, the bacteria 
can infect the bloodstream and threaten life. 


Escherichia coli O157:H7 lives in the intestines of 
cattle. When it contaminates food or water, it can 
cause an illness similar to that caused by Salmonella. 
However, in a small number of cases, a much more 
devastating illness occurs. A condition called hemo- 
lytic uremic syndrome produces bleeding, can lead to 
kidney failure and, in the worst cases, can cause death. 


The final common cause of foodborne illness is 
the Norwalk-like virus. It is also spread from feces to 
food, often again by handling of the food by someone 
who has not washed their hands. This type of food- 
borne illness is more difficult to diagnose, because not 
every testing laboratory has the equipment needed to 
detect the virus. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Culturing—Growing bacteria on certain substrates 
such as beef broth, agar plates, or other nutrient 
medium. 


Endotoxin—A heat-stable toxin produced in the 
cell wall of some bacteria. 


Food poisoning often affects numbers of individuals 
who have dined on the same meal. This enables physi- 
cians to trace the contaminated food and, if needed, 
determine the species of bacterium that is at fault. 


Food poisoning is easily prevented. Proper han- 
dling of food includes washing the hands before pre- 
paring food, making certain that implements such as 
spoons and knives are clean, and providing proper 
cooling for foods that are most likely to nurture bac- 
terial growth. Home canning must include careful and 
thorough heating of canned foods. 


A food poisoning outbreak can be traced using 
molecular-based techniques of bacterial and viral 
identification. This allows investigators to chart the 
course of the food and so to identify the point at which 
the food became contaminated. This can be valuable 
information, as it can point out deficiencies in the 
handling and processing of foods. 
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l Food preservation 


The term food preservation refers to any one of a 
number of techniques used to prevent food from spoil- 
ing. It includes methods such as canning, pickling, 
drying and freeze-drying, irradiation, pasteurization, 
smoking, and the addition of chemical additives. Food 
preservation has become an increasingly important 
component of the food industry as fewer people eat 
foods produced on their own lands, and as consumers 
expect to be able to purchase and consume foods that 
are out of season. 


The vast majority of instances of food spoilage can 
be attributed to one of two major causes: (1) the attack 
by pathogens (disease-causing microorganisms) such as 
bacteria and molds, or (2) oxidation that causes the 
destruction of essential biochemical compounds and/or 
the destruction of plant and animal cells. The various 
methods that have been devised for preserving foods 
are all designed to reduce or eliminate one or the other 
(or both) of these causative agents. 


For example, a simple and common method of 
preserving food is by heating it to some minimum 
temperature. This process prevents or retards spoilage 
because high temperatures kill or inactivate most 
kinds of pathogens. The addition of compounds 
known as BHA and BHT to foods also prevents spoil- 
age in another different way. These compounds are 
known to act as antioxidants, preventing chemical 
reactions that cause the oxidation of food that results 
in its spoilage. Almost all techniques of preservation 
are designed to extend the life of food by acting in one 
of these two ways. 


The search for methods of food preservation 
probably can be traced to the dawn of human civiliza- 
tion. People who lived through harsh winters found it 
necessary to find some means of insuring a food sup- 
ply during seasons when no fresh fruits and vegetables 
were available. Evidence for the use of dehydration 
(drying) as a method of food preservation, for exam- 
ple, goes back at least 5,000 years. Among the most 
primitive forms of food preservation that are still in 
use today are such methods as smoking, drying, salt- 
ing, freezing, and fermenting. 


Early humans probably discovered by accident 
that certain foods exposed to smoke seem to last lon- 
ger than those that are not. Meats, fish, fowl, and 
cheese were among such foods. It appears that com- 
pounds present in wood smoke have anti-microbial 
actions that prevent the growth of organisms that 
cause spoilage. today, the process of smoking has 
become a sophisticated method of food preservation 
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with both hot and cold forms in use. Hot smoking is 
used primarily with fresh or frozen foods, while cold 
smoking is used most often with salted products. The 
most advantageous conditions for each kind of smok- 
ing—air velocity, relative humidity, length of expo- 
sure, and salt content, for example—are now 
generally understood and applied during the smoking 
process. For example, electrostatic precipitators can 
be employed to attract smoke particles and improve 
the penetration of the particles into meat or fish. So 
many alternative forms of preservation are now avail- 
able that smoking no longer holds the position of 
importance it once did with ancient peoples. More 
frequently, the process is used to add interesting and 
distinctive flavors to foods. 


Because most disease-causing organisms require a 
moist environment in which to survive and multiply, 
drying is a natural technique for preventing spoilage. 
Indeed, the act of simply leaving foods out in the sun 
and wind to dry out is probably one of the earliest 
forms of food preservation. Evidence for the drying of 
meats, fish, fruits, and vegetables go back to the ear- 
liest recorded human history. At some point, humans 
also learned that the drying process could be hastened 
and improved by various mechanical techniques. For 
example, the Arabs learned early on that apricots 
could be preserved almost indefinitely by macerating 
them, boiling them, and then leaving them to dry on 
broad sheets. The product of this technique, quamar- 
adeen, is still made by the same process in modern 
Muslim countries. 


Today, a host of dehydrating techniques are 
known and used. The specific technique adopted 
depends on the properties of the food being preserved. 
For example, a traditional method for preserving rice 
is to allow it to dry naturally in the fields or on drying 
racks in barns for about two weeks. After this period 
of time, the native rice is threshed and then dried again 
by allowing it to sit on straw mats in the sun for about 
three days. Modern drying techniques make use of 
fans and heaters in controlled environments. Such 
methods avoid the uncertainties that arise from leav- 
ing crops in the field to dry under natural conditions. 
Controlled temperature air drying is especially popu- 
lar for the preservation of grains such as maize, barley, 
and bulgur. 


Vacuum drying is a form of preservation in which 
a food is placed in a large container from which air is 
removed. Water vapor pressure within the food is 
greater than that outside of it, and water evaporates 
more quickly from the food than in a normal atmos- 
phere. Vacuum drying is biologically desirable since 
some enzymes that cause oxidation of foods become 
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active during normal air drying. These enzymes do not 
appear to be as active under vacuum drying condi- 
tions, however. Two of the special advantages of vac- 
uum drying are that the process is more efficient at 
removing water from a food product, and it takes 
place more quickly than air drying. In one study, for 
example, the drying time of a fish fillet was reduced 
from about 16 hours by air drying to six hours as a 
result of vacuum drying. 


Coffee drinkers are familiar with the process of 
dehydration known as spray drying. In this process, a 
concentrated solution of coffee in water is sprayed 
though a disk with many small holes in it. The surface 
area of the original coffee grounds is increased many 
times, making dehydration of the dry product much 
more efficient. Freeze-drying is a method of preserva- 
tion that makes use of the physical principle known as 
sublimation. Sublimation is the process by which a 
solid passes directly to the gaseous phase without 
first melting. Freeze-drying is a desirable way of pre- 
serving food because at low temperatures (commonly 
around 14°F to —13°F [—10°C to —25°C]) chemical 
reactions take place very slowly and pathogens have 
difficulty surviving. The food to be preserved by this 
method is first frozen and then placed into a vacuum 
chamber. Water in the food first freezes and then 
sublimes, leaving a moisture content in the final prod- 
uct of as low as 0.5%. 


The precise mechanism by which salting preserves 
food is not entirely understood. It is known that salt 
binds with water molecules and thus acts as a dehy- 
drating agent in foods. A high level of salinity may also 
impair the conditions under which pathogens can sur- 
vive. In any case, the value of adding salt to foods for 
preservation has been well known for centuries. Sugar 
appears to have effects similar to those of salt in 
preventing spoilage of food. The use of either com- 
pound (and of certain other natural materials) is 
known as curing. A desirable side effect of using salt 
or sugar as a food preservative is, of course, the pleas- 
ant flavor each compound adds to the final product. 


Curing can be accomplished in a variety of ways. 
Meats can be submerged in a salt solution known as 
brine, for example, or the salt can be rubbed on the 
meat by hand. The injection of salt solutions into 
meats has also become popular. Food scientists have 
now learned that a number of factors relating to the 
food product and to the preservative conditions affect 
the efficiency of curing. Some of the food factors 
include the type of food being preserved, the fat con- 
tent, and the size of treated pieces. Preservative factors 
include brine temperature and concentration, and the 
presence of impurities. 
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Curing is used with certain fruits and vegetables, 
such as cabbage (in the making of sauerkraut), cucum- 
bers (in the making of pickles), and olives. It is prob- 
ably most popular, however, in the preservation of 
meats and fish. Honey-cured hams, bacon, and corned 
beef (“corn” is a term for a form of salt crystals) are 
common examples. 


Freezing is an effective form of food preservation 
because the pathogens that cause food spoilage are 
killed or do not grow very rapidly at reduced temper- 
atures. The process is less effective in food preserva- 
tion than are thermal techniques such as _ boiling 
because pathogens are more likely to be able to survive 
cold temperatures than hot temperatures. In fact, one 
of the problems surrounding the use of freezing as a 
method of food preservation is the danger that patho- 
gens deactivated (but not killed) by the process will 
once again become active when the frozen food thaws. 


A number of factors are involved in the selection 
of the best approach to the freezing of foods, including 
the temperature to be used, the rate at which freezing is 
to take place, and the actual method used to freeze the 
food. Because of differences in cellular composition, 
foods actually begin to freeze at different temperatures 
ranging from about 31°F (—0.6°C) for some kinds of 
fish to 19°F (—7°C) for some kinds of fruits. 


The rate at which food is frozen is also a factor, 
primarily because of aesthetic reasons. The more 
slowly food is frozen, the larger the ice crystals that 
are formed. Large ice crystals have the tendency to 
cause rupture of cells and the destruction of texture in 
meats, fish, vegetables, and fruits. In order to deal with 
this problem, the technique of quick-freezing has been 
developed. In quick-freezing, a food is cooled to or 
below its freezing point as quickly as possible. The 
product thus obtained, when thawed, tends to have a 
firm, more natural texture than is the case with most 
slow-frozen foods. 


About a half dozen methods for the freezing of 
foods have been developed. One, described as the 
plate, or contact, freezing technique, was invented by 
the American inventor Charles Birdseye in 1929. In 
this method, food to be frozen is placed on a refriger- 
ated plate and cooled to a temperature less than its 
freezing point. Alternatively, the food may be placed 
between two parallel refrigerated plates and frozen. 
Another technique for freezing foods is by immersion 
in very cold liquids. At one time, sodium chloride 
brine solutions were widely used for this purpose. 
A 10% brine solution, for example, has a freezing 
point of about 21°F (—6°C), well within the desired 
freezing range for many foods. More recently, liquid 
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nitrogen has been used for immersion freezing. The 
temperature of liquid nitrogen is about —320°F 
(—195.5°C), so that foods immersed in this substance 
freeze very quickly. 


As with most methods of food preservation, freez- 
ing works better with some foods than with others. 
Fish, meat, poultry, and citrus fruit juices (such as 
frozen orange juice concentrate) are among the foods 
most commonly preserved by this method. 


Fermentation is a naturally occurring chemical 
reaction by which a natural food is converted into 
another form by pathogens. It is a process in which 
food spoils, but results in the formation of an edible 
product. Perhaps the best example of such a food is 
cheese. Fresh milk does not remain in edible condition 
for a very long period of time. Its pH is such that 
harmful pathogens begin to grow in it very rapidly. 
Early humans discovered, however, that the spoilage 
of milk can be controlled in such a way as to produce a 
new product, cheese. 


Bread is another food product made by the proc- 
ess of fermentation. Flour, water, sugar, milk, and 
other raw materials are mixed together with yeasts 
and then baked. The addition of yeasts brings about 
the fermentation of sugars present in the mixture, 
resulting in the formation of a product that will remain 
edible much longer than will the original raw materials 
used in the bread-making process. 


Heating food is an effective way of preserving it 
because the great majority of harmful pathogens are 
killed at temperatures close to the boiling point of 
water. In this respect, heating foods is a form of food 
preservation comparable to that of freezing but much 
superior to it in its effectiveness. A preliminary step in 
many other forms of food preservation, especially 
forms that make use of packaging, is to heat the foods 
to temperatures sufficiently high to destroy pathogens. 


In many cases, foods are actually cooked prior 
to their being packaged and stored. In other cases, 
cooking is neither appropriate nor necessary. The 
most familiar example of the latter situation is pasteu- 
rization. During the 1860s, the French bacteriologist 
Louis Pasteur (1822-1895) discovered that pathogens 
in foods could be destroyed by heating those foods to a 
certain minimum temperature. The process was par- 
ticularly appealing for the preservation of milk since 
preserving milk by boiling is not a practical approach. 
Conventional methods of pasteurization called for 
the heating of milk to a temperature between 145 
and 149°F (63-65°C) for a period of about 30 minutes, 
and then cooling it to room temperature. In a more 
recent revision of that process, milk can also be 
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“flash-pasteurized” by raising its temperature to about 
160°F (71°C) for a minimum of 15 seconds, with 
equally successful results. A process known as ultra- 
high-pasteurization uses even higher temperatures, of 
the order of 194-266° F (90-130° C), for periods of a 
second or more. 


One of the most common methods for preserving 
foods today is to enclose them in a sterile container. 
The term “canning” refers to this method although the 
specific container can be glass, plastic, or some other 
material as well as a metal can, from which the proce- 
dure originally obtained its name. The basic principle 
behind canning is that a food is sterilized, usually by 
heating, and then placed within an airtight container. 
In the absence of air, no new pathogens can gain access 
to the sterilized food. In most canning operations, the 
food to be packaged is first prepared—cleaned, peeled, 
sliced, chopped, or treated in some other way—and 
then placed directly into the container. The container 
is then placed in hot water or some other environment 
where its temperature is raised above the boiling point 
of water for some period of time. This heating process 
achieves two goals at once. First, it kills the vast 
majority of pathogens that may be present in the con- 
tainer. Second, it forces out most of the air above the 
food in the container. 


After heating has been completed, the top of the 
container is sealed. In home canning procedures, one 
way of sealing the (usually glass) container is to place a 
layer of melted paraffin directly on top of the food. As 
the paraffin cools, it forms a tight solid seal on top of 
the food. Instead of or in addition to the paraffin seal, 
the container is also sealed with a metal screw top 
containing a rubber gasket. The first glass jar designed 
for this type of home canning operation, the Mason 
jar, was patented in 1858. 


The commercial packaging of foods frequently 
makes use of tin, aluminum, or other kinds of metallic 
cans. The technology for this kind of canning was first 
developed in the mid-1800s, when individual workers 
hand-sealed cans after foods had been cooked within 
them. At this stage, a single worker could seldom 
produce more than 100 “canisters” (from which the 
word “can” later came) of food a day. With the devel- 
opment of far more efficient canning machines in the 
late nineteenth century, the mass production of 
canned foods became a reality. 


As with home canning, the process of preserving 
foods in metal cans is simple in concept. The foods are 
prepared and the empty cans are sterilized. The pre- 
pared foods are then added to the sterile metal can, the 
filled can is heated to a sterilizing temperature, and the 
cans are then sealed by a machine. Modern machines 
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KEY TERMS 


Additive—A chemical compound that is added to 
foods to give them some desirable quality, such as 
preventing them from spoiling. 


Antioxidant—A chemical compound that has the 
ability to prevent the oxidation of substances with 
which it is associated. 


Curing—A term used for various methods of pre- 
serving foods, most commonly by treating them 
with salt or sugar. 


Dehydration—The removal of water from a 
material. 


Fermentation—A chemical reaction in which sug- 
ars are converted to organic acids. 


Irradiation—The process by which some sub- 
stance, such as a food, is exposed to some form of 
radiation, such as gamma rays or x rays. 


Oxidation—A chemical reaction in which oxygen 
reacts with some other substance. 


Pasteurization—A method for treating milk and 
other liquids by heating them to a high enough 
temperature for a long enough period of time to 
kill or inactivate any pathogens present in the 
liquid. 

Pathogen—A disease causing microorganism such 
as a mold or a bacterium. 


are capable of moving a minimum of 1,000 cans per 
minute through the sealing operation. 


The majority of food preservation operations used 
today also employ some kind of chemical additive to 
reduce spoilage. Of the many dozens of chemical addi- 
tives available, all are designed either to kill or retard the 
growth of pathogens or to prevent or retard chemical 
reactions that result in the oxidation of foods. Some 
familiar examples of the former class of food additives 
are sodium benzoate and benzoic acid; calctum, sodium 
propionate, and propionic acid; calcium, potassium, 
sodium sorbate, and sorbic acid; and sodium and potas- 
sium sulfite. Examples of the latter class of additives 
include calcium, sodium ascorbate, and ascorbic acid 
(vitamin C); butylated hydroxyanisole (BHA) and buty- 
lated hydroxytoluene (BHT); lecithin; and sodium and 
potassium sulfite and sulfur dioxide. 


A special class of additives that reduce oxidation 
is known as the sequestrants. Sequestrants are com- 
pounds that “capture” metallic ions, such as those of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


copper, iron, and nickel, and remove them from con- 
tact with foods. The removal of these ions helps pre- 
serve foods because in their free state they increase the 
rate at which oxidation of foods takes place. Some 
examples of sequestrants used as food preservatives 
are ethylenediamine-tetraacetic acid (EDTA), citric 
acid, sorbitol, and tartaric acid. 
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l Food pyramid 


The food pyramid is a dietary schematic first 
released by the United States Department of Agriculture 
(USDA) in 1992 as a nutrition guide for healthy per- 
sons over the age of two years. (Despite the three- 
dimensional implications of the word “pyramid,” the 
pyramid was actually a two-dimensional triangle, wide 
at the bottom and narrow at the top.) The guide 
stressed eating a wide variety of foods from the five 
major food groups while minimizing the intake of fats 
and sugars. The daily quantity of foods from each 
group was represented by the triangular shape. The 
pyramid had four levels. The peak represented fats 
and sweets, the second level foods primarily from 
animals (milk, meat), the third level foods from plants 
(vegetable and fruit), and the bottom level foods from 
grains (breads, cereals, and rice). 
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Food Guide Pyramid. (Gale Group.) 


The food guide pyramid was developed in 1992 as 
a modification of the previously used Basic Four food 
guide. The updated guide was designed to provide 
nutritional information in a manner that was easily 
understood by the public. Also, the pyramid empha- 
sizes decreased fats because the American diet is too 
high in fats. The guide was developed following the 
recommended dietary allowances (RDA) and recom- 
mendations by certain health organizations. However, 
the pyramid was criticized by some nutritionists as 
simplistic and misleading. Not all “fats” are equivalent 
in their health effects, for instance. The pyramid’s 
emphasis on dairy and meat seemed to imply that a 
vegetarian or vegan diet is necessarily unhealthy, 
which is not true. According to the Harvard School 
of Public Health, the Food Pyramid “was based on 
shaky scientific evidence, and it barely changed over 
the years to reflect major advances in our understand- 
ing of the connection between diet and health.” 


Whether the Food Pyramid actually made any- 
body healthier is a matter of dispute among nutri- 
tional experts. Nevertheless, graphic depictions of the 
Pyramid appeared on hundreds of millions of pack- 
ages and other materials in the years following its 
introduction. A revised Food Pyramid was released 
by the USDA in 2004, which was replaced the follow- 
ing year by the MyPyramid guide, an “interactive food 
guidance system” (in the words of the USDA’s 
MyPyramid website). 
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The MyPyramid online tool produces a different set 
of dietary recommendations for each user, depending 
on what age, gender, and exercise level they specify. For 
example, a 40-year-old man getting 30-60 minutes of 
aerobic exercise a day is advised to eat the following: 9 
ounces of grains; 3.5 cups of vegetables; 2 cups of fruits; 
3 cups of milk; 6.5 ounces of meat and beans. A 15-year- 
old girl getting fewer than 30 minutes of aerobic exercise 
a day is advised to eat 6 ounces of grains; 2.5 cups of 
vegetables; 1.5 cups of fruits; 3 cups of milk; and 5 
ounces of meat and beans. More detailed advice can 
be accessed under each food category. There are, how- 
ever, obvious problems with this advice. Both the man 
and the girl are advised to drink 3 cups of milk a day, for 
example, yet up to 80% of African Americans, 80- 
100% of American Indians, and 90-100% of Asian 
Americans (according to the U.S. National Institutes 
of Health) are lactose intolerant, meaning that they are 
unable to digest lactose, the primary sugar in milk. For 
such persons, eating dairy products often leads to 
abdominal pain, gas, nausea, and diarrhea. 


The Harvard School of Public Health argues that 
the 2005-vintage online MyPyramid scheme is still 
flawed, stating that “the new symbol doesn’t convey 
enough information to help you make informed 
choices about your diet and long-term health. And it 
continues to recommend foods that aren’t essential to 
good health, and may even be detrimental in the quan- 
tities included in MyPyramid.” 


Harvard offers an alternative Healthy Eating 
Food Pyramid on its website, http://www.hsph.har 
vard.edu/nutritionsource/pyramids.html. It differs 
significantly from the USDA recommendations at 
MyPyramid. For example, rather than individualizing 
its advice, it makes the following general recommen- 
dations, from the bottom of the pyramid to the top: 


- First level: Daily exercise and weight control. 


+ Second level: Whole grain foods (at most meals); 
Plant oils (olive, canola, soy, corn, sunflower, peanut, 
and other vegetable oils) 


- Third level: Vegetables (in abundance); Fruits, 2—3 
times/day 


- Fourth level: Nuts, legumes, 1—3 timesday 
- Fifth level: Fish, poultry, eggs, 0-2 times/day 


- Sixth level: Dairy or calcium supplement, 1—2 times/ 
day 


- Seventh level, “Use sparingly”: Red meat, butter; 
White rice, white bread, white pasta, potatoes, soda, 
and sweets 


- Floating beside the Pyramid: Alcohol in moderation 
(if appropriate); multiple vitamins for most. 
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KEY TERMS 


Calorie—The amount of energy obtained from food. 
The number of calories needed daily is based upon a 
persons age, gender, weight, and activity level. 


Cholesterol—A fat-like substance that contains lip- 
ids; found in animal products. 


Complex carbohydrate—Also called starches, 
complex carbohydrates are long chains of sugar 
molecules. Carbohydrates are used by the body as 
an energy source. 


Saturated fats—Fats found in meat, dairy products, 
and palm, palm kernel, and coconut oils. Saturated 
fats elevate blood cholesterol levels which 
increases the risk of heart disease. 


Unsaturated fats—Fats found in vegetable oils 
including canola, peanut, olive, sunflower, saf- 
flower, soybean, corn, and cottonseed. Unsaturated 
fats are preferable over saturated fats. 


Which body of food advice is better for one’s 
health is debated among food professionals. 


Resources 


BOOKS 
D’Elgin, Tershia. What Should I Eat?: A Complete Guide to the 
New Food Pyramid. New York: Ballantine Books, 2005. 
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Harvard School of Public Health. “Food Pyramids: What 
Should You Really Eat?.” 2006. <http:// 
www.hsph.harvard.edu/nutritionsource/ 
pyramids.html> (accessed November 1, 2006). 

United States Department of Agriculture. 
“MyPyramid.gov: Steps to a Healthier You.” <http:// 
www.mypyramid.gov/> (accessed November 1, 
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Belinda Rowland 


Foods, genetically modified see Genetically 
modified foods and organisms 


l Foot and mouth disease 


Foot and mouth disease is caused by a particular 
type of virus. The disease affects cloven hooved ani- 
mals; that is, animals with hooves that are split into 
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A cow and her calf stand drooling from hoof-and-mouth 
disease. (© Reuters NewMedia Inc./Corbis.) 


two main segments. Examples of domestic cloven 
hooved animals include cattle, sheep, pigs, and goats. 
Wild cloven hooved animals that are susceptible to 
foot and mouth disease include elephants, hedgehogs, 
and rats. 


Foot and mouth disease occurs all over the world. 
In parts of Asia, Africa, the Middle East, and South 
America, foot and mouth disease is common to the 
point of being a continual occurrence among various 
livestock herds. In other areas of the world, stringent 
control and inspection measures have made outbreaks 
infrequent. For example, there has not been an out- 
break of foot and mouth disease in domestic animals 
in the United States since 1929. Canada last experi- 
enced an outbreak in 1952, and Mexico in 1954. 


Other developed countries have been less fortu- 
nate. Outbreaks have occurred in Britain periodically 
since 1839. An outbreak in 1864-1866 devastated cat- 
tle herds throughout Britain, prompting legislation 
governing the transport and export of cattle. 
Outbreaks in the 1910s and from 1922-1924 saw 
slaughter introduced as an attempt to limit the spread 
of the disease. This control measure has been contro- 
versial ever since its implementation, because herds 
that may not be infected are often ordered destroyed. 


In 1967-1968, over 400,000 domestic animals 
were slaughtered in an attempt to limit the spread of 
another outbreak. The latest large outbreak occurred 
in England beginning on February 20, 2001. The 
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outbreak was declared over on January 14, 2002. In 
between these dates, 2030 cases were confirmed, and 
over 3,900,000 cattle, sheep, pigs, and goats had been 
slaughtered in England and Western Europe in order 
to contain the outbreak. 


The virus that is responsible for the disease is a 
member of the viral family called Picornaviridae. 
Specifically, the virus is a member of the genus called 
Aphthovirus. A genus is a more detailed grouping of 
organisms based on common characteristics. The 
virus contains ribonucleic acid (RNA) as its genetic 
material. When the virus infects host cells, the RNA is 
used to make deoxyribonucleic acid (DNA), using the 
host’s genetic replicating processes. The viral DNA 
then forms the template for the production of viral 
RNA, which is packaged into new viral particles and 
released from the host cells. 


This infectious process is destructive for the host 
cells that have been housed the virus. Typically, an 
infection is apparent as blistering in the mouth and 
feet. Hence, the name of the disease. The blisters cause 
the feet to become very tender and sore, so that ani- 
mals have difficulty walking. Often an infected animal 
will suddenly become lame. Other symptoms of infec- 
tion include slobbering and smacking of the lips, fever 
with shivering, and reduced milk production. 


Routes of infection 


Foot and mouth disease is very infectious. The 
infection can spread quickly through a herd of cattle 
and sheep. Large numbers of infectious virus particles 
are present in the fluid from the blisters. The virus is 
also present in saliva, milk, feces, and, because lungs 
cells can also become infected, even in the air that the 
animals exhales. In an advanced infection, the virus 
can be widespread through the body. 


The virus spreads from animal to animal in a 
number of ways. Direct contact between an infected 
animal and non-infected animal can spread the virus. 
Indirect spread is possible, for example when an ani- 
mal eats food that has been contaminated by the virus 
(from saliva, for example). The virus can also become 
airborne, particularly when it has been exhaled, thus 
an infection in one herd can quickly become wide- 
spread over the countryside. An outbreak of foot 
and mouth disease causes alarm in farmers many 
miles away from the site of the infection. 


Direct spread of the virus is aided by the fact that 
the appearance of symptoms does not occur until any- 
where from 2 to 21 days after infection has occurred. 
But, the infected animals can be spreading the virus 
during this time. Thus, infected animals can be present 
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in a herd, allowing an infection to become established 
before the farmer becomes aware of a problem. 


The virus can also be spread by dogs, cats, poultry, 
and wild birds and other animals. Usually, there are no 
symptoms of infection among these animals, as they 
are often carriers of the virus, without themselves being 
harmed by the virus. This secondary route of contam- 
ination makes an infection difficult to control, partic- 
ularly on a farm where dogs, cats, and poultry abound. 


Another indirect route of virus spread is via con- 
taminated shipping trucks, loading ramps, and market 
stalls. Because the virus is capable of surviving for at 
least a month in cold and dark environments, conta- 
minated transport and storage facilities can be reser- 
voirs for virus spread for a long time after becoming 
contaminated. Stringent cleaning and disinfection of 
such facilities should be done routinely, and especially 
during an outbreak of foot and mouth disease. 


Not all disinfectants are effective against foot and 
mouth disease. For example, phenol- and hypochlor- 
ite-based disinfectants are insufficient to kill the virus. 
Disinfectants such as sodium hydroxide, sodium car- 
bonate, and citric acid are effective, likely because they 
destroy the protective structure that surrounds the 
genetic material. 


The death rate among infected animals varies 
depending on the animal species and age. For exam- 
ple, in pigs and sheep the death rate among adults can 
be only 5%, while almost 100% of infected young 
animals will die. Survivors can continue to carry the 
virus in their bodies for one to two months (sheep) up 
to 24 months (cattle). Surviving pigs do not continue 
to carry the virus. 


Even though many adult animals survive, they 
suffer. As well, the animal’s commercial value is 
diminished because of weight loss and reduced milk 
production. The economic losses can be considerable. 
Estimates of the losses that could result in the United 
States from a widespread outbreak are in the billions. 


Foot and mouth disease is confirmed by the recov- 
ery of the virus from infected cells, or by detection of 
antibodies to the virus in host fluids. 


Vaccination 


There is a limited vaccine for foot and mouth 
disease. The vaccine consists of killed viruses. The 
viruses are unable to cause the disease, but stimulate 
the immune system to form the antibodies that will 
help protect a vaccinated animal from developing the 
disease. The full promise of a foot and mouth vaccine 
has not yet been fulfilled, however. This is because 
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there are different types of the foot and mouth disease 
virus. Furthermore, these types have multiple subtle 
differences. 


As of 2006, a single vaccine that is capable of 
stimulating immunity to all these different versions 
of the virus does not exist. As with human influenza 
vaccination programs, vaccination of animals against 
foot and mouth disease evaluates outbreaks and deter- 
mines the types/subtypes of the virus that are most 
active. It is these that vaccination is directed against. 


Vaccination against foot and mouth disease must 
be accomplished each year to confer protection to the 
virus. The cost of an annual vaccination of the domes- 
tic cattle, sheep, and swine of any country would run 
to the many millions of dollars. And the vaccine pro- 
tects an animal from developing symptoms, but not 
from acquiring the virus. Thus, a vaccinated animal 
could acquire the virus and pass the virus on to other 
animals that were not vaccinated. 


For the reasons of cost and the possible contribu- 
tion of vaccination to the spread of the disease, the 
widespread use of foot and mouth vaccine has not 
been sanctioned. It is conceivable that future versions 
of the vaccine will be modified using the tools of bio- 
technology to provide long lasting immunity. 


Resources 


BOOKS 

Mahy, Brian W.J. Foot-and-Mouth Disease Virus (Current 
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Springer, 2005. 

Sobrino, Francisco, and Esteban Domingo, eds. Foot and 
Mouth Disease. Boca Raton: CRC, 2004. 

Woods, Abigail. A Manufactured Plague: The History of 
Foot-and-Mouth Disease in Britain. London: Earthscan, 
2004. 


Brian Hoyle 


i Force 


Force, within physics, is defined as the term used 
for an outside influence or action exerted by one body 
on another body, which produces a change in state of 
motion or state of configuration; specifically, it pro- 
duces an acceleration. This limited meaning in science 
compared to everyday usage is most important 
because of the specific results of this outside influence. 


A force that produces a change in the state of 
motion of a body gives that body acceleration. If 
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forces acting on a body produces no acceleration, the 
body will experience some change in configuration: a 
change of size (longer or shorter), a change of shape 
(twisted or bent), or a positional change (relative to 
other masses, charges, or magnets). Changes of size or 
shape involve elastic properties of materials. 


Force is a vector, which means it has both magni- 
tude and direction. For example, a force upward with 
a magnitude of one unit of force is opposite in direc- 
tion of a downward force that also has one unit of 
force. In this case, the magnitudes are equal. When 
several forces act on a body, the forces can be grouped 
together to produce a net force. English physicist and 
mathematician Sir Isaac Newton (1642-1727) created 
his second law of motion that states: A net force (Fret) 
acting on a body is related to the mass (m)and accel- 
eration (a) of the body as Fy, = ma. Two forces of 
equal magnitude, for example, but opposite directions 
will produce no acceleration. The two forces will can- 
cel each other out for zero acceleration, or a net force 
of zero. If the body had a velocity before the two forces 
acted on it, then it will continue to have that same 
velocity afterwards. 


The unit of force in the international system (SI) 
of units is called the newton, named after Isaac 
Newton. It is the force that is on an abject with a 
mass of one kilogram to produce an acceleration of 
one meter per second squared. 


Forces are given various names to indicate some 
specific character. For example, a wagon can be made 
to go forward by pushing from behind or pulling from 
the front so push or pull is more descriptive. Electrical 
and magnetic forces can result in attraction (tendency 
to come together) or repulsion (tendency to move 
apart) but gravitational force results only in attraction 
of masses. The gravitational force exerted by the 
Earth, or any other massive body such as a planet, 
ona body is called weight. A body moving, or attempt- 
ing to move, over another body experiences a force 
opposing the motion called friction. When wires, 
cables, or ropes are stretched, they then in turn exert 
a force that is called tension. Specific names give 
information about the nature of the force, what it 
does, and direction of action. 


See also Laws of motion. 


| Forensic science 


Forensic science reflects multidisciplinary scientific 
approach to examining crime scenes and in gathering 
and examining evidence to be used in legal proceedings. 
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Forensic science techniques are also used to verify 
compliance with international treaties and resolutions 
regarding weapons production and use. 


Forensic scientists are also involved in investigat- 
ing accidents such as train or plane crashes to establish 
if they were accidental or a result of foul play. The 
techniques developed by forensic science are also used 
by the United States military to analyze the possibility 
of the presence of chemical weapons or high explo- 
sives, to test for propellant stabilizers, or to monitor 
compliance with international agreements regarding 
weapons of mass destruction. 


The main areas used in forensic science are biol- 
ogy, chemistry, and medicine, although the science 
also includes the use of physics, computer science, 
geology, or psychology. Forensic scientists examine 
objects, substances (including blood or drug samples), 
chemicals (paints, explosives, toxins), tissue traces 
(hair, skin), or impressions (fingerprints or tidemarks) 
left at the crime scene. The majority of forensic scien- 
tists specialize in one area of science. 


Basic philosophy 


A basic principle of forensic science is that a crim- 
inal always brings something to the scene of a crime, and 
he or she always leaves something behind. The “some- 
thing” left behind is the evidence that detectives and 
criminalists (people who make use of science to solve 
crimes) look for. It might be fingerprints, footprints, 
tooth marks, blood, semen, hair, fibers, broken glass, a 
knife or gun, a bullet, or something less tangible such as 
the nature of the wounds or bruises left on the victim’s 
body, which might indicate the nature of the weapon or 
the method of assault. Careful analysis of evidence left 
at the scene of a crime often can be used in establishing 
the guilt or innocence of someone on trial. 


The analysis of the scene of a crime or accident 
involves obtaining a permanent record of the scene 
(forensic photography) and collection of evidence for 
further examination and comparison. Collected sam- 
ples include biological (tissue samples such as skin, 
blood, semen, or hair), physical (fingerprints, shells, 
fragments of instruments or equipment, fibers, 
recorded voice messages, or computer discs) and chem- 
ical (samples of paint, cosmetics, solvents, or soil). 


Most commonly, the evidence collected at the 
scene is subsequently processed in a forensic labora- 
tory by scientists specializing in a particular area. 
Scientists identify, for example, fingerprints, chemical 
residues, fibers, hair, or DNA. However, miniaturiza- 
tion of equipment and the ability to perform most 
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forensic analysis at the scene of crime results in more 
specialists being present in the field. Presence of more 
people at the scene of crime introduces a greater like- 
lihood of introduction of contamination into the evi- 
dence. Moreover, multi-handling of a piece of 
evidence (for example, a murder weapon) is also likely 
to introduce traces of tissue or DNA not originating 
from the scene of a crime. Consequently, strict quality 
controls are imposed on collection, handling, and 
analysis of evidence to avoid contamination. 


The ability to properly collect and process foren- 
sic samples can affect the ability of the prosecution to 
prove their case during a trial. The presence of chem- 
ical traces or DNA ona piece of debris is also crucial in 
establishing the chain of events leading to a crime or 
accident. 


Physical evidence usually refers to objects found 
at the scene of a crime. Physical evidence may include 
all sorts of prints such as fingerprints, footprints, 
handprints, tidemarks, cut marks, tool marks, etc. 
Analysis of some physical evidence is conducted by 
making impressions in plaster, taking images of 
marks, or lifting the fingerprints from objects encoun- 
tered. These serve later as a comparison to identify, for 
example, a vehicle that was parked at the scene, a 
person that was present, a type of manufacturing 
method used to create a tool, or a method used to 
break in a building or harm a victim. 


Biological traces are collected not only from the 
scene of crime and a deceased person, but also from 
surviving victims and suspects. Most commonly, sam- 
ples obtained are blood, hair, and semen. DNA can be 
extracted from any of these samples and used for 
comparative analysis. 


DNA is the most accurate means of identification. 
Victims of crashes or fires are often unrecognizable, 
but if adequate DNA can be isolated a person can be 
positively identified if a sample of their DNA or their 
family’s DNA is taken for comparison. Such methods 
are being used in the identification of the remains in 
Yugoslav war victims, the World Trade Center terro- 
rist attack victims, the 2002 Bali bombing victims, and 
victims of the 2004 Indian Ocean Tsunami. 


Biological traces come from bloodstains, saliva 
samples (from cigarette buts or chewing gum) and 
tissue samples, such as skin, nails, or hair. Samples 
are processed to isolate the DNA and establish the 
origin of the samples. Samples must first be identified 
as human, animal, or plant before further investiga- 
tion proceeds. For some applications, such as customs 
and quarantine, traces of animal and plant tissue have 
to be identified to the level of the species, as transport 
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of some species is prohibited. A presence of a partic- 
ular species can also prove that a suspect or victim 
visited a particular area. In cases of national security, 
samples are tested for the presence of pathogens and 
toxins, and the latter are also analyzed chemically. 


History 


Archimedes (287-212 BC), who proved that his 
king’s crown was not pure gold by measuring its den- 
sity, was perhaps the world’s first forensic scientist. 
However, it was Sir Arthur Conan Doyle’s (1859- 
1930) fictional stories of Sherlock Holmes, written in 
the late nineteenth century, that first anticipated the use 
of science in solving crimes in the twentieth century. At 
about the same time, Sir Francis Galton’s (1822-1911) 
studies revealed that fingerprints are unique and do not 
change with age. As early as 1858, William Herschel 
(1833-1918), a British official in India, used imprints of 
inked fingers and hands as signatures on documents for 
people who could not write. Unknown to Herschel, 
contracts in Japan had been sealed by using a thumb 
or fingerprint for centuries. 


During the 1890s, Scotland Yard, headquarters 
for the metropolitan police of London, began to use 
a system developed by a French police official named 
Alphonse Bertillon (1853-1914). The Bertillon system 
consisted of a photograph and 11 body measurements 
that included dimensions of the head, length of arms, 
legs, feet, hands, and so on. Bertillon claimed that the 
likelihood of two people having the same measure- 
ments for all 11 traits was less than one in 250 million. 
In 1894, fingerprints, which were easier to use and 
more unique (even identical twins have different fin- 
gerprints), were added to the Bertillon system. 


Edmond Locard (1877-1966), a French criminal- 
ist, established the first laboratory dedicated to crime 
analysis in 1910. A decade later, crime labs had been 
established throughout Europe. The first crime lab in 
the United States was opened in Los Angeles in 1923, 
but it was 1932 before the Federal Crime Laboratory 
was established by the Federal Bureau of Investigation 
(FBI) under the direction of J. Edgar Hoover (1895- 
1972). Today, there are about 400 crime labs and 
nearly 40,000 people involved in forensic science in 
the United States alone. 


Methodologies and areas of application 


A number of analytical methods are used by for- 
ensic laboratories to analyze evidence from a crime 
scene. Methods vary, depending on the type of evi- 
dence analyzed and information extracted from the 
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traces found. If a type of evidence is encountered for 
the first time, a new method is developed. 


Fingerprints 


Although fingerprints have been used by crime 
investigators for more than a century, they remain one 
of the most sought after pieces of evidence. All human 
beings are born with a characteristic set of ridges on our 
fingertips. The ridges, which are rich in sweat pores, 
form a pattern that remains fixed for life. Even if the 
skin is removed, the same pattern will be evident when 
the skin regenerates. Some of the typical patterns found 
in fingerprints are arches, loops, and whorls. 


Oils from sweat glands collect on these ridges. 
When we touch something, a small amount of the 
oils and other materials on our fingers are left on the 
surface of the object we touched. The pattern left by 
these substances, which collect along the ridges on our 
fingers, make up the fingerprints that police look for at 
the scene of a crime. It is the unique pattern made by 
these ridges that motivate police to record people’s 
fingerprints. To take someone’s fingerprints, the ends 
of the person’s fingers are first covered with ink. The 
fingers are then rolled, one at a time, on a smooth 
surface to make an imprint that can be preserved. 
Fingerprints collected as evidence can be compared 
with fingerprints on file or taken from a suspect. 


Everyone entering military service, the merchant 
marine, and many other organizations are finger- 
printed. The prints are there to serve as an aid in 
identification should that person be killed or seriously 
injured. The FBI maintains a fingerprint library with 
patterns taken from more than 10% of the entire 
United States population. Each year the FBI responds 
to thousands of requests to compare samples collected 
as evidence with those on file at their library. The 
process of comparison has been improved in terms 
of speed and effectiveness in recent years by the devel- 
opment of automated fingerprint identification sys- 
tems (AFIS) that allows police departments with 
computer access to search the collection. 


Many fingerprints found at crime scenes are not 
visible. These latent fingerprints, which are often 
incomplete, are obtained in various ways. The oldest 
and most frequently used method is to use a powder, 
such as ninhydrin, to dust the surface. The powder 
sticks to the oily substances on the print making the 
pattern visible. The print can then be photographed 
and lifted off the surface by using a tape to which the 
powder adheres. To search for fingerprints on porous 
materials such as paper, forensic technicians use 
fumes of iodine or cyanoacrylate. These fumes 
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readily collect on the oils in the print pattern and can 
be photographed. Since 1978, argon lasers have also 
been used to view latent fingerprints. When illumi- 
nated by light from an argon laser, a latent print is 
often quite visible. Visibility under laser light can be 
enhanced by first dusting the print with a fluorescent 
fingerprint powder. 


Fingerprints are not the only incriminating pat- 
terns that a criminal may leave behind. Lip prints are 
frequently found on glasses. Footprints and the soil 
left on the print may match those found in a search of 
an accused person’s premises. Tire tracks, bite marks, 
toe prints, and prints left by bare feet may also provide 
useful evidence. In cases where the identity of a victim 
is difficult because of tissuedecomposition or death 
caused by explosions or extremely forceful collisions, 
a victim’s teeth may be used for comparison with the 
dental records of missing people. 


Genetic fingerprints 


The nuclei within our cells contain coiled, thread- 
like bodies called chromosomes. Chromosomes are 
paired, one member of each pair came from your father; 
the other one from your mother. Chromosomes are 
made of deoxyribonucleic acid, often called DNA. It 
is DNA that carries the “blueprint” (genes) from which 
“building orders” are obtained to direct the growth, 
maintenance, and activities that go on within our 
bodies. 


Except for identical twins, no two people have the 
same DNA. However, we all belong to the same spe- 
cies; consequently, large strands of DNA are the same 
in all of us. The segments that are different among us 
are often referred to as junk DNA by biologists. It 
is these unique strands of DNA that are used by 
forensic scientists. Strands of DNA can be extracted 
from cells and “cut” into shorter sections using 
enzymes. Through chemical techniques involving elec- 
trophoresis, radioactive DNA, and x rays, a character- 
istic pattern can be established-the so-called genetic 
fingerprint. Because different people have different 
junk DNA, the prints obtained from different people 
will vary considerably; however, two samples from the 
same person will be identical. If there is a match 
between DNA extracted from semen found on the 
body of a rape victim and the DNA obtained from a 
rape suspect’s blood, the match is very convincing 
evidence-evidence that may well lead to a conviction 
or possibly a confession. 


Although genetic fingerprinting can provide 
incriminating evidence, DNA analysis is not always 
possible because the amount of DNA extracted may 
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not be sufficient for testing. Furthermore, there has 
been considerable controversy about the use of DNA, 
the statistical nature of the evidence it offers, and the 
validity of the testing. 


Genetic fingerprinting is not limited to DNA 
obtained from humans. In Arizona, a homicide detec- 
tive found two seed pods from a paloverde tree in the 
bed of a pickup truck owned by a man accused of 
murdering a young woman and disposing of her 
body. The accused man admitted giving the woman 
a ride in his truck but denied ever having been near 
the factory where her body was found. The detective, 
after noting a scrape on a paloverde tree near the 
factory, surmised that it was caused by the accused 
man’s truck. Using RAPD (randomly amplified poly- 
morphic DNA) markers—a technique developed by 
Du Pont scientists—forensic scientists were able to 
show that the seed pods found in the truck must have 
come from the scraped tree at the factory. 


Blood evidence 


Long before DNA was recognized as the “ink” in 
the blueprints of life, blood samples were collected and 
analyzed in crime labs. Most tests used to tentatively 
identify a material as blood are based on the fact that 
peroxidase, an enzyme found in blood, acts as a cata- 
lyst for the reagent added to the blood and forms a 
characteristic color. For example, when benzidine is 
added to a solution made from dried blood and water, 
the solution turns blue. If phenolphthalein is the 
reagent, the solution turns pink. More specific tests 
are then applied to determine if the blood is human. 


The evidence available through blood typing is not 
as convincing as genetic fingerprinting, but it can readily 
prove innocence or increase the probability of a defend- 
ant being guilty. All humans belong to one of four 
blood groups—A, B, AB, or O. These blood groups are 
based on genetically determined antigens (A and/or B) 
that may be attached to the red blood cells. These anti- 
gens are either present or absent in blood. By adding 
specific antibodies (anti-A or anti-B) the presence or 
absence of the A and B antigens can be determined. If 
the blood cells carry the A antigen, they will clump 
together in the presence of the anti-A antibody. 
Similarly, red blood cells carrying the B antigen will 
clump when the anti-B antibody is added. Type A 
blood contains the A antigen; type B blood carries the 
B antigen; type AB blood carries both antigens; and 
type O blood, the most common, carries neither antigen. 
To determine the blood type of a blood sample, anti- 
bodies of each type are added to separate samples of the 
blood. The results, which are summarized in the table, 
indicate the blood type of the sample. 


1788 


Testing for blood type 


A+ indicates that the blood cells clump and, therefore, contain the antigen 
specific for the antibody added. A2indicates there is no clumping and that 
the blood lacks the antigen specific for the antibody added. 


Results of test indicates 
blood type to be 


Antibody added to sample 
anti-A anti-B 


Table 1. (Thomson Gale.) 


If a person accused of a homicide has type AB 
blood and it matches the type found at the crime scene 
of a victim, the evidence for guilt is more convincing 
than if a match was found for type O blood. The reason 
is that only 4% of the population has type AB blood. 
The percentages vary somewhat with race. Among 
Caucasians, 45% have type O, 40% have type A, and 
11% have type B. African Americans are more likely to 
be type O or B and less likely to have type A blood. 


When blood dries, the red blood cells split open. 
The open cells make identification of blood type trick- 
ier because the clumping of cell fragments rather than 
whole red blood cells is more difficult to see. Since the 
antigens of many blood-group types are unstable 
when dried, the FBI routinely tests for only the 
ABO, Rhesus (Rh), and Lewis (Le) blood-group anti- 
gens. Were these blood groups the only ones that 
could be identified from blood evidence, the tests 
would not be very useful except for proving the inno- 
cence of a suspect whose blood type does not match 
the blood found at a crime scene. Fortunately, forensic 
scientists are able to identify many blood proteins and 
enzymes in dried blood samples. These substances are 
also genetic markers, and identifying a number of 
them, particularly if they are rare, can be statistically 
significant in establishing the probability of a suspect’s 
guilt. For example, if a suspect’s ABO blood type 
matches the type O blood found at the crime scene, 
the evidence is not very convincing because 45% of the 
population has type O blood. However, if there is a 
certain match of two blood proteins (and no mis- 
matches) known to be inherited on different chromo- 
somes that appear respectively in 10% and 6% of the 
population, then the evidence is more convincing. It 
suggests that only 0.45 x 0.10 x 0.06 = 0.0027 or 
0.27% of the population could be guilty. If the accused 
person happens to have several rarely found blood 
factors, then the evidence can be even more convincing. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Ballistics and tool markings 


Ballistic analysis has been an important part of the 
work performed in crime labs. Comparison micro- 
scopes, which make it possible to simultaneously 
view and compare two bullets, are an important tool 
for forensic scientists. When a bullet is fired, it moves 
along a spiral groove in the gun barrel. It is this groove 
that makes the bullet spin so that it will follow a 
straight path much like that of a spiraling football. 
The striations or markings on the bullet made by the 
groove and the marks left by the firing pin are unique 
and can be used to identify the gun used to fire any 
bullets found at the scene of a homicide. Similarly, tool 
marks, which are often left by burglars who pry open 
doors or windows, can serve as useful evidence if 
comparisons can be made with tools associated with 
a person accused of the crime. Particularly incriminat- 
ing are jigsaw matches-pieces of a tool left behind that 
can be shown to match pieces missing from a tool in 
the possession of the accused. 


In the event that bullets have been shattered mak- 
ing microscopic comparisons impossible, the frag- 
ments may be analyzed by using neutron activation 
analysis. Such analysis involves bombarding the sam- 
ple with neutrons to make the atoms radioactive. The 
gamma rays emitted by the sample are then scanned 
and compared with known samples to determine the 
concentration of different metals in the bullet-lead. 
The technique can be used to compare the evidence 
or sample with bullet-lead associated with the accused. 


Autopsies 


Pathologists and forensic anthropologists play a 
very important part in forensic examination. They are 
able to determine the cause of death by examining 
marks on the bone(s), skin (gunshot wounds), and 
other body surfaces for external trauma. They can 
also determine a cause of death by toxicological anal- 
ysis of blood and tissues. 


Autopsies can often establish the cause and 
approximate time of death. Cuts, scrapes, punctures, 
and rope marks may help to establish the cause of 
death. A drowning victim will have soggy lungs, 
water in the stomach, and blood diluted with water 
in the left side of the heart. A person who was not 
breathing when he or she entered the water will have 
undiluted blood in the heart. Bodies examined shortly 
after the time of death may have stiff jaws and limbs. 
Such stiffness, or rigor mortis, is evident about ten 
hours after death, but disappears after about a day 
when the tissues begin to decay at normal temper- 
atures. Each case is different, of course, and a skillful 
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coroner can often discover evidence that the killer 
never suspected he or she had left behind. 


Forensic chemistry 


Forensic chemistry performs qualitative and 
quantitative analysis of chemicals found on people, 
various objects, or in solutions. The chemical analysis 
is the most varied from all the forensic disciplines. 
Chemists analyze drugs as well as paints, remnants of 
explosives, fire debris, gunshot residues, fibers, and 
soil samples. They can also test for a presence of radio- 
active substances (nuclear weapons), toxic chemicals 
(chemical weapons), and biological toxins (biological 
weapons). Forensic chemists can also be called on ina 
case of environmental pollution to test the compounds 
and trace their origin. 


The examination of chemical traces often requires 
very sensitive chromatographic techniques or mass 
spectrometric analysis. The four major types of chro- 
matographic methods used are: thin layer chromatog- 
raphy (TLC) to separate inks and other chemicals; 
atomic absorption chromatography for analysis of 
heavy metals; gas chromatography (GC); and liquid 
chromatography (HPLC). GC is most widely used in 
identification of explosives, accelerators, propellants, 
and drugs or chemicals involved in chemical weapon 
production, while liquid chromatography (HPLC) is 
used for detection of minute amounts of compounds 
in complex mixtures. These methods rely on separa- 
tion of the molecules based on their ability to travel in 
a solvent (TLC) or to adhere to adsorbent filling the 
chromatography column. By collecting all of the frac- 
tions and comparing the observed pattern to stand- 
ards, scientists are able to identify the composition of 
even the most complex mixtures. 


New laboratory instruments are able to identify 
nearly every element present in a sample. Because the 
composition of alloys used in production of steel 
instruments, wires, or bullet casings is different 
between various producers, it is possible to identify a 
source of the product. 


In some cases chromatography alone is not an 
adequate method for identification. It is then com- 
bined with another method to separate the com- 
pounds even further and results in greater sensitivity. 
One such method is mass spectrometry (MS). A mass 
spectrometer uses high voltage to produce charged 
ions. Gaseous ions or isotopes are then separated in 
a magnetic field according to their masses. A com- 
bined GC-MS instrument has a very high sensitivity 
and can analyze samples present at concentrations of 
one part-per-billion. 
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As some samples are difficult to analyze with MS 
alone, a laser vaporization method (imaging laser- 
ablation mass spectroscopy) was developed to pro- 
duce small amounts of chemicals from solid materials 
(fabrics, hair, fibers, soil, glass) for MS analysis. Such 
analysis can examine hair samples for presence of 
drugs or chemicals. Due to its high sensitivity, the 
method is of particular use in monitoring areas and 
people suspected of production of chemical, biologi- 
cal, or nuclear weapons, or narcotics producers. 


While charcoal sticks are still in use for fire inves- 
tigations, a new technology of solid-phase microex- 
traction (SPME) was developed to collect even more 
chemicals and does not require any solvent for further 
analysis. The method relies on the use of sticks similar 
to charcoal, but coated with various polymers for 
collecting different chemicals (chemical warfare 
agents, explosives, or drugs). Collected samples are 
analyzed immediately in the field by GC. 


Arson investigation 


The identification of fire accelerants such as ker- 
osene or gasoline is of great importance for determin- 
ing the cause of a fire. Debris collected from a fire must 
be packed in tight, secure containers, as the com- 
pounds to be analyzed are often volatile. An improper 
transport of such debris would result in no detection of 
important traces. One of the methods used for this 
analysis involves the use of charcoal strips. The chem- 
icals from the debris are absorbed onto the strip and 
subsequently dissolved in a solvent before analysis. 
This analysis allows scientists to determine the hydro- 
carbon content of the samples and identify the type of 
fire accelerator used. 


Document examination 


An examination of documents found at the scene 
or related to the crime is often an integral part of 
forensic analysis. Such examination is often able to 
establish not only the author but, more importantly, 
identify any alterations that have taken place. 
Specialists are also able to recover text from docu- 
ments damaged by accident or on purpose. 


The crime lab: a fusion of physics, chemistry, 
and molecular biology 


Modern crime labs are equipped with various 
expensive analytical devices usually associated with 
research conducted by chemists and _ physicists. 
Scanning electron microscopes are used to magnify 
surfaces by as much as a factor of 200,000. Because 
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the material being scanned emits x rays as well as 
secondary electrons in response to the electrons used 
in the scanning process, the microscope can be used 
together with an x ray micro analyzer to identify ele- 
ments in the surface being scanned. The technique has 
been particularly successful in detecting the presence 
of residues left when a gun is fired. 


The mass spectrometer and the gas chromato- 
graph have been particularly effective in separating 
the components in illegal drugs, identifying them, 
and providing the data needed to track down their 
source and origin. Thin layer chromatography (TLC) 
has proved useful in identifying colored fibers. 
Although many fibers may appear identical under 
the microscope, they can often be distinguished by 
separating the component dyes used in coloring the 
fabric. Fusion microscopy—using changes in birefrin- 
gence with temperature—has also proved useful in 
identifying and comparing synthetic fibers found at 
crime scenes. In addition to using such physical prop- 
erties as density, dispersion, and refractive index to 
match and identify glass samples, the plasmaemis- 
sionspectroscope has proven helpful in analyzing the 
component elements in glass as well as distinguishing 
among various types of glass found in windows, bot- 
tles, and windshields. 


In 2002, forensic science specialists played an inte- 
gral role in the tracking and eventual identification of 
evidence (e.g. similarities in ballistics, psychological 
profiles, etc.) that allowed investigators link a nation- 
wide a string of crimes that culminated in several snipers 
attacks in the Washington-Virginia-Maryland area. 


Biological samples are most commonly analyzed 
by polymerase chain reaction (PCR). The results of 
PCR are then visualized by gel electrophoresis. 
Forensic scientists tracing the source of a biological 
attack could use the new hybridization or PCR-based 
methods of DNA analysis. Biological and chemical 
analysis of samples can also identify toxins found. 


Forensic science and security issues 


A growing area of forensic analysis is monitoring 
non-proliferation of weapons of mass destruction, 
analysis of possible terrorist attacks, or breaches of 
security. The nature of samples analyzed is wide, but 
slightly different from a criminal investigation. In 
addition to the already-described samples, forensic 
scientists who gather evidence of weapons of mass 
destruction collect swabs from objects, water, and 
plant material to test for the presence of radioactive 
isotopes, toxins, or poisons, as well as chemicals that 
can be used in production of chemical weapons. The 
main difference from the more common forensic 
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KEY TERMS 


Birefringence—Splitting of light into two separate 
beams in which the light travels at different speeds. 


Gas chromatograph—A device that separates and 
analyzes a mixture of compounds in gaseous form. 


Mass spectrometer—A device that uses a magnetic 
field to separate ions according to their mass and 
charge. 


Polymorphic—Distinct inherited traits that are dif- 
ferent among members of the same species. Blood 
groups, for example, are polymorphic, but weight 
is not. 


Scanning electron microscope—A device that 
emits a focused beam of electrons to scan the sur- 
face of a sample. Secondary electrons released from 
the sample are used to produce a signal on a cath- 
ode ray tube where the enlarged image is viewed. 


investigation is the amount of chemicals present in a 
sample. Samples taken from the scene of suspected 
chemical or biological weapons often contain minute 
amounts of chemicals and require very sensitive and 
accurate instruments for analysis. 


Forensic imaging 


Imaging used by forensic scientists can be as sim- 
ple as a light microscope, or can involve an electron 
microscope, absorption in ultraviolet to visible range, 
color analysis, or fluorescence analysis. Image analysis 
is used not only in cases of biological samples, but also 
for analysis of paints, fibers, hair, gunshot residue, or 
other chemicals. Image analysis is often essential for 
an interpretation of physical evidence. Specialists 
often enhance photographs to visualize small details 
essential in forensic analysis. Image analysis is also 
used to identify details from surveillance cameras. 


Forensics in the virtual age 


A new and emerging area of forensic science 
involves the reconstruction of computer data. High 
speed and large memory capacity computers also allow 
for what forensic investigators term as “virtual criminal- 
ity,” the ability of computer animation to recreate crime 
scenes and or predict terrorism scenarios. 


The identification of people can be performed by 
fingerprint analysis or DNA analysis. When none of 
these methods is viable, facial reconstruction (a com- 
bination of computer technology driven extrapolation 
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and artistic rendering can be used instead to generate a 
person’s image. TV and newspapers then circulate the 
image for identification. 


Forensic science and popular culture 


Detective stories have long captures popular fas- 
cination but the role and impact of modern forensic 
sciences came to the forefront of public attention dur- 
ing the highly publicized and televised O.J. Simpson 
murder trial. Lawyers for both sides offered a wide 
variety of forensic evidence—and disputed the validity 
of opposing forensic evidence—before the controver- 
sial acquittal of Simpson. 


Forensic science also continues to capture the 
imagination and fascination of popular culture. As of 
December 2006, several of the top-ranked televisions 
shows in the United States and Europe were dramas 
(fictional adaptations) involving the actions of forensic 
investigators and the techniques of forensic science. 


See also Autopsy; Crime scene reconstruction; 
Pathology; Toxicology. 
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l Forestry 


Forestry is the science of harvesting, planting, and 
tending trees within the broader context of landscape 
management. Traditionally, forestry has focused on 
providing sustainable yields of economically important 
products, especially wood for the manufacture of lum- 
ber or paper, or to generate energy. Increasingly, how- 
ever, forestry must consider nontraditional goods and 
services provided by the forested landscape, such as 
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A forestry technician grading lumber. (The Terry Wild Studio, 
Inc.) 


populations of wildlife, recreational opportunities, aes- 
thetics, and the management of landscapes to maintain 
clean air and water. Because these values can rarely be 
accommodated in the same area, there are often con- 
flicts between forestry and other landscape uses. 
However, integrated management can often allow an 
acceptable, working accommodation of forestry and 
other resource values. 


Forestry and its broader goals 


Forestry is a science, but also something of an art. 
Forestry’s ultimate objective is to design manage for- 
ested landscapes that can yield sustainable flows of a 
range of goods and services. The most important of 
these resources are products directly associated with 
tree biomass, such as lumber, paper, and fuel. 
However, nonarboreal resource values are also impor- 
tant, and these must be managed in conjunction with 
traditional industrial products. 
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In many respects, forestry is analogous to agricul- 
tural science, and foresters are akin to farmers. Both 
deal with the harvest and management of ecological 
systems, and both seek optimized, sustainable yields 
of economically important biological commodities. 
Agriculture, however, deals with a greater diversity 
of economic species and biological products, a wider 
range of harvest and management systems (most of 
which are much more intensive than in forestry), and 
relatively short (usually annual) harvesting rotations. 
Still, the goals of forestry and agriculture are concep- 
tually the same. 


Another shared feature of forestry and agriculture 
is that both cause substantial ecological change. 
Forestry and agriculture are both undertaken in spe- 
cific sites. However, in aggregate these places are 
numerous, and therefore entire landscapes are signifi- 
cantly affected. For example, populations of many 
native species may be reduced or even extirpated, the 
viability of natural communities may be placed at risk 
through their extensive conversion to managed eco- 
systems, erosion is often caused, the environment may 
become contaminated with pesticides and fertilizers, 
and aesthetics of the landscape may be degraded. One 
of the most important challenges to both forestry and 
agriculture is to achieve their primary goals of sustain- 
able harvests while keeping the associated environ- 
mental degradations within acceptable limits. 


Resource values managed in forestry 


Forested landscapes support a variety of resour- 
ces. Some are important to society because they can be 
harvested to yield commodities and profit. Others, 
however, are important for intrinsic reasons, or 
because they are important ecological goods and serv- 
ices. (That is, while their importance is not measured 
economically, they are nevertheless important to soci- 
ety and to ecological integrity.) Often, the different 
resource values conflict, and choices must be made 
when designing management systems. In particular, 
activities associated with the harvest and management 
of trees for profit may pose risks to other nontimber 
resources. Sometimes timber values are judged most 
important, but sometimes not. 


The most important resources that modern fores- 
ters consider in their management plans are: 


(1) Traditional forest products are based on har- 
vested tree biomass. These include large logs that are 
cut into lumber or manufactured into laminated prod- 
ucts such as plywood, as well as other trees that are 
used to produce pulp and paper or burned to generate 
energy. All are important forest products that are 
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harvested to sustain employment and profits. Almost 
always, managing for a sustained yield of these tree- 
based products is the primary objective in forestry. 


(2) Some species of animals are exploited for sub- 
sistence and recreation by hunters; maintaining these 
populations is another prominent management objec- 
tive in forestry. The most important of the species 
hunted in forested lands in North America are large 
mammals such as deer, elk, moose, and bear; smaller 
mammals such as rabbit and hare; game birds such as 
grouse, ptarmigan, and quail; and sport fish such as 
trout and salmon. In some cases, forestry can enhance 
the abundance of these species, but in other cases it can 
damage game animal populations, and this conflict 
must be managed to the degree possible. 


(3) Species with commercial value are another 
common consideration in forestry. These include fur- 
bearing animals such as marten, fisher, weasel, beaver, 
bobcat, lynx, wolf, and coyote. Foresters may also be 
involved in the management and protection of the 
habitat of river-spawning fish such as salmon. 


(4) Nongame species, however, comprise the great 
majority in forested landscapes. Most are native, 
occurring in natural communities dispersed across 
the ecological landscape. Although few are of direct 
economic importance, all have intrinsic value. 
Forestry-related activities may threaten many of 
these species and their communities, creating great 
controversy and requiring difficult social choices. In 
North America, for example, there are concerns about 
the negative effects of forestry on endangered species 
such as the spotted owl and red-cockaded wood- 
pecker, and on endangered ecosystems such as old- 
growth forest. These concerns may have to be 
addressed by declaring ecological reserves of large 
tracts of natural forest, in which the commercial har- 
vesting of timber is not allowed. 


(5) Recreational opportunities are another impor- 
tant resource value of forested landscapes. Examples 
include wildlife observation (such as bird watching), 
hiking, cross-country skiing, and driving off-road 
vehicles. In some cases these activities are made easier 
by forestry that may, for example, improve access by 
building roads. In other cases, it may detract from 
recreational values because of the noise of industrial 
equipment, dangers associated with logging trucks on 
narrow roads, and degraded habitat qualities of some 
managed lands. 


(6) Natural beauty is another important consider- 
ation in forestry. Compared with natural, mature for- 
ests, few people consider clear-cut sites aesthetically 
pleasing. Foresters, on the other hand, may not share 
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this interpretation. Societal choices must determine 
the most appropriate management objectives for site 
or landscape aesthetics in particular regions. 


(7) Nonvaluated ecological goods and services are 
also important considerations in forestry. These 
include landscape’s ability to prevent erosion, main- 
tain a particular hydrologic regime, to serve as a sink 
for atmospheric carbon dioxide through the growth of 
vegetation, and to produce oxygen through photosyn- 
thesis. As noted previously, these are all significant 
resource values, although their importance is not 
always assessed in monetary terms. 


Harvesting and management 


Forest harvesting refers to the methods used to cut 
and remove trees, and they vary greatly in their inten- 
sity. Clear-cutting is the most intensive system, har- 
vesting all trees of economic value at the same time. 
Clear-cuts can range from patch-cuts smaller than a 
hectare to enormous harvests thousands of hectares in 
area, sometimes undertaken to salvage timber from 
areas that have recently been affected by wildfire or 
an insect epidemic. 


Strip-cutting is a system involving a series of long 
and narrow clear-cuts, with alternating uncut strips of 
forest left between. A few years after the first strip-cuts 
are made, tree regeneration should be well established 
by seeding-in from the uncut strips, which would then 
be harvested. Shelter-wood cutting is a partial harvest 
of a stand in which selected large trees are left to favor 
particular species in the regeneration, and to stimulate 
the growth of uncut trees to produce high-quality 
sawlogs at the next harvest, usually one or several 
decades later. In some respects, the shelter-wood sys- 
tem is a staged clear-cut, because all of the trees are 
harvested, but in several steps. 


The least intensive method of harvesting is the 
selection-tree system, in which some of the larger indi- 
vidual trees of desired species are harvested every ten 
years or more, always leaving the physical integrity of 
the forest essentially intact. 


Usually when trees are harvested, they are 
delimbed where they have fallen, the branches and 
foliage are left on the site, and the logs taken away 
for use. However, some harvest systems are more 
intensive in their removal of tree biomass from the 
site. A whole-tree harvest, usually used in conjunction 
with clear-cutting, removes all aboveground biomass. 
A complete-tree harvest is rare, but would include the 
attempted additional harvest of root biomass, as is 
possible on sites with peaty soils. These very intensive 
harvesting methods may be — economically 
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advantageous when trees are harvested for the pro- 
duction of industrial energy, when biomass quality is 
not an important consideration. However, the whole- 
and complete-tree methods greatly increase the 
removal of nutrients from the site compared with 
stem-only harvests, and this can be a consideration in 
terms of impairment of fertility of the land. 


Forest management refers to those activities asso- 
ciated with establishing new crops of trees on harvested 
sites, tending the stands as they develop, and protecting 
them from insects and disease. As with harvesting, the 
intensity of management activities can vary greatly. 
The least-intensive management systems rely on natu- 
ral regeneration of trees and natural stand develop- 
ment. Although relatively natural systems are softer 
in terms of their environmental impact, the rate of 
forest productivity is often less than can be accom- 
plished with more intensive management systems. 


One natural system of regeneration uses advance 
regeneration, or the population of small individuals of 
tree species that occurs in many mature forests and can 
contribute to development of the next stand after the 
overstory trees are harvested. Other natural-regener- 
ation systems try to encourage the post-harvest estab- 
lishment of desired species seedlings after the site is 
harvested. For some species of trees, the site must be 
prepared to encourage seedling establishment. This 
may require slash and surface organic matter to be 
burned, or mechanical scarification using heavy 
machines. Depending on the particular nature of the 
forest and tree species, either of the advance regener- 
ation or seeding-in regeneration systems might be uti- 
lized with selective harvesting or with clear-cutting. 


If the forester believes that natural regeneration 
will not be adequate, or that it would involve the 
wrong tree species, then a more intensive system 
might be used to establish the next stand. Often 
young seedlings will be planted to establish an even- 
aged, usually single-species plantation. The seedlings 
are started in a greenhouse, and may represent a nar- 
row genetic lineage selected for desirable traits, such as 
rapid productivity or good growth form. 


Once an acceptable regeneration is established, 
the stand may require tending. Often, undesired plants 
compete with the trees and interfere with their growth, 
making them silvicultural “weeds.” They may be dealt 
with by using a herbicide or by mechanical weeding. 
Once the growing stand develops a closed canopy 
of foliage, even the individual trees may start to com- 
pete among themselves and reduce the overall growth 
rate. This problem may be dealt with by thinning the 
stand, an activity in which the least productive 
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individuals or those with poorer growth form are 
selectively removed, to favor productivity of the resid- 
ual trees. 


In some cases, the regenerating stand may be 
threatened by an insect outbreak capable of severely 
reducing productivity or even killing trees. This may 
be managed by protecting the stand using an insecti- 
cide. In North America, insecticides have most com- 
monly been used to deal with severe defoliation caused 
by outbreaks of spruce budworm or gypsy moth, or 
with damage associated with bark beetles. 


Silvicultural systems and management 


Silvicultural systems are integrated activities 
designed to establish, tend, protect, and harvest 
crops of trees using a management plan appropriate 
to that larger scale. The landscape-scale management 
plan is typically detailed for the first five years, but it 
should also contain a 25-year forecast of objectives 
and activities. The design and implementation of silvi- 
cultural systems and management plans are among the 
most important activities undertaken by modern 
foresters. 


The primary goal of forestry is generally to achieve 
an optimized, sustainable yield of economically impor- 
tant, tree-derived products from the landscape. In pla- 
ces where forestry focuses on the economic resource of 
trees, the silvicultural system and management plan 
will reflect that priority. However, where management 
of a range of resource values (that is, not just trees) is 
required, then integrated management will be more 
prominent in the system and plan. 


As with the individual harvesting and manage- 
ment practices, silvicultural systems can be more or 
less intensive. An intensive system used in North 
America, beginning with a natural forest composed 
of a mixture of native species of trees might include: 
(1) whole-tree clear-cut harvesting of the natural for- 
est, followed by (2) scarification of the site to prepare it 
for planting, then (3) an evenly spaced planting of 
young seedlings of a narrow genetic lineage of a single 
species (usually a conifer), with (4) one or more herbi- 
cide applications to release the seedlings from the 
deleterious effects of competition with weeds, and (5) 
one or more thinnings of the maturing plantation, to 
optimize spacing and growth rates of the residual 
trees. Finally, the stand is (6) harvested by another 
whole-tree clear-cut, followed by (7) establishment, 
tending, and harvesting of the next stand using the 
same silvicultural system. If the only objective is to 
grow trees as quickly as possible, this system might be 
used over an entire landscape. 
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KEY TERMS 


Plantation—A tract of land on which economically 
desired trees have been planted and tended, often 
as a monoculture. 


Rotation—lIn forestry, this refers to the time period 
between harvests. A forestry rotation is typically 
50-100 years. 


Scarification—The mechanical or chemical abra- 
sion of a hard seedcoat in order to stimulate or 
allow germination to occur. 


Silvicultural system—A system designed to estab- 
lish, tend, protect, and harvest a crop of trees. 


Silviculture—The branch of forestry that is con- 
cerned with the cultivation of trees. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


In contrast, a much softer silvicultural system 
might involve periodic selection-harvesting of a 
mixed-species forest, perhaps every decade or two, 
and with reliance on natural regeneration to ensure 
renewal of the economic resource. However, even a 
system as soft as this one might pose a risk for certain 
nontimber resource values. For example, if certain 
species dependent on old-growth forest were believed 
to be at risk, then an appropriate management plan 
would have to include the establishment of ecological 
reserves large enough to sustain that old-growth 
resource value, while the rest of the land is worked to 
provide direct economic benefits. 


Because silvicultural systems can differ so much in 
their intensity, they also vary in their environmental 
impact. As is the case with agriculture, intensive sys- 
tems generally create substantially larger yields. 
However, intensive systems have much greater environ- 
mental impact. The challenge of forestry is to design 
socially acceptable systems that sustain the economic 
resource while at the same time accommodating con- 
cerns about the health of other resources, such as 
hunted and nonhunted biodiversity, old-growth forests, 
and ecologically important but nonvaluated goods and 
services that are provided by forested landscapes. 


See also Deforestation. 
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| Forests 


A forest is any ecological community that is struc- 
turally dominated by tree-sized woody plants. Forests 
occur anywhere that the climate is suitable in terms of 
length of the growing season, air and soil temperature, 
and sufficiency of soil moisture. Forests can be classi- 
fied into broad types on the basis of their geographic 
range and dominant types of trees. The most extensive 
of these types are boreal coniferous, temperate angio- 
sperm, and tropical angiosperm forests. However, 
there are regional and local variants of all of these 
kinds of forests. Old-growth tropical rainforests sup- 
port an enormous diversity of species under relatively 
benign climatic conditions, and this ecosystem is con- 
sidered to represent the acme of Earth’s ecological 
development. Within the constraints of their regional 
climate, temperate and boreal forests also represent 
peaks of ecological development. 


Types of forests 


Many countries have developed national schemes 
for an ecological classification of their forests. 
Typically, these are based on biophysical information 
and reflect the natural, large-scale patterns of species 
composition, soil type, topography, and climate. 
However, these classifications may vary greatly 
among countries, even for similar forest types. 


An international system of ecosystem classifica- 
tion has been proposed by a scientific working group 
under the auspices of the United Nations Educational, 
Scientific and Cultural Organization (UNESCO). 
This scheme lists 24 forest types, divided into two 
broad classes: (1) closed-canopy forests with a canopy 
at least 16.5 feet (5 m) high and with interlocking tree 
crowns, and (ii) open woodlands with a relatively 
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Forests 


Old growth forest with deciduous trees. (Robert J. Huffman. 
Field Mark Publications.) 


sparse, shorter canopy. A selection of forest types 
within these two broad classes is described below: 


Tropical and subtropical forests 


1. Tropical rain forest. This is a species-rich forest 
of angiosperm tree species (sometimes known as 
tropical hardwoods) occurring under conditions 
of high rainfall and constant, warm tempera- 
tures. The species in this ecosystem are tolerant 
of neither drought nor frost, and the forest itself 
is commonly old growth. Most of Earth’s terres- 
trial biodiversity occurs in this type of forest 
ecosystem. 


2. Tropical and subtropical evergreen forest. This is 
also a species-rich forest, but occurs in regions in 
which there is seasonally sparse rain. Individual 
trees may shed their leaves, usually in reaction to 
relatively dry conditions. However, the various 
species do not all do this at the same time, so the 
canopy is always substantially foliated. 


3. Tropical and subtropical drought-deciduous for- 
est. This is a relatively open angiosperm forest, in 
which tree foliage is shed just before the dry 
season, which usually occurs in winter. 


4. Mangrove forest. This is a relatively species-poor 
forest, occurring in muddy intertidal habitat in 
the tropics and subtropics. Mangrove forest is 


salt. Some genera of mangrove trees are wide- 
spread. Examples from south Florida are red 
mangrove (Rhizophora mangle) with its charac- 
teristic stilt roots, and black mangrove 
(Avicennia nitida) with its pneumatophores, 
which poke out of the oxygen-poor sediment 
and into the atmosphere. 


Temperate and subpolar forests 


. Temperate deciduous forest. This is a deciduous 


forest dominated by various species of angio- 
sperm trees growing under seasonal climatic con- 
ditions, including moderately cold winters. In 
eastern North American forests of this type, the 
common trees include species of maple, birch, 
hickory, ash, walnut, tulip-tree, oak, and bass- 
wood, among others (Acer, Betula, Carya, 
Fraxinus, Juglans, Liriodendron, Quercus, and 
Tilia, respectively). 


. Temperate and subarctic, evergreen conifer 


forest. This is a northern coniferous forest (some- 
times called boreal forest), growing in regions 
with highly seasonal conditions, including severe 
winters. The dominant genera of conifer trees are 
fir, spruce, pine, cedar, and hemlock, among 
others (Abies, Picea, Pinus, Thuja, and Tsuga, 
respectively). 


. Temperate and subpolar evergreen rain forest. 


This forest occurs in wet, frost-free, oceanic envi- 
ronments of the Southern Hemisphere, and is 
dominated by evergreen, angiosperm species 
such as southern beech (Nothofagus spp.) and 
southern pine (Podocarpus spp.). 


. Temperate, winter-rain, evergreen broadleaf for- 


est. This is an evergreen angiosperm forest, grow- 
ing in regions with a pronounced wet season, but 
with summer drought. In North America, this 
forest type occurs in coastal parts of southern 
California, and is dominated by evergreen species 
of oaks (Quercus spp.). 


. Cold-deciduous forest. This is a northern decid- 


uous forest growing in a strongly seasonal climate 
with very cold winters. This forest type is typi- 
cally dominated by angiosperm trees such as 
aspen and birch (Populus spp. and Betula spp.) 
or the deciduous conifer, larch (Larix spp.). 


Forest process 


Forests are among the most productive of Earth’s 


dominated by evergreen angiosperm trees that natural ecosystems. On average, tropical rain forests 
are tolerant of flooded soil and exposure to have a net primary productivity of about 4.8 pound 
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per square foot/year (2.2 kg/m?/yr), compared with 
3.5 pound per square foot/year (1.6 kg/m?/yr) for 
tropical seasonal forests, 2.9 pound per square foot 
(1.3 kg/m?/yr) for temperate conifer forests, 2.6 pound 
per square foot/year (1.2 kg/m*/yr) for temperate 
angiosperm forests, and 1.8 pound per square foot/ 
year (0.8 kg/m” yr) for conifer subarctic forests. 


Although tropical rain forests have relatively high 
rates of net primary productivity, their productivity is 
very small or zero because these are typically old- 
growth forests, so that there are always some individual 
trees that are dying or recently dead, resulting in a 
relatively large number of standing dead trees and logs 
lying on the forest floor. These deadwood components 
decompose rather quickly in warm and humid condi- 
tions, as does the rain of leaf litter on the forest floor. 
Because the rate of decomposition approximately coun- 
terbalances the positive net primary production, the net 
ecosystem productivity is more or less zero in these old- 
growth forests. Old-growth temperate rain forests are 
less common than tropical ones, but these also typically 
have a small or zero net ecosystem productivity. 


Mature forests store more carbon (in biomass) than 
any other kind of ecosystem. This is especially true of 
old-growth forests, which typically contain large trees 
and, in temperate regions, a great deal of dead organic 
matter. Because all of the organic carbon stored in 
forests was absorbed from the atmosphere as carbon 
dioxide (COz), these ecosystems are clearly important in 
removing this greenhouse gas from the atmosphere. 
Conversely, converting forests to any other type of 
ecosystem, such as agricultural or urbanized land, cre- 
ates a large difference in the amount of carbon stored 
on the site. That difference is made up by a large flux of 
CO) to the atmosphere. In fact, deforestation has been 
responsible for about one-half of the CO, emitted to the 
atmosphere as a result of human activities since the 
beginning of the industrial revolution. 


Because they sustain a large biomass of foliage, 
forests evaporate large quantities of water to the 
atmosphere, in a hydrologic process called evapo- 
transpiration. Averaged over the year, temperate for- 
ests typically evapotranspire 10-40% of their input of 
water by precipitation. However, this process is most 
vigorous during the growing season, when air temper- 
ature is highest and the amount of plant foliage is at a 
maximum. In fact, in many temperate forests’ evapo- 
transpiration rates during the summer are larger than 
precipitation inputs, so that the ground is mined of its 
water content, and in some cases streams dry up. 


Intact forests are important in retaining soil on the 
land, and they have much smaller rates of erosion than 
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recently harvested forests or deforested landscapes. 
Soil eroded from disturbed forests is typically depos- 
ited into surface waters such as streams and lakes in a 
process called sedimentation. Shallower water then 
makes streams more likely to spill over their banks, 
causing floods. 


Forests are also important in moderating the 
peaks of water flow from landscapes, both seasonally 
and during extreme precipitation events. When this 
function is degraded by deforestation, the risk of 
flooding is further increased. 


Forests as habitat 


Although trees are the largest, most productive 
organisms in forests, the forest ecosystem is much 
more than a population of trees growing on the land. 
Forests also provide habitat for a host of other species 
of plants, along with numerous animals and micro- 
organisms. Most of these associated species cannot 
live anywhere else, and often their needs are very 
specific, as when a bird needs a particular type of 
forest, in terms of tree species, age, and other 
conditions. 


For example, Kirtland’s warbler (Dendroica kir- 
tlandii) is an endangered species that only nests in 
younger stands of jack pine (Pinus banksiana) in 
northern Michigan. This songbird does not breed in 
any other type of forest, including younger or older 
stands of jack pine. Similarly, the spotted owl (Strix 
occidentalis), a threatened species, prefers old-growth 
conifer forests in western North America. These same 
old-growth forests also sustain other species that can- 
not exist in younger stands, for example, certain spe- 
cies of lichens, mosses, and liverworts. 


Usually, however, the many species occurring in 
forests have a broader ecological tolerance, and they 
may require a mosaic of different habitat types. In 
eastern North America, for example, white-tailed deer 
(Odocoileus virginianus) do well in a mixture of habi- 
tats. They require access to relatively young, succes- 
sional stands with abundant and nutritious food for 
this species, along with refuge habitat of mature forest 
with some conifer-dominated areas that have shallower 
snow depth in winter. Similarly, ruffled grouse (Bonasa 
umbellus) does best on a landscape that has a checker- 
board of stands of various age, including mature forest 
dominated by trembling aspen (Populus tremuloides) 
with a few conifers mixed in. 


More generally, forests provide the essential hab- 
itat for most species of plants, animals, and micro- 
organisms. This is especially true of tropical rain 
forests, which have been disappearing since the 1950s 
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Formula, chemical 


KEY TERMS 


Conversion—A longer-term change in the charac- 
ter of the ecosystem at some place. When a natural 
forest is harvested and changed into a plantation 
forest, this represents an ecological conversion, as 
does deforestation to develop agricultural land. 


Monoculture—An ecosystem dominated by a sin- 
gle species, as may occur in a forestry plantation. 


as tropical forest was converted into agricultural land. 
Deforestation also has important implications for cli- 
mate change and access to natural resources. 


Forests as a natural resource 


Global forest area of all kinds was about 8.4 
billion acres (3.9 billion hectares) in 2000, of which 
4.3 billion acres (1.76 billion ha) was tropical forest 
and the rest temperate and boreal forest. Global forest 
area is at least one-third smaller than it was prior to 
extensive deforestation. Most deforested land has 
been converted to permanent agricultural use, but 
some has degraded into semi-desert or desert. Global 
deforestation is a serious environmental crisis. 


Forests are an extremely important natural 
resource that can be harvested and managed to yield 
a diversity of commodities of economic importance. 
Wood is by far the most important product harvested 
from forests. It is commonly used paper, lumber, ply- 
wood, and other products. In addition, in most for- 
ested regions of the less-developed world, firewood is 
the most important source of energy for cooking and 
other purposes. Unfortunately, many forests have 
been over-harvested, resulting in widespread ecologi- 
cal degradation, although potentially all forest prod- 
ucts can be sustainably harvested. 


Many other plant products can also be collected 
from forests, such as fruits, nuts, mushrooms, and latex 
for manufacturing rubber. In addition, many species of 
animals are hunted in forests, for recreation or for 
subsistence. Forests provide additional products that 
are important for both human welfare and to ecolog- 
ical integrity, including the erosion control and the 
cleansing of air and water of pollutants. These are all 
important forest values, although their importance is 
not necessarily assessed in terms of dollars. Moreover, 
many of these values are especially well provided by 
old-growth forests, which generally are not compatible 
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with industrial forestry. This is one of the reasons why 
the conservation of old-growth forest is such a contro- 
versial topic in many regions of North America and 
elsewhere. In any event, it is clear that when forests are 
degraded, important products are lost. 
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[ Formula, chemical 


A chemical formula is a symbolized representa- 
tion of a chemical compound. It tells us the type of 
atom(s) (element) present in the compound and in 
what ratios. Atoms are indicated by their symbols as 
shown in the periodic table, and the number of atoms 
are indicated as subscripts. For example, the chemical 
formula for water is H,O, consists of two hydrogen 
atoms (H) and one oxygen atom (O). 


A chemical formula may be written as an empiri- 
cal formula or a molecular formula. The empirical 
formula is commonly used for both ionic compounds 
(compounds formed by donation and reception of 
electrons by participating elements, e.g., NaCl 
[sodium chloride or common salt]) and for covalent 
compounds (compounds formed by sharing of elec- 
trons by participating elements, e.g., CH4, methane). 
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Molecular formula is commonly used for covalent 
compounds (e.g., CoH¢, ethane). 


The empirical formula denotes the smallest possi- 
ble ratio that corresponds to the actual ratio by atoms 
or formula unit. To construct an empirical formula for 
an ionic compound, one needs to write the symbol of 
cations (positively charged ions) first and then the 
anion (negatively charged ion). Then fulfill the valence 
requirement of each atom as well as the least possible 
ratio of atoms present in that compound (e.g., Al,O3 
for aluminum oxide). For carbon-containing com- 
pounds, the carbon atom comes first, then hydrogen 
atom, followed by other atoms in alphabetical order 
(e.g., CHCl; for chloroform). 


The molecular formula denotes the actual number 
of different atoms present in one molecule of that 
compound. In some cases a compound’s molecular 
formula is the same as its empirical formula (e.g., 
water H,0, ammonia NH3, methane/natural gas 
CHz,) and in others it is an integral multiple of empiri- 
cal formula (e.g., hydrogen peroxide, empirical for- 
mula is HO and molecular formula is H,O>, which is 
multiple of two of empirical formula). 


To construct the molecular formula, one needs to 
follow the steps as for writing empirical formulas, 
although the actual number of atoms, not the smallest 
ratio, is used. Molecular formulas provide the structure 
and molecular weight of a molecule. Yet, they do not 
provide a complete picture, especially for organic 
molecules. In almost all organic molecules, only part 
of the molecule (functional groups) participates in a 
chemical reaction. Also, for one molecular formula, it 
is possible to have several compounds or isomers (e.g., 
for C4Hjo, two compounds; butane and methyl pro- 
pane) with totally different physical and chemical prop- 
erties. Hence, organic chemists can use an expanded 
version of the molecular formula, called the structural 
formula. 


A compound’s structural formula shows the actual 
number of atoms in the compound as well as the 
chemical bonds between them. It also provides infor- 
mation about length of chemical bond(s) and angle 
between chemical bonds. A structural formula has sev- 
eral representations: Lewis dot form, bond line, stick 
bond notation, valence orbital notation, and projection 
form. 


Lewis dot form is the simplest way to represent a 
chemical structure. Here the atoms are represented by 
their corresponding symbols, and chemical bonds are 
represented by a pair of electrons or dots. Each chem- 
ical bond is represented by a pair of electrons. Thus 
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single, double, and triple bonds are represented by 
two, four, and six dots, respectively. One can easily 
count the sharing (involved in chemical bond forma- 
tion) and unsharing electrons (not involved in chem- 
ical bond formation). 


Bond-line notation is similar to Lewis dot form 
except that the bonding electrons are replaced by 
line(s). Therefore, single, double, and triple bonds 
are represented by one, two, and three line(s) respec- 
tively. Stick-bond notation is a condensed version of 
bond-line notation. Each end of a open chain with a 
single line or a line branching out from an open chain 
or from a closed cyclic structure represents one methyl 
(—CH3) group. Each corner in an open chain or a 
cyclic structure represents a methylene (—CH>(—) 
group. Functional groups such as alcohol (—OH), 
aldehyde (—CHO), acid (-COOH), amine (—NH)), 
ester (-COOR), etc. are represented by their actual 
atomic symbols. Valence orbital notation, in addition 
to the above information, reveals the shape of orbital 
or distribution of electrondensity around atoms. 


A compound’s structure can be represented in a 
projected form, because atoms in any molecule occupy 
space or possess three dimensional structure. 
Projected form can further be represented in wedge, 
sawhorse, Newman projection, ball and _ stick, 
space filling molecular model, and Fischer projection 
forms. All these projection forms additionally enable 
one to see the spatial relationship between atoms and 
rotation around the connecting chemical bonds. 
Conceptually, projection forms are an advanced level 
of learning, but they provide almost a complete insight 
into structure and properties of a molecule. 


See also Chemical bond; Compound, chemical; 
Formula, structural. 


I Formula, structural 


A structural formula is a chemical formula that 
gives you a more complete picture of a compound than 
its molecular formula can. While a molecular formula, 
such as H;O, shows the types of atoms in a substance 
and the number of each kind of atom, a structural 
formula also gives information about how the atoms 
are connected together. Some complex types of struc- 
tural formulas can even give you a picture of how the 
atoms of the molecule are arranged in space. 
Structural formulas are most often used to represent 
molecular rather than ionic compounds. 
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Formula, structural 


There are several different ways to represent com- 
pounds in structural formulas, depending on how 
much detail needs to be shown about the molecule 
under consideration. We will look at complete struc- 
tural formulas, condensed formulas, line formulas, 
and three-dimensional formulas. 


Complete structural formulas 


Complete structural formulas show all the atoms 
in a molecule, the types of bonds connecting them, and 
how they are connected with each other. For a simple 
molecule like water, H.O, the molecular formula, 
becomes H—O-—H, the structural formula. This struc- 
tural formula shows that in a water molecule, the oxy- 
gen atom is the central atom, and it is connected by 
single covalent bonds to the hydrogen atoms. Carbon 
dioxide, CO, can be represented structurally as 
O=C=O. This structural formula tells you that in 
this case the carbon atom is the central one, and the 
oxygen atoms are joined by double covalent bonds to 
the carbon atom. 


For small molecules like these, the amount of new 
information in a structural formula is not great, but 
structures become more important when we study 
larger molecules. Let’s look at the molecular formula 
C,H,O. With some knowledge of valences for the 
three kinds of atoms involved, we can arrange these 
atoms in a complete structural formula as shown 
below. 


This is the formula of ethanol, which is known 
for its intoxicant and antiseptic properties, and is 
also being used in reformulated gasoline. It is a liquid 
with a boiling point of 172°F (78°C). However, 
we can also produce another structural formula 
that satisfies all the bonding requirements for the 
atoms involved but shows a completely different 
molecule. 


Li 
eas 
H H 


This molecule is methyl ether. It is a gas at room 
temperature and has very different chemical proper- 
ties from ethanol. 
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KEY TERMS 


Chemical formula—A way to show the number 
and kind of atoms combined together in a single 
pure substance. 


Compound—A pure substance that consists of two 
or more elements, in specific proportions, joined 
by chemical bonds. The properties of the com- 
pound may differ greatly from those of the elements 
it is made from. 


Covalent compound—A chemical compound 
which uses shared electrons to form bonds between 
atoms. The atoms do not become electrically 
charged as in ionic compounds. 


lonic compound—A compound consisting of pos- 
itive ions (usually, metal ions) and negative ions 
(nonmetal ions) held together by electrostatic 
attraction. 


Molecule—A chemical compound held together 
by covalent bonds. 


Valence—The combining power of an atom, or 
how many bonds it can make with other atoms. 
For the examples used in this article, carbon 
atoms can make four bonds, oxygen atoms can 
make two bonds, and hydrogen atoms can make 
one bond. 


Condensed structural formulas 


After you become familiar with the rules for writ- 
ing complete structural formulas, you'll find yourself 
taking shortcuts and using condensed structural for- 
mulas. You still need to show the complete molecule, 
but the inactive parts can be shown more sketchily. 
Thus the two formulas above look like this when 
written in condensed form: 


CH,CH,OH 
ethyl alcohol 


CH;OCH; 
dimethyl! ether 


Line formulas 


Even condensed formulas take up a lot of space 
and a lot of time to write. They can be transformed still 
further by the shorthand of line formulas, which show 
the main bonds of the molecule instead of the individ- 
ual atoms, and only show a particular atom if it is 
different from carbon or hydrogen, or if it is involved 
in a reaction under consideration. Our examples of 
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condensed formulas look like this when represented 
by line formulas. 


Jn Va 


OH 


Ethanol Dimethyl ether 


At each unmarked vertex of the lines, there is a 
carbon atom with enough hydrogen atoms to satisfy 
its valence of four. There is also a carbon atom with its 
accompanying hydrogen atoms at the end of any bond 
line that doesn’t show some other atom. Compare the 
condensed formulas of these three compounds with 
the condensed formulas in order to find the atoms 
implied in the line formulas. 


Three dimensional formulas 


All of these structural formulas show you a flat 
molecule on a flat piece of paper. However, most 
carbon-containing molecules are three-dimensional; 
some of the atoms stick forward toward you from 
the carbon chain, and some project to the rear of the 
molecule. Chemists have devised special ways to show 
these forward- and backward-projecting atoms in 
order to understand how three-dimensional molecules 
behave. These three-dimensional structural formulas 
are often used when complex molecules are studied. 


See also Chemical bond; Formula, chemical; 
Compound, chemical. 
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| Fossa 


Fossas are catlike Malagasy carnivores in the fam- 
ily Herpestidae, which also includes mongooses. 
Fossas are grouped with other carnivores from the 
island of Madagascar in the subfamily Galidiinae. 
They are the largest Malagasy carnivores, measuring 
5—6.6 ft (1.5-2 m) long including the tail. With a 
number of catlike features—including a rounded 
head, long whiskers, large frontal eyes, middle-sized 
roundish ears, and a relatively short jaw—the fossa 
was originally classified as a felid. However, the fossa’s 
resemblance to cats is superficial and a result of con- 
vergent evolution. 


The neck of the fossa is short and thickset, and its 
body is muscular, long, and slender. The legs are short, 
and its sharp, curved, retractile claws help it climb 
trees. The long tail of the fossa is used for balance, 
but is not prehensile. The feet support well-developed 
hairless pads, which help secure the footing. The fossa 
is plantigrade, meaning it walks upon the whole foot 
rather than just the toes. The fur is short, thick, and 
reddish brown on the upperside; the underside is 
lighter. Occasionally, the fossa is melanistic (an 
increased amount of nearly black pigmentation.) 
Fossas are nocturnal terrestrial and arboreal preda- 
tors, living primarily in coastal forests, and are rarely 
seen in the central highlands of Madagascar. Their 
home range is several square kilometers depending 
on the type of country. The fossa is territorial, mark- 
ing upright objects within its boundaries with oily 
secretions from the anal and preputial (loose skin 
covering the penis) glands. Possessing excellent hear- 
ing, sight, and scent, along with having no natural 
enemies, the fossa is the most powerful predator in 
Madagascar. Possessing 32 sharp teeth, the fossa has a 
varied diet including civets and young bush-pigs and 
other mammals up to the size of lemurs, birds up to the 
size of guinea fowl, eggs, lizards, snakes, frogs, and 
insects. Additionally, it will prey on domestic poultry, 
rabbits, and sheep. 


Fossas are solitary, except during the breeding 
season in September and October, when the nocturnal 
habits of the fossa also change slightly and become 
diurnal. After a three-month gestation, two to four 
young are born in burrows, among rocks, in holes in 
trees, or forks at the base of large boughs. Only the 
female fossa rears the young. The newborns are quite 
small and their physical development is slow. The eyes 
do not open for 16-25 days. The first milk tooth 
appears when the young fossa is ready for the inau- 
gural venture from the nest at one and a half months. 
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Fossa 


A fossa (Cryptoprocta ferox). (© National Audubon Society Collection/Photo Researchers, Inc.) 


Though weaned by four months, solid food is not 
taken until three months of age. Climbing begins at 
about three and a half months. Fully-grown and inde- 
pendent at two years, the fossa does not reach sexual 
maturity for another two years. Male fossas possess a 
penis-bone, called a baculum. Females exhibit genital 
mimicry of the males, though the mimicry is not well 
developed. 


Grooming techniques are similar to felids, with 
licking and scratching with the hind feet, and face 
washing with the fore feet. Fossas display a variety 
of vocalizations: a short scream repeated five to seven 
times is a threat, while the mating call of the female is 
a long mew, lasting up to 15 seconds. The female calls 
the young with a sharp, long whimpering. When first 
beginning to suckle, the young will growl, and both 
sexes mew and growl when mating. 


Fossas live in low population densities and 
require undisturbed forests, which are unfortunately 
rapidly disappearing on the heavily logged island of 
Madagascar. Although fossas have lived as long as 17 
years in captivity, these animals are unlikely to survive 
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as long in the wild. Fossas are considered an endan- 
gered species primarily due to habitat loss and human 
persecution. 
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KEY TERMS 


Arboreal—Living in trees. 


Convergent evolution—An evolutionary pattern by 
which unrelated species that fill similar ecological 
niches tend to develop similar morphologies and 
behavior. Convergence occurs in response to sim- 
ilar selection pressures. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 

Felid—Of or belonging to the family Felidae which 
includes the lions, tigers, jaguars, and wild and 
domestic cats; resembling or suggestive of a cat. 


Gestation—The period of carrying developing off- 
spring in the uterus after conception; pregnancy. 
Melanistic—A dark or black pigmentation; dark 
coloration. 


Nocturnal—Active by night. 


Plantigrade—Walking with the entire lower surface 
of the foot on the ground, as humans and bears do. 


Prehensile—Adapted for seizing or holding, espe- 
cially by wrapping around an object. 


Retractile—Capable of being drawn back or in. 


Tennesen, Michael. “The Fossa and the Lemur.” National 
Wildlife 44 (April-May 2006): 30-39.16. 
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| Fossil and fossilization 


Fossils are a window into Earth’s history and the 
evolution of life. The term fossil literally means some- 
thing that has been “dug up,” but its modern meaning 
is restricted to preserved evidence of past life. Such 
evidence may take the form of body fossils (both plant 
and animal), trace fossils or ichnofossils (physical fea- 
tures formed in rock due to animal-sediment interac- 
tion), and chemical trace fossils (chemical evidence of 
life processes preserved in minerals within the rocks). 


Fossilization refers to the series of postmortem 
(after-death) processes that lead to development of a 
body, trace, or chemical fossil. For original hard parts 
(e.g., shell, skeleton, and teeth), which are com- 
posed of various kinds of organic minerals, fossil- 
ization may include replacement by new minerals, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


One of the most complete early hominid fossils is this 
Australopithecus afarensis specimen commonly known as 
“Lucy,” which was found by Donald Johanson in the Afar 
region of Ethiopia. (© John Reader/Science Photo Library/Photo 
Researchers, Inc.) 


permineralization (filling open spaces with minerals). 
Fossil shells may be represented by external or internal 
(steinkern) sediment molds. Soft parts of plants or 
animals may also be mineralized and preserved as 
fossils in the process of carbonization. Soft tissue can 
be preserved as fossil material under special conditions 
where bacteria and moisture are excluded (e.g., fossils 
buried in glacial ice, anoxic peat bogs, and amber). 


Fossils and their enclosing sediment (or sedimen- 
tary rock) are carefully studied in order to reconstruct 
ancient sedimentary environments and ancient ecosys- 
tems. Such analysis is called paleoecology, or the study 
of ancient ecologic systems. Fossils occur in nearly 
all sediments and sedimentary rock, and some vol- 
canic rocks (e.g., ash deposits) as well. The bulk of 
these fossils are invertebrates with hard parts (e.g., 
clam shells). Vertebrates, the class that includes 
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Fossil and fossilization 


A fossil trilobite from the Mid-ordovician period. (Neasaphus 
Rowalewkii. JLM Visuals.) 


reptiles (e.g., dinosaurs) and mammals (e.g., masto- 
dons), are a relatively late development, and the find- 
ing of a large, complete vertebrate fossil, with all its 
parts close together, is rather rare. Microfossils, on the 
other hand, are extremely common. Microfossils 
include very early bacteria and algae; the unicellular 
organisms called foraminiferans, which were com- 
mon in the Tertiary periods, and fossil pollen. The 
study of microfossils is a specialized field called 
micropaleontology. 


Fossils of single-celled organisms have been 
recovered from rocks as old as 3.5 billion years. 
Animal fossils first appear in Upper Precambrian 
rocks dating back about a billion years. The occur- 
rence of fossils in unusual places, such as dinosaur 
fossils in Antarctica and fish fossils on the Siberian 
steppes, reflects both shifting of continental position 
by plate tectonics and environmental changes over 
time. The breakup of the supercontinent Pangaea 
during and since Triassic pulled apart areas that were 
once contiguous and thus shared the same floras and 
faunas. In particular, Earth’s tectonic plates carrying 
the southern hemisphere continents-South America, 
southern Africa, the Indian subcontinent, Australia, 
and Antarctica-moved in different directions, isolat- 
ing these areas. Terrestrial vertebrates were effectively 
marooned on large continental “islands.” Thus, the 
best explanation for dinosaurs on Antarctica is not 
that they evolved there, but that Antarctica was once 
part of a much larger land mass with which it shared 
many life forms. 


An important environmental factor influencing 
the kinds of fossils deposited has been radical and 
episodic alteration in sea levels. During episodes of 
high sea level, the interiors of continents such as 
North America and Asia are flooded with seawater. 
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These periods are known as marine transgressions. 
The converse, periods of low sea level when the waters 
drain from the continents, are known as marine 
regressions. During transgressions, fossils of marine 
animals may be laid down over older beds of terrestrial 
animal fossils. When sea level fall occurs, thus expos- 
ing more land at the edges of continents, sediments 
with fossils of terrestrial animals may accumulate over 
older marine animals. In this way, plate tectonics and 
the occasional marine flooding of inland areas could 
result in unusual collections of fossil floras and faunas 
in sediments and sedimentary rocks where the living 
plants or animals could not exist today—such as fishes 
on the Siberian steppes. 


Changes in sea level over the past million years or 
so have been related to episodes of glaciation. During 
glaciation, proportionately more water is bound up in 
the polar ice caps and less is available in the seas, 
making the sea levels lower. It is speculated, but not 
certain, that the link between glaciation and lower sea 
levels holds true for much of Earth’s history. The 
periods of glaciation in turn are related to broad cli- 
matic changes that affect the entire Earth, with cooler 
weather increasing glaciation and with warmer tem- 
peratures causing glacial melting and a rise in sea 
levels. Global climatic change has had a profound 
effect on Earth’s fauna and flora over time. This is 
strongly reflected in the fossil record and the record of 
paleoecology of Earth found in sedimentary strata. 


The fossil clock 


The principal use of fossils by geologists has been 
to date rock strata (layers) that have been deposited 
over millions of years. As different episodes in 
Earth’s history are marked by different temperature, 
aridity, and other climatic factors, as well as different 
sea levels, different life forms were able to survive in 
one locale or period but not in another. Distinctive 
fossilized life forms that are typically associated with 
given intervals of geologic time are known as index 
fossils, or indicator species. Over the past 200 years, 
paleontologists have determined an order of succes- 
sive index fossils that not only allows geologists to 
date strata, but also is the foundation for under- 
standing organic evolution. 


The temporal relationship of the strata is relative: 
it is more important to know whether one event 
occurred before, during, or after another event than 
to know exactly when it occurred. Recently geologists 
have been able to subdivide time periods into progres- 
sively smaller intervals called epochs, ages, and zones, 
based on the occurrence of characteristic indicator 
(index fossil) species, with the smallest time slices 
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A fly in amber, 35 million years old. (JLM Visuals.) 


about one-half million years. Radiometric dating 
measures that measure the decay of radioactive iso- 
topes have also been used to derive the actual rather 
than relative dates of geological periods; the dates 
shown on the time scale were determined by radio- 
metry. The relative dating of the fossil clock and the 
quantitative dating of the radiometric clock are used 
in combination to date strata and geological events 
with accuracy. 


The fossil clock is divided into units by index 
fossils. Certain characteristics favor the use of one 
species over another as an index fossil. For example, 
the ammonoids (ammonites), an extinct mollusk, func- 
tion as index fossils from Lower Devonian through 
Upper Cretaceous—an interval of about 350 million 
years. The ammonoids, marine animals with coiled, 
partitioned shells, in the same class (Cephalopoda) as 
the present-day Nautilus, were particularly long-lived 
and plentiful. They evolved quickly and colonized most 
of the seas on the planet. Different species preferred 
warmer or colder water, evolved characteristically 
sculpted shells, and exhibited more or less coiling. 
With thousands of variations on a few basic, easily 
visible features—variations unique to each species in 
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its own time and place—the ammonoids were obvious 
candidates to become index fossils. For unknown rea- 
sons, this group of immense longevity became extinct 
during the Cretaceous-Triassic mass extinction. The 
fossils are still quite plentiful; some are polished and 
sold as jewelry or paperweights. 


Index fossils are used for relative dating, and the 
geologic time scale is not fixed to any one system of 
fossils. Multiple systems may coexist side by side and 
be used for different purposes. For example, because 
macrofossils such as the ammonoids may break during 
the extraction of a core sample or may not be frequent 
enough to lie within the exact area sampled, a geolo- 
gist may choose to use the extremely common micro- 
fossils as the indicator species. Workers in the oil 
industry may use conodonts, fossils commonly found 
in oil-bearing rocks. Regardless of which system of 
index fossils is used, the idea of relative dating by 
means of a fossil clock remains the same. 


From biosphere to lithosphere 


The likelihood that any living organism will 
become a fossil is quite low. The path from biosphere 
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to lithosphere—from the organic, living world to the 
world of rock and mineral—is long and indirect. 
Individuals and even entire species may be “snatched” 
from the record at any point. If an individual is suc- 
cessfully fossilized and enters the lithosphere, ongoing 
tectonic activity may stretch, abrade, or pulverize the 
fossil, or the sedimentary layer housing the fossil may 
eventually be subjected to high temperatures in 
Earth’s interior and melt, or be weathered away at 
the Earth’s surface. A fossil that has survived or 
avoided these events may succumb to improper collec- 
tion techniques at the hands of a human. 


Successful fossilization begins with the conditions 
of death in the biosphere. Fossils occur in sedimentary 
rock and are incorporated as an integral part of the 
rock during rock formation. Unconsolidated sediments 
such as sand or mud, which will later become the 
fossiliferous (fossil-bearing) sandstone or limestone, 
or shale, are an ideal matrix for burial. The organism 
should also remain undisturbed in the initial phase of 
burial. Organisms exposed in upland habitats are scav- 
enged and weathered before they have an opportunity 
for preservation, so a low-lying habitat is the best. 
Often this means a watery habitat. The fossil record is 
highly skewed in favor of organisms that died and were 
preserved in calm seas, estuaries, tidal flats, or the deep 
ocean floor (where there are few scavengers and little 
disruption of layers). Organisms that died at altitude, 
such as on a plateau or mountainside, and are swept by 
rivers into a delta or estuary may be added to this death 
assemblage, but are usually fragmented. 


A second factor contributing to successful fossil- 
ization is the presence of hard parts. Soft-bodied 
organisms rarely make it into the fossil record, which 
is highly biased in favor of organisms with hard 
parts—skeletons, shells, woody parts, and the like. 
An exception is the Precambian Burgess Shale, in 
British Columbia, where a number of soft-bodied 
creatures were fossilized under highly favorable con- 
ditions. These creatures have few relatives that have 
been recorded in the fossil record; this is due to the 
unlikelihood of the soft animals being fossilized. 


From the time of burial on, an organism is tech- 
nically a fossil. Anything that happens to the organism 
after burial, or anything that happens to the sediments 
that contain it, is encompassed by the term diagenesis. 
What is commonly called fossilization is simply a post- 
mortem alteration in the mineralogy and chemistry of 
the original living organism. 


Fossilization involves replacement of minerals 
and chemicals by predictable chemical means. For 
example, the shells of molluscs are made of calcium 
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carbonate, which typically remineralizes to calcite or 
aragonite. The bones of most vertebrates are made of 
calcium phosphate, which undergoes subtle changes 
that increase the phosphate content, while cement fills 
in the pores in the bones. These bones may also be 
replaced by silica. 


The replacement of original minerals and chem- 
icals takes place according to one of three basic 
schemes. In one scheme; the skeleton is replaced one 
to one with new minerals. This scheme is known as 
replacement. In a second scheme, the hard parts have 
additional mineral material deposited in their pores. 
This is known as permineralization. In a third scheme, 
both hard and soft parts dissolve completely and a 
void is left in the host rock (which may later be filled 
with minerals). If in the third scenario, the sediments 
hardened around the hard part and took its shape 
before it dissolved, and the dissolved hard part was 
then not replaced (1.e., there is a void), a thin space 
remains between two rock sections. The rock section 
bearing the imprint of the interior face of the shell, let 
us say, is called the part, or internal mold, and the rock 
section bearing the imprint of the exterior of the shell 
is called the counterpart, or external mold. External 
molds are commonly but mistakenly discarded by 
amateur fossil collectors. 


Because of the nature of fossilization, fossils are 
often said to exist in communities. A fossil community 
is defined by space, not time. Previously fossilized 
specimens of great age may be swept by river action 
or carried by scavengers into young sediments that are 
just forming, there to join the fossil mix. For this 
reason, it may be difficult to date a fossil with preci- 
sion on the basis of a presumed association with 
nearby fossils. Nevertheless, geologists hope to con- 
firm relationships among once living communities by 
comparing the makeup of fossil communities. 


One of the larger goals of paleontologists is to 
reconstruct the prehistoric world, using the fossil 
record. Inferring an accurate life assemblage from a 
death assemblage is insufficient and usually wrong. 
The fossil record is known for its extreme biases. For 
example, in certain sea environments over 95% of 
species in life may be organisms that lack hard parts. 
Because such animals rarely fossilize, they may never 
show up in the fossil record for that locale. The species 
diversity that existed in life will therefore be much 
reduced in the fossil record, and the proportional 
representation of life forms greatly altered. 


To gain some idea of the likelihood of fossilization 
of an individual or a species, scientists have sampled 
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the death assemblages—decaying plants and animals 
that have gained the security of undisturbed sedi- 
ments—in modern-day harbor floors and offshore 
sediments, and compared those death assemblages 
with actual life assemblages in the overlying waters. 
It seems that no more than 30% of species and 10% of 
individuals are preservable after death. The death 
assemblage is still millions of years away from becom- 
ing a fossil community, however, and once such fac- 
tors as consumption of the decaying organisms by 
scavengers, transport of the organisms out of the 
area, disturbance of sediments, reworking of the rock 
after it has formed, and erosion are added to the 
picture, the fossilization rate falls well below the pres- 
ervation rate. 


In some cases, however, a greater than usual pro- 
portion of preservable individuals in a community has 
fossilized in place. The result is a bed of fossils, named 
after the predominant fossil component, “bone bed” 
or “mussel bed,” for example. Geologists are divided 
over whether high-density fossil deposits are due to 
reworking and condensation of fossiliferous sediments 
or to mass mortality events. Mass mortality—the con- 
temporaneous death of few to millions of individuals 
in a given area—usually is attributed to a natural 
catastrophe. In North America, natural catastrophe 
is thought to have caused the sudden death of the 
dinosaurs in the bone beds at Dinosaur National 
Park, Colorado, and of the fossil fishes in the Green 
River Formation, Wyoming. These are examples of 
local mass mortality. When mass mortality occurs ona 
global scale and terminates numerous species, it is 
known as a mass extinction. The greatest mass extinc- 
tions have been used to separate strata formed during 
different geological eras: the Permian-Triassic extinc- 
tion separates the Paleozoic era from Mesozoic; the 
Cretaceous-Tertiary extinction, which saw the demise 
of the dinosaurs and the rise of large mammalian 
species to fill newly available biological niches, sepa- 
rates Mesozoic from Tertiary. Thus, mass extinctions 
are recorded not only in the high-density fossil beds, 
but in the complete disappearance of many species 
from the fossil record. 


From field to laboratory 


A fossil identified in the field is not immediately 
chiseled out of its matrix. First, photographs are taken 
to show the relationship of the fossil fragments, and the 
investigator notes the rock type and age, and the fossil’s 
orientation. Then a block of rock matrix that contains 
the entire fossil is cut out with a rock saw, wrapped in 
muslin, and wrapped again in wet plaster, a process 
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known as jacketing. The jacketed fossils may addition- 
ally be stored in protective crates for air transport. 


In the laboratory, the external wrappings are 
removed, exposing the fossil in its matrix. The techni- 
que used to remove the excess rock varies with the type 
of rock and type of fossil, but three methods are 
common. Needle-sharp pointed tools, such as dental 
drills and engraving tools, may be used under a binoc- 
ular microscope; or pinpoint blasting may be done 
with a fine abrasive powder; or acid may be used to 
dissolve the rock. Because some fossils also dissolve in 
some acids, the fossil’s composition must be deter- 
mined before a chemical solvent is used. If the inves- 
tigator wishes to see the complete anatomy of the 
fossil, the entire rocky matrix may be removed. Thin 
slices of the fossil may be obtained for microscopic 
study. If replicas are desired, the fossil may be coated 
with a fixative and a rubber cast made. For security 
purposes, most prehistoric skeletons on display in 
museums and public institutions are models cast 
from a mold, and not the original fossil itself. 


The study of fossils is not limited to freeing the 
fossil from its matrix, looking at it microscopically, 
or making articulated reproductions to display in 
museum halls. Since about 1980, a variety of techni- 
ques developed in other fields have been used to make 
discoveries about the original life forms that were 
transformed into fossils. Immunological techniques 
have been used to identify proteins in fossilized dino- 
saur bones. The ability to recover DNA, not only from 
insects preserved in amber but also from fossilized fish 
and dinosaurs, may soon be realized. Studies of tem- 
perature-dependent oxygen isotopes formed during 
fossilization have been used to support the theory 
that dinosaurs were warm-blooded. And even as labo- 
ratory research is moving toward the molecular biol- 
ogy of fossilized organisms, aerial reconnaissance 
techniques for identifying likely locales of fossil beds 
are being refined. The true value of a fossil, however, is 
realized only when its relationships to other organ- 
isms, living and extinct, and to its environment are 
known. 


Interpreting the fossil record 


The fossil record—the sum of all known fossils— 
has been important in tracing the phylogeny, or evolu- 
tionary relations, of ancient and living organisms. 
The contemporary understanding of a systematic, 
phylogenetic hierarchy descending through each of 
the five kingdoms of living organisms has replaced 
earlier concepts that grouped organisms by such fea- 
tures as similar appearance. It is now known that 
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KEY TERMS 


Bone bed—High-density accumulation of fossil- 
ized bones. 


Diagenesis—The processes to which a dead organ- 
ism is exposed after burial as it becomes a fossil; for 
example, compaction and replacement. 


External mold—Fossilized imprint of the exterior 
portion of the hard part of an organism, left after the 
fossilized organism itself has been dissolved; 
related to internal mold, bearing the imprint of the 
interior portion of the hard part, for example, of a 
clam shell. 


Fossil record—The sum of fossils known to 
humans, and the information gleaned from them. 


Fossiliferous—Fossil bearing; usually applied to 
sedimentary rock strata. 


Ichnofossil—A trace fossil, or inorganic evidence 
of a fossil organism, such as a track or trail. 


Index fossil—A distinctive fossil, common to a par- 
ticular geological period, that is used to date rocks 
of that period; also called indicator species. 


unrelated organisms can look alike and closely 
related organisms can look different; thus, terms like 
“similar” have little analytical power in biology. In 
recent years, interpretation of the fossil record has 
been aided by new knowledge of the genetics of 
living organisms. Modern genomes contain large 
amounts of information about evolutionary relation- 
ships. Debates over the ancestry of whales, for exam- 
ple, have been decided using a combination of fossil 
and DNA evidence. 


In addition to providing important information 
about the history of Earth, fossils have industrial uses. 
Fossil fuels (oil, coal, petroleum, bitumen, natural gas) 
drive industrialized economies. Fossil aggregates such 
as limestone provide building material. Fossils are also 
used for decorative purposes. 


See also 
Stratigraphy. 


Dating techniques; Paleontology; 
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I Fossil fuels 


Fossil fuels are buried deposits of petroleum, coal, 
peat, natural gas, and other carbon-rich organic com- 
pounds derived from the dead bodies of plants and 
animals that lived many millions of years ago. Over 
long periods of time, pressure generated by overlying 
sediments and heat from within the Earth have con- 
centrated and modified these materials into valuable 
energy sources for human purposes. Fossil fuels cur- 
rently provide about 90% of all technological energy 
used in the world. They provide the power to move 
vehicles, heat living spaces, provide light, cook our 
food, transmit and process information, and carry 
out a wide variety of industrial processes. Modern 
agriculture is also deeply dependent on fossil fuels, 
since most of the nitrogen in fertilizers is derived 
from natural gas. It is no exaggeration to say that 
modern industrial society is nearly completely depend- 
ent on (some would say addicted to) a continual sup- 
ply of fossil fuels) How we will adapt as supplies 
become too limited, too remote, too expensive, or 
too environmentally destructive to continue to use is 
a paramount question for society. 


The amount of fossil fuels deposited over history 
is large. Total coal reserves, for example, are estimated 
to be in the vicinity of ten trillion metric tons. If all this 
resource could be dug up, shipped to market, and 
burned in an economically and environmentally 
acceptable manner—which, at this point, it cannot— 
it would fuel all our current commercial energy uses 
for several thousand years. Petroleum (oil) deposits 
are thought to have originally amounted to some 
four trillion barrels (600 billion metric tons), about 
half of which has already been extracted and used to 
fuel industrial society. At current rates of use the 
proven oil reserves will be used up in about 40 years. 
World natural gas supplies are thought to be at least 
10 quadrillion cubic feet or about as much as energy as 
the original oil supply. At current rates of use, known 
gas reserves should last at least 60 years. If we sub- 
stitute gas for oil or coal, as some planners advocate, 
supplies will be used up much faster than at current 
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rates. Some unconventional hydrocarbon sources 
such as oil shales and tar sands might represent an 
energy supply equal to or even surpassing the coal 
deposits on which we now depend. 


In the United States, oil currently supplies about 
40% of all commercial energy use, while coal contrib- 
utes about 22%, and natural gas provide about 24%. 
Oil and its conversion products, such as gasoline, 
kerosene, diesel fuel, and jet fuel are the primary fuel 
for internal combustion engines because of the ease 
with which they can be stored, transported, and 
burned. Coal is burned primarily in electric power 
plants and other large, stationary industrial boilers. 
Methane (natural gas) is used primarily for space heat- 
ing, cooking, water heating, and industrial processes. 
It is cleaner burning than either oil or coal, but is 
difficult to store or to ship to places not served by 
gas pipelines. 


The use of fossil fuels as our major energy source 
has many adverse environmental effects. Coal mining 
often leaves a devastated landscape of deep holes, 
decapitated mountain tops, toxic spoil piles, and 
rocky rubble. Acid drainage and toxic seepage from 
abandoned mines poisons thousands of miles of 
streams in the United States. Every year the 900 mil- 
lion tons of coal burned in the United States (mainly 
for electric power generation) releases 18 million tons 
of sulfur dioxide, five million tons of nitrogen oxides 
(the main components of acid rain), four million tons 
of carbon monoxide and unburned hydrocarbons, 
close to a trillion tons of carbon dioxide, and a sub- 
stantial fraction of the toxic metals such as mercury, 
cadmium, thallium, and zinc into our air. Coal often 
contains uranium and thorium, and that most coal- 
fired power plants emit significant amounts of radio- 
activity—more, in fact, than a typical nuclear power 
plant under normal conditions. Oil wells generally are 
not as destructive as coalmines, but exploration, drill- 
ing, infrastructure construction, waste disposal, and 
transport of oil to markets can be very disruptive to 
wild landscapes and wildlife. Massive oil spills, such as 
the grounding of the Exxon Valdez on Prince William 
Sound, Alaska, in 1989, illustrate the risks of shipping 
large amounts of oil over great distances. Nitrogen 
oxides, unburned hydrocarbons, and other combus- 
tion byproducts produced by gasoline and diesel 
engines are the largest source of air pollution in 
many American cities. 


One of the greatest concerns about our continued 
dependence on fossil fuels is the waste carbon dioxide 
produced by combustion. While carbon dioxide is a 
natural atmospheric component and is naturally 
absorbed and recycled by photosynthesis in green 
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plants, we now burn so much coal, oil, and natural 
gas each year that the amount of carbon dioxide in 
the atmosphere is rapidly increasing. Because carbon 
dioxide is a greenhouse gas (that is, it is transparent to 
visible light but absorbs long wavelength infrared 
radiation), it tends to trap heat in the lower atmos- 
phere and increase average global temperatures. 
Climatic changes brought about by higher tempera- 
tures can result in heat waves, changes in rainfall 
patterns and growing seasons, rising ocean levels, 
and could increase the frequency and severity of 
storms. These potentially catastrophic effects of global 
climate change may limit our ability to continue to use 
fossil fuels as our major energy source. All of these 
considerations suggest that we urgently need to 
reduce our dependency on fossil fuels and turn to 
environmentally benign, renewable energy sources 
such as solar power, wind, biomass, and small-scale 
hydropower. 


Foxes see Canines 


Foxglove see Snapdragon family 


I Fractal 


A fractal is a geometric figure, often character- 
ized as being self-similar; that is, irregular, fractured, 
fragmented, or loosely connected in appearance. 
Fractals were being used hundreds, maybe thousands, 
of years ago, but were not called fractals. They were 
designs contained within art and crafts, on designs 
of carpets and painted floors and ceilings, and within 
many objects used in everyday life. German mathe- 
matician Gottfried Wilhelm Leibniz (1646-1716) 
developed concepts that helped to eventually define 
fractals. German mathematician Karl Weierstrass 
(1815-1897) analyzed and graphed a function in 
1872 that today is considered a fractal. Later, in 
1904, Swedish mathematician Niels Fabian Helge 
von Koch (1870-1924) refined Weierstrass’s work 
and defined another function, what is now called the 
Koch snowflake. 


Polish-French mathematician Benoit B. Mandelbrot 
(1924-) coined the term fractal to describe such figures, 
deriving the word from the Latin fractus meaning bro- 
ken, fragmented, or irregular. He also pointed out amaz- 
ing similarities in appearance between some fractal sets 
and many natural geometric patterns. Thus, the term 
natural fractal refers to natural phenomena that are 
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The construction of a well known self-similar figure (fractal), 
the triadic Koch curve. A line segment (a) has its central 1/3 
removed and replaced with a segment twice as long (b). In 
order to accomplish this, the replacement segment is 
"broken" in the middle. The resulting curve has four 
segments each 1/3 of the length of the original line. Next, the 
center 1/3 of each of the four segments is replaced with a 
"broken" line twice as long as the segment that was removed 
(c). Now the curve has 16 segments, each 1/9 the length of the 
original line. Repeating this process indefinitely results in a 
Koch curve, which is self-similar because any piece of it can 
be magnified by a factor of three and look the same as an 
unmagnified segment. (Hans & Cassidy. Courtesy of Gale 
Group.) 


similar to fractal sets, such as the path followed by a dust 
particle as it bounces about in the air. 


Another good example of a natural phenomenon 
that is similar to a fractal is a coastline, because it 
exhibits three important properties that are typical 
of fractals. First, a coastline is irregular, consisting of 
bays, harbors, and peninsulas. Second, the irregularity 
is basically the same at all levels of magnification. 
Whether viewed from orbit high above Earth, from a 
helicopter, or from land, whether viewed with the 
naked eye, or a magnifying glass, every coastline is 
similar to itself. While the patterns are not precisely 
the same at each level of magnification, the essential 
features of a coastline are observed at each level. 
Third, the length of a coastline depends on the magni- 
fication at which it is measured. Measuring the length 
of a coastline on a photograph taken from space will 
only give an estimate of the length, because many 
small bays and peninsulas will not appear, and the 
lengths of their perimeters will be excluded from the 
estimate. 


A better estimate can be obtained using a photo- 
graph taken from a helicopter. Some detail will still be 
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missing, but many of the features missing in the space 
photo will be included, so the estimate will be longer 
and closer to what might be termed the actual length of 
the coastline. This estimate can be improved further by 
walking the coastline wearing a pedometer. Again, a 
longer measurement will result, perhaps more nearly 
equal to the actual length, but still an estimate, because 
many parts of a coastline are made up of rocks and 
pebbles that are smaller than the length of an average 
stride. Successively better estimates can be made by 
increasing the level of magnification, and each succes- 
sive measurement will find the coastline longer. 
Eventually, the level of magnification must achieve 
atomic or even nuclear resolution to allow measure- 
ment of the irregularities in each grain of sand, each 
clump of dirt, and each tiny pebble, until the length 
appears to become infinite. This problematic result 
suggests the length of every coastline is the same. 


The resolution of the problem lies in the fact that 
fractals are properly characterized in terms of their 
dimension, rather than their length, area, or volume, 
with typical fractals described as having a dimension 
that is not an integer. To explain how this can happen, 
it is necessary to consider the meaning of dimension. 
The notion of dimension dates from the ancient 
Greeks, perhaps as early as Pythagoras (582-500 BC) 
but at least from Greek mathematician Euclid of 
Alexandra (c. 325-c. 265 BC) and his books on geom- 
etry. Intuitively, mathematicians think of dimension 
as being equal to the number of coordinates required 
to describe an object. For instance, a line has dimen- 
sion 1, a square has dimension 2, and a cube has 
dimension 3. This is called the topological dimension. 


However, between the years 1875 and 1925, math- 
ematicians realized that a more rigorous definition of 
dimension was needed in order to understand 
extremely irregular and fragmented sets. They found 
that no single definition of dimension was complete 
and useful under all circumstances. Thus, several def- 
initions of dimension remain today. Among them, the 
Hausdorf dimension, proposed by German mathema- 
tician Felix Hausdorff (1868-1942), results in frac- 
tional dimensions when an object is a fractal, but is 
the same as the topological value of dimension for 
regular geometric shapes. It is based on the increase 
in length, area, or volume that is measured when a 
fractal object is magnified by a fixed scale factor. For 
example, the Hausdorf dimension of a coastline is 
defined as D = log(Length Increase)/log(scale factor). 
If the length of a coastline increases by a factor of four 
whenever it is magnified by a factor of three, then its 
Hausdorf dimension is given by log(Length Increase)/ 
log(scale factor) = log(4)/log(3) = 1.26. Thus, it is not 
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KEY TERMS 


Dimension—Intuitively, a figure’s dimension is the 
number of coordinates required to describe it, such 
as a line (one), square (two), or cube (three). 
However, there are other definitions of dimension, 
based on rigorous definitions of the measure of a 
set. One such dimension is the Hausdorf dimen- 
sion, which applies to fractal sets. 


Scale factor—A scale factor is a constant equal 
to the ratio of two proportional lengths, areas, or 
volumes. It is also called the constant of 
proportionality. 

Similarity—Two geometric figures are said to be 
similar if their corresponding shapes are the same 
but corresponding measurements are in the same 
proportion, or have the same scale factor. 


the length that properly characterizes a coastline but 
its Hausdorf dimension. Finally, then, a fractal set is 
defined as a set of points on a line, in a plane, or in 
space, having a fragmented or irregular appearance at 
all levels of magnification, with a Hausdorf dimension 
that is strictly greater than its topological dimension. 


Great interest in fractal sets stems from the fact 
that most natural objects look more like fractals than 
they do like regular geometric figures. For example, 
clouds, trees, and mountains look more like fractal 
figures than they do like circles, triangles, or pyramids. 
Thus, fractal sets are used by geologists to model the 
meandering paths of rivers and the rock formations of 
mountains, by botanists to model the branching pat- 
terns of trees and shrubs, by astronomers to model the 
distribution of mass in the universe, by physiologists 
to model the human circulatory system, by physicists 
and engineers to model turbulence in fluids, and by 
economists to model the stock market and world eco- 
nomics. Often times, fractal sets can be generated by 
rather simple rules. For instance, a fractal dust is 
obtained by starting with a line segment and removing 
the center one-third, then removing the center one- 
third of the remaining two segments, then the center 
one-third of those remaining segments and so on. 


Rules of generation such as this are easily imple- 
mented and displayed graphically on computers. 
Because some fractal sets resemble mountains, islands, 
or coastlines, while others appear to be clouds or 
snowflakes, fractals have become important in graphic 
art and the production of special effects. For example, 
fake worlds, generated by computer, are used in 
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science fiction movies and television series, on DVDs 
(digital versatile discs), and in video games, because 
they are easily generated from a set of instructions that 
occupy relatively little computer memory. 
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f Fraction, common 


Fractional parts such as half, quarter, eighth, and 
so on form a part of daily language usage. When, for 
example, we refer to “half an hour,” “a quarter pound 
of coffee,” or “an eighth of a pie.” In arithmetic, the 
word “fraction” has a more precise meaning since a 
fraction is a numeral. Most fractions are called com- 
mon fractions to distinguish them from special kinds 
of fractions like decimal fractions. 


A fraction is written as two stacked numerals with 
a line between them, as for example 
3 
A 


which refers to three-fourths (also called three quar- 
ters). All fractions are read this way. 


> 
9 


is called five-ninths and 5, the top figure, is called the 
numerator, while the bottom figure, 9, is called the 
denominator. 


A fraction expresses a relationship between the 
fractional parts to the whole. For example, the fraction 


3 
4 


shows that something has been divided into four equal 
parts and that we are dealing with three of them. The 
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denominator denotes into how many equal parts the 
whole has been divided. A numerator names how many 
of the parts we are taking. If we divide something into 
four parts and only take one of them, we show it as 


1 
4 


This is known as a unit fraction. 


Whole numbers can also be shown by fractions. 
The fraction 


> 
1 


means five wholes, which is also shown by 5. 


Another way of thinking about the fraction 


Kw 


is to see it as expressing the relationship between a 
number of items set apart from the larger group. For 
example, if there are 16 books in the classroom and 12 
are collected, then the relationship between the part 
taken (12) and the larger group (16) is 


12 
16 


The fraction 


12 
16 


names the same number as 


Kw 


Two fractions that stand for the same number are 
known as equivalent fractions. 


A third way of thinking about the fraction 


3 
4 


is to think of it as measurement or as a division prob- 
lem. In essence the symbol 


Kw 


says: take three units and divide them into four equal 
parts. The answer may be shown graphically. 
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The size of each part may be seen to be 


3 
4 


To think about a fraction as a measurement 
problem is a useful way to help understand the operation 
of division with fractions which will be explained later. 


A fourth way of thinking about 


lw 


is aS expressing a ratio. A ratio is a comparison 
between two numbers. For example, 3 is to 4, as 6 Is 
to 8, as 12 is to 16, and 24 is to 32. One number can be 
shown by many different fractions provided the rela- 
tionship between the two parts of the fraction does not 
change. This is most important in order to add or 
subtract, processes which will be considered next. 


Operations with fractions 


Fractions represent numbers and, as numbers, 
they can be combined by addition, subtraction, multi- 
plication, and division. Addition and subtraction of 
fractions present no problems when the fractions have 
the same denominator. For example: 


28. 
8 


ola 


A. 
8 


We are adding like fractional parts, so we ignore 
the denominators and add the numerators. The same 
holds for subtraction. When the fractions have the 
same denominator we can subtract the numerators 
and ignore the denominators. For example: 


ae 
6 6 


To add and subtract fractions with unlike denom- 
inators, the numbers have to be renamed. For exam- 
ple, the problem 


requires us to change the fractions so that they have 
the same denominator. We try to find the lowest com- 
mon denominator since this makes the calculation 
easier. If we write 
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and 


2 as 
3 


a|S 


the problem becomes 


24 
6 


a|-R 


Z 
6 


Similarly, with subtraction of fractions that do not 
have the same denominator, they have to be renamed. 


eee? 
4 12 
needs to become 
91 
12 12 
which leaves 
8 
12 
Now consider: 
7 
6 


which is known as an improper fraction. It is said to be 
improper because the numerator is bigger than the 
denominator. Often an improper fraction is renamed 
as amixed number which is the sum of a whole number 
and a fraction. Take six of the parts to make a whole 
(1) and show the part left over as 


A fraction is not changed if you can do the same 
operation to the numerator as to the denominator. 
Both the numerator and denominator of 


8 


12 


can be divided by four to reduce the fraction to 
2 
3 


Both terms can also be multiplied by the same 
number and the number represented by the fraction 
does not change. This idea is helpful in understanding 
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how to do division of fractions which will be considered 
next. When multiplying fractions the terms above 
the line (numerators) are multiplied, and then the 
terms below the line (denominators) are multiplied, e.g., 


We can also show this graphically. What we are 
asking is if I have half of something, (e.g., half a yard) 
what is 


3 
4 
of that? The answer is 


3 
8 


of a yard 


It was mentioned earlier that a fraction can be 
thought of as a division problem. Division of fractions 
such as 


may be shown as one large division problem 


3 
4 (N) 


(D) 


The easiest problem in the division of fractions is 
dividing by one because in any fraction that has one as 
the denominator, e.g., 


es 
1 


we can ignore the denominator because we have 7 
wholes. So in our division problem, the question 
becomes what can we do to get | in the denominator? 
The answer is to multiply 


N|-= 


by its reciprocal 


alhy 
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and it will cancel out to one. What we do to the 
denominator we must do to the numerator. The new 
equation becomes 


AlAl RIO 
al RID 
—_ 


We can also show this graphically. What we want 
to know is how many times will a piece of cord 


ae 
— inch] 
3 inch long 
fit into a piece that is 
D8 
= inch | 
q inch long 
The answer is 
13. 
1-— 
5 times 


Fractions are of immense use in mathematics and 
physics and the application of these to modern tech- 
nology. They are also of use in daily life. If you under- 
stand fractions you know that 


is bigger than 


250 


so that shutter speed in photography becomes under- 
standable. A screw of 


3 


16 
is smaller than one of 

3 

8 


so tire sizes shown in fractions become meaningful 
rather than incomprehensible. It is more important 
to understand the concepts than to memorize opera- 
tions of fractions. 
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KEY TERMS 


Denominator—Notes the number of parts into 
which the whole has been divided. 


Equivalent fraction—Where the value of the frac- 
tion remains the same but the form of the fraction 
changes. 


Improper fraction—Where the numerator is the 
same as the denominator or greater than the 
denominator 


Lowest common denominator—The smallest 
denominator which is common to all the fractional 
units being dealt with. 


Numerator—That part of a fraction which enumer- 
ates how many of the factional parts are being dealt 
with. 


Unit fraction—Symbol which shows that one part 
only is being dealt with. 


Resources 
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Francium see Alkali metals 


l Fraunhofer lines 


Fraunhofer lines are dark (absorption) lines in the 
solar spectrum that can be seen when sunlight is 
passed through a prism or other device to separate it 
into its component wavelengths. They occur because 
cooler gas, which is higher in the sun’s atmosphere, 
absorbs some colors of the light emitted by hotter gas 
lower in the sun’s atmosphere. 


Isaac Newton (1642-1727) discovered that if white 
light is passed through a prism, it separates into a 
rainbow, which is a spectrum of visible light frequen- 
cies. While studying the spectrum that sunlight made, 
Joseph Fraunhofer (1787-1826) discovered some dark 
lines scattered among the colors. These dark lines were 
segments of colors missing from the complete 
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spectrum. Fraunhofer counted 574 of these lines, which 
we now call Fraunhofer lines. Today, using much more 
sophisticated techniques, astronomers have discovered 
tens of thousands of Fraunhofer lines. Why doesn’t the 
sun emit these missing colors? Or, if the sun does emit 
these colors, what happens to the light before it reaches 
Earth? The answer lies at the surface of the sun. 


When we look at a picture of the sun, the surface 
that we see is called the photosphere. The photosphere 
is a region, several hundred kilometers thick, in which 
the sun changes from opaque to transparent. It is not 
actually the outermost surface: the sun extends for 
thousands of kilometers beyond the photosphere, but 
it is not usually visible from earth. The photosphere is 
interesting because within this thin layer of the sun 
(thin compared to the whole sun, of course) sunlight is 
created, and some of the colors are lost almost imme- 
diately. The lower region of the photosphere has a 
temperature of about 10,000°F (about 5,500°C) and 
glows white-hot. Any object that glows due to a high 
temperature gives off a complete spectrum, that is, it 
has all the colors of the rainbow. As this light proceeds 
upwards in the sun into a higher region of the photo- 
sphere, the temperature drops several thousand 
degrees. Although most of the light passes right 
through, some of the light is absorbed by the cooler 
gas. Only certain colors are removed because the 
chemical elements in the photosphere can only absorb 
certain wavelengths of light, and different wavelengths 
correspond to different colors. For example, sodium 
absorbs some yellow light at a wavelength of about 
5.89x10’m. These absorbed colors cause the 
Fraunhofer lines. By measuring precisely the wave- 
lengths of the missing colors, that is, the Fraunhofer 
lines, and how much light is actually absorbed, astron- 
omers have learned much about the temperature 
inside the sun and its chemical composition. 


We can also learn about other stars in the sky by 
looking at the absorption lines in their spectra. By study- 
ing the similarities and differences that they have with 
the Fraunhofer lines, we can learn study the similarities 
and differences between other stars and our Sun. 


Free radical see Radical (atomic) 


l Freeway 


Freeways, also called superhighways, motorways, 
expressways, and sometimes tollways (when fees are 
paid), are roads specifically designed to allow for the 
free flow of traffic. Freeways typically feature two or 
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An aerial shot of a freeway system under construction in 
southern California. (Tom Carroll. Phototake NYC.) 


more traffic lanes in each direction, medians to divide 
the opposing directions, full access control, a system of 
ramps to prevent merging and diverging traffic from 
interrupting the traffic flow, and grading to separate 
intersecting traffic on other roads. As of the 2000s, 
about one-third of the total number of miles driven on 
roads utilize the freeway system. 


Rise of the freeway 


The advent and eventual domination of the auto- 
mobile created a corresponding demand for roads 
capable of handling the increasing traffic and loads. 
Increasing numbers of cars began to choke the cities 
with traffic. The need for linking cities to one another 
also became apparent, especially as the truck proved 
its flexibility and reliability for transporting goods, 
materials, and products. 


The freeway was first conceived as a means for 
reducing the crush of traffic within the cities, and for 
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linking the cities together. The first freeway was 
opened in the Grunewald Forest in Berlin, Germany, 
in 1921. The idea for a national highway system for the 
United States was also developed during this time. The 
first U.S. freeways appeared in 1940, when California 
opened the Arroyo Seco Parkway between Pasadena 
and Los Angeles, and when Pennsylvania opened the 
first section of the Pennsylvania Turnpike. 


The numbers of automobiles in use skyrocketed in 
the years after World War II (1939-1945). With this 
increase came an alarming increase in traffic conges- 
tion and automobile accident fatalities. In 1956, legis- 
lation was passed creating the Federal Interstate 
Highway System (FIHS). The system was begun dur- 
ing the presidency of Dwight David Eisenhower 
(1890-1969), which is why it is often called the 
Eisenhower Interstate System. This network of free- 
ways was meant to link nearly all cities in the United 
States with populations greater than 50,000 people. 
Although the original plans called for exactly 40,000 
mi (64,630 m) of road, by the 1990s nearly 45,000 mi 
(72,405 m) of road surface had been completed, carry- 
ing more than 20% of all traffic in this country. The 
initial cost for the FIHS was $25 billion over a 12-year 
period. However, as of 1991, when the project was 
considered finished by the federal government, it had 
cost a total of over $114 billion. Freeways in the FIHS 
are constructed according to strict guidelines govern- 
ing the materials and other elements of their design 
and construction. 


Freeways dramatically changed the pattern of life 
in the United States. Access to the city by automobile 
allowed people to move beyond the traditional trolley 
and horse-drawn cart routes. The spread of people 
outside of the city created what is known as urban 
sprawl, in which the city extends farther and farther 
from its center. Meanwhile, the former centers of city 
life lost more and more manufacturers and other 
industries to the suburbs, draining the cities of vital 
resources and jobs. Although the freeway was origi- 
nally meant to alleviate traffic, it actually increased 
traffic levels, by encouraging the use of the automobile 
over mass transportation methods such as trains and 
buses. The resulting increases in congestion brought 
problems of pollution and noise. What were once 
‘walking cities’ were now accessible only by car. 
Entire new communities, the suburbs, became so 
dependent on automobiles that most families found 
it necessary to have two or more. Meanwhile, the 
increased traffic on the roads brought corresponding 
increases in the number of traffic fatalities. 


Nonetheless, the FIHS remains the most ambi- 
tious public works undertaking in U.S. history. The 
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FIHS has made nearly every part of the country acces- 
sible by car. It has brought a greater flexibility and 
choice of places for people to live, work, and travel, 
and a greater mobility over longer distances and safer 
roads. 


Features of the freeway 


All freeways share a number of common features. 
A freeway has at least four lanes, two lanes in each 
direction. Many freeways, however, feature more than 
four lanes and many freeways now contain up to 
sixteen or eighteen lanes, especially as they near the 
cities. Lanes are required to be from 11 to 12 ft (3.35 to 
3.66 m) wide. Shoulder lanes provided on each side of 
the driving lane for each direction of the freeway allow 
vehicles to safely leave the traffic stream in the event of 
an emergency. Shoulder lanes are generally 8 to 10 ft 
(2.4 to 3.0 m) wide. A median, or center strip, sepa- 
rates the opposing directions of traffic. Medians may 
vary from 16 to 60 ft (4.9 to 18.3 m) wide. The median 
improves safety by preventing head-on collisions of 
automobiles traveling toward each other. 


Freeways are called controlled access highways. 
This means that traffic is limited in where it may come 
onto or leave the freeway. These entrance and exit 
points are referred to as interchanges. Minor roads 
and driveways are diverted away from the freeway so 
that their traffic does not interfere with the freeway 
traffic flow. 


Many roads, from small local roads and streets to 
other highways in the freeway system, intersect with a 
freeway. Grade separation prevents the intersection of 
two roads traveling crossways to each other from 
interrupting each others’ traffic flow. Generally, one 
road, usually the road minor to the freeway, is raised 
on a grade, or slope, so that it is higher than the free- 
way, and allowed to cross it over a bridge. Ramps are 
constructed to lead the crossing road to the grade 
separation. Additional access ramps, often called on- 
ramps and off-ramps, connect the freeway to the inter- 
secting road. They allow vehicles entering the freeway 
to accelerate to the proper speed before merging with 
the freeway traffic; the ramps allow vehicles leaving 
the freeway to decelerate to the slower speeds of the 
crossing road. 


As part of the FIHS, freeways are designated by 
red, white, and blue signs in the shape of shields. 
Freeways are also numbered, with the numbering sys- 
tem used to indicate the direction of the road. 
Freeways traveling in an east-west direction are given 
even numbers; those traveling north-south are given 
odd numbers. 
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Construction of a freeway 
Planning 


With the completion of the FIHS, few new free- 
ways may be expected to be built in the United States. 
Existing freeways, however, will continue to be 
expanded and improved. In all cases, work on a free- 
way must be carefully planned, its route laid out, and 
its impact on the environment and surrounding area 
thoroughly investigated. Engineers design the free- 
ways, following government specifications. In addi- 
tion, geographical and geological features are 
examined, including the grade, or slope of the land, 
and the type of soil found along different sections of 
the proposed roadway. The type of soil will affect the 
nature of the pavement to be laid, so soil samples are 
analyzed both in the field and in the laboratory. 


Many questions must be answered when design- 
ing a freeway. The expected volume of traffic must be 
estimated, with minimum and maximum levels estab- 
lished. The expected use of the freeway is another 
consideration, and takes into account where people 
live and work and how they currently travel; and, 
also, the location and type of industry in the area, 
the types of goods that are produced, the markets or 
destinations of those goods, and how those goods have 
been transported in the past. These questions will 
affect the volume of traffic on the proposed freeway; 
they will also affect the type of vehicles that will use it. 
A freeway that will serve heavy trucks will require 
different surfacing, lane widths, and bridge heights 
than freeways serving mostly or only automobiles. 


Clearing, grading, and drainage system 


Work begins by clearing the right-of-way, the 
path, of the freeway. Vegetation will be removed, 
and the course for the freeway will be laid out. The 
use of modern construction equipment, including bull- 
dozers and other specifically designed heavy equip- 
ment, has made this process much easier and faster 
than in the past. At this time, hills and valleys along 
the freeway route may be smoothed out, to minimize 
the variability of the route. 


At the same time, features of the water drainage 
system—an important part of any roadway—are 
formed. These include the slope of the road, and 
ditches and culverts alongside of the road. The drain- 
age may be the single most costly part of constructing 
a freeway; yet, if the water is not properly guided away 
from the road, the road will quickly weaken. The 
cleared right-of-way, including the shoulders and 
drainage ditches, will next be compacted in order to 
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provide a firm underbed for the freeway. Any bridges 
to be placed along the freeway will then be con- 
structed, before the freeway itself is paved. 


Paving 


Paving a freeway may actually take place in sev- 
eral phases, adding layer upon layer of road surface 
over a long period of time, even years, until the free- 
way has achieved its final form. This allows weak- 
nesses, and the effects of settling, in the roadway and 
drainage system to be detected and corrected. 


Roads, including freeways, are generally com- 
posed of three layers: the subbed, or subgrade; the 
bed, or base; and the surface, or pavement or wearing 
course. The subbed is the soil on which the freeway is 
built. It is prepared by leveling and compacting the 
soil, and may be treated with asphalt, tar, or other 
substances to provide greater firmness. Next, the base 
is laid, consisting of crushed stone, gravel, or concrete 
pieces in a variety of sizes ranging from dust to 3-in (8- 
cm) rocks mixed in exact proportions. This allows the 
base to remain porous, so that moisture will not build 
up beneath the pavement. This course is also com- 
pacted, then sprayed with a thin, liquid layer of tar 
or asphalt to fill in the gaps and spaces between stones 
and make this surface even. 


The pavement is then laid on top of the base. A 
layer of tar or asphalt is added and then covered with 
gravel or stones, which are all the same size. The gravel 
layer is compacted into the asphalt so that they are 
firmly mixed together. This process, which forms the 
pavement, may be repeated several times, until the 
road surface reaches the proper thickness. Each layer 
is rolled with special machines until it is hard and 
smooth. Sudden bumps or dips in the road will make 
the freeway more dangerous to drive on, especially 
with the high speeds allowed on the freeway. The 
thickness of the road surface will depend on the type 
of traffic expected, that is, whether it is expected to be 
high volume, or whether it is expected to carry many 
heavy trucks as well as automobiles. The pavement 
must be watertight, because moisture can destroy the 
surface as it expands or contracts with temperature 
changes. The addition of stones or gravel in the black- 
top, or surface layer, allows tires to grip the surface 
more easily. 


Safety features 


Keeping the driver alert to the road is important 
for preventing accidents. Lighting by overhead lamps 
allows the driver to see the road ahead at night, even at 
great distances. Guardrails may be placed alongside 
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Frequency 


KEY TERMS 


Asphalt—A substance composed primarily of 
hydrocarbons found in nature or produced as a 
by-product in petroleum refining; also refers to a 
road surface. 


Grade—A slope or inclination in a road. 


Grade separation—A crossing over or under a 
highway. 

Interchange—An intersection of two or more high- 
ways that allows the flow of traffic to occur without 
stopping or crossing the other traffic streams. 


Ramp—A section of roadway raising or lowering 
traffic from one level to second level used to allow 
the entrance or exiting of traffic to or from a 
freeway. 


Right-of-way—The width and length of land 
through which all structures of a freeway pass. 


Tar—A viscous liquid obtained by burning substan- 
ces such as wood and coal that is used in the 
surfacing of roads and other structures requiring a 
waterproof seal. 


the roadway at curves and where the land drops away 
suddenly beyond the shoulder. Reflectors are often 
placed on guardrails alongside the roadway and in 
the lines between lanes. Landscaping along the road 
and in the median helps to reduce the monotony of a 
long drive. 


Speed limits 


Freeways have higher speed limits than other local 
roads. Higher speeds are normally allowed in the 
sparsely populated western states while lower speeds 
are found in the more populated eastern states. Limits 
range from 65 to 80 mph (100 to 130 km/h) in rural 
areas, while urban areas generally have rates from 50 
to 65 mph (80 to 100 km/h). 
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Freezing see States of matter 


Freezing point see States of matter 


fl Frequency 


Any process that is repetitive or periodic has an 
associated frequency. The frequency is the number of 
repetitions, or cycles, during a given time interval. For 
example, a child who skips rope so the rope makes one 
complete circuit every two seconds has a frequency of 
30 cycles per minute. The inverse of the frequency is 
called the period of the process. In this example, the 
frequency is one minute. 


In physics, frequency (f) is often represented as 
f = 1/T, where T is the period of time for a particular 
event and the frequency fis the reciprocal of time. 


In the international system (SI) of units, frequency 
is measured in hertz (Hz), which was named after 
German physicist Heinrich Rudolph Hertz (1857- 
1894). For example, 1 Hz indicates that something is 
repeated once every second, while 5 Hz shows that 
another body has a frequency that is five times every 
second, or five times faster. Other common ways to 
measure frequency is cycles per second, revolutions 
per minute, radians per second, degrees per second, 
and beats per minute. 


Pendulums, as in a grandfather clock, also have a 
frequency of a certain number of swings per minute. A 
complete oscillation for a pendulum requires the pen- 
dulum bob to start and finish at the same location. 
Counting the number of these oscillations during one 
minute will determine the frequency of the pendulum 
(in units of oscillations/minute). This frequency is 
proportional to the square root of the acceleration 
due to gravity divided by the pendulum’s length. If 
either of these is changed, the frequency of the pendu- 
lum will change accordingly. This is why one adjusts 
the length of the pendulum on a grandfather clock to 
change the frequency, which changes the period, 
which allows the clock to run faster or slower. 
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A freshwater mountain stream in Rocky Mountain National Park. (JML Visuals.) 


Vibrating strings also have an associated fre- 
quency. Pianos, guitars, violins, harps, and any other 
stringed instrument requires a particular range of 
vibrational frequencies to generate musical notes. By 
changing the frequency, generally by changing the 
length of the string, the musician changes the pitch of 
the note heard. 


In any type of wave, the frequency of the wave is 
the number of wave crests (or troughs) passing a fixed 
measuring position in a given time interval; and, is also 
equal to the wave’s speed divided by the wavelength. 
As a wave passes by a fixed measurement point, a 
specific number of wave crests (or troughs) pass a 
fixed point in a given amount of time. In the case of 
waves, the frequency is also equal to the speed of the 
wave divided by the wavelength of the wave. 


Light also exhibits the characteristics of waves; so, 
it too has a frequency. By changing this frequency, one 
also changes the associated color of the light wave. A 
lower amplitude wave has a larger frequency than a 
wave with larger amplitude. The opposite is also true; 
a higher amplitude wave has a small frequency that a 
small amplitude wave. When described like this, fre- 
quency is described with respect to wavelength (?) and 


speed (the magnitude of velocity (v)), or f = v/?. If the 
speed of light (c) is involved, v is replaced with c (which 
is a constant equal to about 186,000 miles per second 
[299,300 kilometers per second], that is, when in the 
vacuum of space or a vacuum generated artificially on 
Earth). 


Frequency modulation see Radio 


Freshwater is chemically defined as containing a 
concentration of less than two parts per thousand 
(<0.2%) of dissolved salts (salts that are in solution). 


Although water is abundant on the surface of Earth, 
freshwater is a very limited resource. Freshwater makes 
up less than 3% of the world water supply. Freshwater 
exists as lakes, which represent about 0.01% of the 
global water supply, rivers (0.0001%), atmospheric 
water including vapor, clouds, and_ precipitation 
(0.001%), shallow groundwater in soil and subterranean 
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aquifers (0.3%), and polar icecaps and glaciers (about 
2%). Some freshwater is unavailable for everyday use; 
waters that are saline (salty), atmospheric water, water 
frozen in icecaps and glaciers. In reality, less than 0.5% 
of Earth’s freshwater is available for use by humans and 
other creatures. Pollution, waste, population growth, 
and competition over available resources further restrict 
the availability of freshwater. The availability of fresh- 
water is likely to become more of a problem in the 
future. 


Most of the dissolved, inorganic chemicals in 
freshwater occur ions. The most important of the 
positively charged ions (or cations) in typical fresh- 
waters are calcium (Ca’‘), magnesium (Mg”"), 
sodium (Na‘), ammonium (NH,4"*), and hydrogen 
(H*). The most important of the negatively charged 
ions (or anions) are sulfate (SO42"), chloride (Cl), 
and nitrate (NO3_). Other ions are also present, but in 
relatively small concentrations. Some freshwaters can 
have large concentrations of dissolved organic com- 
pounds, known as humic substances. These can stain 
the water a deep-brown, in contrast to the transparent 
color of most freshwaters. 


Bill Freedman 


| Friction 


Friction is the force that resists motion when the 
surface of one object slides over the surface of another. 
Frictional forces are always parallel to the surfaces in 
contact, and they oppose any motion or attempted 
motion. No movement will occur unless a force equal 
to or greater than the frictional force is applied to the 
body or bodies that can move. The equation of friction 
(Ff) is stated as: Fe = pR, where Ff is the frictional 
force, u is the coefficient of friction, and R is the 
resultant force perpendicular to the contact surface. 
The frictional force is sometimes called Coulomb fric- 
tion, after French physicist Charles Augustin de 
Coulomb (1736-1806) 


While friction is often regarded as a nuisance 
because it reduces the efficiency of machines, it is, 
nevertheless, an essential force for such items as 
nails, screws, pliers, bolts, forceps, and matches. 
Without friction humans could not walk, play a violin, 
or pick up a glass of water. 


Gravity and friction are the two most common 
forces affecting human lives, and while scientists know 
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a great deal about gravitational forces, they know less 
about friction. Frictional forces are believed to arise 
from the adhesive forces between the molecules in two 
surfaces that are pushed together by pressure. The sur- 
face of a material may feel smooth, but at the atomic 
level it is filled with valleys and hills a hundred or more 
atoms high. Pressure squeezes the hills and valleys in the 
two surfaces together and the molecules adhere to one 
another. The actual contact area, from a microscopic 
perspective, is much less than the apparent area of con- 
tact as viewed macroscopically. As the weight of an 
object resting on a surface increases, it squeezes the 
two surfaces together and the actual area of contact 
increases. The actual contact area is believed to be pro- 
portional to the weight pushing the bodies together. 


In addition to the adhesive forces between mole- 
cules, there are other factors that affect friction. They 
include the force needed to raise one surface over the 
high places of another; the fact that a rough region 
along a hard surface may plough a groove in a softer 
material; and electrical forces of attraction required to 
separate oppositely charged regions of the surfaces. 


There are three laws that apply to friction. (1) The 
force of friction between an object and the surface on 
which it rests is proportional to the weight of the object. 
(The magnitude of the frictional force depends on the 
nature of the two surfaces.) (2) The force of friction 
between an object and the surface on which it rests is 
independent of the surface area of the object. 
(Remember, the actual contact area depends on the 
weight. If the weight remains constant, so will the actual 
area of contact regardless of what the apparent area may 
be.) (3) The force of friction between an object and the 
surface on which it rests is independent of the speed at 
which the object moves as long as the speed is not zero. 


The third law applies only to moving objects. 
Static friction, the force required to make an object 
at rest begin to move, is always greater than kinetic 
friction, which is the resistance to motion of an object 
moving across a surface. The reduction of friction that 
arises with motion is the result of fewer areas of con- 
tact once a body is in motion; the molecules are not in 
contact long enough to form firm bonds. Rolling fric- 
tion for an object mounted on wheels or rollers is far 
less than kinetic friction. The reason that rolling fric- 
tion is so small is probably the result of minimal con- 
tact area between wheel and surface, particularly if 
both are very hard, and because any molecular adhe- 
sions are pulled apart by vertical shearing rather than 
horizontal tearing. 


In breaking molecular adhesions, molecular 
vibrations increase, causing a rise in temperature. 
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One can easily verify this by simply rubbing two hands 
together. In machines, the adhesion and tearing of 
molecular bonds between surfaces causes wear. To 
reduce wear, machinists add a lubricant (often oil). 
The oil decreases the actual area of contact between 
surfaces. As a result, it reduces the wear associated 
with tearing surface molecules apart and thereby keeps 
heat and wear at lower levels than would otherwise be 
the case. 


l Frigatebirds 


Frigatebirds are five species of oceanic birds that 
make up the family Fregatidae. Frigatebirds occur 
along the coasts of the tropical oceans, but also hun- 
dreds of miles out to sea. 


Frigatebirds typically weigh about 3 lb (1.5 kg), 
but the spread of their long, narrow, swept-back, 
pointed wings can exceed 6.5 ft (2 m). These are highly 
favorable wing-loading characteristics, and frigate- 
birds are among the most skilled of the birds at flying 
and seemingly effortless gliding. Their tail is long, with 
extensive pointed forks. Their legs are short, and the 
small, partially webbed feet are only used for perching. 
Frigatebirds are very ungainly on the ground and in 
the water, on which they rarely set down. 


The bill of frigatebirds is long, and both the upper 
and lower mandibles hook downwards. The plumage 
is a dark brownish black, with whitish underparts in 
some species, but the throat is naked and colored a 
bright red in males. The throat sac of male frigatebirds 
can be inflated with air and is used to impress the 
females, both visually and by helping to resonate the 
loud rattlings and yodels of courting males. 


Frigatebirds are highly graceful and skilled aeri- 
alists. They are excellent fliers, both in terms of the 
distance they can cover across the vast oceans and 
their extremely skilled maneuverability in flight. 
They feed on fish, squid, jellyfish, and other inverte- 
brates by hovering over the surface of the ocean and 
swiftly diving to snatch prey at the surface, often with- 
out getting their body feathers wet. Frigatebirds fre- 
quently catch flying fish during those brief intervals 
when both bird and fish are airborne. Frigatebirds 
sometimes prey on the young of other seabirds, espe- 
cially terns and noddys. 


Frigatebirds also commonly swoop aggressively 
on pelicans, boobies, and gulls, poking them and bit- 
ing their tail and wings. This pugnacious behavior 
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A male frigatebird with its red throat pouch inflated, in order 
to attract females. (© Wolfgang Kaehler./Corbis.) 


forces these birds to drop or disgorge any fish that 
they have recently caught and eaten, which is then 
consumed by the frigatebird. Frigatebirds also force 
other seabirds to drop scarce nesting material, which is 
also retrieved. This foraging strategy is known to sci- 
entists as kleptoparasitism. In view of the well- 
deserved, piratical reputation of frigatebirds, they 
also are known as man-o-war birds. 


Frigatebirds nest in trees or on remote, rocky 
ledges. Females bring sticks and other appropriate 
materials to the nest site, where the male constructs 
the nest. Both sexes of the pair share in incubating the 
eggs and raising their young. Frigatebirds do not 
migrate, but they may wander extensively during 
their non-breeding season. 


The magnificent frigatebird (Fregata magnificens) 
is a seasonally common seabird around the Florida 
Keys, and an occasional visitor elsewhere in the 
coastal southeastern and southwestern United States, 
ranging through the Caribbean, Gulf of Mexico, and 
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western Mexico, and as far south as the Atlantic coast 
of Brazil, the Pacific coasts of Ecuador and Peru, and 
the Galapagos Islands. Male birds have a purplish 
black body and a bright red throat pouch. The females 
are browner and have a white breast, and juveniles are 
lighter brown and have a white head and breast. 


Both the great frigatebird (Fregata minor) and the 
lesser frigatebird (F. ariel) have pan-tropical distribu- 
tions, occurring in tropical waters over most of the 
world (but not in the Caribbean). Much more local 
distributions are exhibited by the Ascension frigate- 
bird (F. aquila), which breeds only on Ascension 
Island in the South Atlantic, while the Christmas 
Island frigatebird (F. andrewsi) only breeds on 
Christmas Island in the South Pacific Ocean. Both 
the Ascension frigatebird and the Christmas Island 
frigatebird are endangered, largely due to destruction 
of their breeding areas and predation and habitat 
degradation caused by introduced animals. 


Bill Freedman 


l Frogs 


Frogs are tail-less amphibians (class Amphibia, 
order Anura). With some 4,800 living species, frogs 
are the most numerous and best known of amphibians. 
They are found on all continents except Antarctica and 
are common on many oceanic islands. The terms 
“frog” and “toad” are derived from early usage in 
England and northern Europe, where two families of 
the order Anura occur. One includes slender, long- 
legged, smooth-skinned animals that live near water: 
frogs; the other includes short-legged warty animals 
that live in fields and gardens: toads. When other 
kinds of animals of this group were discovered else- 
where, such as tree-frogs, fire-bellied toads, and others, 
it was realized that these various forms actually repre- 
sented one major group. This group, the anurans, is 
now commonly referred to as frogs. 


History and fossil record 


Frogs and their ancestors are among the most 
ancient of terrestrial vertebrates. A frog-like fossil 
animal more than 240 million years old is known 
from early Triassic rocks of Madagascar. This ancient 
amphibian, named Triadobatrachus, differs from true 
frogs in having more vertebrae in its spinal column 
(14, rather than 5-9) and in having a tail made up of six 
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additional vertebrae. For these and several other dif- 
ferences, it is classified in a different order, the 
Proanura. By Jurassic times, 208-146 million years 
ago, such ancestral amphibians had evolved into true 
frogs, whose skeletal remains are little different from 
those living today. 


Morphology 


Frogs are amphibians, a term derived from two 
Greek words: amphi meaning double and bios meaning 
life. The double life of frogs involves living in water 
and also on land. Because of this amphibious habit, 
they must have adaptations for each environment. As 
in other animals that have a separate larval stage and a 
complex life cycle, frogs have two extremely different 
morphologies. 


Adult morphology 


If frogs were not so common and familiar, they 
would be regarded as among the strangest of verte- 
brate animals. The typical frog has a broad head with 
an enormous mouth and protruding eyes. The body is 
short and plump, and there is no tail. The forelegs are 
rather short but normal-looking, and are used mainly 
for propping up the front part of the body and for 
stuffing food into the mouth. The hind limbs are much 
larger and more muscular, and have an extra joint that 
makes them even longer and provides extra power for 
jumping, which is their major mode of locomotion. 
Among aquatic frogs, the hind limbs also provide the 
propulsion for swimming. 


The frog skeleton has been evolutionarily 
reduced. The skull is a framework of bones that hold 
the braincase, eyes, internal ears, and jaws, while giv- 
ing support to the jaw muscles. The vertebral column 
has been reduced to only 5-9 body vertebrae, and the 
caudal (tail) vertebrae have become fused into a single 
mass, the urostyle. Although the bones of the fore- 
limbs are relatively normal-looking, those of the hin- 
dlimbs are highly modified for jumping. The tibia and 
fibula are fused into a single rod, and an extra joint has 
developed from the elongation of some of the foot 
bones, thus providing a jumping apparatus consider- 
ably longer than the torso. 


Most frogs have a smooth, obviously moist skin. 
Even toads, with their warty, seemingly dry skin, have 
a surface cover that is moist and permeable to liquids 
and gases. This has advantages and disadvantages, but 
is necessary for frogs to carry on normal respiration. 
The lungs of amphibians are too small and simple in 
construction to provide adequate gas exchange, and 
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A lesser gray treefrog (Hyla versicolor). The lesser gray is the most widely distributed of the 13 species of North American 
treefrogs. (Robert J. Huffman. Field Mark Publications.) 


the skin plays an important role in this regard. A 
significant amount of oxygen comes into the body 
via the skin, and as much as half of the carbon dioxide 
produced is released through this covering. 


The internal anatomy is broadly similar to that of 
other vertebrate animals. There is a heart and associ- 
ated circulatory system, a brain and nervous system, 
and a digestive system made up of esophagus, stom- 
ach, and small and large intestines, with the associated 
liver and other organs. The urinary system is relatively 
simple, having two kidneys as in most vertebrates. The 
reproductive system consists of paired ovaries or 
testes, with associated ducts. As in many vertebrates, 
the digestive, urinary, and reproductive systems empty 
through a common posterior chamber, the cloaca. 


Larval morphology 


Tadpoles, the larval stage of frogs, are adapted to 
a purely aquatic life. They are seemingly reduced to 
the essentials, which in this case includes a globular 
body with a muscular, finned tail. Typically, tadpoles 
have no bones but rather a simple cartilaginous skull 
and skeleton. They also have no true teeth, instead 


having rows of denticles and a beak of keratin (a 
fingernail-like substance). The globular body is mainly 
filled with a long, highly coiled intestine. 


Ecology 


The highly permeable skin of frogs might lead us 
to expect that they must always have access to water. 
This is generally true, but not always. It is true that ifa 
common aquatic species, such as a leopard frog (Rana 
Pipiens), were to escape from its cage and roam on the 
floor for a night, it would be little more than a dried-up 
mummy by the next morning. However, during the 
millions of years of frog evolution, many species have 
found ways of adapting to varying water availability 
in natural habitats. Although many frogs are aquatic, 
and some never leave the water, there are also desert 
frogs, tree-frogs, and others that can withstand the 
drying power of tropical heat for a day or more. 


Life history and behavior 


Like other amphibians, such as salamanders (order 
Caudata) and caecilians (order Gymnophiona), most 
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frogs hatch from a shell-less egg into a gilled, water- 
dwelling, larval stage (a tadpole). After a period of 
growth they metamorphose into the adult form. 
Most species of tadpoles are vegetarians, feeding 
upon algae and other plant material. All adult frogs, 
however, are carnivores, most of them feeding upon 
insects and other invertebrates. 


In the temperate zones of the world the breeding 
season begins in the spring, but the precise time 
depends upon the species of frog. In much of temper- 
ate North America, for example, the beginning of 
springtime is proclaimed by the breeding calls of cho- 
rus frogs (Pseudacris spp.). Their high trills are soon 
followed by the calls of the spring peeper (Hy/a cruci- 


fer). These may be followed by the rasping calls of the 


wood frog (Rana sylvatica), the leopard frog (Rana 
pipiens), and the green frog (Rana clamitans). Then 
the American toad (Bufo americanus) trills in, and 
when the larger ponds eventually warm up, the bull- 
frog (Rana catesbeiana) begins its booming jug-of-rum 
calls. As many as 16 different species of frogs have 
been found calling at various times at a single pond in 
Florida. 


The males of each frog species have their own 
distinctive call. It has recently been found that the 
ear of the female is “tuned” to the call of her own 
species, so that not only is she not attracted to the 
calls other species, she may not even hear them! A 
female carrying eggs will typically approach a calling 
male of her choice (and of her species), and nudge him. 
He immediately ceases calling and grasps her around 
the waist. They enter the water (if they are not already 
in it), and as she expels eggs from her cloaca, the male 
sprays sperm over them. Depending upon the species, 
the eggs may appear in strings, in clusters, or as indi- 
vidual ova. 


The eggs are enclosed in a protective jelly coating, 
and will develop over several days to a week into a 
tadpole. The tadpole will grow over a period of time 
(weeks, months, or years, depending upon the species), 
and ultimately sprouts legs, changes other elements of 
its external and internal morphology, and emerges as a 
small replica of the adult. 


This sequence is typical of frogs living in temper- 
ate regions. In the tropics breeding is often initiated by 
a change in weather (such as dry to wet), the calling 
males may be on the moist forest floor or in a tree, the 
eggs may be laid on foliage or beneath a rock or in a 
pond, and the tadpole stage may be completed inside 
the egg capsule, so that froglets appear directly from 
the egg. In other words, there is enormous variation in 
breeding habits, particularly in the tropics. 
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Classification 


During the 200 million years of their existence, 
frogs have been evolving in response to varying envi- 
ronmental conditions. Common elements of their 
adaptations have given rise to clusters of species that 
share certain morphological, physiological, and 
behavioral traits. A system of classification has been 
established, mostly based on morphological features 
of adult frogs and their larvae. In the one presented 
here, two suborders, five superfamilies, and 21 families 
are recognized. It should be emphasized, however, 
that several systems of classification are recognized 
by scientists. 


The families are often distinguished by such char- 
acters as the kind and number of vertebrae, the shape 
of the pectoral girdle, the presence of ribs, the kind and 
number of limb bones, and other elements. The struc- 
ture of the pectoral girdle is an especially distinctive 
feature that separates large groups of otherwise sim- 
ilar-looking frogs. 


The two genera of the family Leiopelmatidae are 
thought to be relics of an ancient group of frogs. They 
differ from all other frogs, and are also quite different 
from each other in habits and distribution, reflecting a 
long separation (in fact, some taxonomists place the 
Ascaphus frogs in a separate family, Ascaphidae). 
Members of the genus Leiopelma are small terrestrial 
frogs of New Zealand, whereas the two Ascaphus spe- 
cias, the “tailed frog” of western North America, 
inhabit streams. (The “tail” is actually an extension 
of the cloaca of males, and is used to place sperm into 
the cloaca of the female.) The Discoglossidae are 
another primitive group, made up of Asian and 
European pond frogs. 


Other primitive frogs include the burrowing frog 
of Mexico (Rhinophrynus dorsalis) and a number of 
highly aquatic frogs, the Pipidae of Africa and South 
America. (One of this group, the African clawed frog 
[Xenopus laevis], has escaped from captivity and estab- 
lished wild populations in coastal California.) The 
spadefoot and parsley frogs (Ascaphidae) of North 
America and Europe are adapted to arid regions. 
They fall between the “primitive” and “advanced” 
frogs in structure, and show no close relationship to 
either. Their larvae are adapted to the rigors of desert 
life, and have very short periods of aquatic life. 


Most of the world’s frogs are included in the 
modern suborder Neobratrachia, with the superfamily 
Bufonoidea including several large families such as the 
Australian Myobatrachidae, the South American 
Leptodactylidae, and the widespread Hylidae. A num- 
ber of smaller, specialized families are associated with 
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them because of the common possession of a similarly 
structured pectoral girdle (known as arciferal). 


The superfamily Ranoidea includes the large and 
widespread family Ranidae (the true or water frogs), 
the arboreal Rhacophoridae of Asia and Madagascar 
(flying frogs and allies), and the sedge frogs of Africa. 
Both of the latter appear to be derived from the ranids. 
The Ranoidea also includes the narrow-mouth toads, 
or Microhylidae. This widespread family of distinc- 
tively shaped ant-eating frogs has a so-called firmas- 
ternal pectoral girdle, and does not appear to be 
closely related to any other frog family, differing espe- 
cially in their larval morphology. It has been placed 
only tentatively with the ranoid group. 


In general, the species and genera of frogs in any 
region are relatively easy to recognize on the basis 
of their external features. These include the skin tex- 
ture and color, the shape of the pupil of the eye (hor- 
izontally elliptic, vertically elliptic, or round), the 
amount of toe webbing, and the general body propor- 
tions, together with the geographic location and 
habitat. For example, a toad (family Bufonidae) is 
easily recognized throughout the world because of its 
warty skin. Water-dwelling frogs (Ranidae) are usu- 
ally distinguished by their webbed hind feet. Tree- 
frogs usually have expanded toe-tips, although this 
can be misleading because some hylids (such as the 
cricket frogs of North America; genus Acris) have 
taken up a terrestrial existence and lost their climbing 
pads. Also, there are three quite different families of 
treefrogs: the Hylidae, which is primarily South 
American but with some members in North America 
and northern Eurasia; Centrolenidae, found only in 
the American tropics; and the Rhacophoridae of Asia, 
with a few species in Madagascar and Africa. The 
classification of the treefrogs of Australia is still 
under consideration. 


Nevertheless, the skin texture and color, the 
shape of the pupil of the eye (horizontally elliptic, 
vertically elliptic, or round), the amount of toe web- 
bing, and the general body proportions together with 
the geographic location, are useful as local means of 
identification. 


Frogs and humans 


Frogs and humans have interacted for many thou- 
sands of years. Toads are referred to in ancient writ- 
ings, as: a “rain of toads,” the “eye of toad” as part ofa 
witch’s brew, and in many other relationships. 


Frogs are also used in research, and to teach biol- 
ogy. A core element of many high school and college 
biology classes in the United States might involve each 
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student dissecting a frog. Millions of leopard frogs 
have been utilized in this way in schools. By the 
1950s, however, it was found that their numbers in 
the wild had decreased drastically, particularly in the 
midwestern United States. This meant that frogs had 
to be imported from Canada and Mexico for use in 
teaching biology. During the past decade or so the 
emphasis on dissection has been much reduced, but 
large numbers of frogs are still used each year in 
physiological experiments. The frog populations of 
the Midwest have not recovered, and those of 
Canada and Mexico have also declined greatly. 


Similarly, “frog-legs” used to be a prominent dish 
in many restaurants. American bullfrogs (Rana cates- 
beiana) of the swamps of Florida and Louisiana were 
the major source of this food. However, because of 
overhunting it became too uncommon to be exploited 
by frog hunters in the United States, and imported legs 
of Rana tigrina and other species from India became 
the major source of frog legs. 


More recently, the poison-arrow frogs of tropical 
America (Dendrobatidae) have become of great inter- 
est to pharmaceutical companies. Each species has a 
unique mix of biochemicals that may have a role to 
play in the treatment of human diseases. Frogs are 
useful to humans in various ways, although uncon- 
trolled hunting of them can lead to serious problems 
for their populations. 


Many people have kept pet toads or frogs, but 
the recent commercial market for captive frogs is pri- 
marily in exotic species such as South American 
horned frogs (Ceratophrys), the African “bullfrog” 
(Pyxicephalus adspersus), and brightly colored poi- 
son-arrow frogs. These animals are beautiful and 
interesting pets, but could cause ecological harm if 
they were to be released and develop wild populations 
beyond their natural range. 


The future of frogs 


Judging by recent observations, the prospects for 
many species of frogs is grim. During the 1990s, 
numerous species of frogs apparently vanished from 
nature without any obvious cause of their demise. For 
example, a newly described, extremely unusual 
Australian frog, (Rheobatrachus silus), could not be 
found in its only known habitat the following year and 
has not been seen since. Numerous other Australian 
frogs have also disappeared. Similarly, the golden toad 
(Atelopus zeteki) of Costa Rica, which once occurred 
in large numbers, has undergone a drastic population 
collapse. The populations of the Yosemite toad (Bufo 
canorus) in the Sierra Nevada of California have 
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Frog’s-bit family 


KEY TERMS 


Anurans—A general term for frogs and toads. 


Arciferal—Having the coracoid elements of the 
pectoral girdle free and overlapping. 


Denticles—Toothlike structures of keratin found 
around the mouth of tadpoles. 


Firmisternal—Having the coracoid elements fused 
to the girdle. 


plummeted. Similar reports have come from other 
parts of the world, and there is now an international 
group of biologists investigating the causes of the 
apparently simultaneous declines of many species of 
frogs. 


Habitat loss and diseases, like chytridiomycosis, 
undoubtedly have had a negative impact on frog 
populations. Some biologists also believe that the 
cause of the loss of these species may be somehow 
related to pollution caused by human activities. 
Emissions of chemicals known as chlorofluourocar- 
bons, for example, may be causing the stratospheric 
ozone layer to become thinner, allowing greater 
amounts of ultraviolet energy to reach Earth’s surface. 
There is some evidence that this environmental change 
may be a cause of the decline of the boreal toad 
(Bufo boreas) of the northwestern United States. This 
species breeds in open ponds at high altitude, and 
the intensified exposure to ultraviolet light may be 
killing its eggs. 


Chemical pollutants may also be spread widely 
through the atmosphere, or be transported by surface 
water to places far from their original source of emis- 
sion. Consequently, trace amounts of pesticides have 
been found in frogs living far from human popula- 
tions. Although these poisons do not seem to kill the 
adults, they may be interfering with reproductive proc- 
esses, and may be causing unusual deformities in rap- 
idly developing tadpoles and juvenile frogs. Because 
frogs have such delicate, water-absorbing skin, they 
may be serving as environmental “canaries.” Like the 
actual canaries that coal miners used to take into the 
mines as an early warning of the presence of toxic gas, 
frogs seem to be among the most sensitive indicators 
of ecological damage caused by toxic chemicals. 
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[ Frog’s-bit family 


The frog’s-bit or tape-grass family (Hydrochari- 
taceae) is a relatively small group of herbaceous, 
aquatic, monocotyledonous plants, occurring in fresh 
and marine waters. There are about 100 species in the 
frog’s-bit family, distributed among 15 genera. 


Hydrocharitaceae flowers are water pollinated, 
shedding their pollen into the water, which disperses 
it to the stigmatic surfaces of other flowers. 


Several species in this family are native to North 
America. The elodea, or Canadian waterweed (Elodea 
canadensis), is a common aquatic plant in fertile, cal- 
cium-rich ponds, lakes, and other still waters. The 
elodea is a monoecious plant, meaning the male and 
female functions are carried out by different plants. 
The leaves of elodea occur opposite each other on the 
stem, or in whorls. 


The tape-grass (Vallisneria americana) is also a 
native aquatic plant of non-acidic lakes and ponds. 
This species is also dioecious. The tape-grass has long, 
narrow, strap-like leaves, and it can form dense, per- 
ennial stands in still or slowly moving waters. 


This family gets its common name from the frog’s- 
bit (Limnobium spongia, an herb of marshes and calm 
waters of lakes and ponds. The frog’s-bit is monoe- 
cious and has broad leaves with a well-defined petiole. 


Species of plants in this family are commonly used 
as ornamental vegetation in freshwater aquaria, and 
they are widely sold in pets shops for this purpose. 
These plants may also be used in horticultural ponds. 


Some frog’s-bit species have been introduced 
beyond their native range to become serious weeds of 
ponds, lakes, and canals. The Hydrilla (Hydrilla verti- 
cillata) is a problem in North America. An Argentinean 
water-weed (Elodea densa) has also become a pest after 
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being introduced to North America, probably as plants 
that were discarded from aquaria. 


Bill Freedman 


Front (weather) see Air masses and fronts 


Frost see Precipitation 


| Frostbite 


Frostbite is the freezing of human or animal tissue. 
It occurs when body parts, most commonly the fingers, 
toes, and the tips of ears and the nose, are exposed for 
long periods to the cold. Frostbite is a direct result of 
limited blood circulation. The blood is the body’s inter- 
nal heating system; it carries heat to the body tissues. 
But prolonged exposure to the cold can constrict blood 
vessels, causing blood circulation within tissues to slow 
down. When tissues are deprived of the warmth of 
circulating blood, ice crystals can then form, leading 
to tissue death and loss of the affected body parts. 


Stages of frostbite 


There are three degrees, or stages, of frostbite: 
frostnip, superficial frostbite, and deep frostbite. 
Frostnip is the least serious form of frostbite; deep 
frostbite the most serious. If frostnip goes untreated, 
it can quickly progress to the more serious forms. 
Recognizing and treating the first signs of frostnip 
may prevent the development of the more serious 
forms of frostbite. 


Frostnip is the warning sign of frostbite. In frost- 
nip, the skin reddens then turns white. The person may 
also experience numbness in the affected area. The 
treatment for frostnip is simple—get the person out 
of the cold and gently warm the affected area. The 
warming procedure does not require special equip- 
ment; if the hands are affected, placing the hands 
under the armpits may be sufficient; if the fingers are 
affected, blowing warm air on them should be enough. 


The next two stages of frostbite may set in if 
frostnip is not treated promptly. In superficial frost- 
bite, only the top layer of the skin is frozen. It becomes 
rigid, but the layers beneath the frozen layer are soft. 
The affected area appears white. In deep frostbite, the 
deeper layers of skin and tissue are frozen. The area 
feels rigid, and if the area is gently pressed no “give” or 
softness can be felt. The color of the affected area 
progresses from white to a grayish-yellow color and 
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Frostbite injury of the hand. (S/U. National Audubon Society 
Collection/Photo Researchers, Inc.) 


finally to a grayish blue color. In severe cases of deep 
frostbite, muscles, bones, and even the organs may 
become frozen. 


Treatment for frostbite 


People with superficial or deep frostbite should be 
taken to a hospital immediately. If transport to a 
hospital is delayed, the following measures can be 
taken to prevent further injury: 


- Keep the person warm. Try to get the person indoors 
to a heated environment and cover with blankets, if 
available. 


- Don’t let the person smoke or drink alcohol. Both 
nicotine and alcohol can further constrict blood ves- 
sels and decrease blood circulation. 


- Don’t rub the affected area. 


Most experts advise people not to rewarm or thaw 
frostbitten areas themselves. If thawing is not done 
properly, serious consequences such as loss of the 
affected area can result. For instance, thawing a frost- 
bitten area by holding the affected area close to a 
campfire or in front of an open oven door can burn 
already-damaged tissues. Rubbing a frostbitten area 
with snow or ice is also not recommended. This will 
only cause more ice crystals to form in frozen tissue. 


Rewarming should only be performed by trained 
medical personnel. The rewarming should be gradual. 
The affected part of the body (or sometimes the entire 
person if the affected area is extensive) is submerged in 
a tub of warm water. The water is usually between 100- 
106°F (37.7-41.1°C). Pain is a sign that thawing is 
taking place. During rewarming, it is extremely impor- 
tant that the person remain as still as possible. Motion 
can cause still-frozen tissue to break, which may injure 
delicate newly thawed tissues. 
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Fruits 


KEY TERMS 


Deep frostbite—a serious condition in which the 
deeper tissues of the body freeze. Deep frostbite is 
characterized by a grayish-yellow appearance that 
progresses to grayish white. Both the top layer of 
skin and deeper tissues are rigid to the touch. 


Frostnip—the “warning sign’ of frostbite, charac- 
terized by a white appearance and numbness. 


Superficial frostbite—sometimes referred to as 
“frostbite”; the freezing of the top layer of skin. 
Superficial frostbite is characterized by a white 
appearance and rigidity of the top layer of skin. 


After rewarming, the affected area is sometimes 
loosely wrapped in sterile cloth. The person is carefully 
monitored for infection and signs of restored circula- 
tion. If the area does not show renewed circulation or 
if the area becomes infected, amputation is sometimes 
performed. Amputation is necessary to prevent infec- 
tion from spreading into other areas of the body. 


Hospitals in Alaska have established guidelines 
for the assessment and treatment of frostbite. Many 
physicians and other health care personnel have also 
made helpful observations about the incidence of 
frostbite that may prevent some cases. One physician 
noted a sharp increase in the incidence of frostbite 
affecting the ears in young male patients in the late 
1970s and 1980s compared to the 1960s and early 
1970s. This physician surmised that in the 1960s and 
1970s, men wore their hair longer, thus protecting 
their ears from frostbite, but the shorter hairstyles of 
the 1980s exposed ears to the elements. Another physi- 
cian noted a correlation between snorting cocaine and 
frostbite affecting the tip of the nose. Like the cold, 
cocaine also leads to constriction of the mucous mem- 
branes and the arteries in the nose. A person using 
cocaine may develop frostbite faster than a person 
who isn’t. Yet another observation is a correlation 
between frostbite of the feet and the wearing of tennis 
and running shoes. In cold climates especially, proper 
footwear is essential to prevent frostbite. 


In addition to these guidelines, other measures 
can be taken. When working or playing outdoors, 
refrain from drinking alcohol or smoking. Always 
wear proper clothing and take special care of the 
areas most vulnerable to cold exposure: the ears, tip 
of the nose, fingers, and toes. When any part of your 
body starts to feel numb, go indoors to warm that part 
immediately. These commonsense tactics should 
ensure safety when the temperature drops. 
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See also Circulatory system; Integumentary sys- 
tem; Nerve growth factor; Organ. 
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l Fruits 


A fruit is an often-edible part of a plant that is 
derived from a fertilized, ripened ovary. As a dietary 
staple, fruits are appreciated for their sweetness and as 
a rich source of nutrients, especially vitamins. 
Gardeners enjoy planting fruit-bearing plants for 
their usefulness as well as the array of color and diver- 
sity they bring into the garden. In agricultural indus- 
try, fruits are grown for food consumption, such as 
apples and oranges, and for their use in a wide variety 
of drinks, jams and jellies, and flavorings, as well as for 
the production of wine. 


Classification 


Fruit-bearing plants are categorized in several 
ways. Among tree fruits are the citruses (oranges, 
lemons, limes, and grapefruits) and apples, pears, 
peaches, plums, and figs. Most notable among fruits 
that grow on vines are grapes and kiwi fruit. Many 
berries are classified as bush fruits (currants and 
gooseberries), but some, like raspberries, blackberries, 
and loganberries grow on canelike shoots and are 
thereby referred to as cane fruit. Strawberries grow 
on plants that have little or no woody tissue and are 
classified as herbaceous. The bush, cane, and herba- 
ceous fruits are also referred to as soft fruits. 


Another category is the tender fruits, like pine- 
apples, pomegranates, citrus, prickly pears, and tree 
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tomatoes that need a warm climate to thrive. Nuts, 
which have a hard outer shell surrounding an inner 
tissue that can be eaten, are another category of fruit. 
An important classification is the distinction between 
pome fruits (a fleshy fruit surrounding a central core 
of seeds, such as apples and peaches) and stone fruits 
(those with a single pit or stone in the center, like 
avocado and cherries). 


Fruit trees are also classified by their size. Fruits 
that are fleshy, like berries, bananas, and grapes, are 
often referred to as succulent fruits. Another common 
group is subtropical fruit, which in the United States 
are grown primarily in California. The subtropicals 
include bananas, which is also called an accessory 
fruit because it is not formed from the ovary of the 
plant’s flower but an accessory part of it. Papayas, 
kiwi, and mango are some of the other subtropicals. 


Growing fruits 


Fruits are grown in temperate and tropical cli- 
mates throughout the world. Native fruits from one 
region of the world have been cultivated in other areas. 
For example, the kiwi fruit, also called the Chinese 
gooseberry, is native to parts of eastern Asia but is 
now also grown in Australia and the United States. 


Climate and soil are particularly important to the 
growing of fruits. Both cold and heat ranges determine 
which fruit plants can be grown in a particular region. 
Because of the way fruit develops on its plant, it has 
specific seasonal needs. Too much or too little rain at 
certain times during the year can spoil the crop. 
Temperatures that are too cool can kill the flower 
buds, and it will not produce fruit. Each variety of fruit 
also needs particular amounts of water and summer 
temperatures in order for the fruit to ripen properly. 


Plant location is another important factor in the 
growing fruit. Whether the plants are being grown in 
the garden or used for commercial purposes, wind, 
walls, hills, and other conditions that may affect the 
temperature a plant has to endure, must be considered 
for good fruiting to take place. When citrus-growing 
regions, like Florida, are hit with late spring frosts, the 
citrus crop may become endangered. 


Soil 


All plants, edible or not, require certain soil fac- 
tors such as the ability to drain excess water away from 
the plant’s roots, since roots standing in water may 
become damaged. Other important considerations are 
the amount of air and the type of nutrients in the soil. 
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The nutrients that fruit plants need include nitrogen, 
phosphorus, potassium, and other micronutrients. 


Nitrogen deficiency is apparent in a plant that has 
yellowing leaves. Nitrogen is essential for the forma- 
tion of chlorophyll in a plant and also helps it produce 
proteins and hormones. Phosphorus is needed to pro- 
duce carbohydrates, and potassium helps the plant 
open and close its pores as it exhales moisture and 
inhales carbon dioxide. When these elements are not 
present in the soil in sufficient quantities, they must be 
added to for good fruit crop production. 


Pollination and propagation 


Some fruit plants are self-pollinating, which 
means they do not require another plant to pollinate 
its flowers. Pollination can take place when the male 
part of the plant, the stamen, pollinates the stigma of 
the plant, a female part that receives pollen from the 
anther of the male part of the plant. In self-pollination 
this takes place within the same flower. For plants that 
require cross-pollination, pollen is carried by the wind 
or by insects such as bees from the stamen of one plant 
to the stigma of another of the same variety. Where 
cross-pollination is necessary for fruiting, the plants 
must blossom at approximately the same time. 


The propagation of fruit plants can take place by 
seeding, but with this method the new plants are usu- 
ally different from the parent plant and from one 
another. This method is not preferred by fruit growers 
since it will take years for the new plant to produce 
fruit. More common propagation methods include a 
variety of forms of layering. In simple layering, a 
branch is bent and the tip is buried in the soil. After 
the branch has developed roots and a shoot, it is cut 
away and planted elsewhere. Other forms of layering 
are air layering, tip layering, trench layering, and 
mound layering. 


Other propagation methods include stem or root 
cuttings, soft and hardwood cuttings, budding, and 
grafting. The advantage of these methods is that the 
type of fruit produced can be controlled. Budding, 
where a single bud is cut and placed under the bark 
of another tree, is usually done with fruit trees of the 
same variety. With older trees, grafting is usually 
done. In this method, a stem or branch from one tree 
is grafted onto another. The tree may produce more 
than one variety of fruit from this method. 
Micropropagation is a method of plant tissue propa- 
gation that can mass-produce plants that are identical, 
or clones. It also has the advantage of producing dis- 
ease-free plants for fruit production. 
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Fuel cells 


Care of fruit plants 


Some aspects of caring for fruit trees, besides ensur- 
ing they have the proper nutrients and sufficient water, 
is pruning and training, processes that help provide the 
proper amount of sunlight and make it easier to harvest 
the crop. Keeping the plants disease and pest free is 
another aspect of the care of fruit plants. 


Among the pests that can destroy a fruit crop are 
aphids, slugs, spider mites, scales, and other insect 
infestations. There are also a number of diseases that 
can afflict fruit plants, such as fireblight, brown rot, 
peach leaf curl, verticillium wilt, and powdery mildew. 
Some wildlife species, such as deer, birds, moles, 
gophers, mice, and rabbits can destroy a fruit crop 
either by stripping leaves from young trees, gnawing 
on the roots, or feasting on the fruit before it can be 
harvested. Fruit growers have developed a number of 
damage-control methods that include careful selection 
of plants, chemical deterrents, cutting away damaged 
parts of the plants, the use of nets to protect fruit, and 
wire mesh to protect the roots and bark of trees. 


Economics of fruit production 


Fruit harvesting has to be done either when the 
fruit is ripe if it is ready to be marketed or before it is 
ripe if it is to be transported or stored before market- 
ing. Picking fruit is, of course, labor-intensive work 
that requires great care in handling since the fruit can 
be easily damaged. While the growing and marketing 
of fruit such as apples, pears, peaches, and berries is 
done on a large scale to supply large networks of 
supermarkets across the United States, many fruit 
crops are picked by the consumer. Many people also 
grow fruit trees and berry bushes in their yards. 


For the growers of fruit on a large scale, however, 
storage is necessary to meet year-round market 
demand. This requires that the fruit be picked before 
it is ripe and refrigerated until it is ready for market. 
Ideal conditions for storing apples, for example, are at 
28-32°F (—2-0°C) with 90% humidity. 
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KEY TERMS 


Chlorophyll—Green pigment in a plant leaf that is 
involved in the process of photosynthesis. 


Grafting—The process of attaching a branch from 
one tree onto another one for the purpose of prop- 
agating new fruit. 


Herbaceous—A plant with the characteristics of an 
herb, it has little or no woody stems. 


Layering—A method of growing new plants by 
rooting part of an older plant until it roots and 
forms a shoot and is then cut away and planted as 
a new plant. 


Micropropagation—The production of new plants 
from plant tissue. 


Pollination—The transfer of pollen from the male 
part of a flower to the female part. 


Propagation—The production of new plants either 
from seed (sexual propagation) or by asexual meth- 
ods like layering, grafting, and cutting. 
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| Fuel cells 


Fuel cells are the end result of electrochemical 
reactions in which oxygen and pure hydrogen are 
combined to make electricity. It is a clean and quiet 
way to convert the chemical energy of fuels directly 
into electricity. Specifically, they transform fuel (pure 
hydrogen) and air (oxygen) into electric power, emit- 
ting water as their only waste product. There are many 
types of fuel cells, but all of them use fuel and oxygen 
to make electricity, along with water and heat as 
byproducts. Fuel cells are classified according to the 
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Ford Motor Company zero emission fuel cell vehicle. (Ford 
Motor Company, Environement and Safety Public Affairs.) 


type of electrolyte and fuel used, and their particular 
purpose. Fuel cells are used to power computers, 
motorized vehicles, cellular (cell) phones, and many 
other devices. As a byproduct of fuel cell technology, 
heat is sometimes used to warm homes, offices, and 
other buildings. 


A fuel cell consists of two electrodes, an anode and 
a cathode, sandwiched around an electrolyte. (An 
electrolyte is a substance, usually liquid, capable of 
conducting electricity by means of moving ions 
[charged atoms or molecules]). The fuel—usually 
hydrogen—enters at the anode of the fuel cell while 
oxygen enters at the cathode. A catalyst into hydrogen 
ions and electrons splits the hydrogen. Both move 
toward the cathode, but by different paths. The elec- 
trons pass through an external circuit, where they 
constitute electricity, while the hydrogen ions pass 
through the electrolyte. When the electrons return to 
the cathode, they are reunited with the hydrogen and 
the oxygen to form a molecule of water. 


Fuel cells have several advantages: they are quiet, 
produce only water as a waste product, extract electric- 
ity from fuel more efficiently than combustion-boiler- 
generator systems. They can run on pure hydrogen— 
usually derived from methane by combining methane 
with steam at high temperature—or, in one recently 
developed design, on methane itself. Biomass, wind, 
solar power, or other renewable sources can supply 
energy to make hydrogen or other fuels for use in fuel 
cells, which could be installed in buildings (e.g., schools, 
hospitals, and homes), in vehicles, or in small devices 
such as mobile phones or laptop computers. Fuel cells 
today are running on many different fuels, even gas 
from landfills and wastewater treatment plants. 


The principles of the fuel cell were developed by 
Welsh chemist William Grove (1811-1896) in 1839. 
Chemists Charles Langer and Ludwig Mond used the 
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name fuel cell for the first time in 1889 when they 
attempted to construct the first commercial fuel cell 
with air and coal gas. Near the beginning of the twentieth 
century, German chemist Friedrich Ostwald developed 
the theory of fuel cells. However, most later attempts to 
develop fuel cells stopped when the internal-combustion 
engine was invented and successfully manufactured. 


As early as 1900, scientists and engineers were 
predicting that fuel cells would be the primary source 
of electric power within a few years. In 1932, British 
engineer Francis Bacon began developing a fuel cell 
using alkaline electrolytes and nickel electrodes. It was 
not completed until 1959, when it produced about five 
kilowatts of power. Bacon’s fuel cell is generally con- 
sidered by the scientific community as the first com- 
mercially successful fuel cell. That same year, 
American engineer Harry Ihrig ran a tractor using a 
20-horsepower (about 15-kilowatt) fuel cell. 


It was not until the 1960s, however, when the 
United States National Aeronautics and Space 
Administration (NASA) chose the fuel cell to furnish 
power to its Gemini and Apollo spacecraft, that fuel 
cells received serious attention. In the 1980s, the U.S. 
Navy began using fuel cells in their submarines. 
Today, NASA still uses fuel cells to provide electricity 
and water (as a byproduct) for the space shuttle and 
other spacecraft. In addition, fuel cells are used to 
operate buses and other public transportation vehicles 
in many large cities around the world. Several federal 
and state agencies in the U.S. fund research and devel- 
opment in fuel cell technology. 


For years, experts predicted that fuel cells would 
eventually replace less-efficient gasoline engines and 
other clumsy, dirty devices for extracting energy from 
fuel. These predictions have yet to be fully realized, 
even though fuel cells are becoming more widely used. 
Automobile manufacturers are developing ways to 
extract hydrogen from hydrocarbon fuels in on- 
board devices, allowing a fuel-cell vehicle to run on 
methanol (as with Mercedes-Benz’s and Toyota’s pro- 
totypes) or even on gasoline, as Chrysler is proposing. 
DaimlerChrysler began manufacturing a fuel-cell bus 
for the European market in the early 2000s. The 70- 
passenger bus costs approximately $1.2 million, and 
has a range of about 186 mi (300 km) and a top speed 
of 50 mph (80 km/h). 


Types of fuel cells 


There are five basic types of fuel cells, differentiated 
by the type of electrolyte separating the hydrogen 
from the oxygen. The cells types now in use or under 
development are alkaline, phosphoric acid, proton 
exchange membrane, molten carbonate, and solid oxide. 
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Fuel cells 


Long used by NASA on space missions, alkaline 
cells can achieve power-generating efficiencies of up to 
70%. NASA’s fuel cells use alkaline potassium 
hydroxide as the electrolyte and the electrodes of 
porous carbon. At the anode, hydrogen gas combines 
with hydroxide ions to produce water vapor. This 
reaction results in extra electrons that are forced out 
of the anode to produce the electric current. At the 
cathode, oxygen and water plus returning electrons 
from the circuit form hydroxide ions that are again 
recycled back to the anode. The basic core of the fuel 
cell, consisting of the manifolds, anode, cathode, and 
electrolyte, is generally called the stack. Until recently, 
such cells were too costly for commercial applications, 
but several companies are examining ways to reduce 
costs and improve operating flexibility. 


The fuel-cell type most commercially developed 
today is the phosphoric acid, now being used in such 
diverse settings as hospitals, nursing homes, hotels, 
office buildings, schools, utility power plants, and air- 
port terminals. They can also be used in large vehicles 
such as buses and locomotives. Phosphoric-acid fuel 
cells generate electricity at more than 40% efficiency. 
If the steam produced is captured and used for heat- 
ing, the efficiency jumps to nearly 85%. This compares 
to only 30% efficiency for the most advanced internal 
combustion engines. Phosphoric-acid cells operate at 
around 400°F (205°C). 


Proton exchange membrane cells operate at rela- 
tively low temperatures (about 200°F [93°C]) and have 
high power density. They can vary their output 
quickly to meet shifts in power demand, and are suited 
for small-device applications. Experts say they are 
perhaps the most promising fuel cell for light-duty 
vehicles where quick startup is required. 


Molten carbonate fuel cells promise high fuel-to- 
electricity efficiencies and the ability to consume coal- 
based fuels such as carbon monoxide. These cells, how- 
ever operate at very high temperatures (1,200°F [650° C]) 
and therefore cannot be used in small-scale applications. 


The solid oxide fuel cell could be used in big, high- 
power applications including industrial and large-scale 
central electricity generating stations. Some developers 
also see a potential for solid oxide use in motor vehicles. 
A solid oxide system usually uses a hard ceramic elec- 
trolyte instead of a liquid electrolyte, allowing operating 
temperatures to reach 1,800°F (980°C). Power generat- 
ing efficiencies could reach 60%. 


Direct methanol fuel cells (DMFC), relatively new 
members of the fuel cell family, are similar to the 
proton exchange membrane cells in that they both 
use a polymer membrane as the electrolyte. However, 
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KEY TERMS 


Anode—A positively charged electrode. 
Cathode—A negatively charged electrode. 


Cogeneration—The simultaneous generation of 
electrical energy and low-grade heat from the 
same fuel. 


Electricity—An electric current produced by the 
repulsive force produced by electrons of the same 
charge. 


Electrode—A conductor used to establish electrical 
contact with a nonmetallic part of a circuit. 


Electrolyte—The chemical solution in which an 
electric current is carried by the movement and 
discharge of ions. 


in the DMFC, the anode catalyst itself draws the 
hydrogen from the liquid methanol, eliminating the 
need for a fuel reformer. Efficiencies of about 40% are 
expected with this type of fuel cell, which would typi- 
cally operate at a temperature between 120 to 190°F 
(50 to 90°C). Higher efficiencies are achieved at higher 
temperatures. 


Regenerative fuel cells use sunlight as their energy 
source and water as a working medium. These cells 
would be attractive as a closed-loop form of power 
generation. Water is separated into hydrogen and oxy- 
gen by a solar-powered electrolyser. The hydrogen 
and oxygen are fed into the fuel cell, which generates 
electricity, heat, and water. The water is then recycled 
back into the system to be reused. 


Most fuel cells in the United States and other 
countries actively pursuing fuel cell technology cost 
between $1,500 to $4,500 per kilowatt of electrical 
power produced. This range depends on the type of 
fuel cell and its particular application. In comparison, 
a diesel engine costs between $800 and $1,500 per 
kilowatt. As fuel cell technology matures, however, 
costs should decline to below $400 per kilowatt, even 
as low as $30 per kilowatt. 


See also Alternative energy sources; Electric 
motor; Electric vehicles; Electrical conductivity; 
Electrical power supply. 
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| Function 


A function represents a mathematical relationship 
between two sets of real numbers. These sets of num- 
bers are related to each other by a rule that assigns 
each value from one set to exactly one value in the 
other set. The standard notation for a function y = 
f(x), developed in the eighteenth century, is read ‘y 
equals f of x.’ Other representations of functions 
include graphs and tables. The types of rules that 
govern their relationships classify functions. Some of 
these classifications include algebraic, trigonometric, 
and logarithmic and exponential. It has been found by 
mathematicians and scientists alike, that these elemen- 
tary functions can represent many real-world phenom- 
ena. In computer science, functions are used to 
represent data structures and to describe algorithms. 


History of functions 


The idea of a function was developed in the sev- 
enteenth century. During this time, French mathema- 
tician and philosopher René Descartes (1596-1650), in 
his book Geometry (1637), used the concept to 
describe many mathematical relationships. The term 
function was introduced by German mathematician 
Gottfried Wilhelm Leibniz (1646-1716) almost 50 
years after the publication of Geometry. The idea of a 
function was further formalized by Swiss mathemati- 
cian Leonhard Euler (1707-1783; pronounced “oiler”) 
who introduced the notation for a function, y = f(x). 


Characteristics of functions 


The idea of a function is very important in math- 
ematics because it describes any situation in which one 
quantity depends on another. For example, the dis- 
tance an object travels in four hours depends on its 
speed. When such relationships exist, one variable is 
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said to be a function of the other. Therefore, height is a 
function of age and distance is a function of speed. 


The relationship between the two sets of numbers 
of a function can be represented by a mathematical 
equation. Consider the relationship of the area of a 
square to its sides. This relationship 1s expressed by the 
equation A = x’. Here, A, the value for the area, 
depends on x, the length of a side. Consequently, A 
is called the dependent variable and x is the independ- 
ent variable. In fact, for a relationship between two 
variables to be called a function, every value of the 
independent variable must correspond to exactly one 
value of the dependent variable. 


The previous equation mathematically describes 
the relationship between a side of the square and its 
area. In functional notation, the relationship between 
any square and its area could be represented by f(x) = 
x’, where A = f(x). To use this notation, one substi- 
tutes the value found between the parentheses into the 
equation. For a square with a side 4 units long, the 
function of the area is f(4) = 4°, or 16. Using f(x) to 
describe the function is a matter of tradition. However, 
one could use almost any combination of letters to 
represent a function such as g(s), p(q), or even LMN(z). 


The set of numbers made up of all the possible 
values for x is called the domain of the function. The 
set of numbers created by substituting every value for 
x into the equation is known as the range of the 
function. For the function of the area of a square, 
the domain and the range are both the set of all pos- 
itive real numbers. This type of function is called a 
one-to-one function because for every value of x, there 
is one and only one value of A. Other functions are not 
one-to-one because there are instances when two or 
more independent variables correspond to the same 
dependent variable. An example of this type of func- 
tion is f(x) = x. Here, f(2) = 4 and f(-2) = 4. 


Just as one added, subtracted, multiplied, or div- 
ided real numbers to get new numbers, functions can 
be manipulated as such to form new functions. 
Consider the functions f(x) = x? and g(x) = 4x + 2. 
The sum of these functions f(x) + g(x) = x? + 4x + 2. 
The difference of f(x) - g(x) = x? - 4x - 2. The product 
and quotient can be obtained in a similar way. A 
composite function is the result of another manipula- 
tion of two functions. The composite function created 
by our previous example is noted by f(g(x)) and equal 
to f(4x + 2) = (4x + 2). It is important to note that 
this composite function is not equal to the function 


g(f(x)). 


Functions which are one-to-one have an inverse 
function which will undo the operation of the 
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Function 


original function. The function f(x) = x + 6 has an 
inverse function denoted as f''(x) = x - 6. In the 
original function, the value for f(5) = 5 + 6 = 11. 
The inverse function reverses the operation of the first 
so, f4(11) = 11-6 = 5. 


In addition to a mathematical equation, graphs 
and tables are another way to represent a function. 
Since a function is made up of two sets of numbers 
each of which is paired with only one other number, a 
graph of a function can be made by plotting each pair 
on an X,Y coordinate system known as the Cartesian 
coordinate system. Graphs are helpful because they 
allow one to visualize the relationship between the 
domain and the range of the function. 


Classification of functions 


Functions are classified by the type of mathemat- 
ical equation that represents their relationship. Some 
functions are algebraic. Other functions like f(x) = sin 
x, deal with angles and are known as trigonometric. 
Still other functions have logarithmic and exponential 
relationships and are classified as such. 


Algebraic functions are the most common type 
of function. These are functions that can be defined 
using addition, subtraction, multiplication, division, 
powers, and roots. For example f(x) = x + 4 is an 
algebraic function, as is f(x) = x/2 or f(x) = x. 
Algebraic functions are called polynomial functions 
if the equation involves powers of x and constants. 
The most famous of these is the quadratic function 
(quadratic equation), f(x) = ax* + bx + c, wherea, b, 
and c are constant numbers. 


A type of function that is especially important in 
geometry is the trigonometric function. Common trig- 
onometric functions are sine, cosine, tangent, secant, 
cosecant, and cotangent. One interesting characteris- 
tic of trigonometric functions is that they are periodic. 
This means there are an infinite number of values of x 
that correspond to the same value of the function. For 
the function f(x) = cos x, the x values 90° and 270° 
both give a value of 0, as do 90° + 360° = 450° and 
270° + 360° = 630°. The value 360° is the period of 
the function. If p is the period, then f(x + p) = f(x) 
for all x. 


Exponential functions can be defined by the equa- 
tion f(x) = b*, where b is any positive number except 
1. The variable b is constant and known as the base. 
The most widely used base is an irrational number 
denoted by the letter e, which is approximately equal 
to 2.7182818284. Exponential functions, along with 
the mathematical constant e, are used in complex 
equations to describe growth or decay processes. 
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KEY TERMS 


Dependent variable—The variable in a function 
whose value depends on the value of another var- 
iable in the function. 


Independent variable—The variable in a function 
that determines the final value of the function. 


Inverse function—A function that reverses the 
operation of the original function. 


One-to-one function—A function in which there is 
only one value of x for every value of y and one 
value of y for every x. 


Range—The set containing all the values of the 
function. 


Logarithmic functions are the inverse of exponential 
functions. For the exponential function y = 4%, the 
logarithmic function is its inverse, x = 4° and would 
be denoted by y = f(x) = log, x. Logarithmic func- 
tions having a base of e are known as natural loga- 
rithms and use the notation f(x) = In x. 


Mathematicians and other scientists use functions 
in a wide variety of areas to describe and predict 
natural events. Chemists and physicists use algebraic 
functions extensively. Trigonometric functions are 
particularly important in architecture, astronomy, 
and navigation. Financial institutions use exponential 
and logarithmic functions. In each case, the power of 
the function allows people to take mathematical ideas 
and apply them to real world situations. 
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| Fundamental theorems 


A fundamental theorem is a statement or proposi- 
tion so named because it has consequences for the 
subject matter that are difficult to overestimate. Put 
another way, a fundamental theorem lies at the very 
heart of the subject. A theorem is called fundamental if 
other theorems can follow from it by accepting it as a 
foundation to build upon other statements or proposi- 
tions; that is, by granting its truth as being self-evident. 
Mathematicians have designated one theorem in each 
of the main branches of mathematics as fundamental 
to that branch. Three of the most important ones are: 
Fundamental theorem of arithmetic, fundamental the- 
orem of algebra, and fundamental theorem of calculus. 


Fundamental theorem of arithmetic 


The fundamental theorem of arithmetic states 
that every number can be written as the product of 
prime numbers in essentially one way. For example, 
there are no prime factors of 30 other than 2, 3, and 5. 
One cannot factor 30 so that it contains 2s and a 7 or 
some other combination. 


Fundamental theorem of algebra 


The fundamental theorem of algebra asserts that 
every polynomial equation of degree n > 1, with 
complex coefficients, has at least one solution among 
the complete numbers. An important result of this 
theorem says that the set of complex numbers is alge- 
braically closed; meaning that if the coefficients of 
every polynomial equation of degree n are contained 
in a given set, then every solution of every such poly- 
nomial equation is also contained in that set. To see 
that the set of real numbers is not algebraically closed 
consider the origin of the imaginary number i. 
Historically, i was invented to provide a solution to 
the equation x° + 1 = 0, which is a polynomial 
equation of degree 2 with real coefficients. Since the 
solution to this equation is not a real number, the set 
of real numbers is not algebraically closed. That the 
complex numbers are algebraically closed, is of basic 
or fundamental importance to algebra and the solu- 
tion of polynomial equations. It implies that no poly- 
nomial equation exists that would require the 
invention of yet another set of numbers to solve it. 


Fundamental theorem of calculus 


The fundamental theorem of calculus asserts that 
differentiation and integration are inverse operations, 
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KEY TERMS 


Complex number—The set of numbers formed by 
adding a real number to an imaginary number. The 
set of real numbers and the set of imaginary num- 
bers are both subsets of the set of complex 
numbers. 


Composite number—A composite number is a 
number that is not prime. 


Derivative—A derivative expresses the rate of 
change of a function, and is itself a function. 


Integral—The integral of a function is equal to the 
area under the graph of that function, evaluated 
between any two points. The integral is itself a 
function. 


Polynomial—An algebraic expression that includes 
the sums and products of variables and numerical 
constants called coefficients. 


Prime number—Any number that is evenly divisi- 
ble by itself and 1 and no other number is called a 
prime number. 


a fact that is not at all obvious, and was not immedi- 
ately apparent to the inventors of calculus either. The 
derivative of a function is a measure of the rate of 
change of the function. On the other hand, the integral 
of a function from a to bis a measure of the area under 
the graph of that function between the two points a 
and b. Specifically, the fundamental theorem of calcu- 
lus states that if F(x) is a function for which f(x) is the 
derivative, then the integral of f(x) on the interval [a,b] 
is equal to F(b) - F(a). The reverse is also true, if F(x) is 
continuous on the interval [a,b], then the derivative of 
F(x) is equal to f(x), for all values of x in the interval 
[a,b]. This theorem lies at the very heart of calculus, 
because it unites the two essential halves: differential 
calculus and integral calculus. Moreover, while both 
differentiation and integration involve the evaluation 
of limits, the limits involved in integration are much 
more difficult to manage. Thus, the fundamental the- 
orem of calculus provides a means of finding values 
for integrals that would otherwise be exceedingly dif- 
ficult if not impossible to determine. 


Other fundamental theorems in mathematics 
include the fundamental theorem of curves, funda- 
mental theorem of linear algebra, fundamental theo- 
rem of projective geometry, fundamental theorem of 
Riemannian geometry, fundamental theorem of sur- 
faces, and fundamental theorem of vector analysis. 
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i Fungi 


Fungi are one of the five kingdoms of organisms. 
Like higher plants (of the kingdom Plantae), most fungi 
are attached to the substrate they grow on. Unlike plants, 
fungi do not have chlorophyll and are not photosyn- 
thetic. Another key difference from plants is that fungi 
have cell walls composed of chitin, a nitrogen containing 
carbohydrate. All fungi have nuclei and the nuclei of 
most species are haploid at most times. Many species 
have two or more haploid nuclei per cell during most of 
the life cycle. All fungi reproduce asexually by spore 
production. Most species reproduce sexually as well. 


Fungi are very important in human activities. For 
example, some species of yeast, a type of fungus, is 
responsible for the brewing of beer and bread making. 
In another example, some types of mushrooms, another 
kind of fungus, are edible and have been eaten raw or 
used as ingredients in other food dishes for millenia. 


Reflecting their importance, a branch of science 
called mycology evolved. Mycology is the study of 
fungi. 


General characteristics 


The different taxonomic groups of fungi have 
different levels of cellular organization. Some groups, 
such as the yeasts, consist of single-celled organisms, 
which have a single nucleus per cell. Some groups, 
such as the conjugating fungi, consist of single-celled 
organisms in which each cell has hundreds or thou- 
sands of nuclei. Groups such as the mushrooms, con- 
sist of multicellular, filamentous organisms that have 
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An American fly agaric (Amanita muscaria formosa). This 
mushroom is very common in all of North America, but is 
more slender, tinged with a salmonlike coloration, and 
somewhat more rare in the southern states. (Robert J. 
Huffman. Field Mark Publications.) 


one or two nuclei per cell. These multicellular fungi are 
composed of branched filaments of cells called 
hyphae. The hyphae, in turn, often mass together to 
form a tissue called mycelium. 


Mycology, the study of fungi, has traditionally 
included groups such as the cellular slime molds, plas- 
modial slime molds, water molds, chytrids, and several 
other groups of funguslike organisms. Most modern 
biologists consider these groups as diverse assemb- 
lages of organisms unrelated to the true fungi consid- 
ered here. However, it should be emphasized that 
biologists are very uncertain about the evolutionary 
relationships of these other groups and the true fungi. 


Nutrition and ecology 
Most species of fungi grow on land and obtain 


their nutrients from dead organic matter. Some fungi 
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are symbionts or parasites on other organisms. The 
majority of species feed by secreting enzymes, which 
partially digest the food extracellularly, and then 
absorbing the partially digested food to complete 
digestion internally. As with animals, the major stor- 
age carbohydrate of fungi is glycogen. Fungi lack the 
complex vascular system found in higher plants, so 
their transport of food and water is less efficient. 


Along with bacteria, fungi have an important eco- 
logical role in the decomposition of dead plants, ani- 
mals, and other organic matter. Thus, fungi are 
ecologically important because they release large 
amounts of carbon dioxide into the atmosphere and 
recycle nitrogen and other important nutrients within 
ecosystems for use by plants and other organisms. Some 
fungi are parasitic, in that they obtain their nutrients 
from a living host organism, a relationship which usu- 
ally harms the host. Such parasitic fungi usually have 
specialized tissues called haustoria, which penetrate the 
host’s body. Parasitic fungi cause most of the diseases 
that afflict agricultural plants. Some examples are corn 
smut, black stem rust of wheat and barley, and cotton 
root rot. Some species of fungi can also parasitize ani- 
mals. Even humans can be parasitized by fungi which 
cause diseases such as athlete’s foot, ringworm, and 
yeast infections. 


Evolution 


The Fungi group constitute a large and diverse 
group of organisms. Until the 1960s, fungi were con- 
sidered members of the plant kingdom. With the advent 
of the five-kingdom system of biological classification, 
fungi were assembled into a single kingdom because of 
their similar ecological roles as primary decomposers of 
organic matter and their similar anatomical and bio- 
chemical features. Recent studies that compare the 
sequence of amino acids in proteins from fungi, plants, 
and animals now indicate that fungi share a closer 
evolutionary relationship to animals than to plants. 


The evolutionary ancestry and relationships of the 
different fungi are not well understood. There are few 
fossils of fungi, presumably because their relatively soft 
tissues are not well preserved. There is some fossil evi- 
dence that they existed in the Precambrian era (over 
four billion years ago), although identification of these 
very early fossils is uncertain. There is definite fossil 
evidence for fungi in the lower Devonian (about 400 
million years ago) period. Fossils of all the major groups 
of fungi are found in the Carboniferous period (about 
300 million years ago). By the late Tertiary period 
(about 20 million years ago), the fossil record shows a 
rapid and divergent evolution of fungi. Many of the 
Tertiary fossils of fungi are similar to existing species. 
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In addition to the incomplete fossil record, there 
are at least two other reasons why the evolutionary 
relationships of fungi are not well-known: they tend to 
have simple morphologies and they lack embryos 
which follow a definite sequence of developmental 
stages. Biologists often use these two features to deter- 
mine evolutionary relationships of animals and plants. 


Another complication is that many fungi presum- 
ably evolved similar morphologies by convergent evo- 
lution. That is, unrelated species may share a common 
morphology because they have been subjected to sim- 
ilar selective pressures. 


The relatively new technique of molecular system- 
atics is particularly useful in the study of the evolution 
of fungi. This technique compares the sequence of 
DNA segments of different species to determine evolu- 
tionary relationships. One important finding from this 
new technique is that the plasmodial slime molds, 
cellular slime molds, and water molds are only dis- 
tantly related to the true fungi (the taxonomic groups 
considered here). Evolutionary relationships among 
organisms also are being studied by comparing the 
sequences of ribosomal RNAs and transfer RNAs 
from different organisms. Although these RNAs are 
similar to DNA, they have structural roles in cells, 
rather than coding for proteins, as do DNA and mes- 
senger RNAs. Therefore, the sequences of ribosomal 
and transfer RNAs tend to be more conserved through 
evolution. Comparison of these RNAs among fungi, 
plants, and animals also suggests that fungi are more 
closely related to animals than to plants. Future work 
in molecular systematics is expected to tell us more 
about the evolution and relationships of the fungi. 


Classification 


Biologists have estimated that over 200,000 spe- 
cies of fungi exist in nature, although only about 
100,000 have been identified so far. Since classification 
schemes of organisms are usually based on evolution- 
ary relationships, and the evolutionary relationships 
of fungi are not well known, biologists have proposed 
numerous classification schemes for fungi over the 
years. Below, we consider the five major phyla that 
nearly all mycologists would agree belong in the king- 
dom of Fungi. 


Zygomycota, conjugating fungi 


Species in this phylum reproduce sexually by 
forming a zygospore, a thick-walled, diploid cell 
which contains thousands of nuclei. There are about 
600 species in this phylum. Most species are terrestrial 
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and feed on organic matter, although there are a few 
parasitic species. The conjugating fungi are coeno- 
cytic, in that they have a continuous mycelium, con- 
taining hundreds or thousands of haploid nuclei, with 
no divisions between them. However, the Zygomycota 
do have septa (cross walls) between their reproductive 
structures and the rest of their mycelium. 


The conjugating fungi have a life cycle that 
includes a sexual phase and an asexual phase. In the 
asexual phase, thousands of spores develop inside a 
sporangium, a small spherical structure. The sporan- 
gium grows on the tip of a sporangiophore, a speci- 
alized aerial hypha, typically about as thin as a hair. 


In the sexual phase of their life cycle, these fungi 
form specialized hyphae, called gametangia, which are 
of two different strains (sexes), plus and minus. The 
plus and minus strains are very similar morphologi- 
cally, but differ physiologically and biochemically. 
Plus and minus gametangia conjugate with one 
another and form a structure with hundreds or thou- 
sands of nuclei from each strain. 


Then, a thick-walled structure, called the zygo- 
spore, develops from the conjugated gametangia. 
Inside the zygospore, the many thousands of nuclei 
from the plus and minus strains pair off and fuse 
together to form thousands of diploid nuclei. The zygo- 
spore is typically spherical in shape and has a thick, 
dark outer wall. It usually remains dormant for several 
months or more before development continues. 


As the zygospore germinates, it produces germ- 
sporangia which are born on germsporangiophores, 
structures morphologically similar to the asexual 
sporangium and sporangiophore (see above). The 
germsporangium contains thousands of haploid germ- 
spores which arose from the diploid nuclei of the 
zygospore by meiosis. Each germspore is liberated, 
germinates, and gives rise to a new haploid mycelium. 


One of the best known of the conjugating fungi is 
Phycomyces blakesleeanus, a species which grows on 
animal feces in nature. The sporangiophores of 
Phycomyces respond to a variety of sensory stimuli. 
For example, they bend in response to light (photo- 
tropism), gravity (gravitropism), wind (anemotrop- 
ism), and nearby objects (avoidance response). 
Physiologists and biophysicists have intensively 
studied the response to light. One important finding 
is that the light sensitivity of the sporangiophore is 
about the same as the eyes of humans. Furthermore, 
like humans, the sporangiophore can adapt to a one- 
billion-fold change in ambient light intensity. One of 
the pigments involved in the extraordinary light 
responses of Phycomyces is a flavin (vitamin B2) 
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bound to a special protein. This pigment is commonly 
called the blue light photoreceptor, since it is most 
sensitive to blue light. 


Ascomycota, sac fungi 


Species in this phylum reproduce sexually by 
forming a spore-filled structure called an ascus, 
which means literally “a sac.” The hyphae of the sac 
fungi are divided by septa with pores, that is, they have 
perforated walls between adjacent cells. They repro- 
duce asexually by producing spores, called conidia, 
which are born on specialized erect hyphae, called 
conidiophores. The sac fungi are typically prolific 
producers of conidia. 


The sac fungi also have a sexual reproduction 
phase of their life cycles. In the first step of this proc- 
ess, compatible hyphae fuse together by one of several 
different methods. Second, the nuclei from the differ- 
ent hyphae move together into one cell to form a 
dikaryon, a cell with two haploid nuclei. Third, several 
cell divisions occur, resulting in several cells with two 
different haploid nuclei per cell. Fourth, nuclear 
fusion of the two haploid nuclei occurs in one of 
these cells, the ascus mother cell. Fifth, the ascus 
mother cell develops into an ascus. Then, meiosis 
occurs in the diploid cells and, depending on the spe- 
cies, four or eight haploid ascospores form inside the 
ascus. In some species, such as the fleshy and edible 
morels, a large number of asci are massed together to 
form an ascocarp. 


This large phylum of fungi includes many species 
which are beneficial to humans. For example, the 
yeasts are a major group of ascomycetes. Different 
yeasts in the genus Saccharomyces are employed by 
bakers, brewers, and vintners to make their bread, 
beer, or wine. Truffles are subterranean ascomycetes 
which grow in association with tree roots. 
Traditionally, pigs have been used to sniff out these 
underground fungi, so that French chefs could use 
truffles to complement their finest cuisine. 


Some other ascomycetes are significant plant 
pathogens. For example, Endothia parasitica is an 
ascomycete which causes chestnut blight, a disease 
which virtually extirpated the American chestnut as a 
mature forest tree. Ceratocystis ulmi is a pathogenic 
ascomycete which causes Dutch elm disease, a scourge 
of American elm trees. Claviceps purpurea, the ergot 
fungus, infects agricultural grains, and when ingested 
can cause intense hallucinations or death due to the 
presence of LSD (D-Lysergic acid diethylamide). 


Another well known ascomycete is Neurospora 
crassa, the red bread mold. The ordered manner in 
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which the eight spores of this fungus align during 
sexual reproduction allows geneticists to construct a 
map of the genes on its chromosomes. Earlier in this 
century, biologists used Neurospora as a model organ- 
ism to investigate some of the basic principles of genet- 
ics and heredity. More recently, biologists have shown 
that the mycelium of this species can produce spores at 
approximately 24 hour intervals, a circadian rhythm, 
in a constant environment. Many biologists are cur- 
rently using Neurospora crassa as a model organism 
for investigation of circadian rhythms, which occur in 
a wide diversity of organisms, including humans. 


Basidiomycota, club fungi 


Species in this phylum reproduce sexually by 
forming spores on top of club-shaped structures called 
basidia. The club fungi are believed to be closely 
related to the sac fungi. Both groups have cells which 
are separated by septa (walls), and both have a dikary- 
otic phase in their life cycle; a phase with two haploid 
nuclei per cell. The septum of the club fungi is some- 
what different from those of sac fungi and is referred 
to as a dolipore septum. The dolipore septum has a 
bagel-shaped pore in its center. 


The club fungi reproduce asexually by producing 
asexual spores or by fragmentation of mycelium. 


The sexual reproduction phase of the club fungi 
involves three developmental stages of the mycelium. 
In the primary stage, a haploid spore germinates and 
grows a germ tube, which develops into mycelium. The 
mycelium initially contains a single haploid nucleus. 
Then, its haploid nucleus divides and septa form 
between the nuclei. 


A secondary mycelium forms upon conjugation of 
two sexually compatible hyphae. The secondary myce- 
lium is dikaryotic, in that it has two haploid nuclei, 
one from each parent. As the dikaryotic mycelium 
grows, the cells divide and more septa are formed 
between the new cells. 


Each of the new cells in the secondary mycelium 
has one haploid nucleus from each parent. This is 
assured by clamp connections, specialized structures 
unique to the club fungi. These are loop-like hyphae, 
which connect the cytoplasm of adjacent cells and 
through which nuclei move during cell division. In 
particular, during cell division, one nucleus divides 
directly into the newly formed cell; the other nucleus 
divides inside the clamp connection and the two 
daughter nuclei migrate through the clamp connection 
in opposite directions to the two daughter cells. 


The tertiary mycelium is simply an organized 
mass of secondary mycelium. It is a morphologically 
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complex tissue and forms structures such as the typi- 
cally mushroom-shaped basidiocarps commonly seen 
in nature. 


Sexual reproduction of the club fungi begins upon 
fusion of two primary hyphae to form a club-shaped 
structure, known as a basidium. Second, the two hap- 
loid nuclei inside the basidium fuse together to form a 
diploid zygote. Third, the zygote undergoes meiosis to 
form two haploid nuclei. Fourth, these two haploid 
nuclei undergo mitosis to form a total of four haploid 
nuclei. These four nuclei then migrate into projections, 
which form on the tip of the basidium. These projec- 
tions then develop into four separate haploid spores, 
each with a single nucleus. 


In the species of club fungi which are large and 
fleshy, such as the mushrooms, a mass of basidia form 
a structure called a basidiocarp. The spores on the 
basidia are released from the underside of the fleshy 
gills of the mushroom. The color and shape of the 
basidiocarp, as well as the color of the spores are 
often diagnostic for species identification. 


This large phylum includes species which are 
known as mushrooms, toadstools, earthstars, stink- 
horns, puffballs, jelly fungi, coral fungi, and many 
other interesting common names. Some species, such 
as the rusts and smuts, are pathogens that attack 
agricultural grains. Other species, such as the fly agaric 
(Agaricus muscaria) and some species in the genus 
Psilocybe, produce chemical hallucinogens and have 
been used by numerous cultures in their religious cere- 
monies. Another species, Agaricus bisporus, is the 
common edible mushroom found in supermarkets. 


An important aspect of the club fungi is the great 
diversity of alkaloids and other toxic and psychogenic 
chemicals produced by some species. For example, 
Amanita virosa, a mushroom colloquially known as 
“death angel,” is so deadly poisonous that a small 
bite can kill a person. A related mushroom is 
Amanita muscaria, known as “fly agaric,” which is 
hallucinogenic. Over the millennia, numerous cultures 
have eaten the fly agaric as part of their religious 
ceremonies. For example, R. Gordon Wasson has 
shown that Amanita muscaria is the hallucinogenic 
plant referred to as “Soma” throughout Rg Veda, the 
ancient religious text. According to Rg Veda, the 
ancient Aryans who invaded India about four millen- 
nia ago ingested “Soma” as a euphoriant. 


While mushrooms are the best-known club fungi, 
many other club fungi grow underground as mycor- 
rhizae. Mycorrhizae result from a symbiosis between a 
plant root and a fungus. In mycorrhizae, the fungus 
typically supplies nitrogen-containing compounds to 
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KEY TERMS 


Biomass—Total weight, volume, or energy equiva- 
lent of all living organisms within a given area. 


Clamp connection—Loop-like hypha which con- 
nects the cytoplasm of adjacent cells. Characteristic 
feature of Basidiomycota. 


Coenocytic—Lacking walls for separation of the 
nuclei of cytoplasm. 

Cyanobacteria (singular, cyanobacterium)—Photo 
synthetic bacteria, commonly known as blue-green 
alga. 

Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 

Haploid—Nucleus or cell containing one copy of 
each chromosome. 

Hypha (plural, hyphae)—Cellular unit of a fungus, 
typically a branched and tubular filament. 


the plant, and the plant supplies carbohydrates and 
other organic compounds to the fungus. Mycorrhizae 
are very important for the growth of orchids. One 
reason many orchids are difficult to grow is because 
they require particular fungal species to form mycor- 
rhizae on their roots. 


A recent report investigated a subterranean club 
fungus, Armillaria bulbosa, which is a pathogen on tree 
roots. The investigators used molecular biology techni- 
ques to demonstrate that a single subterranean “indi- 
vidual” of this species in Northern Michigan was 
spread out over 37 acres (15 ha) and weighed 
an estimated 22,000 lb (10,000 kg). Based on the esti- 
mated growth rate of this species, of about 0.7 ft (0.2 m) 
per year, this individual was about 1,500 years old. 


Deuteromycota, imperfect fungi 


The Deuteromycota is a heterogeneous group of 
unrelated species in which sexual reproduction has 
never been observed. Since mycologists refer to the 
“perfect phase” of a life cycle as the phase in which 
sexual reproduction occurs, these fungi are often 
referred to as imperfect fungi. These fungi may have 
lost their sexual phase through the course of evolution. 
Alternatively, biologists simply may not have found 
the appropriate environmental conditions to observe 
development of the sexual phase of their life cycle. 


The Deuteromycota are classified as fungi for two 
main reasons. First, their multicellular tissue is similar 
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Many strands (hyphae) together are called my- 
celium. 


Mycorrhiza—Subterranean symbiotic relationship 
between a_ fungus, typically a species of 
Basidiomycota, and a plant root. 


Phylum—Broadest taxonomic category within a 
kingdom. 


Septum—Wall that separates the cells of a fungal 
hypha into segments. 


Symbiogenesis—Evolutionary origin of a completely 
new life form from the symbiosis of two or more 
independent species. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. 
The relationship is obligate, meaning that the part- 
ners cannot successfully live apart in nature. 


to the hyphae of sac fungi and club fungi. Second, they 
have erect hyphae with asexual spores, called conidio- 
phores, which are similar to those of the sac fungi and 
club fungi. 


Most imperfect fungi are believed to be related to 
the sac fungi because their conidiophores closely 
resemble those produced by the sac fungi during 
their sexual phase. The imperfect fungi are not placed 
in the Ascomycota phylum because classification of 
that group is based on the morphology of sexual 
structures which the Deuteromycota do not have. 


The best known fungus in this phylum is 
Penicillium. Some species in this genus appear as 
pathogenic, blue-green molds on fruits, vegetables, 
and cheeses. Several other species are important for 
the making of cheeses, such as blue cheese, Roquefort, 
and Camembert. Certainly the best-known product 
from this genus is penicillin, the first widely-used anti- 
biotic. Penicillin was first discovered in Penicillium 
notatum over 50 years ago, but is now known to be 
produced by many other species in this genus. 


Mycophycophyta, lichens 


A lichen is a symbiotic relationship between a 
fungus and an alga, or between a fungus and a photo- 
synthetic cyanobacterium. They constitute a very 
diverse and polyphyletic group of organisms and are 
classified together simply because they all result from a 
fungus-alga symbiosis. In most lichens, the fungal 
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species is in the Ascomycota phylum and the photo- 
synthetic species is a green alga from the Chlorophyta 
phylum. Typically, the photosynthetic species supplies 
carbohydrates to the fungus and the fungus supplies 
nitrogen and other nutrients to the alga. The morphol- 
ogy of a lichen differs from its component species. 


Lichens can reproduce by several methods. The 
fungal component of the lichen can produce spores, 
which are dispersed, germinate, and then recombine 
with the algal component. Alternatively, the lichen can 
produce soredia, specialized reproductive and disper- 
sal structures in which the algal component is engulfed 
by fungal mycelium. Typically, the soredia break off 
from the thallus, the main body of the lichen. 


Ecologists have shown that many species of 
lichens are very sensitive to air pollutants, such as 
sulfur dioxide. Thus, they are often used as indicator 
species for air pollution; the presence of certain lichen 
species correlates with the cleanliness of the air. 


Many lichens can inhabit harsh environments and 
withstand prolonged periods of desiccation. In the 
temperate region of North America, lichens often 
grow on tree trunks and bare rocks and soil. In the 
arctic and antarctic regions, lichens constitute a large 
proportion of the ecosystembiomass. Many lichens 
are even found growing upon and within rocks in 
Antarctica. In the arctic region, the lichen species 
known colloquially as reindeer mosses (Cladonia ran- 
gifera and several other species) are an important food 
for caribou and reindeer. 


Studies of the symbiotic nature of lichens in the 
late 1800s laid an important foundation for develop- 
ment of the theory of symbiogenesis. This theory says 
that new life forms can evolve from the symbiotic 
relationship of two or more independent species. 
Nearly all modern biologists now agree that symbio- 
genesis of different bacteria led to the origin of eukary- 
otic cells, which contain many different organelles, 
intracellular “small organs” which are specialized for 
different functions. 
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[ Fungicide 


Fungicides are chemicals that inhibit the growth 
of fungi. A fungus is a tiny plantlike organism that 
obtains its nourishment from dead or living organic 
matter. Some examples of fungi include mushrooms, 
toadstools, smuts, molds, rusts and mildew. 


Fungi have long been recognized as a serious 
threat to plants and crops. They attack food while it 
is growing and after it has been harvested and is placed 
in storage. One of the great agricultural disasters of the 
second half of the twentieth century was caused by a 
fungus. In 1970, the fungus that causes southwest 
corn-leaf blight swept through the southern and 
Midwestern United States and destroyed about 15% 
of the nation’s corn crop. Potato blight, wheat rust, 
wheat smut, and grape mildew are other important 
diseases caused by fungi. Fungi can attack agricultural 
crops, garden plants, wood and wood products (dry 
rot in particular is a major problem), and many other 
items of use to humans. 


Fungicides usually kill the fungus that is causing 
the damage. Sulfur, sulfur-containing compounds, 
organic salts of iron, and heavy metals are all used 
as fungicides. Other fungicide types include carba- 
mates or thiocarbamates such as benomy] and ziram, 
thiozoles such as etridiazole, triazines such as anila- 
zine, and substituted organics such as chlorothalonil. 
Many non-drug fungicides have low mammalian tol- 
erance for toxicity, and have been shown to cause 
cancer or reproductive toxicity in experimental animal 
studies. 


Fungicides operate in different ways depending 
upon the species that they are designed to combat. 
Many are poisons and their application must be 
undertaken carefully or over-application may kill 
other plants in the area. Some fungicides disrupt 
some of the metabolic pathways of fungi by inhibiting 
energy production or biosynthesis, and others disrupt 
the fungal cell wall, which is made of chitin, as 
opposed to the cellulose of plant cell walls. Chitin is 
a structural polysaccharide and is composed of chains 
of N-acetyl-D-glucosamine units. Fungal pathogens 
come from two main groups of fungi, the ascomycetes 
(rusts and smuts) and the basidiomycetes (the higher 
fungi—mushrooms, toadstools, and bracket fungi). 


Human fungal infections, such as athlete’s foot, 
can be treated by fungicides normally referred to as 
antifungal agents or antimycotics. Compounds such 
as fluconazole, clotrimazole, and nystatin are used to 
treat human fungal infections. 
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The first known fungicide was a naturally occur- 
ring substance, sulfur. One of the most effective of all 
fungicides, Bordeaux mixture, was invented in 1885. 
Bordeaux mixture is a combination of two inorganic 
compounds, copper sulfate and lime. 


With the growth of the chemical industry during 
the twentieth century, a number of synthetic fungi- 
cides have been developed: these include ferbam, 
ziram, naban, dithiocarbonate, quinone, and 8- 
hydroxyquinoline. For a period of time, compounds 
of mercury and cadmium were very popular as fungi- 
cides. Until quite recently, for example, the compound 
methylmercury was widely used by farmers in the 
United States to protect growing plants and treat 
stored grains. During the 1970s, however, evidence 
began to accumulated about a number of adverse 
effects of mercury- and cadmium-based fungicides. 
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As a result of the problems with mercury and 
cadmium compounds, scientists have tried to develop 
less toxic substitutes for the more dangerous fungi- 
cides. Dinocap, binapacryl, and benomyl are three 
examples of such compounds. 


Another approach has been to use integrated pest 
management and to develop plants that are resistant 
to fungi. The latter approach was used with great 
success during the corn blight disaster in 1970. 
Researchers worked quickly to develop strains of 
corn that were resistant to the corn-leaf blight fungus 
and by 1971 had provided farmers with seeds of the 
new strain. 


Fusion see Nuclear fusion 
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Gadolinium see Lanthanides 


[ Gaia hypothesis 


Gaia, the Earth conceived as a supernatural 
entity, was believed by the ancient Greeks to be a 
living, fertile ancestor of many of their important 
gods. The Romans, who adopted many Greek gods 
and ideas as their own, also believed in this organismic 
entity, who they renamed Terra. The Gaian notion has 
been personified in more recent interpretations as 
Mother Earth. In science, the Gaia hypothesis is a 
recent and controversial theory that views Earth as 
an integrated, pseudo-organismic entity and not as a 
mere physical object in space. The Gaia hypothesis 
suggests that organisms and ecosystems on Earth 
cause substantial changes to occur in the physical 
and chemical nature of the environment, in a manner 
that improves the living conditions on the planet. In 
other words, it is suggested that Earth is an organismic 
planet, with homeostatic mechanisms that help to 
maintain its own environments within the ranges of 
extremes that can be tolerated by life. 


Earth is the only planet in the universe that is 
known to support life. This is one of the reasons why 
the Gaia hypothesis cannot be tested by rigorous, sci- 
entific experimentation—there is only one known rep- 
licate in the great, universal experiment. However, 
some supporting evidence for the Gaia hypothesis can 
be marshaled from certain observations of the structure 
and functioning of the planetary ecosystem. Several of 
these lines of reasoning are described in the next section. 


Evidence in support of a Gaian Earth 


One supporting line of reasoning for the Gaia 
hypothesis concerns the presence of oxygen in Earth’s 
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atmosphere. It is believed by scientists that the primor- 
dial atmosphere of Earth did not contain oxygen. The 
appearance of this gas required the evolution of pho- 
tosynthetic life forms, which were initially blue-green 
bacteria and, somewhat later, single-celled algae. 
Molecular oxygen is a waste product of photosynthe- 
sis, and its present atmospheric concentration of about 
21% has entirely originated with this biochemical 
process (which is also the basis of all biologically 
fixed energy in ecosystems). Of course, the availability 
of atmospheric oxygen is a critically important envi- 
ronmental factor for most of Earth’s species and for 
many ecological processes. 


In addition, it appears that the concentration of 
oxygen in the atmosphere has been relatively stable for 
an extremely long period of time, perhaps several bil- 
lions of years. This suggests the existence of a long-term 
equilibrium between the production of this gas by green 
plants, and its consumption by biological and non- 
living processes. If the atmospheric concentration of 
oxygen were much larger than it actually is, say about 
25% instead of the actual 21%, then biomass would be 
much more readily combustible. These conditions 
could lead to much more frequent and more extensive 
forest fires. Such conflagrations would be severely dam- 
aging to Earth’s ecosystems and species. 


Some proponents of the Gaia hypothesis interpret 
the above information to suggest that there is a plan- 
etary, homeostatic control of the concentration of 
molecular oxygen in the atmosphere. This control is 
intended to strike a balance between the concentra- 
tions of oxygen required to sustain the metabolism of 
organisms, and the larger concentrations that could 
result in extremely destructive, uncontrolled wildfires. 


Another line of evidence in support of the Gaian 
theory concerns carbon dioxide in Earth’s atmos- 
phere. To a substantial degree, the concentration of 
this gas is regulated by a complex of biological and 
physical processes by which carbon dioxide is emitted 
and absorbed. This gas is well known to be important 
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in the planet’s greenhouse effect, which is critical to 
maintaining the average temperature of the surface 
within a range that organisms can tolerate. It has 
been estimated that in the absence of this greenhouse 
effect, Earth’s average surface temperature would be 
about —176°F (—116°C), much too cold for organisms 
and ecosystems to tolerate over the longer term. 
Instead, the existing greenhouse effect, caused in 
large part by atmospheric carbon dioxide, helps to 
maintain an average surface temperature of about 
59°F (15°C). This is within the range of temperature 
that life can tolerate. 


Again, advocates of the Gaia hypothesis interpret 
these observations to suggest that there is a homeo- 
static system for control of atmospheric carbon diox- 
ide, and of climate. This system helps to maintain 
conditions within a range that is satisfactory for life. 


Scientists agree that there is clear evidence that the 
non-living environment has an important influence on 
organisms, and that organisms can cause substantial 
changes in their environment. However, there appears 
to be little widespread support within the scientific com- 
munity for the notion that Earth’s organisms and ecosys- 
tems have somehow integrated in a mutually benevolent 
symbiosis (or mutualism), aimed at maintaining environ- 
mental conditions within a comfortable range. 


Still, the Gaia hypothesis is a useful concept, 
because it emphasizes the diverse connections of eco- 
systems, and the consequences of human activities that 
result in environmental and ecological changes. 
Today, and into the foreseeable future, humans are 
rapidly becoming a dominant force that is causing 
large, often degradative changes to Earth’s environ- 
ments and ecosystems. 


See also Biosphere; Chemical evolution; Ecological 
pyramids; Ecosystem; Homeostasis; Origin of life. 
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l Galaxy 


A galaxy is a very large collection of stars, atomic 
hydrogen gas, cosmic rays, molecular hydrogen, and 
complex molecules of carbon, nitrogen, hydrogen, sil- 
icon, and others. The word galaxy comes from the 
Greek word galaxias, or milky circle. The Milky Way 
galaxy in which the Earth’s solar system is located is 
one such galaxy. Astronomers generally classify gal- 
axies according to their shape as either spiral, ellipti- 
cal, or irregular. Spiral galaxies are further subdivided 
into normal and barred spirals. Elliptical galaxies can 
be either giant or dwarf ellipticals, depending on their 
size. In the 2000s, astronomers using the Hubble Deep 
Field, part of the Hubble Space Telescope, estimated 
that about 175 billion galaxies exist in the universe. 


Galaxies can contain anywhere from a few million 
stars, for dwarf ellipticals, to a few trillion stars, for 
giant ellipticals or spirals. Galaxies emitting far more 
energy than can easily be explained by a collection of 
stars are classified as active galaxies. The study of 
other galaxies, in addition to being intrinsically inter- 
esting, helps scientists understand the Milky Way gal- 
axy and gives clues as to the understanding of the 
universe as a whole. 


Outside of the galaxy 


Astronomers did not recognize galaxies as sepa- 
rate from the Milky Way until the early part of the 
twentieth century. The Andromeda galaxy, which is 
the nearest spiral galaxy to the Milky Way and the 
Large and Small Magellanic Clouds, which are the 
nearest irregular galaxies to the Milky Way, are visible 
to the naked eye, and have therefore been observed 
since antiquity. Their nature was, however, unknown. 


With the development of the telescope, astrono- 
mers were able to discern the whorled shape of spiral 
galaxies, which were called spiral nebulae at the time. 
Until the 1920s, there was a controversy: Were these 
spiral nebulae part of the Milky Way galaxy, or were 
they external galaxies similar to the Milky Way? In 
April 1920, there was a debate on this topic between 
American astronomers Harlow Shapley (1885-1972) 
and Heber Doust Curtis (1872-1942) before the 
National Academy of Sciences. Curtis argued that spiral 
nebulae were external galaxies, Shapley that they were 
part of the Milky Way. Curtis did not win the debate, 
but astronomy has since proven him right—spiral neb- 
ulae are external galaxies similar to the Milky Way. 


To settle the controversy, scientists needed an accu- 
rate method to gauge the distance to galaxies. Working at 
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A photograph of the Andromeda Galaxy (M31). Also seen, as 
the bright spot below and to the left of Andromeda, is one of 
its two dwarf elliptical satellite galaxies, M32 (NGC 221). 
Andromeda is a spiral galaxy some 2.2 million light years 
from our own galaxy, the Milky Way. It measures some 
170,000 light years across, and as the largest of the nearby 
galaxies is faintly visible even to the naked eye. (Tony Ward. 
Photo Researchers, Inc.) 


Harvard College Observatory in the early twentieth 
century, American astronomer Henrietta Leavitt 
(1868-1921) found the required celestial yardstick. 
Leavitt was studying a type of star in the Magellanic 
Clouds known as a Cepheid variable, when she discov- 
ered a way to measure the distance to any Cepheid 
variable by comparing the star’s apparent and absolute 
magnitudes. The distance to the variable star gave the 
distance to the galaxy or cluster of stars containing the 
Cepheid variable. Cepheid variables have since become a 
fundamental yardstick for measuring the distance scale 
of the universe. 


In 1924, the American astronomer Edwin Hubble 
(1889-1953) used Leavitt’s Cepheid variable technique 
to measure the distance to the Andromeda galaxy. 
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Hubble’s original distance estimates have since been 
refined; the modern distance to the Andromeda galaxy 
is about 2.2 million light years. (A light year is the 
distance light travels in one year within the vacuum of 
space, about 6 trillion miles, or 9.654 trillion kilometers). 
The Milky Way galaxy is however only a little over 
100,000 light years in diameter. Hubble therefore con- 
clusively proved that the Andromeda galaxy must be 
outside the Milky Way. Other galaxies are more distant. 


With his work, Hubble launched the science of 
extragalactic astronomy—the study of galaxies out- 
side the Milky Way. Hubble devised the classification 
scheme for galaxies that astronomers still use today. 
More importantly, Hubble found that more distant 
galaxies are moving away from the Milky Way at a 
faster rate. From this observation, known as Hubble’s 
law, he deduced that the universe is expanding. 
Hubble used his study of galaxies to uncover a funda- 
mental fact about the nature of the universe. Fittingly, 
one of the scientific goals of the Hubble’s namesake, 
the Hubble Space Telescope, is to continue this work. 


Classification of galaxies 


Hubble classified the galaxies he observed according 
to their shape. His scheme is still in use today. The basic 
regular shapes are elliptical and spiral. He classified gal- 
axies with no regular shape as irregular galaxies. Galaxies 
that, basically, look like either elliptical or spiral galaxies 
but have some unusual feature are classified as peculiar 
galaxies. They are classified according to the closest 
match in the classification scheme. They are, then, given 
the added designation peculiar (pec). Hubble initially 
thought that his classification scheme represented an 
evolutionary sequence for galaxies; they started as one 
type and gradually evolved into another type. 


Modern astronomers have supplemented Hubble’s 
original scheme with luminosity classes. The luminosity 
of a galaxy is its total energy output each second. Note 
that the luminosity refers to the intrinsic energy output 
of the galaxy corrected for the distance of the galaxy. 
Therefore a high luminosity but distant galaxy might 
appear fainter than a nearby low luminosity galaxy. 
The luminosity classes are the roman numerals I, I, 
III, IV, and V. The most luminous galaxies are class I, 
and the least luminous are V. As one might guess, the 
more luminous galaxies are generally larger in size and 
contain more stars. 


How common are the various types of galaxies? In 
a given volume of space, about one-third of all the 
galaxies (34%) are spirals, a little over half (54%) are 
irregulars, and the rest (12%) are ellipticals. However, 
irregular and elliptical galaxies tend to be smaller and 
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fainter on the average than spiral galaxies. They are 
therefore harder to find. Of the galaxies that astron- 
omers can observe the overwhelming majority (77%) 
are spirals and only 3% are irregular galaxies. The 
remaining 20% of observed galaxies are ellipticals. 


Elliptical galaxies 


Elliptical galaxies have a three-dimensional ellip- 
soidal shape, so they appear in their two dimensional 
projections on the sky as ellipses. In his scheme, 
Hubble denoted elliptical galaxies with the letter E. 
He further subdivided ellipticals according to the 
amount of elongation of the ellipse, using numbers 
from 0 to 7. An EO galaxy appears spherical. The 
most elongated elliptical galaxies are E7. The E1 
through E6 galaxies are intermediate. 


Note that this classification is based on the 
appearance of a galaxy, which may be different from 
its true shape owing to projection effects on Earth. 
Since Hubble’s time, astronomers have learned that 
some ellipticals are relatively small and others are 
large. Astronomers now have the additional classifi- 
cation of either dwarf ellipticals or giant ellipticals. 
For finer divisions astronomers use the luminosity 
classes I, for the supergiant ellipticals, down to V for 
the smallest dwarf ellipticals. 


Dwarf elliptical galaxies tend to be fairly small. 
They average about 30,000 light years in diameter, but 
can be as small as about 10,000 light years. The diam- 
eters of galaxies are a little uncertain because galaxies 
do not end sharply. Instead, they tend to gradually 
fade out with increasing distance from the center. By 
contrast, giant elliptical galaxies average about 
150,000 light years in diameter. The largest supergiant 
ellipticals are a few million light years in diameter. 


The dwarf ellipticals have masses ranging from 
100,000 to 10 million times the mass of the sun, sug- 
gesting that they have about that many stars. Giant 
ellipticals on the other hand will typically have 10 
trillion times the mass of the sun and, therefore, 
roughly that many stars. Both giant and dwarf ellip- 
tical galaxies have only old stars and very small 
amounts of the interstellar gas and dust that is the 
raw material for forming new stars, probably due to 
the loss of gas clouds to star formation during the 
collisions that formed the elliptical shape. 


Spiral galaxies 


Spiral galaxies have a disk shape with a bulging 
central nucleus, so that they look like an astronaut’s 
pancake floating in midair with a fried egg in the 
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center on both sides. Surrounding the disk is a spher- 
ical halo consisting of globular clusters—spherical 
clusters of roughly 100,000 stars each. The astronaut’s 
breakfast has drops of syrup floating in a spherical 
distribution around the pancake. 


The disk of a spiral galaxy contains the spiral arms 
that give this class of galaxy its name. There are usu- 
ally two spiral arms that wind around each other 
several times in a whorl shape—from the nucleus to 
the edge of the disk. A few spiral galaxies have more 
than two spiral arms. 


There are two types of spiral galaxies, normal 
spirals and barred spirals. In the normal spiral gal- 
axies, the spiral arms wind outward from the nucleus. 
In barred spirals, there is a central bar structure 
extending out on either side of the nucleus. The spiral 
arms wind outward from the edge of this bar structure. 


In his classification scheme, Hubble denoted nor- 
mal spiral galaxies by S and barred spiral galaxies by 
SB. He, then, subclassified spirals according to how 
tightly the spiral arms wind around the nucleus, using 
a, b, and c. Galaxies denoted Sa are the most tightly 
wound and, therefore, have a relatively small disk 
compared to the spiral arms. Sc galaxies are the most 
loosely wound. They, therefore, extend well beyond 
the nucleus and have a relatively larger disk compared 
to the nucleus. Sb galaxies are intermediate between 
the Sa and Sc galaxies. Hubble used a similar scheme 
for barred spirals, producing the classifications SBa, 
SBb, and SBc. 


Some galaxies have a disk surrounding a nucleus, 
but do not have spiral arms in the disk. Hubble clas- 
sified these galaxies as SO. They are now also called 
lenticular galaxies. As for elliptical galaxies, modern 
astronomers also add luminosity classes (I, I, HI, IV, 
V) to Hubble’s classification scheme. Luminosity class 
I galaxies are the most luminous and are referred to as 
supergiant spirals. Luminosity class V galaxies are the 
least luminous. 


The luminosity classes of spiral galaxies do not 
have as wide a range as elliptical galaxies, so there are 
no dwarf spiral galaxies. Spiral galaxies are typically 
about the size of the Milky Way, roughly 100,000 light 
years in diameter. They will typically have a mass of 
about 100 billion times the mass of the Sum, so will 
contain roughly 100 billion stars. The largest super- 
giant spirals can have as much as several trillion times 
the mass of the sun. 

Spiral galaxies contain fairly young stars in their 
disks and spiral arms and older stars in their nuclei and 
halos. The disks and spiral arms also contain interstel- 
lar gas and dust, which are the raw materials for 
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forming new stars. The halos-like elliptical galaxies 
contain very little gas and dust. This difference in the 
distribution of the contents of spiral galaxies tells 
astronomers that they were originally spherical in 
shape. The rotation of these galaxies caused them to 
flatten out and form their disks. 


Irregular galaxies 


Hubble classified galaxies that do not fit neatly 
into his scheme of ellipticals and spirals as irregular 
(rr) galaxies. Irregular galaxies as a class have no 
particular shape, and have no spherical or circular 
symmetries as the ellipticals and spirals do. There is a 
range of sizes, but irregulars tend to be small. They 
average about 20,000 light years in diameter. The 
smallest irregulars, dwarf irregulars, are only about 
1,000 light years in diameter. 


Because they are relatively small, irregular gal- 
axies have small masses (typically about one million 
times the mass of the sun) and therefore relatively few 
stars. Astronomers now classify irregular galaxies into 
two groups, Irr I and Irr I. In Irr I galaxies, astron- 
omers can resolve young stars and evidence of ongoing 
star formation. In Irr II galaxies, astronomers cannot 
resolve individual stars. They also have no distinct 
shape. Both types of irregular galaxies contain a 
large percentage of young stars and interstellar gas 
and dust. 


Active galaxies 


Many galaxies look almost like one of the Hubble 
classifications, but with some unusual feature. For 
example, imagine an elliptical galaxy that looks like 
someone sliced it through the center, pulled it apart a 
little bit, and displaced each half sideways. Hubble 
called these galaxies peculiar and added the designa- 
tion, pec, to the classification. The galaxy described 
above might be an EO pec galaxy. Whatever causes a 
galaxy to look as if it were ripped apart as described 
above would require large amounts of energy. Peculiar 
galaxies are therefore interesting because they often 
tend to be the active galaxies that emit large amounts 
of energy. 


Active galaxies are galaxies that emit far more 
energy than normal galaxies. A galaxy is considered 
an active galaxy if it emits more than 100 times the 
energy of the Milky Way galaxy. Active galaxies often 
have a very compact central source of energy, much of 
which is emitted as radio waves rather than optical 
light. These radio waves are emitted by electrons mov- 
ing in a helical path in a strong magnetic field at speeds 
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near the speed of light. Active galaxies also often have a 
peculiar photographic appearance, which can include 
jets of material streaming out from the nucleus or the 
appearance of either explosions or implosions. They 
also tend to vary erratically in brightness on rapid 
time scales. There are a number of varieties of active 
galaxies, including: compact radio galaxies, extended 
radio galaxies, Seyfert galaxies, BL Lacertac objects, 
and quasars. 


Compact radio galaxies appear photographically 
as ordinary giant elliptical galaxies. Radio telescopes, 
however, reveal a very energetic compact nucleus at 
the center. This radio nucleus is the source of most of 
the energy emitted by the galaxy. 


Perhaps the best known compact radio galaxy is 
M87. This giant elliptical galaxy has both a very com- 
pact energetic radio source in the nucleus and a jet 
consisting of globs of material shooting out from the 
nucleus. Recent observations from the Hubble Space 
Telescope provide strong evidence that this core con- 
tains a supermassive black hole. 


Extended radio galaxies consist of two giant lobes 
emitting radio waves. These lobes are on either side of 
a peculiar elliptical galaxy. The lobes can appear 
straight or curved as if the galaxy is moving through 
space. These lobes are the largest known galaxies and 
can stretch for millions of light years. 


Seyfert galaxies look like spiral galaxies with a 
hyperactive nucleus. The spiral arms appear normal 
photographically, but they surround an abnormally 
bright nucleus. Seyfert galaxies also have evidence 
for hot turbulent interstellar gas. 


BL Lacertae objects look like stars. In reality, they 
are most likely to be very active nuclei of elliptical 
galaxies. However, BL Lacertae objects have suffi- 
ciently unusual behavior, including extremely rapid 
and erratic variations in observed properties, that 
their exact nature is not known for certain. 


Quasars also look like stars, but they are perhaps 
the most distant and energetic objects in the universe 
known so far. Most astronomers consider them the 
very active nuclei of distant galaxies in the early stages 
of evolution. As for the other types of active galaxies, 
they produce large amounts of energy in a very small 
volume. Most astronomers currently think that 
the energy source is a supermassive black hole. 
Astronomers found evidence in 1998 that the center of 
the Milky Way galaxy, which is about 28,000 light years 
from Earth, contains a black hole that is several million 
times the mass of the sun. Other discoveries in the next 
few years lent credence that other black holes were 
at the center of other galaxies. Then, in June 2004, a 
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KEY TERMS 


Active galaxy—A galaxy that emits more energy than 
can easily be explained, usually at least 100 times 
the energy output of the Milky Way. 

Barred spiral galaxy—A spiral galaxy in which the 
spiral arms start at the end of a central bar structure 
rather than the nucleus. 

Cepheid variable star—A type of star that varies in 
brightness as the star pulsates in size. Cepheid vari- 
ables are important distance yardsticks in establish- 
ing the distance to nearby galaxies. 


Disk—The flat disk-shaped part of a spiral galaxy that 
contains the spiral arms. 


Elliptical galaxy—A galaxy having an elliptical shape. 
Galaxy—A large collection of stars and clusters of 


stars, containing anywhere from a few million to a 
few trillion stars. 


black hole was discovered, which scientists believe 
helps to confirm that gigantic black holes were created 
early in the formation of the universe. In 2005, a black 
hole was discovered to be traveling at twice the escape 
velocity of the galaxy as it exited the Milky Way. 
Scientists think that such a black hole may help to 
support the theory that a black hole exists in the center 
of the Milky Way galaxy and other galaxies within the 
universe. 


Formation and evolution 


For many years scientists had no ideas how galaxies 
formed. According to all observations at the time, gal- 
axies formed during a single epoch very far back in the 
history of the universe. In the absence of direct evidence, 
astronomers formed two theories: the theory of accre- 
tion, in which blobs of stars came together to form 
galaxies; and the theory of collapse, in which galaxies 
were formed in the collapse of an enormous gas cloud. 


In late 1996, scientists got their first view of galaxy 
formation, looking back in time 11 billion years to see 
clumps of young star clusters gradually banding 
together into a galaxy. It is too early to fully dismiss 
the gas collapse theory, however; there may be more 
than one way to form a galaxy. 


When Hubble first devised his classification scheme, 
he thought that the different types of galaxies represented 
different evolutionary stages; they started as one type 
and gradually evolved into another type. Astronomers 
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Halo—A spherical distribution of older stars and 
clusters of stars surrounding the nucleus and disk of 
a spiral galaxy. 

Irregular galaxy—A galaxy that does not fit into 
Hubble’s classification scheme of elliptical and spi- 
ral galaxies. 


Light year—The distance light travels in one year, 
roughly 6 trillion miles, or 9,654 trillion kilometers. 


Milky Way—The galaxy in which Earth is located. 
Nucleus—The central core of a galaxy. 

Spiral arms—The regions where stars are concen- 
trated that spiral out from the center of a spiral 
galaxy. 

Spiral galaxy—A galaxy in which spiral arms wind 
outward from the nucleus. 


now know that his theory was true, though the phrase 
gradual evolution is something of a misnomer. 


Elliptical galaxies are formed by the collision of 
two spiral galaxies. The process is slow—scientists 
estimate that it takes nearly one-half billion years for 
the merging spiral galaxies to smooth into an elliptical 
galaxy—but can be quite violent. Although galaxies 
are mostly empty space, gravitational interaction 
between stars can cause them to explode into super- 
novas. More important, gravitationally induced colli- 
sions between clouds of interstellar hydrogen gas can 
create intense heat and pressure that can trigger the 
formation of new stars. 


One clue to the evolution of galaxies is the distri- 
bution of different types of galaxies at different distan- 
ces from the Milky Way. Because light travels at a finite 
speed, when astronomers look at a distant galaxy, they 
are seeing the galaxy as it appeared in the distant past 
when the light left it. Some types of active galaxies, such 
as quasars and BL Lacertae objects, occur only at great 
distances from the Earth. They existed when the uni- 
verse was much younger, but no longer exist. Many 
astronomers, therefore, think that active galaxies are 
an early stage in the evolution of galaxies. If this idea is 
correct, an astronomer living now on a distant quasar 
might see the quasar as a normal galaxy, and the Milky 
Way in its earlier active stage as a quasar. 


However galaxies formed and evolved, the process 
must have occurred quickly very early in the history of 
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the universe. The age of the oldest galaxies appears to 
be not much younger than the age of the universe. 
Though astronomers now have some support for the- 
ories of galactic formation and evolution, they are still 
searching for more evidence and trying to understand 
the details. 


See also Radio astronomy. 
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l Galileo project 


Background 


The Galileo spacecraft was a robotic probe sent 
to Jupiter, the largest planet in the solar system, by 
the United States National Aeronautics and Space 
Administration (NASA). The probe was launched on 
October 18, 1989 and arrived at Jupiter on December 7, 
1995 after an elaborate, looping journey through the 
solar system to conserve fuel. It orbited Jupiter and 
observed the planet and its moons until it was deliber- 
ately crashed into Jupiter’s atmosphere on September 
21, 2003. Galileo greatly enlarged our knowledge of 
Jupiter and its complex moons. 


The Galileo spacecraft was named after the Italian 
astronomer Galileo Galilei (1564-1642), who first dis- 
covered the four large moons of Jupiter—Io, Europa, 
Ganymede, Callisto—in 1610. These four moons of 
Jupiter, its largest, are called the Galilean satellites in 
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Europe’s global navigation satellite system Galileo is 
pictured at a workshop in Baikonur cosmodrome, in 
December 2005. South Korea and the European Union signed 
a cooperation agreement covering Seoul’s participation in 
Europe’s Galileo satellite navigation project in 2006. The 
agreement was signed in the presence of visiting South 
Korean President Roh Moo-hyun. (Stringer/AFP/Getty Images.) 


Galileo’s honor. Studying them was a primary objec- 
tive of the Galileo project. 


Spacecraft and Mission 


The Galileo probe was really two spacecraft, an 
orbiter and an atmospheric descent probe, which were 
joined until they neared Jupiter. Together they stood 
some 21 ft (7 m) high. The orbiter was a dual-spin 
design, meaning that it was divided into two sections, 
one that spun at three revolutions per minute and 
another that did not spin. A spinning section was 
included was to stabilize the spacecraft, which other- 
wise would have tumbled randomly as it flew through 
space or else consumed excessive fuel stabilizing itself 
with rockets. 


1849 


pafod oapje5 


Galileo project 


The larger, spun portion of the spacecraft con- 
tained six scientific instruments that could benefit by 
constantly scanning different parts of the heavens, 
including devices that imaged the stars and measured 
electromagnetic fields and charged-particle flows in 
space. Antennas for communication with Earth were 
also mounted on the spun portion, facing backward 
along the main axis of the spacecraft. 


On the smaller, despun part of the craft were 
mounted devices that had to be held steady while 
acquiring data. These included the main camera (for 
imaging Jupiter and its moons) and several spectrom- 
eters. The atmosphere probe was also mounted on the 
despun part. 


Mission 


The Galileo project, which commenced in 1977, 
was a scientific success despite technical setbacks and 
political controversy. For example, the probe was 
originally intended for launch from Earth orbit using 
a stronger rocket than was eventually used. However, 
after the explosion of the space shuttle Challenger 
during takeoff on January 28, 1986, NASA said that 
the original rocket (with its large load of explosive 
fuel) would not be allowed to go up in the shuttle. 
Yet a smaller rocket could not send Galileo directly 
to Jupiter. Mission planners came up with a clever 
solution: instead of going straight to Jupiter, Galileo 
circled the inner solar system several times, first flying 
by Venus (February, 1990), then Earth (December, 
1990), then Earth again (December, 1992), picking 
up enough velocity from these encounters to begin 
the real trip to Jupiter. 


Next, when the spacecraft’s main (high-gain) 
antenna was commanded to open in 1991, it failed. 
The antenna resembled the ribs of an umbrella, and 
engineers believe that three of the ribs stuck together 
instead of popping open. In any case, the failure of the 
main antenna threatened disaster: it had been designed 
to return data to Earth at 134 kilobits per second, but 
the craft’s only other antenna, a low-gain unit, had been 
designed to return data at only 8-16 bits per second. (In 
radio communications, “gain” refers to how directional 
an antenna is: a high-gain antenna sends or receives 
along a narrow cone, whereas a low-gain antenna sends 
or receives over a wide range of angles.) 


Again, a clever solution was found: by compressing 
data using software on Galileo before transmitting to 
Earth and by improving the sensitivity of the receiving 
antennas, engineers were able to raise the throughput of 
the low-gain antenna to 160 bits per second, higher than 
had been intended for the high-gain antenna. 
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Galileo was politically controversial before launch 
because it contained 49 pounds (22.3 kg) of plutonium- 
238, a highly toxic and radioactive metal, as a power 
source. (Solar panels were not practical because Jupiter 
is so far from the sun.) Critics were concerned that an 
explosion during launch or a mishap during Galileo’s 
two high-speed close encounters with Earth would 
spread the plutonium in Earth’s atmosphere, perhaps 
causing numerous cancers. A lawsuit was filed in a 
Washington, DC, court but did not stop the launch. 


The orbiter and the descent probe flew as a single 
unit until Galileo was only five months away from 
Jupiter, whereupon the descent probe was separated 
from the main probe by remote control (July, 1995). 
Upon arrival at Jupiter, the orbiter fired a rocket to 
slow itself and enter orbit while the atmosphere probe 
shot straight into Jupiter like a bullet, only much faster. 
After being slowed by friction with Jupiter’s outer 
atmosphere, the probe opened a parachute and began 
to sink slowly. As it did so it radioed measurements of 
pressure, temperature, acceleration, and chemistry to 
the orbiter, which relayed them to Earth. After an hour 
of descending through the Jovian atmosphere, the 
probe’s electronics were destroyed by the increasing 
heat and pressure. Jupiter has no solid surface but 
gradually becomes more dense at greater depths. The 
probe was eventually melted and then vaporized deep 
inside the planet. 


The Galileo orbiter circled Jupiter for eight years, 
taking pictures and other measurements of the planet 
and its moons. In 2003, a year after its cameras had 
been destroyed by the intense radiation surrounding 
Jupiter, Galileo was ordered to fire its rocket again 
and so descend into the Jovian atmosphere, where it 
burned up. This guaranteed that no hitchhiking germs 
from Earth could pollute the moons of Jupiter, several 
of which harbor liquid water and might have native life. 


Results 


Galileo data showed that the moons Europa, 
Ganymede, and Callisto contain oceans of liquid 
water under their solid outer crusts. Scientists believe 
that these moons are some of the most likely places in 
the solar system, other than Earth, for life to have 
evolved. Galileo also documented the extreme vol- 
canic activity on the moon Io, many times greater 
than that of Earth. It returned vast amounts of scien- 
tific information about the structure of the Jovian 
atmosphere, magnetic fields, and radiation environ- 
ment. Galileo also performed the first encounter with 
an asteroid, passing within 1,000 mi (1,600 km) of 951 
Gaspra in 1991. 
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fl Game theory 


Game theory is a branch of mathematics con- 
cerned with the analysis of conflict situations. It 
involves determining a strategy for a given situation 
and the costs or benefits realized by using the strategy. 
First developed in the early twentieth century, it was 
originally applied to parlor games such as bridge, 
chess, and poker. Now, it is applied to a wide range 
of subjects such as economics, behavioral sciences, 
sociology, military science, and political science. 


The notion of game theory was first suggested by 
mathematician John von Neumann in 1928. The 
theory received little attention until 1944, when 
Neumann and economist Oskar Morgenstern wrote 
the classic treatise Theory of Games and Economic 
Behavior. Since then, many economists, biologists, 
political scientists, military strategists, and opera- 
tional research scientists have expanded and applied 
the theory. 


Characteristics of games 


An essential feature of any game is conflict 
between two or more players resulting in a win for 
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some and a loss for others. Additionally, games have 
other characteristics that make them playable. There is 
a way to start the game. There are defined choices 
players can make for any situation that can arise in 
the game. During each move, single players are forced 
to make choices or the choices are assigned by random 
devices (such as dice). Finally, the game ends after a set 
number of moves and a winner is declared. Obviously, 
games such as chess or checkers have these character- 
istics, but other situations such as military battles or 
animal behavior also exhibit similar traits. 


During any game, players make choices based on 
the information available. Games are, therefore, clas- 
sified by the type of information that players have 
available when making choices. A game such as check- 
ers or chess is called a “game of perfect information.” 
In these games, each player makes choices with the full 
knowledge of every move made previously during the 
game, whether by herself or her opponent. Also, for 
these games there theoretically exists one optimal pure 
strategy for each player that guarantees the best out- 
come regardless of the strategy employed by the oppo- 
nent. A game like poker is a “game of imperfect 
knowledge” because players make their decisions 
without knowing which cards are left in the deck. 
The best play in these types of games relies upon a 
probabilistic strategy and, as such, the outcome can 
not be guaranteed. 


Analysis of zero-sum, two-player games 


In some games there are only two players and in the 
end, one wins while the other loses. This also means that 
the amount gained by the winner will be equal to the 
amount lost by the loser. The strategies suggested by 
game theory are particularly applicable to games such 
as these, known as zero-sum, two-player games. 


Consider the game of matching pennies. Two 
players put down a penny each, either head or tail 
up, covered with their hands so the orientation 
remains unknown to their opponent. Then they simul- 
taneously reveal their pennies and pay off accordingly; 
player A wins both pennies if the coins show the same 
side up, otherwise player B wins. This is a zero-sum, 
two-player game because each time A wins a penny, B 
loses a penny and visa versa. 


To determine the best strategy for both players, it 
is convenient to construct a game payoff matrix, which 
shows all of the possible payments player A receives 
for any outcome of a play. Where outcomes match, 
player A gains a penny and where they do not, player 
A loses a penny. In this game it is impossible for either 
player to choose a move which guarantees a win, 
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unless they know their opponent’s move. For example, 
if B always played heads, then A could guarantee a win 
by also always playing heads. If this kept up, B might 
change her play to tails and begin winning. Player A 
could counter by playing tails and the game could 
cycle like this endlessly with neither player gaining an 
advantage. To improve their chances of winning, play- 
ers can devise a probabilistic (mixed) strategy. That is, 
to initially decide on the percentage of times they will 
put a head or tail, and then do so randomly. 


According to the minimax theorem of game 
theory, in any zero-sum, two-player game there is an 
optimal probabilistic strategy for both players. By 
following the optimal strategy, each player can guar- 
antee their maximum payoff regardless of the strategy 
employed by their opponent. The average payoff is 
known as the minimax value and the optimal strategy 
is known as the solution. In the matching pennies 
game, the optimal strategy for both players is to ran- 
domly select heads or tails 50% of the time. The 
expected payoff for both players would be 0. 


Nonzero-sum games 


Most conflict situations are not zero-sum games 
or limited to two players. A nonzero-sum game is one 
in which the amount won by the victor is not equal to 
the amount lost by the loser. The Minimax Theorem 
does not apply to either of these types of games, but 
various weaker forms of a solution have been pro- 
posed including noncooperative and cooperative 
solutions. 


When more than two people are involved in a 
conflict, oftentimes players agree to form a coalition. 
These players act together, behaving as a single player 
in the game. There are two extremes of coalition for- 
mation; no formation and complete formation. When 
no coalitions are formed, games are said to be non- 
cooperative. In these games, each player is solely inter- 
ested in her own payoff. A proposed solution to these 
types of conflicts is known as a non-cooperative equi- 
librium. This solution suggests that there is a point at 
which no player can gain an advantage by changing 
strategy. In a game when complete coalitions are 
formed, games are described as cooperative. Here, 
players join together to maximize the total payoff for 
the group. Various solutions have also been suggested 
for these cooperative games. 


Application of game theory 


Game theory is a powerful tool that can suggest the 
best strategy or outcome in many different situations. 
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KEY TERMS 


Coalition—A situation in a multiple player game in 
which two or more players join together and act as 
one. 


Game—A situation in which a conflict arises 
between two of more players. 


Game payoff matrix—A mathematical tool which 
indicates the relationship between a players payoff 
and the outcomes of a game. 


Minimax theorem—The central theorem of game 
theory. It states that for any zero-sum two-player 
game there is a strategy which leads to a solution. 


Nonzero-sum game—A game in which the amount 
lost by all players is not equal to the amount won by 
all other players. 


Optimal pure strategy—A definite set of choices 
which leads to the solution of a game. 


Probabilistic (mixed) strategy—A set of choices 
which depends on randomness to find the solution 
of a game. 


Zero-sum, two-player games—A game in which 
the amount lost by all players is equal to the 
amount won by all other players. 


Economists, political scientists, the military, and sociol- 
ogists have all used it to describe situations in their 
various fields. A recent application of game theory 
has been in the study of the behavior of animals in 
nature. Here, researchers are applying the notions of 
game theory to describe the effectiveness of many 
aspects of animal behavior including aggression, coop- 
eration, hunting and many more. Data collected from 
these studies may someday result in a better under- 
standing of our own human behaviors. 
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l Gamete 


A gamete is a specialized reproductive cell. It 
usually has half as many chromosomes in its nuclei 
as body (somatic) cells. All sexually reproducing 
plants, animals, and microbes produce gametes some 
time during their lives. 


During the second and third quarters of the nine- 
teenth century the scientists J. L. Prevost, J. B. Dumas, 
T. Schwann, and R. Virchow were influential in the 
evolving consensus that sperm were cells, and that 
they united with other cells, ova or eggs, to form a 
fertilized cell (a zygote) that went on to form a new 
organism. 


Gametes usually form in the gonads, organs that 
form the sex cells. In flowering plants, gonads are 
found in the flowers. The male gonads are the anthers, 
seen as the enlarged tips of the stamens. The anthers 
produce pollen (male gametes) in flowering plants. 
The female gametes are formed in the base of the 
flower, in the ovules, located in the ovary of the pistil. 


In vertebrates such as fish, amphibians, reptiles, 
birds, and mammals, the male gonads are the testes, 
where very large numbers of gametes (spermatozoa) are 
formed. Female gonads (ovaries) produce low numbers 
of gametes known as eggs, or ova. Usually the number of 
mature egg cells is far fewer than the number of sperm 
cells formed in the males (counted in the millions). 


In most organisms the gametes are produced by a 
special double cell division process, a reduction divi- 
sion known as meiosis, in which new cells (gametes) 
end up with half as many chromosomes as the original 
cell. The fusion of the egg and sperm at fertilization 
restores the normal chromosome number. In the case 
of bees, however, the fertile female queen bee is fertil- 
ized by a male bee called a drone. But a drone develops 
from an unfertilized egg, which is a single gamete 
(ovum). Therefore drone sperm must be produced by 
ordinary cell division (mitosis) instead of the meiotic 
cell division that usually forms gametes. 


Currently there is much interest in manipulating 
the gametes of domestic animals in breeding programs 
to promote characteristics yielding economic advan- 
tages in agriculture. Female cattle are given hormones 
to cause multiple ovulation (release of ova), which are 
then artificially fertilized with male gametes (bull 
semen) in the uterus. After a few days the tiny embryos 
are flushed out of the waters and stored as frozen 
embryos for later insertion and gestation in surrogate 
mothers. A similar technique has been developed for 
use in humans. 
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Another biotechnology that is being tried in a few 
human cases is intracytoplasmic sperm injection 
(ICSI). This technique requires a skilled technician 
with a micropipette and microscope to capture a single 
sperm and inject it directly into the cytoplasm of an 
ovum. When successful, the resulting embryo must 
then be implanted into a uterus prepared to receive 
and nourish the new offspring. 


See also Sexual reproduction. 


l Gametogenesis 


Gametogenesis is the production of haploid sex 
cells (in humans, ovum and spermatozoa) that each 
carry one-half the genetic compliment of the parents 
from the germ cell line of each parent. 


The production of ova is termed oogenesis and the 
production of spermatozoa is called spermatogenesis. 
Both oogenesis and spermatogenesis provide a mech- 
anism through which genetic information may be 
passed to offspring. The fusion of spermatozoa and 
ova during fertilization results in a zygote with a fully 
restored diploid genome. 


The production of male and female gametes is a 
highly complex and coordinated sequence of a mitotic 
division, two meiotic divisions, cytoplasmic apportion- 
ment (divisions) and cellular differentiation. Any 
chronic alteration in the sequence of morphological 
and biochemical transformations required to produce 
gametes usually results in sterility for the affected parent. 


Spermatogenesis provides the haploid gametes 
necessary to pass on paternal genetic information. 
Oogenesis provides the haploid gamete necessary to 
pass on maternal genetic information and extranu- 
clear genetic information (e.g., mitochondrial DNA). 


In eukaryotic organisms the gametes are derived 
from primordial germ cells, which enter the gonads dur- 
ing early development. During embryogenesis, the pri- 
mordial germ cells are determined early in development 
by the presence of a cytoplasmic component termed germ 
plasm. Once germ cells are determined they follow a 
different maturation and, of course, genetic function, 
than do the remaining somatic cells of the body. 
Primordial germ cells are the stem cells that, via mitosis, 
supply both spermatogonia and oogonia. 

In humans, spermatogenesis starts with a diploid 
(2N) spermatogonium that carries the full genetic 
compliment of 46 chromosomes (22 autosomal pairs, 
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one X and one Y sex chromosomes). The spermato- 
gonium represents the germ cell line from which all 
sperm cells are derived. Sequentially, the process of 
spermatogenesis via mitosis produces a primary 
spermatocyte that is also diploid (2N) and then via 
meiosis, two secondary spermatocytes that are haploid 
(N). The haploid secondary spermatocytes carry 22 
autosomes and either an X or a Y sex chromosome. 
The secondary spermatocytes each undergo a second 
meiotic division to form a total of four haploid sper- 
matids. Subsequently, nurtured by surrounding 
somatic cells, through the process of cellular differ- 
entiation the four spermatids produce four sperm cells 
capable of motility and fertilization. Although there is 
variation between sperm cells as to the exact nature of 
their genetic information (i.e., what alleles they carry 
or which chromosome trace back to a maternal or 
parental line) in sharp contrast to female gamete pro- 
duction all the terminal male gametes (the sperm cells) 
have roughly the same cytoplasmic volume and con- 
tents and the same amount of genetic material. 


In human females the germ cell line is represented 
by the diploid (2N) oogonium that carries the full 
female genetic compliment of 22 autosomal pairs and 
two X chromosomes. Mitotic division yields a diploid 
primary oocyte. Meiotic divisions then produce one 
female gamete—the ovum. In humans, the first mei- 
otic division is suspended in the diplonema stage dur- 
ing embryonic development. Meiosis resumes, one 
ovum at a time following puberty and during the 
ovulatory period of the menstrual cycle. Maturation 
proceeds with the production of haploid (N) secon- 
dary oocytes with 22 autosomal chromosomes and an 
X sex chromosome (the sex chromosome must be an X 
chromosome because normal human females carry 
two X chromosomes and no Y chromosomes). 


Also formed is a haploid polar body that is nearly 
devoid of cytoplasmic contents. This is a fundamental 
difference between male and female gametogenesis. In 
males, there is a nearly equal division of cytoplasm to 
the gametes, in females the cytoplasmic contents are 
preserved for the eventual egg or ovum. Extraneous 
genetic material is removed via polar bodies. Another 
meiotic division results in the production of an ootid 
and yet another polar body (the eventual number of 
polar vies associated with an ovum may equal as many 
as three if the first sloughed off polar body undergoes a 
subsequent division. Cellular differentiation of the 
ootid yields an ovum ready for fertilization. In many 
cases, however, the last maturational processes are 
accelerated because in human females, meiosis II is 
usually completed after fertilization. 


During ovum maturation, there is a tremendous 
increase in ribosomal related component so that the 
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cellular machinery is present to handle the tremendous 
amount of translation and protein synthesis required 
in the rapid cellular divisions that follow the formation 
of the zygote. 


Germ cell line manipulation (e.g., gene knock-outs) is 
a powerful potential tool to manipulate an organism’s 
genome. Each generation of sexually reproducing organ- 
isms depends on the continuation of the germ cell line, the 
vehicle of genetic transmission and alteration of the 
genome via mutations and recombination (i.e., evolution). 


See also Birth defects; Embryo and embryonic 
development; Embryology; Evolutionary mecha- 
nisms; Genetics; Germ cells and the germ cell line; 
Sexual reproduction. 
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l Gamma-ray astronomy 


Gamma-ray astronomy is the study of gamma 
rays within the universe. Beginning in the 1940s and 
1950s astronomers and other physicists were studying 
the processes that were taking place in the universe. 
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From their research, they were confident that gamma- 
ray emissions were taking place—even thought they 
could not detect any of them. From the scientific 
research of Eugene Feenberg, Henry Primakoff, 
Satio Hayakawa, Franklin Hutchinson, Philip 
Morrison, and others, the field of gamma-ray astron- 
omy developed. 


Gamma rays, often symbolized with the Greek 
letter y, are a highly energetic form of electromagnetic 
radiation. The wavelength of a gamma ray is very 
short—less than the radius of an atom—the energy 
they carry can be millions of electron volts (a unit of 
energy that is equal to one volt times the charge of a 
single electron). Gamma rays originate in the nucleus of 
an atom, and are created when cosmic rays collide with 
atoms in molecules of gas. In the collision, the nucleus 
of the atom is destroyed, and gamma rays are emitted. 


Gamma rays are emitted from a variety of sour- 
ces, including neutron stars, black holes, supernovas, 
and even the sun. Observations at gamma-ray energies 
allow astronomers to study objects that are not highly 
visible in other spectral regions. For example, 
Geminga, a pulsar located in Orion, is more visible in 
the gamma ray region than at any other wavelength. 
Because gamma rays identify locations of extreme 
particle acceleration processes, and are emitted by 
the interaction of interstellar gas with cosmic rays, 
they provide scientists with a tool to study both phe- 
nomena. Gamma rays can also help scientists learn 
more about active galactic nuclei and the process of 
star formation. 


Gamma rays are as perplexing as they are infor- 
mative, however. In 1979, instruments aboard several 
satellites recorded an ultra-high intensity burst of elec- 
tromagnetic radiation passing through the Earth’s 
solar system. When astronomers monitoring the satel- 
lites discovered this phenomenon, they tried to explain 
it. All that was known for certain was that the radia- 
tion was caused by gamma rays. 


Since the 1979 incident, gamma rays have been 
observed occurring in short bursts several times a day 
as brief high-energy flashes. Most astronomers believed 
their origin was from within the Milky Way galaxy. In 
1991, NASA launched its Compton Gamma Ray 
Observatory satellite. For more than two years the 
Compton Observatory detected gamma ray bursts at 
a rate of nearly one a day for over 600 days. The energy 
of just one of these bursts has been calculated to be 
more than one thousand times the energy that the sun 
will generate in its entire 10-billion-year lifetime. 


Gamma ray bursts appear uniformly across the 
sky, surrounding the Earth in a spherical shell of 
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fireworks. Because of the shape of the Milky Way 
and the Earth’s location within it, the bursts would 
appear to be concentrated in just one area in the sky if 
they were coming from within the galaxy. This perfectly 
symmetrical distribution tells astronomers that these 
gamma rays originate far outside the Milky Way. 


The late 1990s turned gamma ray astronomy on 
its ear. For years, it was accepted that gamma ray 
bursts never appeared in the same location twice, 
which led to theories that the pulses of radiation 
were generated by colliding neutron stars, or other 
catastrophic cosmic events. Then in October of 1996, 
the Compton observatory captured two bursts from 
the same region of the sky: a 100-second (s) pulse 
followed 15 minutes later by a 0.9-s pulse. Two days 
later, gamma rays flared again in the same spot, in a 
30-s burst followed by a 23-minute burst 11 minutes 
afterward. Although scientists are still unclear on the 
cause of the radiation, many are certain that the same 
stellar object generated more than one of the bursts. If 
they are correct, then annihilation-based theories of 
gamma ray burst generation are invalid, and science 
must look elsewhere for answers to the riddle. 


In 1996, an Italian and Dutch collaboration 
launched the Beppo-SAX orbiting observatory, designed 
to pinpoint the location of gamma ray bursts. In 1998, 
the investigators hit pay dirt—Beppo-SAX registered a 
burst that was determined to be larger than any other 
cosmic explosion yet detected, except for the big bang. At 
the time, though, no one was particularly excited. The 
intensity of the burst, as measured by the Compton 
observatory, appeared to be nothing unusual. As the 
gamma rays faded into an afterglow that included 
lower-energy radiation such as x rays, astronomers 
worldwide continued to monitor the output. Then, two 
weeks after the initial burst, a faint galaxy was discovered 
in the spot from which the gamma ray burst emerged. 


Calculations showed that the galaxy is more than 
12 million light-years away from Earth. This data, 
combined with the burst intensity measured by the 
Compton observatory, allowed scientists to calculate 
the total energy released by the event. The numbers 
were stupefying—the gamma ray burst released 3 x 
10°? ergs of energy, several hundred times the amount 
released by a supernova. If the calculations are accu- 
rate and the faint galaxy really was the source of the 
gamma ray burst, the 1998 event was the largest cos- 
mic explosion ever detected, except for the big bang. 


In January 1999, astronomers made a giant leap 
forward in the study of gamma ray bursts when a 
complex net of observatories captured a gamma ray 
burst as it took place. Previously, gamma ray bursts 
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KEY TERMS 


Black hole—A supermassive object with such a 
strong gravitational field that nothing, not even 
light, can escape it. 

Neutron star—The remnant of an extinct super- 
nova. Next to black holes, neutron stars are the 
most dense objects in the universe. 


Pulsar—A rapidly spinning neutron star with its 
magnetic axis inclined relative to its rotation axis. 
Radiation streams continuously from the pulsar 
along its magnetic axis, so if the magnetic axis 
passes through the Earth’s line of sight as the pulsar 
rotates, astronomers see a flash. 


Supernova—the final collapse stage of a super- 
giant star. 


had only been observed after the fact. The Burst and 
Transient Source Experiment, aboard the Compton 
observatory, captured a burst of gamma rays, simul- 
taneously notifying a computer at NASA’s Goddard 
Space Flight Center in Greenbelt, Maryland. The 
computer passed a message across the Internet to 
activate an observatory in Los Alamos, New Mexico, 
which automatically began making observations. 
Meanwhile, scientists at Beppo-SAX were called in 
to identify the location of the gamma ray source. 


NASA and the scientific community have proposed 
a new orbital gamma ray telescope. The high-sensitivity 
gamma-ray large area space telescope (GLAST), a joint 
venture of the U.S. Department of Energy and NASA, 
will feature a wide field-of-view, high-resolution posi- 
tional accuracy, and long-life detectors. Slated 
for launch in the fall of 2007, GLAST will provide 
astronomers with a new tool to study gamma-ray bursts, 
pulsars, active galactic nuclei, dark matter, diffuse back- 
ground radiation, and a host of other high-energy 
puzzles. GLAST will carry the large area telescope 
(LAT), which is an imaging gamma-ray detector to find 
photons with energy from 30 million to 300 billion elec- 
tron volts. It will also carry the burst monitor (GBM), 
which contains 14 scintillation detectors to find bursts of 
photons from 5 thousand to 25 million electron volts. 


See also Nuclear fission; Neutron star. 
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! Gamma ray burst 


Gamma ray bursts (GRBs) are brief, milliseconds- 
to-many minutes-long, blasts of gamma radiation, 
with later emissions at the x-ray, ultraviolet, visible, 
infrared, and radio wavelengths of radiation, of mys- 
terious origin that, in nature, seem to come from the 
depths of interstellar space. Scientists consider GRBs 
to be the second most luminous object in the universe, 
second only to the big bang itself. In the first few years 
of the twenty-first century, they are commonplace in 
the world of astronomers, with one GRBs being dis- 
covered each day, on average, with the use of high- 
technology satellites and detectors. Bursts of gamma 
radiation also have been measured coming from severe 
thunderstorms and are a component of nuclear bomb 
detonation. 


The accidental discovery of cosmic gamma ray 
bursts was confirmed in 1973. Ten years earlier, the 
United States Air Force had launched the first in a 
series of satellites that were intended to monitor the 
effectiveness of the Nuclear Test Ban Treaty. By sign- 
ing this treaty, nations of the world agreed not to test 
nuclear devices in the atmosphere of Earth or in space. 
The Vela satellites (from the Spanish verb velar, which 
means to watch) were part of a research and develop- 
ment program that had the goal of developing the 
technology to monitor nuclear tests from space. 
Along with a variety of optical and other instruments, 
the satellites carried x-ray, gamma ray, and neutron 
detectors. The x-ray detectors were intended to sense 
the flash of a nuclear blast. Although most of the 
energy of a bomb detonated in space would be directly 
visible as an x-ray flash, a gamma ray burst at the same 
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time would provide confirmation of a nuclear event. A 
further confirmation would come from the detection 
of neutrons. The Vela designers knew that detonating 
a nuclear bomb behind a thick shield or on the far side 
of the moon would effectively hide the initial flash of x 
rays from the satellites’ view. However, the gamma ray 
detectors provided a way around this because they 
could measure the radiation from the cloud of radio- 
active material blown out from a nuclear blast. This 
could not be completely shielded from view as it rap- 
idly expanded outward. The Vela satellites could easily 
detect these gamma rays even if the detonation took 
place behind the moon, out of direct view of the satel- 
lites’ x-ray detectors. 


By 1969, a number of gamma ray bursts had been 
detected that were clearly not caused by nuclear explo- 
sions on or near Earth. It was concluded that these 
were of cosmic origin, and more accurate observations 
showing the actual directions of future bursts were 
collected. Finally, the discovery of these cosmic 
gamma ray bursts was announced in 1973. It has 
been found that if astronomers could see gamma 
rays, every day powerful explosions would illuminate 
the sky. They come from random directions and their 
cause is not completely understood. Until recently it 
was even uncertain whether they come from Earth’s 
own solar system or from as far away as the edge of the 
known universe. 


In 1991, the National Aeronautics and Space 
Administration (NASA) launched the Compton 
Gamma Ray Observatory, carrying an instrument 
called the Burst and Transient Source Experiment 
(BATSE). Specifically designed to study gamma ray 
bursts, BATSE has added much new information 
about their origin and distribution in the universe. 
By studying the information BATSE can gather, sci- 
entists hope to determine what causes them. The 
Dutch-Italian satellite BeppoSAX also has helped to 
detect GRBS. 


A gamma ray burst detected on January 23, 1999, 
GRB 990123, was the first to be observed as a visual 
object as well as in the gamma ray region. This has given 
scientists an even better look at these mysterious objects, 
giving clues to the structure of the explosion. Even 
though the object was nine billion light years away, the 
light was so bright observers on Earth could see it with a 
pair of binoculars. In 2006, astronomers found evidence 
that GRBs are more likely to occur within metal-poor 
galaxies. Since the Milky Way galaxy is rich in metals, it 
is an unlikely spot for GRBs to occur. 


Today, thousands of GRBS have been discovered 
by astronomers. A cosmic gamma ray burst seems like 
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a strange interstellar traffic accident, with material 
flowing out from the explosion at different speeds. 
Because of this, some material from the explosion 
collides with other parts of the expanding shell. This 
causes pile-ups of material that create shock waves. 
These, in turn, generate energy at various wave- 
lengths. Scientists are currently trying to untangle 
these clues to better understand the mechanics of the 
explosion, but it is now clear that in addition to 
gamma rays, GRBs also emit light, large amounts of 
x rays, and other radiation. 


Clint Hatchett 


l Gangrene 


Gangrene is a disease that is caused most fre- 
quently by the bacterium Clostridium perfringens, 
which can live in the absence of oxygen. In an infected 
wound, growth of the bacterium and resulting produc- 
tion of a toxin results in the death of human tissue. 
Tissue death is usually due to ischemia, which is 
an interruption in the blood supply to a particular 
area. Loss of blood supply means loss of oxygen deliv- 
ery to that tissue, as well as loss of other nutritive 
factors usually carried in the blood circulation. 
Tissue deprived in this manner will die, and often 
becomes even further infected with bacteria during 
this process. 


Gangrene was a disease associated with wartime, 
particularly with ill-attended wounds that became 
exposed to dirt (a habitat of C. perfringens). 
Nowadays, in the developed world gangrene is more 
typically associated with the presence of atheroscler- 
otic disease (disease in which arteries are stiff and 
hard, with fatty deposits blocking blood flow). The 
interrupted blood flow to toes, feet, and legs, as well as 
the lack of pain sensation that can accompany the 
impeded circulation, is a major predisposing factor 
to gangrene, particularly of the toes, feet, and legs. 


In addition, people with diabetes often have 
advanced, severe cases of atherosclerosis, as well as a 
condition called neuropathy. Neuropathy is a type of 
nerve disease, which results in a significant decrease in 
sensation. Diabetics may not be able to feel any pain 
from a relatively minor injury (for example, a devel- 
oping blister) to their foot or leg. Because the diabetic 
patient does not feel the blister, due to neuropathy, 
and because the blood supply to the area is so severely 
compromised, a small initial area of damage can be 
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A close-up of gangrene in the toes of a diabetic patient. 
(Science Photo Library, National Audubon Society Collection/ 
Photo Researchers, Inc.) 


extremely difficult to heal, and can rapidly spread. 
Furthermore, any small opening in the skin, such as 
a blister, can provide an entry point for bacteria (most 
commonly staphylococcal and/or streptococcal bacte- 
ria) The combination of tissue damage from a blister, 
along with lack of blood supply to the area to either 
help in healing the blister or in delivering immune cells 
to fight infection, can result in the ultimate develop- 
ment of gangrene from a seemingly insignificant 
injury. This can be severe enough to require amputa- 
tion of part or all of the affected body part. 


Gas gangrene 


The scenario most frequently called to mind by 
the word gangrene is of an extremely rapidly pro- 
gressing disorder, classically affecting a leg wounded 
in battle, and resulting in a blackening of the limb 
which leads either to death of the individual or ampu- 
tation of the limb to save that person’s life. In fact, 
this scenario is due to a very specific form of gangrene 
called “gas gangrene.” Individuals who suffer bullet 
wounds during the course of battle are very likely to 
have had these wounds contaminated with dirt or 
with shreds of their own clothing. This can introduce 
C. perfringens or related clostridia into the wound. 
Some types of extreme injury in civilian life can also 
result in C. perfringens infection. Because C. perfrin- 
gens bacteria sometimes reside within the gallbladder, 
spillage of gallbladder contents during surgery can 
result in gas gangrene of the abdominal muscles. 


C. perfringens causes much of its effect due to its 
ability to produce toxins, or poisons. In fact, C. per- 


fringens is a close cousin to the bacteria which cause 


tetanus (C. tetani) and food poisoning, called botulism 
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KEY TERMS 


Atherosclerosis—Abnormal narrowing of the 
arteries of the body that generally originates from 
the buildup of fatty plaque on the artery wall. 


Ischemia—Decreased blood, and therefore oxy- 
gen, supply to a particular area. 


Neuropathy—Decreased functioning of the periph- 
eral nervous system. In diabetes, neuropathy leads 
to decreased sensory perception, and starts in the 
feet and lower legs. 


(C. botulinum). These bacteria also produce their 
effects through the production of toxins. 


Gas gangrene receives its name from another 
characteristic of the C. perfringens bacteria. These 
bacteria ferment (breakdown) certain chemical com- 
ponents of muscle, giving off gas in the process. 
During examination of the affected area, one can 
actually feel bubbles of gas which have risen up just 
under the layers of skin. 


C. perfringens bacteria multiply so quickly that 
gas gangrene can develop in a few hours. An individ- 
ual with gas gangrene will note severe pain at the 
wound site (if the pain sensation has not been dulled), 
with increasing swelling of the area. The wound will 
begin to give off a watery, sometimes frothy fluid, 
which has a unique sweet odor, probably due to the 
digestion of muscle carbohydrate by the bacteria. As 
muscle breakdown progresses, the muscle feels cooler 
and appears paler than normal. The muscle feels softer 
and more liquid, as the bacterial toxins actually work 
to liquefy it. Ultimately, the area turns a deep blue- 
black, the classic color of gangrenous tissue. Low 
blood pressure, kidney failure, and a state of shock 
(severely decreased blood circulation to all major 
organ systems) may set in. Survival time for an indi- 
vidual with untreated gas gangrene can be as short as a 
single day. 


Treatment of gas gangrene is with massive doses 
of antibiotics, in particular Penicillin G. Surgical 
removal of infected tissue, with a wide margin around 
it, is necessary to halt the spread of infection, and 
gangrenous limbs may require amputation. 


A fascinating type of treatment for gas gangrene is 
hyperbaric oxygen therapy. The therapy involves plac- 
ing an individual in a completely closed, carefully pres- 
surized space, within which the patient will breathe 
100% oxygen (much higher than the 21% oxygen 
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Longnose gar (Lepisosteus osseus). (Robert J. Huffman. Field Mark Publications.) 


present in normal room air). This high level of oxygen 
reaches the tissues, where it slows the multiplication of 
the bacteria, inactivates toxin, and decreases further 
toxin production. 
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l Garpike 


Garpike (gar) are bony fish classified in the family 
Lepisosteidae, but are distinct from garfish that 
belong to the family Belonidae. Garpike were once 
abundant and widely distributed, but are now rare. 
Some species are found in Mexico, Central America, 
and the West Indies, and in eastern North America. 
Garpike are found in shallow waters with dense weeds. 


Garpike have a gas bladder, which is well supplied 
with blood and oxygen. At intervals, garpike rise to 
the surface to dispel waste air from the bladder and to 
refill its contents with fresh air. This helps garpike 
survive in polluted anoxic water that would be intol- 
erable for other fish. Garpike actually drown if caught 
in a net and denied access to the surface. Their ability 
to breathe air may have been a factor in their survival 
to modern times. 


Garpike spend their time either near the bottom 
or rising to the surface, but can develop considerable 
speed for a short period to obtain food. Garpike are 
shaped like a cigar, have a long jaw equipped with 
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KEY TERMS 


Ganoid scales—Thick scale composed of rhom- 
boid bony plates covered with an enamel-like sub- 
stance called ganoin, which is characteristically 
found in some primitive fishes. Its hard surface 
provides an excellent protective mechanism. 


Gas bladder—A pouch connected to the throat 
provided with a blood supply. It helps the fish 
obtain a better supply of oxygen. 


Lateral line—A row of pores on the side of the tail and 
trunk, enabling the fish to detect low-intensity vibra- 
tions, movement, and possibly pressure changes. 


many sharp teeth, a long, flat snout, and ganoid scales, 
which fit together to form a hard armor or shell, mak- 
ing them difficult to catch. The scale surface is covered 
with ganoin, a substance that could be polished to a 
high luster, and is hard enough to protect against a fish 
spear. The scales of large gars were used by native 
Americans for arrowheads, and in pre-Columbian 
cultures, the shells were used for breastplates. Early 
farmers would at times use gar hides to cover wooden 
plowshares to make a hard surface. 


The longnose gar (Lepisosteus osseus) is cylindrically 
shaped and covered with small ganoid scales arranged in 
regular rows over its body. Its long and slender jaws are 
equipped with sharp teeth. It is found over a wide 
expanse of territory eastward from Montana, the Great 
Lakes to the St. Lawrence River, to Florida, Alabama, 
Texas, Mexico, and the Mississippi River drainage sys- 
tem. In the southern part of its range, the longnose gar 
prefers quiet waters with heavy vegetation, while further 
north they are found in calm lakes and streams. 


Spawning takes place in the spring in shallow waters. 
Females bulging with eggs are accompanied by several 
males waiting to fertilize them as they are laid. More than 
35,000 eggs may be laid by a 3-ft-long (1 m) female. 


The diet of the longnose gar consists mainly of live 
and dead fish. Gliding near their prey they capture it 
with a sudden movement. At other times the fish will 
lie motionless near the surface and suddenly seize an 
unwary fish swimming by. 

The shortnose gar (L. platostomus) resembles the 
longnose but has shorter jaws, and a short broad 
snout. It is the smallest of the gars, rarely more than 
2.5 ft (76 cm) long, and is found in the Mississippi 
River drainage basin. 


The largest of the gars in North America is the alli- 
gator gar (L. spatula) found in the streams entering the 


1860 


Gulf of Mexico. This species may reach a length of 10 
ft (3 m) and 300 Ib (136 kg) in weight, and is highly 
voracious and is considered especially dangerous to 
human beings. 


Garfish have no commercial value. In some areas 
they are used for human consumption, but not consid- 
ered a prized sport fish. 
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[ Gases, liquefaction of 


Liquefaction of gases is the process by which sub- 
stances in their gaseous state are converted to the 
liquid state. When pressure on a gas is increased, its 
molecules closer together, and its temperature is 
reduced, which removes enough energy to make it 
change from the gaseous to the liquid state. 


Critical temperature and pressure 


Two important properties of gases are important in 
developing methods for their liquefaction: critical tem- 
perature and critical pressure. The critical temperature 
of a gas is the temperature at or above which no amount 
of pressure, however great, will cause the gas to liquefy. 
The minimum pressure required to liquefy the gas at the 
critical temperature is called the critical pressure. 


For example, the critical temperature for carbon 
dioxide is 304K (87.8°F [31°C]). That means that no 
amount of pressure applied to a sample of carbon diox- 
ide gas at or above 304K (87.8°F [31°C]) will cause the 
gas to liquefy. At or below that temperature, however, 
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the gas can be liquefied provided sufficient pressure is 
applied. The corresponding critical pressure for carbon 
dioxide at 304K (87.8°F [31°C]) is 72.9 atmospheres. In 
other words, the application of a pressure of 72.9 atmos- 
pheres of pressure on a sample of carbon dioxide gas at 
304K _ (87.8°F [31°C]) will cause the gas to liquefy. 


Differences in critical temperatures among gases 
means that some gases are easier to liquefy than others. 
The critical temperature of carbon dioxide is high 
enough so that it can be liquefied relatively easily at 
or near room temperature. By comparison, the critical 
temperature of nitrogen gas is 126K (—232.6°F 
[—147°C]) and that of helium is 5.3K (—449.9°F 
[—267.7°C]). Liquefying gases such as nitrogen and 
helium obviously present much greater difficulties 
than does the liquefaction of carbon dioxide. 


Methods of liquefaction 


In general, gases can be liquefied by one of three 
methods: (1) by compressing the gas at temperatures less 
than its critical temperature; (2) by making the gas do 
some kind of work against an external force, which 
causes the gas to lose energy and change to the liquid 
state; and (3) by making gas do work against its own 
internal forces, also causing it to lose energy and liquefy. 


In the first approach, the application of pressure 
alone is sufficient to cause a gas to change to a liquid. 
For example, ammonia has a critical temperature of 
406K (271.4°F [133°C]). This temperature is well 
above room temperature, so it is relatively simple to 
convert ammonia gas to the liquid state simply by 
applying sufficient pressure. At its critical tempera- 
ture, that pressure is 112.5 atmospheres, although the 
cooler the gas is to begin with, the less pressure is 
needed to make it condense. 


Making a gas work against an external force 


A simple example of the second method for lique- 
fying gases is the steam engine. The principle on which 
a steam engine operates is that water is boiled and the 
steam produced is introduced into a cylinder. Inside 
the cylinder, the steam pushes on a piston, which 
drives some kind of machinery. As the steam pushes 
against the piston, it loses energy. That loss of energy 
is reflected in a lowering of the temperature of the 
steam. The lowered temperature may be sufficient to 
cause the steam to change back to water. 


In practice, the liquefaction of a gas by this method 
takes place in two steps. First, the gas is cooled, and 
then it is forced to do work against some external 
system. For example, it might be driven through a 
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small turbine, where it causes a set of blades to rotate. 
The energy loss resulting from driving the turbine may 
then be sufficient to cause the gas to change to a liquid. 


The process described so far is similar to the prin- 
ciple on which refrigeration systems work. The cool- 
ant in a refrigerator is first converted from a gas to a 
liquid by one of the methods described above. It then 
absorbs heat from the refrigerator box, changing back 
into a gas in the process. The difference between lique- 
faction and refrigeration, however, is that in the for- 
mer process, the liquefied gas is constantly removed 
from the system for use in some other process, while in 
the latter process, the liquefied gas is constantly 
recycled within the refrigeration system. 


Making a gas work against internal forces 


In some ways, the simplest method for liquefying a 
gas is simply to take advantage of the forces that oper- 
ate between its own molecules. This can be done by 
forcing the gas to pass through a small nozzle, or a 
porous plug. The change that takes place in the gas 
during this process depends on its original temperature. 
If that temperature is less than some fixed value, known 
as the inversion temperature, then the gas will always be 
cooled as it passes through the nozzle or plug. 


In some cases, the cooling that occurs during this 
process may not be sufficient to cause liquefaction of 
the gas. However, the process can be repeated more 
than once. Each time, more energy is removed from 
the gas, its temperature falls further, and, eventually, it 
changes to a liquid. This kind of cascade effect can, in 
fact, be used with either of the last two methods of gas 
liquefaction. 


Practical applications 


The most important advantage of liquefying gases 
is that they can then be stored and transported in much 
more compact form than in the gaseous state. Two 
kinds of liquefied gases are widely used commercially 
for this reason, liquefied natural gas (LNG) and lique- 
fied petroleum gas (LPG). LPG is a mixture of gases 
obtained from natural gas or petroleum that has been 
converted to the liquid state. The mixture is stored in 
strong containers that can withstand very high pres- 
sures. LPG is used as a fuel in motor homes, boats, and 
homes that do not have access to other forms of fuel. 


Liquefied natural gas is similar to LPG, except 
that it has had almost everything except methane 
removed. LNG and LPG have many similar uses. 


In principle, any gas can be liquefied, so their 
compactness and ease of transportation has made 
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them popular for a number of other applications. For 
example, liquid oxygen and liquid hydrogen are used 
in rocket engines. Liquid oxygen and liquid acetylene 
can be used in welding operations. And a combination 
of liquid oxygen and liquid nitrogen can be used in 
aqualung devices. 


Liquefaction of gases is also important in the field of 
research known as cryogenics. Liquid helium is widely 
used for the study of behavior of matter at temperatures 
close to absolute zero, 0K (—459°F [—273°C]). 


History 


Pioneer work on the liquefaction of gases was 
carried out by the English scientist Michael Faraday 
(1791-1867) in the early 1820s. Faraday was able to 
liquefy gases with high critical temperatures such as 
chlorine, hydrogen sulfide, hydrogen bromide, and 
carbon dioxide by the application of pressure alone. 
It was not until a half-century later, however, that 
researchers found ways to liquefy gases with lower 
critical temperatures, such as oxygen, nitrogen, and 
carbon monoxide. The French physicist Louis-Paul 
Cailletet (1832-1913) and the Swiss chemist Raoul- 
Pierre Pictet (1846-1929) developed devices using the 
nozzle and porous plug method for liquefying these 
gases. It was not until the end of the nineteenth century 
that the two gases with the lowest critical tempera- 
tures, hydrogen (—399.5°F [—239.7°C; 33.3K]) 
and helium (—449.9°F [—267.7°C; 5.3K]) were 
liquefied by the work of the Scottish scientist James 
Dewar(1842-1923) and the Dutch physicist Heike 
Kamerlingh Onnes (1853-1926), respectively. 
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i Gases, properties of 


A gas is one of the four phases of matter, with the 
other phases being plasma, liquid, and solid. These 
four phases are distinct with regards to certain proper- 
ties. The fundamental physical properties of a gas are 
related to its temperature, pressure and volume. These 
properties can be described and predicted by a set of 
equations, which are known as the gas laws. While 
these laws were originally based on mathematical 
interpretations for an ideal or perfect gas, modern 
atomic and kinetic theory of gases has led to a modi- 
fied expression that more accurately reflects the prop- 
erties of real gases. The term gas is considered to have 
been first used by Flemish chemist Jan Baptist van 
Helmont (1577-1644) as a Dutch translation of the 
Greek word chaos. 


Current understanding of gas properties came as a 
result of study of the interaction between volume, 
pressure and temperature. English physicist and chem- 
ist Robert Boyle (1627-1691) was the first to describe 
the relationship between the volume and pressure of a 
gas. In 1660, he learned that ifan enclosed amount of a 
gas is compressed to half its original volume while the 
temperature is kept constant, the pressure will double. 
He expressed this law mathematically as PV = con- 
stant, where P stands for pressure, V stands for vol- 
ume, and the value of the constant depends on the 
temperature and the amount of gas present. This 
expression is known as Boyle’s law. 


The second fundamental property of gasses was 
defined by French physicist Jacques Charles (1746— 
1823) in 1787. He found that the temperature and 
volume of a gas are directly related. Charles observed 
that a number of gases expanded equally as heat was 
applied and the pressure was kept constant. This can 
be expressed mathematically as 


¥ = Constant (a) 


His ideas were expanded upon in research by 
others in the field, most notably French chemist 
Joseph Gay-Lussac (1778-1850), who also studied 
the thermal expansion of gases. Even though Charles 
did not publish the results of his work, the volume/ 
temperature relationship become known as Charles’s 
law. 


The third property of gases was described by 
Gay-Lussac who, in addition to his work with volume 
and temperature, researched the connection between 
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Properties of gases 


Name Formula % Content in Atm 


Color Odor Toxicity 


Ammonia NH, = 
Argon Ar 0.93 
Carbon dioxide 0.03 
Carbon monoxide co = 
Chlorine = 
0.00052 
0.0005 
Hydrochloric acid — 


Helium He 
Hydrogen He 


Hydrogen sulfide = 
Krypton Kr 0.00011 
Methane 0.0002 
Neon Ne 0.0018 
Nitrogen No 78.1 
Nitrogen dioxide — 
Nitric oxide NO = 
Ozone 0; Varied 
Oxygen 0, 20.9 
Radon Rd 

Sulfur dioxide $0, _— 


Xenon Xe 0.0000087 


*Contact with air will immediately convert nitric oxide to nitogen dioxide—oxidation 


Properties of gases. (Thomson Gale.) 


Properties of gases: Pressure 


Pressure in air 
Name of gas partial (mm Hg) 


No 593 
0, 159 20.9% 
CO, 0.3 0.004% 
Water vapor* eo 2.3% 


Percent content in air 
78.1% 


*—This is the equilibrium vapor pressure at 20°C. 


Comparison of gases (pressure and percentages). (Thomson 
Gale.) 


pressure and temperature. In 1802, he formed an addi- 
tional law: 


p = Constant 


These three laws can be combined into one 
generalized equation that expresses the interrelation 
between pressure, temperature, and volume. This 
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Colorless Penetrating Toxic 


Colorless Odor Non-toxic 
Colorless Odor Non-toxic 
Colorless Odor! Very toxic 


Pale green Irritating Very toxic 


Colorless Odorless Non-toxic 
Colorless Odorless Non-toxic 


Colorless Irritating Corrosive 


Colorless Foul Non-toxic 
Colorless Odor! Non-toxic 
Colorless Odor! Non-toxic 
Colorless Odor! Non-toxic 
Colorless Odor! Non-toxic 


Red brown Irritating Very toxic 
Colorless Odorless Very toxic* 
Bluish Sharp Sharp 
Colorless Odor! Non-toxic 
Colorless Odor! Toxic 


Colorless Choki Toxic 


Colorless Odor Non-toxic 


equation, called the ideal gas law, is written as 
PV = nRT where the R is the gas constant, which has 
been determined experimentally to be equal to 0.082 liter- 
atmospheres per Kelvin-moles. The symbol n stands for 
the number of moles of gas. This expression can be used 
to predict the behavior of most gasses at moderate tem- 
peratures and pressures. 


While the ideal gas law works very well in predict- 
ing gas properties at normal conditions, it does not 
accurately represent what happens under extreme 
conditions. Neither does it account for the fact that 
real gases can undergo phase change to a liquid form. 
Modern atomic theory helps explain these discrepancies. 


It describes molecules as having a certain freedom 
of motion in space. Molecules in a solid material are 
arranged in a regular lattice such that their freedom is 
restricted to small vibrations about lattice sites. Gas 
molecules, on the other hand, have no macroscopic 
spatial order and they can move about their containers 
at random. The motion of these particles can be 
described by the branch of physics known as classical 
mechanics. The study of this particulate motion is 
known as the kinetic theory of gases. It states that 
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Properties of gases: Various states 


Volume form 
shape compressibility 


Arrangement and 
closeness of particles 


Attraction between 


Motion of particles particles Boiling point 


No definite volume, 
form or shape. 
Compressible 


Random; far apart 


Has a definite volume, 
but no definite form or 
shape. Non-compressive 
tendency 


Random; close 


Definite volume, has 
own shape or form. 
Non-compressible 


Definite; close 


Lower than room 
temperature 


Fast Little to none 


Moderate Moderate Higher than 


room temperature 


Much higher than 
room temperature 


Comparison of gases in liquid and and solid states. (Thomson Gale.) 


The effect of pressure change on the volume of a gas, with temperature being held constant. (Argosy. The Gale Group.) 


the volume of a gas is defined by the position distribu- 
tion of its molecules. In other words, the volume rep- 
resents the available amount of space in which a 
molecule can move. The temperature of the gas is 
proportional to the average kinetic energy of the mol- 
ecules, or to the square of the average velocity of the 
molecules. The pressure of a gas, which can be meas- 
ured with gauges placed on the container walls, is a 
function of the particle momentum, which is the prod- 
uct of the mass of the particles and their speed. 


Atomic theory was used to modify the ideal gas 
law to take into account the interaction between gas 
molecules on an atomic level. This can be done by 
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factoring in a set of experimental parameters that 
describe this interaction. The resultant variation of 
the ideal gas law equation is known as the van der 
Waals equation of state (which was derived by Dutch 
scientist Johannes Diderik van der Waals [1837-1923] 
in 1873): (P + a/V’) (V - b) = RT, where a and b are 
adjustable parameters determined by measuring intra- 
molecular forces. According to this expression, a 
strong repulsive force comes into play when molecules 
are situated very close to one another. This force 
becomes mildly attractive when the molecules are at 
moderate distances, and its effect is not measurable at 
all at greater distances. Van der Waals forces help 
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LOWER TEMPERATURE, HIGHER TEMPERATURE, 
SMALLER VOLUME BIGGER VOLUME 
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The effect of temperature change on the volume of a gas, with pressure being held constant. (Argosy. The Gale Group.) 


LOWER TEMPERATURE, HIGHER TEMPERATURE, 
LOWER PRESSURE HIGHER PRESSURE 


s 


The effect of temperature change on the pressure of a gas, with volume being held constant. (Argosy. The Gale Group.) 


explain how a gas can under go a change from a gas to (reduced intermolecular spacing), the molecules in a 
a liquid state. At low temperatures (reduced molecular — gas come under the influence of one another’s attrac- 
motion) and at high pressures or reduced volumes __ tive force and they undergo a phase transition to a 
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Gazelles 


KEY TERMS 


Ideal gas law—The mathematical expression that 
predicts the behavior of a perfect gas. 

Kinetic theory of gases—The physical principles 
that describe how gas molecules interact. 

Van der Waals forces—Weak atomic forces that 
affect gas molecules when they are in close 
proximity. 


liquid. This modified gas law can be used to predict 
many secondary gas properties including transport 
properties such as thermal conductivity, the coeffi- 
cient of diffusion, and viscosity. 


Science continues to explore the basic properties of 
gases. For example, superconductivity, the study of 
electricity at very low temperatures, relies on super 
cooled gases like nitrogen to lower the temperature of 
materials to a point at which they gain special electrical 
properties. Furthermore, gas analysis techniques have 
been developed based on the discovery that the speed 
of sound through a given gas is a function of its temper- 
ature. These techniques rely on recently developed 
ultrasonic technology to analyze two-component gas 
mixtures that vary by as little as one percent. 
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Gasoline see Hydrocarbon 


Gavials see Crocodiles 


| Gazelles 


Gazelles are medium-sized fawn-colored ante- 
lopes found in arid parts of the world, mainly in 
Ethiopia, Somalia, northern Africa and around the 
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Sahara Desert, parts of the Middle East, India, and 
Central Asia. Gazelles are horned animals with a four- 
chambered stomach and cloven hooves. They are cud 
chewers (ruminants), and lack upper canine and inci- 
sor teeth. Gazelles tear grass, foliage, buds, and shoots 
with a sideways motion of their jaws, superficially 
chewing and swallowing this forage. The food is 
acted on by bacteria in the S-shaped rumen section 
of the stomach, then regurgitated and chewed again. 


Gazelles are grayish brown with white underbellies 
and rumps. They have conspicuous black and white 
facial markings and a horizontal dark-colored band 
along their flanks. Gazelles have slender bodies, long 
necks, S-shaped, ringed horns, and long legs. Their 
vision and hearing are well-developed. Gazelles have a 
distinctive way of walking, called stotting, a stiff-legged 
bouncing motion where all four legs hit the ground at 
the same time. Gazelles can be seen performing this 
unusual movement in moments of playfulness or when 
they are frightened. They have a 10-12 year life span. 


Territory and social arrangements 


Gazelle social arrangements vary according to the 
terrain they inhabit. Where food sources are abundant 
they are found in large herds, but in desert regions 
their populations are lower. In the savanna areas of 
Africa, Thomson gazelles are found in large numbers. 
The size of the territory ranges from 38-150 acres (15- 
61 hectares; Grant’s gazelle, East Africa), to 250-550 
acres (101-223 hectares; Edmi gazelles, Middle East), 
to 325-850 acres, (132-344 hectares; gerenuk or giraffe 
gazelle, East Africa). 


Males establish territories during the mating sea- 
son and routinely exclude other males. Harem herds of 
female gazelles with dependent young, are defended by 
one dominant male. Maternal herds, without a male 
present in the territory, and bachelor herds of male 
gazelles are also found. At times there are large mixed 
herds without a territorial male present, seen during 
periods of migration. 


Gazelles mark their territories in much the same 
way as other ruminants do. They deposit dung heaps 
around the territory and they mark bushes with their 
scent glands. Glands can be found under the eyes 
(preorbital glands), on the hooves, shins, back and 
around the genital area depending on the particular 
species. When another male enters a territorial male’s 
domain, there is no fighting as long as the intruder 
displays subordinate behavior. A subordinate male 
will keep his head low with his chin out and will not 
approach the females of the herd. 


One of the smallest species is the Dorcas gazelle 
(Gazella dorcas) of North Africa (Algeria to Egypt) 
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and Sudan, which is less than 2 ft (0.61 m) at the 
shoulder. The common gazelles of East Africa include 
Thomson’s gazelle (G. thomsonii), with black flanks 
and erect horns, and Grant’s gazelle (G. granti) which 
is up to 3 ft (0.915 m) at the shoulder, and the largest of 
all gazelles. The red-fronted gazelle (G. rufifrons) is 
found from Senegal to the Sudan. 


Males within an all-male herd will frequently dis- 
play intimidation behavior toward one another, but 
these do not often lead to attacks or injuries. Bucks 
will push their foreheads against one another in a dis- 
play of intimidation. This may lead to interlocking 
horns, but they usually disengage before any serious 
damage occurs. Bucks will sometimes stand parallel to 
one another, head to rump, and walk around each other 
in circles. They may also engage in a chin-up display 
where they stretch their necks and bend them backwards 
towards one another. Within the male herds this behav- 
ior establishes dominant and submissive roles. 


Mating and breeding 


The mating ceremony among gazelles is ritualized. 
The male lowers and stretches his head and neck, 
following the female closely in a marchlike walk, lift- 
ing his head, and prancing. The lifting of a foreleg 
during the mating march is also characteristic and 
vocal noises are made by the male. The female 
responds to the male’s low stretch by urinating. She 
may walk away, circle, and make sharp turns. When 
she is ready for mating, she will display submissive 
behavior by holding her tail out. 


Gestation (pregnancy) lasts around six months for 
gazelles. During birthing, the mother alternates between 
standing and lying down. Twenty minutes after birth a 
Grant’s gazelle has been seen to stand up and be nursed 
by its mother. In its early days a fawn (newborn) divides 
its time between feeding and hiding out in the grass. 
Typically fawns lie in a different hiding place after each 
feeding. The mother will keep watch over the newborn 
from a distance. Many gazelles reproduce twice a year 
when sufficient food supplies are available. 


Conservation and adaptation 


In parts of Africa where national wildlife parks 
have been established, gazelles can be found in large 
numbers. In some parts of North Africa, Arabia, and 
the Near East, however, where they have not had 
protection, many species of gazelle have been nearly 
wiped out. Some gazelles that were close to extinction 
have been saved through the efforts of particular gov- 
ernments or by individuals in cooperation with zoos. 


A number of species of gazelle survive well in arid 
desert regions. Notable among them is the gerenuk 
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KEY TERMS 


Bachelor herds—A group of young, nonterritorial 
males. 


Intimidation—Threatening behavior among the 
same sex for the purpose of expressing dominance 
or for preventing intruders from entering the territory. 


Maternal herd—A group of females with their 
dependent young. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Stotting—A bounding movement where the animal 
will bounce and land on all four legs in response to 
threatening situations. 


Territorial male—A male that defends its area and 
harem from other males. 


(Litocranius walleri), or giraffe gazelle, so called for 
the habit of standing up to forage for food. The ger- 
enuk is able to balance itself on its rear legs and it has 
an unusually long neck. In zoos, this gazelle seems 
never to drink water and has only on rare occasions 
been seen to drink in its natural habitat. 
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| Gears 


A gear is a toothed disk (sometimes also called 
wheel or cog) attached to a rotating rod or shaft that 
transmits and modifies rotary motion by working in 
conjunction with another gear. Usually circular in 
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shape, the protrusions of one gear mesh into the pro- 
file of its mate to obtain a predetermined mechanical 
advantage. For example, if one gear wheel has ten 
times as many teeth as the wheel that drives it, it will 
make one tenth of a turn for every full turn of the 
latter, while simultaneously exerting ten times the tor- 
que or turning force applied to it by the driving wheel. 


Since, work equals force through a distance (force 
times distance), the small gear goes through a longer 
distance and exerts a larger force (the twisting force of 
torque), so performs more work in the process. Thus, 
this process converts a weak force applied to the driv- 
ing wheel into a strong force delivered by the driven 
wheel. The gear ratio is the ratio of the rotational 
speeds of the two gears. 


Gears are important devices when a specific veloc- 
ity ratio is needed. However, they are relatively expen- 
sive to build and maintain when compared to similar 
devices such as chains and belts. 


An example of early gear trains is the Antikythera 
mechanism. This gear-driven calendar device made in 
Rhodes about 87 BC contains at least 25 gears cut in 
bronze. With it, the positions of the sun and the moon 
could be predicted as well as the rising and setting of 
certain stars. By the first century AD all the simple 
kinds of gears were well known. 


There are numerous types of gears. A pinion is a 
gear with a small number of teeth engaging with a rack 
or larger gear. A bevel gear is one of a pair of toothed 
wheels whose working surfaces are inclined to non- 
parallel axes. A worm gear transmits power from one 
shaft to another, usually at right angles. Automobiles 
employ a differential gear, which permits power from 
the engine to be transferred to a pair of driving wheels, 
dividing the force equally between them but permit- 
ting them to follow paths of different lengths, as when 
turning a corner or traversing an uneven road. 


Researchers at the NASA Ames Research Center 
in California, are developing molecule-sized gears and 
other machine parts in the hopes of producing nano- 
structures capable of self-repair or that could adapt to 
a given environment. The Ames team built hypothet- 
ical gears by forming tubes from fullerenes, a class of 
molecules consisting of 60 carbon atoms arranged in a 
ball-like lattice. They attached benzene molecules onto 
these fullerenes for teeth. Researchers propose to turn 
the gears with a laser that will create an electronic field 
around the nanotube, which will drag the tube around 
similar to a shaft turning. Although these gears pres- 
ently exist only in computer simulations, the simula- 
tions predict that the gears would rotate best at about 
100 billion turns per second, or six trillion rotations 
per minute and are virtually unbreakable. 
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tl Geckos 


Geckos are small night-lizards found in the 
tropics and subtropics, and number more than 1,100 
species in the family Gekkonidae, divided into four 
subfamilies (the Diplodactylinae, the Gekkoninae, the 
Sphaerodactylinae, and the Eublepharinae). Only the 
Eublepharinae have eyelids, while members of the 
other three subfamilies have transparent scales pro- 
tecting their eyes. 


Geckos are small lizards, ranging in length from 
less than 2 in (5 cm), to seldom more than | ft (30 cm). 
They are primarily insectivorous and nocturnal, and 
are unique in that they are the only lizards with a true 
voice. Depending on the species, geckos utter anything 
from a soft, high-pitched squeak to a loud bark. The 
name “gecko” arose as an attempt by humans to 
mimic the sound made by a common North African 
species (Gekko gekko). Geckos have a soft, scaly, often 
transparent skin which readily tears away, allowing 
the little creature to escape the jaws or beak of a 
predator. Special toe pads enable geckos to walk 
upside down across rocks, on ceilings, and up the 
walls of city skyscrapers. Geckos are thought to have 
originated in Southeast Asia and the western Pacific, 
but are now found in large numbers in the warmer 
parts of every continent, and even on isolated islands 
around the world. Geckos make popular house pets, 
since they are harmless, relatively unafraid of humans, 
and provide effective and natural control of insect 
pests, such as the cockroach. Geckos may live as 
long as 15 years in their natural environment, but 
seldom that long in captivity. 


Distribution and habitat 


Geckos began their migration from the Pacific 
Rim thousands of years ago, some “stowing away” 
on the canoes of unsuspecting sea voyagers; others 
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A parachute gecko (Ptychozoon kuhli). (Tom McHugh. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


beginning colonization from eggs deposited under the 
bark of logs subsequently swept out to sea and washed 
up on a distant shore. As humans moved from forest 
and land dwelling, building cities in which artificial 
lights illuminate the night skies attracting billions of 
insects, geckos also migrated from their original hab- 
itats to these new urban feasting grounds. Today, 
flicking on the light in the middle of the night in apart- 
ments, homes, and even tall office buildings in many 
parts of the world, one may interrupt the nocturnal 
feeding foray of one of these little creatures. 


Only a small number of gecko species occur in 
North America. The tiny, two-inch-long, leaf-toed 
gecko (Phyllodactylus tuberculoses) thrives in south- 
western Californian among the rocks of semiarid 
lower mountain regions and canyon lands. The 
banded gecko inhabits southern California’s coastal 
plains, rocky deserts, juniper-covered hillsides, and 
sand dunes. Several species of West Indian geckos 
are now established in Florida, and many different 
species thrive on the Hawaiian Islands. 


Physiology and reproduction 


The texture and color of a gecko’s skin provides 
excellent camouflage. Four strong legs and five spe- 
cially-equipped toes on each foot provide for excellent 
climbing abilities, while two round eyes with vertical 
pupils allow sharp, nocturnal vision. Diurnal (day- 
time) geckos, such as the wall gecko (Tarentola maur- 
itanica), of North Africa, Spain, and Croatia, have 
rounded pupils. 


Geckos do not have a forked tongue. They use 
their tongues to help capture prey and some—like the 
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Australian naked-toed gecko and the Asian tokay 
gecko—use their tongues to clear their eye scales of 
dust and debris. The head is relatively large in com- 
parison to the tubular-shaped body, and the long, 
sheddable tail comprises up to one half of the total 
body length, snapping off in sections if it is grabbed by 
a predator. The discarded tail wriggles around on the 
ground, distracting the attacker’s attention and pro- 
viding precious seconds for the animal to flee. A new 
tail grows back within a few months. The tail also 
stores fat, providing nutrients in times of food scar- 
city. Being cold-blooded creatures, geckos draw their 
body heat from their environment by basking in direct 
sunlight or on warm surfaces. 


When mating, the male gecko grasps the skin at 
the back of the female’s neck in his jaws and wraps his 
tail around that of the female, bringing their cloacas— 
the reproductive opening—together. Some species of 
gecko reproduce asexually, when the female produces 
fertile eggs without mating with a male. All geckos, 
except some species found in New Zealand, lay eggs. 
Some species lay one egg in each clutch while others 
lay two. Eggs are deposited under rocks, tree bark, and 
even behind window shutters. Only a few species lay 
two clutches per year and incubation may take several 
months. Eggs of the banded gecko and of many other 
species have a leathery, parchment-like texture, while 
those of such species as the leaf-toed gecko have a 
hard, calcareous (containing calcium) shell, the dura- 
ble nature of which has aided in the wide-spread dis- 
tribution of many species, particularly the species that 
reproduce asexually, where just one viable egg can 
begin a whole new colony. 


Defensive behavior 


The Australian spiny-tailed gecko (Diplodactylus 
williamsi) displays the most unique defense of all liz- 
ards. When this gray, inconspicuous gecko suddenly 
swings opens its jaws, it displays a vivid, dark purple 
mouth outlined in bright blue. It may also emit a high- 
pitched squeak and, if attacked, shoots a thick, gooey 
liquid from spiny knobs on its tail, covering its enemy 
with a sticky weblike substance. 


Although geckos in general show aggressive dis- 
plays such as arching the back, stiffening the limbs to 
increase their height, and wagging their tails, they are 
relatively nonaggressive, fighting among themselves 
only when defending a homesite or feeding territory 
from a determined invader. Although small geckos 
will attack a foe many times their size if threatened. 
The Australian barking gecko (Underwoodisaurus 
milii) barks and lunges even at humans. Very few 
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KEY TERMS 


Asexual—Able to reproduce without male fertiliza- 
tion. 


Calcareous—Containing calcium carbonate. 


Cloaca—The cavity into which the intestinal, gen- 
ital, and urinary tracts open in vertebrates such as 
fish, reptiles, birds, and some primitive mammals. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Thermoregulate—Regulate and control body tem- 
perature. 


species of gecko are strong enough to break the human 
skin, and none are poisonous. 


See also Reptiles. 
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| Geese 


Geese are large birds in the subfamily Anserinae 
of the waterfowl family Anatidae, consisting of ducks, 
geese, and swans. 
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Geese occur in many types of aquatic habitats, on 
all continents but Antarctica. Most geese breed in 
freshwater marshes, salt marshes, or marsh-fringed, 
open-water wetlands. Geese typically winter in those 
sorts of natural habitats and in estuaries, although in 
some regions they also use grain fields in winter, 
mostly for feeding. Geese are more terrestrial than 
either ducks or swans, and they typically feed on 
roots, rhizomes, and shoots of graminoid (grasslike) 
plants, and on seeds and grains, when available. 


Geese are not sexually dimorphic, meaning that 
there are no obvious, external morphological traits 
that serve to distinguish between the female, properly 
named a goose, and the male, or gander. Ganders do 
tend to be somewhat larger, but size is not a reliable 
indicator of gender. Like other waterfowl, geese 
undertake a simultaneous moult of their major wing 
feathers, and are flightless at that time. This moult 
occurs during the breeding season, while the geese 
are taking care of their young. 


Most species of goose undertake substantial 
migrations between their breeding and wintering 
grounds, in some cases traveling thousand of miles, 
twice yearly. Flocks of migrating geese commonly 
adopt a V-shaped formation, which is aerodynami- 
cally favorable, because it reduces resistance to pas- 
sage, so less energy is expended in flying. Geese can be 
rather noisy when flying in groups, which may some- 
times be heard before they are seen. 


Geese of North America 


The seven species of goose that breed in North 
America are the Canada goose (Branta canadensis), 
brant (B. bernicla), black brant (B. nigricans), snow 
goose (Chen caerulescens), Ross’s goose (C. rossii), 
white-fronted goose (Anser albifrons), and the cack- 
ling goose (B. hutchinsii), recognized as a species sep- 
arate from the Canada goose in 2004. Two other 
Eurasian species are occasionally seen during winter: 
the barnacle goose (B. /eucopsis) on the northeastern 
coast, and the emperor goose (Philacte canagica) 
along the Alaskan coast. The two most abundant 
species of geese in North America are the Canada 
goose and the snow goose. The Canada goose is also 
known as the “honker” because of its resonant call, 
given especially enthusiastically during migratory 
flights and while staging. Because of geographic var- 
iations in size, morphology, and color patterns, the 
Canada goose has been divided into about 11 races. 
However, these races intergrade with each other, and 
should best be considered to represent continuous, 
geographic variations of a genetically polymorphic 
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A Canada goose (Branta canadensis) with her goslings in the Ottawa National Wildlife Refuge, Ontario, Canada. (Robert J. 
Huffman. Field Mark Publications.) 


species. The largest race is the giant Canada goose (B. 
c. maxima), of which mature ganders typically weigh 
about 12.5 lb (5.7 kg). The giant Canada goose has 
become rather common in some urban and suburban 
areas, where it has been widely introduced and has 
established feral, non-migratory, breeding popula- 
tions. However, because of past overhunting, this 
race is much less abundant than it used to be in its 
natural breeding range of southern Manitoba, north- 
western Ontario, and Minnesota. 


Because of its abundance and widespread migra- 
tions, the Canada goose is probably the most familiar 
goose to most North Americans. During their migra- 
tions, the larger-sized races of Canada goose tend to 
occur in relatively small, often family-sized flocks, and 
their calls tend to be extended, sonorous honks. 
Smaller-bodied races flock in much larger groups, 
ranging up to thousands of individuals, and often 
flying in large V-shaped formations. These smaller 
geese have calls that tend to be relatively higher 
pitched yelps and cackles. Wintering populations of 
Canada goose often occur as large, dense aggregations 
in the vicinity of good feeding habitat. 
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During the era of unregulated market and sport 
hunting of the nineteenth and early twentieth centuries, 
the populations of Canada geese were greatly reduced 
from their historical abundance. This decline was exa- 
cerbated by large losses of breeding habitat in the more 
southern parts of their range, largely due to the conver- 
sion of North America’s prairies to agriculture, which 
was accompanied by the draining of many small, marsh- 
fringed ponds known as potholes. However, the federal 
governments of the United States and Canada, and the 
states and provinces, have since instituted effective con- 
servation measures for the Canada goose and most 
other species of waterfowl. The most important of 
these actions is the regulation of hunting effort by 
restricting the numbers of birds that can be killed, and 
by limiting the hunting season to a period during the 
autumn and thereby eliminating the spring hunt, which 
killed animals before they had an opportunity to breed 
that year. Also very important has been the designating 
of a large network of protected areas, mostly to provide 
essential habitat and refuges from hunting for migrating 
and wintering waterfowl. In the case of the Canada 
goose, these measures have proven to be effective, and 
populations have recovered substantially from lows in 
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the second decade of the twentieth century. At the end of 
the breeding season and during the autumn migration, 
North America now supports about three million 
Canada geese. 


At least one million of these birds are subsequently 
killed by hunters, or by the insidious toxicity of 
ingested lead shot, or they may suffer natural mortal- 
ity. Young, relatively inexperienced birds-of-the-year 
are most commonly killed by hunters, with the more 
wary adult birds tending to survive this type of preda- 
tion. This is an important aspect of the hunt, because it 
results in the reproductive capacity of the population 
being left relatively intact. It appears that present-day 
populations of Canada geese are capable of withstand- 
ing the intense, annual mortality they are exposed to 
through hunting and other factors. However, it is 
important that this situation be continuously moni- 
tored, so that any emergent problems are quickly iden- 
tified, and actions taken to prevent future population 
declines of this important species of wildlife. 


The cackling goose, previously considered one of 
the smaller races of the Canada goose, was recognized 
as a separate species based on genetic studies, as well as 
differences in color, size, voice, habitat, nesting, and 
migration timing. This relatively abundant species 
breeds from Canada’s Baffin Island to Aleutian Islands 
of Alaska and winters from British Columbia south to 
California and east to northern Mexico and Louisiana. 


The snow goose is another abundant species of 
goose in North America, tending to breed to the 
north of the major range of the Canada goose. This 
mostly white goose is often divided into two races, the 
relatively abundant and widespread lesser snow goose 
(C. c. caerulescens) and the greater snow goose (C. c. 
atlantica) of the high Arctic. The lesser snow goose has 
two color variants, the familiar white-bodied form with 
black wing-tips and the so-called “blue” variant. The 
blue phase is genetically dominant over the white, and 
it occurs most frequently in the populations of snow 
geese breeding in the eastern low Arctic of Canada. 


Like the Canada goose, the snow goose has been 
exploited heavily, and its populations were once 
threatened by overhunting and habitat loss, especially 
of wintering habitat. However, strong conservation 
measures have allowed a substantial increase in the 
abundance of this species, which, although still 
hunted, may be approximately as abundant as it was 
before its intensive exploitation. In fact, since the 
1980s, the rapidly increasing breeding populations of 
snow geese have caused significant degradations of 
parts of their habitat in the vicinity of Hudson Bay, 
through overgrazing of important forage species. 


Brant and black brant are less common species 
of goose, occurring in eastern and western North 
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America, respectively. These species are ecologically 
different from the other North America geese, because 
of their affinity for estuarine habitats, where they 
prefer to forage vascular plants known as eelgrass 
(Zostera marina). The brant is less abundant than it 
used to be, because of overhunting and degradations 
of its wintering habitat, caused in part by occasional 
declines of its preferred forage of eelgrass. The causes 
of the eelgrass declines have not been determined, but 
they may be natural in origin, or somehow caused by 
human influences, possibly associated with eutrophi- 
cation. In some years, these geese have also suffered 
reproductive failures due to unfavorable weather in 
their northern breeding grounds. This circumstance 
may also have contributed to the decline of brant. 


Economic importance of geese 


Like other waterfowl, wild geese have long been 
hunted for subsistence purposes, and more recently for 
sport. In recent decades, North American hunters 
have killed about two million geese each year, 
although the bag has varied depending on the annual 
abundance of the birds. About 75% of the geese are 
typically killed in the United States, and the rest 
in Canada. Goose hunting is an economically 
important activity, generating direct and indirect 
cash flows through spending on travel, guns and 
other equipment, licenses, and fees paid to hunt on 
private lands. 


Compared with the unregulated, open-access 
hunts of the past, which devastated populations of 
all waterfowl and other animals, hunting now appears 
to be relatively sustainable of the avian resource. Each 
year the federal governments of the United States and 
Canada cooperate in setting bag limits on the basis of 
estimates of the productivity of geese in the breeding 
habitats. The regulation of the direct kill of geese, 
coupled with the development of a network of pro- 
tected areas of breeding, staging, and wintering hab- 
itat, appears to be effective in maintaining populations 
of the most abundant species of geese, while still allow- 
ing a large sport hunt. 


Two species of goose have been domesticated. The 
most commonly raised species is derived from the 
greylag goose (Anser anser) of Eurasia. This goose 
has been domesticated for about 4,000 years, and 
there are a number of agricultural races, most of 
which are white. Another, less common, domesticated 
species is the swan goose (A. cygnoides). 


Like ducks and other birds, geese have increas- 
ingly attracted the interest of bird-watching, also an 
activity of significant economic importance. 
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Geese are sometimes viewed as agricultural pests, 
because they may invade fields in large numbers 
during the autumn and spring, raiding unharvested 
crops or damaging fields of winter wheat (which is 
sown in the autumn to be harvested in the following 
summer) and some other crops. These damages can 
be severe in smaller areas, but can be managed by 
providing the geese with alternative foods, or by scar- 
ing them away. 


Factors affecting the abundance of geese 


Geese are affected by many of the same environ- 
mental factors that influence populations of ducks. 
Some of these influences are natural. These include 
the effects of severe weather on the northern breeding 
grounds of geese, which in extreme cases can wipe out 
a year’s breeding success. Sometimes, natural preda- 
tors such as foxes and bears can disrupt breeding in 
a particular area. When they aggregate in large pop- 
ulations during staging or wintering, geese are also 
vulnerable to epidemics of diseases such as avian 
cholera. Natural degradations of staging or wintering 
habitats may also be important, as may be the eelgrass 
declines in estuaries used by the brant. As was noted 
previously for the snow goose, large populations of 
geese can sometimes degrade their own habitat 
through overgrazing. 


Humans have also greatly affected goose popula- 
tions. The most important of the negative influences of 
humans on geese have been overhunting, destruction 
of staging and wintering habitats, and the toxic effects 
of ingested lead shot. However, as with ducks, many 
of these negative influences are now being managed 
in North America, by controlling the size of annual 
hunts, by instituting a network of key habitat reserves, 
and by banning the use of lead shot. These actions 
have mostly been carried out by agencies of govern- 
ment, as well as by non-governmental organizations, 
including hunter-focused groups such as Ducks 
Unlimited, and groups with a conservation mandate, 
such as the Nature Conservancies. 


Humans have increasingly been undertaking 
activities on behalf of geese and other wildlife. 
However, these animals are still threatened by many 
human activities. The eventual balance of the positive 
and negative interactions of humans and wildlife 
remains to be determined. Hopefully, the conservation 
of the populations of all of the world’s species of 
goose will become an important priority to humans, 
so that these creatures will always be available to be 
sustainably harvested, while still maintaining their 
populations. 
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KEY TERMS 


Feral—tThis refers to a non-native, often domesti- 
cated species that is able to maintain a viable, 
breeding population in a place that is not part of 
its natural range, but to which it has been intro- 
duced by humans. 


Graminoid—Any grass-like plant, usually referring 
to grasses, sedges, reeds, rushes, and other erect, 
monocotyledonous species. 


Overhunting—The unsustainable harvesting of 
wild animals at a rate greater than that of recruit- 
ment of new individuals, so that the population 
decreases in size. 


Polymorphic—Refers to genetically based varia- 
tions in shape, size, color, and other traits. 


Staging—A characteristic of certain migratory 
birds, in which individuals collect in large numbers 
in places with extensively appropriate habitat. 
Weight gain in staging habitats is important to suc- 
cessful completion of the subsequent arduous, 
long-distance migration. 


Status 


Greater white-fronted goose (Anser albifrons). The 
population in North America appears to have 
declined in the 1970s, but to have increased since 
then. 


Lesser white-fronted goose (Anser erythropus). 
Alaskan stray. An uncommon species in its native 
habitat in the Old World, where it seems to be in 
decline. Has strayed at least once to the Aleutian 
Islands. Occasional sightings outside Alaska have 
probably been escapees from captivity. 


Snow goose (Chen caerulescens). The population of 
the greater snow goose had declined to no more than 
3,000 by 1900. In 2002, the global snow goose pop- 
ulation was estimated to be 7.6 million. The lesser 
snow goose population has undergone a pronounced 
increase in recent decades. 


Ross’s goose (Chen rossii). In 1983, the population in 
the central Canadian Arctic was estimated to be in 
excess of 100,000 in 30 colonies. Today, the popula- 
tion appears to still be increasing. This goose fre- 
quently hybridizes with the snow goose, but there is 
no evidence of genetic swamping by that species. 


«Canada goose (Branta canadensis). The Aleutian 
Canada goose is endangered, having almost been 
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exterminated following the introduction of foxes to 
the Aleutian Islands. The species as a whole has 
increased its range and population since the 1940s. 


Brant (Branta bernicla). Decline due to disappear- 
ance of eelgrass along much the eastern seaboard 
since the 1930s. Eelgrass has also disappeared in 
England over the same period. 


Bar-headed goose (Anser indicus). Exotic. Native of 
Central Asia. Birds that have escaped from captivity 
in the United States are sometimes seen in the wild. 


Barnacle goose (Branta leucopsis). Eastern stray. 
Resident of Arctic coasts from Greenland to 
Siberia, wintering in northwestern Europe. Most 
strays seen in United States have escaped from cap- 
tivity, though some occasionally arrive in North 
America from Greenland. 


Bean goose (Anser fabalis). Alaskan stray. A com- 
mon goose in northern Asia and Europe, this bird 
sometimes shows up in Alaska in the spring and, 
more rarely, in other parts of North America. 


Chinese goose (Anser cygnoides). Exotic. Native of 
Asia. Domesticated birds in the United States some- 
times abandon their home ponds. 


Egyptian goose (Alopochen aegyptiacus). Exotic. 
Native of Africa. Sometimes escapes from captivity 
in the United States. 


Emperor goose (Chen canagica). Near threatened. 
The Alaska population, estimated at 139,000 in 
1964, had declined to 42,000 in 1986, but had 
rebounded to about 84,500 in 2002. The causes of 
the population fluctuations are not known with cer- 
tainty, but subsistence hunting and oil pollution are 
thought to have an impact. 


Graylag goose (Anser anser). Exotic. A native of 
Eurasia. Rare sightings in the United States have 
probably been of domesticated birds that have 
escaped captivity. 


Pink-footed goose (Anser brachyrhynchus). Eastern 
stray. Many of these birds nest in Greenland and 
Iceland, migrating to Britain and northwestern 
Europe where they spend the winter. Strays have 
been observed a couple of times in eastern Canada. 


- Red-breasted goose (Branta ruficollis). Exotic. A 
native of Eurasia. Birds that have escaped from cap- 
tivity have been seen in the Northeast. 
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ll Gelatin 


Gelatin is an edible protein made from the skin, 
bones, and ligaments of animals. It is clear, usually 
colorless or pale yellow, odorless and tasteless, and 
dissolves in water. The hot solution is liquid, but as it 
cools, it “gels,” forming a semisolid, which is soft and 
flexible, yet firm enough to hold any shape into which 
it may be molded or cut. A familiar example of gelatin 
is the clear, sticky substance found on parts of a 
chicken leg after it has been cooked. 


Most manufactured gelatin comes from pork 
skins and the skin and bones of cattle. These contain 
a tough, fibrous protein called collagen. First they are 
treated with either acids or bases (alkali) to dissolve 
hair, flesh, and other unwanted substances. Then they 
are cooked in hot water. The heat converts the colla- 
gen to gelatin, which dissolves in the water. The sol- 
ution is purified and the water is removed by 
evaporation. Finally, the pure, solid gelatin is ground 
into flakes or powder. 

Like all proteins, gelatin is a polymer. That is, its 
molecules are built up of smaller units called amino 
acids linked together by chemical bonds like beads 
along a string. In collagen three amino acid strands, 
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each about a thousand amino acid units long, are 
twisted together as a sort of braid. Individual “braids” 
are joined by chemical bonds, making very tough web- 
like structures. Heating in water breaks some of the 
bonds. Therefore, gelatin consists of shorter strands, 
with fewer chemical bonds between them. These 
smaller fragments dissolve in water. As a hot gelatin 
solution cools, some of the bonds form once again, 
causing the solution to thicken. Cooling further, the 
protein strands form a three-dimensional mesh, with 
water filling the holes of the mesh. The resulting “gel” is 
soft enough to cut, yet rigid enough to hold its shape. 


Gelatin cannot be a major source of protein in the 
human diet because it lacks tryptophan, one of the 
amino acids essential for human nutrition. Its main 
use in the food industry is to provide texture and shape 
to foods, especially desserts, candies, and dairy prod- 
ucts. Gelatin also has many nonfood uses. Made into 
capsules, it encloses drugs for the pharmaceutical 
industry and microscopic drops of ink for “carbon- 
less” copying papers. A layer of gelatin binds light- 
sensitive chemicals to the surface of photographic 
film. Gelatin is also used as glue for objects as diverse 
as match heads and the bindings of telephone books. 


| Gene 


A gene is the fundamental physical and functional 
unit of heredity. Whether in a microorganism or in a 
human cell, a gene is an individual element of an 
organism’s genome and determines a trait or charac- 
teristic by regulating biochemical structure or meta- 
bolic process. 


Genes are segments of nucleic acid, consisting of a 
specific sequence and number of the chemical units of 
nucleic acids, the nucleotides. In most organisms, the 
nucleic acid is DNA (deoxyribonucleic acid), though 
in retroviruses, the genetic material is composed of 
ribonucleic acid (RNA). Some genes in a cell are active 
more or less all the time, which means they are con- 
tinuously transcribed and provide a constant supply of 
their protein product. These “housekeeping” genes are 
always needed for basic cellular reactions. Others may 
be rendered active or inactive depending on the needs 
and functions of the organism under particular con- 
ditions. The signal that masks or unmasks a gene can 
come from outside the cell, for example, from a steroid 
hormone or a nutrient, or it can come from within the 
cell itself because of the activity of other genes. In both 
cases, regulatory substances can bind to the specific 
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Human DNA from peripheral blood, photographed using a 
transmission electron micrograph, magnification of 85,000. 
(©JL Carson/Custom Medical Stock.) 


DNA sequences of the target genes to control the 
synthesis of transcripts. 


In a paper published in 1865, Gregor Mendel 
(1823-1884), advanced a theory of inheritance depend- 
ent on material elements that segregate independently 
from each other in sex cells. Before Mendel’s findings, 
inherited traits were thought to be passed on through 
a blending of the mother and father’s characteristics, 
much like a blending of two liquids. The term “gene” 
was coined later by the Danish botanist Wilhelm 
Johannsen (1857-1927), to replace the variety of terms 
used up until then to describe hereditary factors. His 
definition of the gene led him to distinguish between 
genotype (an organism’s genetic makeup) and pheno- 
type (an organism’s appearance). Before the chemical 
and physical nature of genes were discovered they were 
defined on the basis of phenotypic expression and alge- 
braic symbols were used to record their distribution and 
segregation. Because sexually reproducing, eukaryotic 
organisms possess two copies of an inherited factor (or 
gene), one acquired from each parent, the genotype of 
an individual for a particular trait is expressed by a pair 
of letters or symbols. Each of the alternative forms of a 
gene is also known as alleles. Dominant and recessive 
alleles are denoted by the use of higher and lower case 
letters. It can be predicted mathematically, for example, 
that a single allele pair will always segregate to give a 
genotype ratio 1AA:2Aa:laa, and the phenotype ratio 
2A:laa (where A represents both AA and Aa since these 
cannot be distinguished phenotypically if dominance is 
complete). 


The molecular structure and activity of genes can 
be modified by mutations and the smallest mutational 
unit is now known to be a single pair of nucleotides, 
also known as a muton. To indicate that a gene is 
functionally normal it is assigned a plus (+) sign, 
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whereas a damaged or mutated gene is indicated by a 
minus (—) sign. A wild-type Escherichia coli able to 
synthesize its own arginine would thus, be symbolized 
as arg* and strains that have lost this ability by muta- 
tion of one of the genes for arginine utilization would 
be arg. Such strains, known as arginine auxotrophs, 
would not be able to grow without a supplement of 
arginine. At this level of definition, the plus or minus 
actually refer to an operon rather than a single gene, 
and finer genetic analysis can be used to reveal the 
exact location of the mutated gene. 


The use of mutations in studying genes is well 
illustrated in a traditional genetic test called the “cis— 
trans test” which also gave the gene the alternative 
name, cistron. This is a complementation test that 
can be used to determine whether two different muta- 
tions (m' and m7) occur in the same functional unit, 
i.e., within the same gene or cistron. It demonstrates 
well how genes can be defined phenomenologically 
and has been performed successfully in microorgan- 
isms such as yeasts. It works on the principle that pairs 
of homologous chromosomes containing similar genes 
can complement their action. Two types of heterozy- 
gotes of the test organism are prepared. Heterozygotes 
are organisms having different alleles in the two 
homologous chromosomes each of which was inher- 
ited from one parent. One heterozygote contains the 
mutations under investigation within the same chro- 
mosome, that is in the cis— configuration, which is 
symbolically designated ++-/m'm? (m! and m? are the 
two mutations under investigation and the symbol 
“+” indicates the same position on the homologous 
chromosome in the unmutated, wild type state). The 
second mutant is constructed to contain the mutations 
in such a way that one appears on each of the homol- 
ogous chromosomes. This is called the trans— config- 
uration and is designated, for example, by 7+/-++m!. If 
two recessive mutations are present in the same cis- 
tron, the heterozygous trans— configuration displays 
the mutant phenotype, whereas the cis— configura- 
tion displays the normal, wild type, phenotype. This is 
because in the cis— configuration, there is one com- 
pletely functional, unmutated, cistron (++) within the 
system which masks the two mutations on the other 
chromosome and allows for the expression of the wild 
type phenotype. If one or both mutations are domi- 
nant, and the cis— and trans— heterozygotes are phe- 
notypically different, then both mutations must be 
present in the same cistron. Conversely, if the cis— 
and trans— heterozygotes are phenotypically identical, 
this is taken as evidence that the mutations are present 
in different cistrons. 


In 1910, the American geneticist Thomas Hunt 
Morgan (1866-1945) began to uncover the relation- 
ship between genes and chromosomes. He discovered 
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that genes were located on chromosomes and that they 
were arranged linearly and associated in linkage 
groups, all the genes on one chromosome being linked. 
For example the genes on the X and Y chromosomes 
are said to be sex-linked because the X and Y chromo- 
somes determine the sex of the organisms, in humans 
X determining femaleness and Y determining 
maleness. Nonhomologous chromosomes possess dif- 
ferent linkage groups, whereas homologous chromo- 
somes have identical linkage groups in identical 
sequences. The distance between two genes of the 
same linkage group 1s the sum of the distances between 
all the intervening genes and a schematic representa- 
tion of the linear arrangement of linked genes, with 
their relative distances of separation, is known as a 
genetic map. In the construction of such maps the 
frequency of recombination during crossing over is 
used as an index of the distance between two linked 
genes. 
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E Gene chips and microarrays 


A gene chip, which can also be termed a micro- 
array, consists of a solid support on which are 
attached deoxyribonucleic acid (DNA) fragments. A 
similar type of microarray that incorporates attached 
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Gloved hand holding a device for rapidly analyzing samples 
of DNA at the scene of a crime. (Sam Ogden. Photo 
Researchers, Inc.) 


messenger ribonucleic acid (RNA) (mRNA) is termed 
a protein array. 


Gene chips enable the activity of any of the 
attached DNA fragments (which typically are genes; 
they encode a product) to be determined. A gene chip is 
typically constructed from glass. Waferlike in appear- 
ance, it resembles a microtransitor chip. However, 
instead of transitors, a chip is contains an orderly and 
densely packed array of DNA fragments. The thou- 
sands of sequences of DNA are robotically spotted 
onto the chip. The pattern is called a microarray. 


Genetic material is obtained from the biological 
system of interest. This can be DNA or RNA. For 
example, to gain insight into which genes are active at 
a particular time, mRNA is isolated. The isolated 
material is reacted with a fluorescent probe and then 
the mixture is flooded over the surface of the chip. 
Hybridization of the added nucleic acid and a piece 
of the tethered DNA will occur if the sequences 
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compliment one another. The development of fluores- 
cence on the chip’s surface identifies regions of bind- 
ing, and the known pattern of the tethered DNA can 
be used to deduce the identity of the added sample. 


Vast amounts of information are obtained from a 
single experiment. Up to 260,000 genes can be probed 
on a single chip. The analysis of this information has 
spawned a new science called bioinformatics, where 
biology and computing mesh. Gene chips are having a 
profound impact on research. Pharmaceutical compa- 
nies are able to screen for gene-based drugs much 
faster than before. The future of chips economically 
is with the practicing physician. For example, a patient 
with a sore throat could be tested with a single-use, 
disposable, inexpensive gene chip in order to identify 
the source of the infection and its antibiotic suscepti- 
bility profile. Therapy could commence sooner and 
would be precisely targeted to the causative infectious 
agent. 


Gene chips are available to identify specific micro- 
organisms, based on the identification of target 
sequences of genetic material. These chips are begin- 
ning to be used more commonly. For example, gene 
chips enable technicians to probe water samples to 
determine if harmful bacteria of viruses are present. 
While still more expensive than the traditional micro- 
biological means of microbe detection, the cost of gene 
chip technology is dropping. 


| Gene mutation 


A gene mutation refers to a change in the building 
blocks (nucleotides) that specify the sequence of a 
gene. A gene mutation can enhance, impair, or com- 
pletely block a gene’s activity. 


There are many different types of mutations in the 
human genome and are either considered major gene 
rearrangements (deletion of DNA, duplication of a 
stretch of the DNA, or insertion of a new sequence 
of DNA) or a change in a single nucleotide (termed a 
point mutation). 


Genes represent the basic unit of heredity that 
allows species to pass its information from one gener- 
ation to the next. The human gene pool is the set of all 
genes carried within the human population. Genetic 
changes (including mutations) can be beneficial, neu- 
tral or bad. Beneficial mutations are less common and 
result in a selective survival advantage for a particular 
gene, cell, or whole organism. Beneficial mutations 
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can become integrated into the human gene pool, 
particularly when it allows an organism to live longer 
or to reproduce. Neutral gene mutations usually 
involve point mutations that do not change the 
amino acid sequence or affect transcription/trans- 
lation. Deleterious mutations are gene mutations 
leading to alterations in gene expression or protein 
function that, for example, results in human disease 
or is fatal. Recombination, or the crossing over and 
exchange of information between chromosomes dur- 
ing meiosis, can lead to gene rearrangements if the 
chromosomes are paired inappropriately. 


Point mutations within a gene can be nonsense 
mutations (which cause protein synthesis to stop pre- 
maturely), missense mutations (a mutation that results 
an a substitution of one amino acid for another in a 
protein), or silent mutations that cause no detectable 
change in the corresponding protein sequence. 
Accordingly, the effects of point mutations range 
from 100% lethality (usually early in fetal develop- 
ment) to no observable (phenotypic) change. 


There are four main types of genetic rearrange- 
ments: deletions, duplications, inversions, and trans- 
locations that are often caused by chemical and 
radioactive agents. Deletions result in the loss of 
DNA or a gene. Deletions can involve either the loss 
of a single base or the loss of a larger portion of DNA. 
Duplications can result in multiple copies of genes, 
and are caused most commonly by unequal crossover 
or chromosome rearrangements. During crossing 
over in meiosis, misaligned chromosomes can result 
in one of the chromosomes having extra material 
(duplication), while the other loses the same material 
that is duplicated in the other chromosome (deletion). 
Inversions, or changes in the orientation of chro- 
mosomal regions, may cause deleterious effects if 
the inversion involves a gene or an important 
sequence involved in the regulation of gene expression. 
Translocations are a type of rearrangement that 
occurs when a portion of two different chromosomes 
(or a single chromosome in two different places) 
breaks and rejoins such that the DNA sequence or 
gene is lost, repeated, or interrupted. If this affects 
the sequence of a gene or genes, it can result in disease. 


The frequency of a mutation in a given population 
may be strikingly different from another population. 
There are many reasons for this including gene flow, 
genetic drift, and natural selection. Gene flow occurs 
when individuals move from one place to another. 
These migrations allow the introduction of new varia- 
tions of the same gene (alleles) when they mate and 
produce offspring with members of their new group. 
In effect, gene flow acts to increase the gene pool in 
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the new group. Because genes are usually carried by 
many members of a large population that have under- 
gone random mating for several generations, random 
migrations of individuals away from the population or 
group usually do not significantly change the gene 
pool of the group left behind. 


Genetic drift is represented by fluctuations in gene 
frequencies and occurs by chance, usually in very small 
populations, or due to sampling errors. During repro- 
duction, one allele (one form of a gene) is passed to the 
next generation while the other is not. The allele that is 
not passed on, by chance, can affect the gene fre- 
quency if the population is very small. Random 
genetic drift can occur as a result of sampling error. 
Genetic drift can be profoundly affected by geograph- 
ical barriers, catastrophic events (i.e. natural disasters 
or wars that significantly affect the reproductive avail- 
ability of selected members of a population), as well as 
other political-social factors. 


Natural selection is based upon the differences in 
the viability and reproductive success of different gen- 
otypes with a population (differential reproductive 
success). If a gene mutation results in the ability of 
an organism to live longer by protecting it from envi- 
ronmental threats or allowing it to become more 
reproducible, than this mutation will have a survival 
advantage. 


There are three basic types of natural selection. 
Directional selection occurs when an extreme pheno- 
type is favored (high or low body fat). Stabilizing 
selection takes place when intermediate phenotype 
is fittest (e.g., neither too high nor too low a body 
fat content) and for this reason it is often referred to 
as normalizing selection. Disruptive selection occurs 
when two extreme phenotypes are better that an 
intermediate phenotype. In studying changes in the 
human genome, natural evolutionary mechanisms 
are complicated by geographic, ethnic, religious, and 
social groups and customs. Accordingly, the effects 
of various evolution mechanisms on human popula- 
tions are not as easy to predict. Increasingly sophisti- 
cated statistical studies are carried out by population 
geneticists to characterize changes in the human 
genome. 
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i Gene splicing 


Genes are DNA sequences that code for protein. 
Gene splicing is a form of genetic engineering where 
specific genes or gene sequences are inserted into the 
genome of a different organism. Gene splicing can also 
specifically refer to a step during the processing of 
deoxyribonucleic acid (DNA) to prepare it to be trans- 
lated into protein. 


Gene splicing can also be applied to molecular 
biology techniques that are aimed at integrating vari- 
ous DNA sequences or gene into the DNA of cells. 
Individual genes encode specific proteins and, based 
on the outcome of the Human Genome Project, it is 
estimated that there are approximately 30,000 genes in 
each cell of the human body. Because the cellular 
functions in different tissues have varying purposes, 
the genes undergo a complex concerted effort to main- 
tain the appropriate level of gene expression in a tissue 
specific manner. For example, muscle cells require 
specific proteins to function, and these proteins differ 
remarkably from proteins in brain cells. Although the 
genetic information is, for the most part, the same in 
both cell types, the different functional purposes result 
in different cellular needs and therefore different pro- 
teins are produced in different tissue types. 


Genes are not expressed without the proper sig- 
nals. Many genes can remain inactive. With the appro- 
priate stimulation of gene expression, the cell can 
produce various proteins. The DNA must first be 
processed into a form that other molecules in the cell 
can recognize and translate it into the appropriate 
protein. Before DNA can be converted into protein, 
it must be transcribed into ribonucleic acid (RNA). 
There are three steps in RNA maturation; splicing, 
capping, and polyadenylating. Each of these steps 
are involved in preparing the newly created RNA, 
called the RNA transcript, so that it can exit the 
nucleus without being degraded. In terms of gene 
expression, the splicing of RNA is the step where 
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gene splicing occurs in this context at specific locations 
throughout the gene. The areas of the gene that are 
spliced out are represent noncoding regions that are 
intervening sequences also known as introns. The 
DNA that remains in the processed RNA is referred 
to as the coding regions and each coding regions of the 
gene are known as exons. Therefore, introns are inter- 
vening sequences between exons and gene splicing 
entails the excision of introns and the joining together 
of exons. Hence, the final sequence will be shorter than 
the original coding gene or DNA sequence. 


In order to appreciate the role splicing plays in 
how genes are expressed, it is important to understand 
how a gene changes into its functional form. Initially, 
RNA is called precursor RNA (or pre-RNA). Pre- 
RNAs are then further modified to other RNAs called 
transfer RNA (tRNA), ribosomal RNA (rRNA), or 
messenger RNA (mRNA). mRNAs encode proteins in 
a process called translation, while the other RNAs are 
important for helping the mRNA be translated into 
protein. RNA splicing creates functional RNA mole- 
cules from the pre-RNAs. 


Splicing usually proceeds in a predetermined way 
for each gene. Experiments which have halted transcript 
formation at different intervals of time show that splic- 
ing will follow a major pathway beginning with some 
intron and proceeding selectively to another, not neces- 
sarily adjacent, intron. Although other pathways can be 
followed, each transcript has its own primary sequence 
for intron excision. 


Alternative splicing 


A single gene can be processed to create numerous 
gene products, or proteins and this process is referred 
to as alternative splicing. In this case, a different com- 
bination of exons remains in the processed RNA. 
Alternate gene splicing at various intron-exon sites 
within a gene can be used to create several proteins 
from the same pre-RNA molecule. Proteins are made 
up of multiple domains. Different exons can code 
for different domains. Selective splicing can remove 
unwanted exons as well as introns. The combinations 
of proteins that can be produced from alternate 
splicing are related in structure or function but are 
not identical. By using a single gene to create multiple 
proteins, the cells DNA can be utilized more 
efficiently. 


Alternate splicing can be tissue specific such that 
different proteins are made from the same original 
gene by two or more different cell types. Or one cell 
type may make multiple configurations using the 
same gene. For instance, a type of immune cell called 
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a B-cell manufactures antibodies to numerous anti- 
gens. Antigens are foreign substances, which trigger 
immune responses and antibodies bind and antigens so 
that they can be broken down and removed. Although 
an infinite number of antibodies can be produced, all 
antibodies fall into one of five basic subtypes. Alternate 
splicing is used to create these five antibody-types from 
the same gene. 


Antibodies are made up of multiple immunoglo- 
bulin (Ig) molecules. These molecules in turn have 
multiple domains. A particular domain called the 
heavy chain constant region distinguishes the five anti- 
body subtypes, called IgM, IgD, IgG, IgE, and IgA. 
The different types of antibodies serve various func- 
tions in the body and act in distinct body tissues. For 
example, IgAs are secreted into the gastrointestinal 
mucosa, and IgGs passes through the placenta. The 
gene encoding these heavy chain regions contains 
exons that direct the production of individual sub- 
types, and the gene is alternately spliced to yield a 
final mRNA transcript, which can make any one of 
them. 


Most genes yield only one transcript; however, 
genes that yield multiple transcripts have numerous 
cellular and developmental roles. Alternate splicing 
controls sex determination in Drosophila melanogaster 
flies. And a number of proteins are differentially 
expressed from the same gene in various cells. 
Different muscle cells use alternate splicing to create 
cell-specific myosin proteins. And embryonic cells in 
varying developmental stages produce multiple forms 
of the protein, retinoic acid. Some transcripts differ 
from related transcripts in the 5’ end and others can 
vary at the 3’ end. 


Spliceosomes 


The molecules or molecular complexes that 
actually splice RNA in the cellular nucleus are called 
spliceosomes. Spliceosomes are made of small sequen- 
ces of RNAs bound by additional small proteins. This 
spliceosome complex recognizes particular nucleotide 
sequences at the intron-exon boundary. DNA and 
RNA are both generally read in the 5’ to 3’ direction. 
This designation is made on the basis of the phospho- 
diester bonds, which make up the backbone of DNA 
and RNA strands. Introns are first cut at their 5’ end 
and then at their 3’ end. The two adjacent exons are 
then bonded together without the intron. The spliceo- 
some is an enzymatic complex which performs each of 
these steps along the pre-RNA to remove introns. 


The small RNAs which make up the spliceosome 
are not mRNAs, rRNAs, or tRNAs; they are small 
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nuclear RNAs (snRNA’s). snRNAs are present in 
very low concentrations in the nucleus. The snRNAs 
combine with proteins to comprise, small nuclear ribo- 
nuclearprotein particles. Several snR NPs aggregate to 
form a spliceosome. This secondary structure recog- 
nizes several key regions in the intron and at the 
intron-exon border. In essence, snRNPs play a cata- 
lytic splicing role. The absence of individual snRNP 
components can inhibit splicing. snRNPs are only 
one of many complexes which can regulate gene 
expression. 


In addition to snRNPs, some introns have auto 
(self) splicing capabilities. These introns are called 
group IJ introns. Group IJ introns are found in some 
mitochondrial genes, which come from a genome that 
is separate from the nucleus and is located in small 
compartments within the cell called mitochondria. 
Mitochrondria functions to provide energy for the 
cells energy requirements. Although all chromosomal 
DNA is located in the nucleus, a few genes are located 
in the cells mitochondria. Group II introns form sec- 
ondary structures using their internal intron region in 
a similar way to nuclear introns. However, these mito- 
chondrial introns direct exon-exon rejoining by them- 
selves without snRNPs. 


Splicing out introns 


Various splicing signal sequences are universal and 
are found within every intron site spliced, while some 
signal sequences are unique to individual genes. DNA 
is made up of bases called nucleotides, which represent 
the DNA alphabet. There are four bases, Adenine (A), 
Guanine (G), Thymine (T), and Cytosine (C). Most 
introns in higher life forms begin with the nucleotide 
sequence G-T and end with the sequence A-G. The 
sequences define the “left” (5’) and “right” (3’) borders 
of the intron and are described as conforming to the 
GT-AG rule. Mutations in any of these four positions 
produce introns that cannot be removed by normal 
splicing mechanisms. Within the intron is another 
highly conserved sequence that has some variability in 
the genes of a species; this region (called the branch 
site) is the area that connects to the 5’ end of the intron 
as it is cut and then curls around to form a lariat shape. 
This lariat is a loop in the intron which is formed as it is 
removed from the maturing RNA. 


Other splicing events 


Splicing can also involve molecules other than 
mRNA. tRNAs, which play a crucial role of aligning 
amino acids along a protein being synthesized can 
undergo splicing. tRNAs are encoded by DNA just 
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KEY TERMS 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a 
foreign substance or particle). It marks foreign micro- 
organisms in the body for destruction by other 
immune cells. 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it directs 
an immune response. 


Capping—A modification to the 5’ end of a mature 
mRNA transcript. 


Cytoplasm—All the protoplasm in a living cell that is 
located outside of the nucleus, as distinguished from 
nucleoplasm, which is the protoplasm in the nucleus. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell. 


Exons—The regions of DNA that code for a protein 
or form tRNA or mRNA. 


Gene—A discrete unit of inheritance, represented 
by a portion of DNA located on a chromosome. 


like all other RNA molecules. However, tRNAs have a 
unique structure and function distinct from other RNA 
molecules in that they are responsible for matching the 
actual protein building blocks (amino acids) from the 
encoded nucleotide sequence to build a protein, or 
polypeptide. Since these specialized RNAs have unique 
conformations, enzymes that join exons after intron 
removal differ from those that join introns in other 
RNA molecules. While introns are removed, and 
exons are joined, the enzymatic molecules are not the 
same as those used for mRNA processing. Intron 
removal in tRNA processing is less dependent on inter- 
nal intron sequences compared to other RNA introns. 


Recombinant DNA technology 


Advances in understanding the mechanisms that 
describe how gene splicing occurs has lead to the abil- 
ity of scientists to cut and anneal nucleotide sequences, 
also called recombinant DNA technology. Since splice 
literally means the joining of separate ends, gene splic- 
ing refers to the joining of almost any nucleotide 
sequences to create a new gene product or to introduce 
a new gene sequence. Hence, just about any genetic 
sequence could be spliced into another sequence. 


Certain enzymes called restriction enzymes are 
used in laboratories to splice, connect (or ligate), and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


The gene is a code for the production of a specific 
kind of protein or RNA molecule, and therefore for a 
specific inherited characteristic. 


Genome—The complete set of genes an organism 
carries. 


Introns—Noncoding sequences in a gene that are 
spliced out during RNA processing. 


Mitochondria—Intracellular organelle that is sepa- 
rate from the nucleus, has it’s own genome and 
is important for producing energy for various tissues. 


Polyadenylation—A modification to the 3’ end of a 
mature MRNA transcript. 


Recombinant DNA—DNA that is cut using specific 
enzymes so that a gene or DNA sequence can be 
inserted. 


Splicesome—The intracellular machinery that 
processes RNA by removing introns from the 
sequence. 


remove or add nucleotides to sequences. Restriction 
enzymes are used in recombinant DNA technology to 
remove and insert genetic sequences from and into 
other sequences. This technology has enabled some 
biotechnology and pharmaceutical companies to man- 
ufacture large quantities of essential proteins for med- 
ical and research purposes. For example, a human 
insulin protein can be made in great supply by insert- 
ing the insulin gene into the genome of bacteria, for 
example, in order to produce large amounts of the 
protein. Like a photocopy machine, such sequences 
can produce lots of insulin for diabetics who are not 
able to make enough insulin on their own. These 
patients can then self-inject the purified insulin to 
treat their disease. 


Applications of gene splicing 


Using gene-splicing technology, vaccines have 
been produced. DNA from a virus can be spliced 
into the genome of a harmless strain of bacterial 
strain. When the bacteria produced the viral protein, 
this protein can be harvested. Since bacteria grow 
quickly and easily, a large amount of this protein can 
be extracted, purified and used as a vaccine. It is 
introduced into an individual by injection, which will 
elicit an immune response. When a person is infected 
with a virus by natural exposure, a rapid immune 
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response can be initiated due to the initial inoculation. 
Another application of gene spicing technology is 
related to the gene involved in vitamin B production. 
This gene has been removed from a carrots genome 
and spliced into the genome of rice. The genetically 
engineered recombinant rice strain therefore, is modi- 
fied to produce vitamin B. This can have many health- 
related benefits, particularly in third world countries 
that rely on rice as a major food source and do not 
have access to food sources rich in vitamins. 


Gene splicing technology, therefore, allows research- 
ers to insert new genes into the existing genetic material of 
an organisms genome so that entire traits, from disease 
resistance to vitamins, and can be copied from one organ- 
ism and transferred another. 
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l Gene therapy 


Gene therapy refers to the deliberate introduction 
of genes into an organism. The intent of gene therapy 
is to correct a genetic defect or alleviate the symptoms 
of a genetically-determined disease when the intro- 
duced gene is expressed and its product is produced. 


Gene therapy is the name applied to the treatment 
of inherited diseases by corrective genetic engineering 
of the dysfunctional genes. It is part of a broader field 
called genetic medicine, which involves the screening, 
diagnosis, prevention and treatment of hereditary con- 
ditions in humans. The results of genetic screening can 
pinpoint a potential problem to which gene therapy 
can sometimes offer a solution. 


Genes represent the genetic material that organisms 
pass on from one generation to the next. Therefore, 
genes are responsible for controlling hereditary traits 
and provide the basic biological code or blueprint for 
living organisms. Genes produce protein such as hair 
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and skin as well as proteins that are important for the 
proper functioning of organs. Mutated or defective 
genes often cause disease. The purpose of gene therapy 
is to replace a defective gene with a normal copy of the 
same gene in attempt to restore function. 


Somatic gene therapy introduces a normal gene 
into tissues or cells to treat an individual that has an 
abnormal gene. Germline gene therapy inserts genes 
into reproductive cells (the egg or the sperm) or into 
embryos to correct genetic defects that could be passed 
on to future generations. Germline gene therapy dif- 
fers from somatic gene therapy in that germline inte- 
gration of a gene will ideally correct every progenitor 
cell that differentiates from the germ cell. Somatic 
gene therapy involves integrating corrected genes 
into cell and tissues that are fully differentiated or 
mature. An example of the latter is the efforts to 
treat cystic fibrosis in children or adults by the intro- 
duction of the normal gene that specifies a protein that 
forms a chloride transport channel through the epi- 
thelial cell membrane (in cystic fibrosis, the impaired 
transport of chloride causes the buildup of sticky 
mucus in the lungs, which can lead to bacterial 
infection). 


Initially conceived as an approach for treating 
inherited diseases like cystic fibrosis and Huntington 
disease, the scope of potential gene therapies has 
grown to include treatments for cancers, arthritis, 
and infectious diseases. Although gene therapy testing 
in humans has rapidly advanced, in general, the field 
of gene therapy has proven to be problematic and 
complicated by a variety of ethical issues. For exam- 
ple, some scientists are concerned that the integrating 
genes into the human genome may cause disease. This 
concern has arisen because of evidence that randomly 
integrating corrected genes might disrupt other genes 
in the genome and if the disrupted gene is a tumor 
suppressor gene, cancer may develop. Others fear that 
germline gene therapy may be used to control human 
development in ways not connected with disease, like 
intelligence or appearance. 


The biological basis of gene therapy 


Gene therapy has grown out of the field of 
molecular biology. Life begins with a single cell, the 
basic building block of all multicellular organisms. 
Humans, for instance, are made up of trillions of 
cells, that make up tissues that form into organs. 
Each cell type can perform a specific function. 
Within the cells nucleus (the center part of a cell that 
regulates its chemical functions) are pairs of chromo- 
somes. These threadlike structures are made up of 
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A scientist performing a microinjection of a corrective gene into a human T lymphocyte (a white blood cell). On screen can be 
seen the tip of the micropipette used for the injection (left) and the cell (right). The pipette is controlled by the joystick in the 
scientist's right hand. The procedure is being performed to treat a young girl whose immune system had collapsed because of 
her body’s failure to produce an enzyme called adenosine deaminase (ADA) which controls the maturation of T cells. 
Lymphocytes collected from her are treated with the gene that expresses ADA and then reinjected into a vein. Results have been 
very good. (Philippe Plailly. National Audubon Society Collection/Photo Researchers, Inc.) 


DNA (deoxyribonucleic acid), which carries the blue- 
print of life in the form of codes, or genes, that are 
interspersed throughout the DNA sequence. 


A DNA molecule looks like a twisted ladder. The 
rungs of these represent bonds between each letter of 
the DNA sequence called base pairs. Base pairs are 
made up of nitrogenous molecules. Thousands of 
these base pairs, or DNA sequences, can make up a 
single gene, specifically defined as a segment of the 
chromosome. The gene, or combination of genes 
formed by these base pairs ultimately direct an organ- 
isms growth and characteristics through the produc- 
tion of certain proteins, which are important for many 
biochemical functions. 


Scientists have long known that defects in genes 
present within cells can cause inherited diseases such 
as cystic fibrosis, sickle-cell anemia, and hemophilia. 
Similarly, a gain or a loss of an entire chromosome can 
cause diseases such as Down syndrome or Turners 
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syndrome. As the study of genetics advanced, how- 
ever, scientists learned that an altered genetic sequence 
can also make people more susceptible to develop 
diseases making these individuals predisposed to hav- 
ing atherosclerosis, cancer, or schizophrenia. These 
diseases have a genetic component, but are also influ- 
enced by environmental factors (like diet and lifestyle). 
The objective of gene therapy is to treat diseases by 
introducing corrected genes into the body to replace a 
missing or dysfunctional protein. The inserted genes 
can be naturally-occurring genes that produce the 
desired effect or may be genetically engineered (or 
altered) genes. 


Scientists have known how to manipulate the 
structure of a gene in the laboratory since the early 
1970’s through a process called gene splicing. The 
process involves cutting a sequence of the genome 
with restriction enzymes, or proteins that act like 
molecular scissors. The ends where the DNA has 
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been cut are sticky in the sense that they will easily 
bind to another sequence of DNA that was cut with 
the same enzyme. A DNA sequence and a gene 
sequence to be integrated in the DNA sequence can 
both be cut with the same type of enzyme and their 
ends will stick together. The new DNA sequence will 
now have the gene inserted into it. The resulting prod- 
uct is called genetic engineered recombinant DNA. 


There are basically two types of gene therapy. 
Germ-line gene therapy introduces genes into reproduc- 
tive cells (sperm and eggs) or into embryos in order to 
correct genetic defects that could be passed on to future 
generations. Most of the current research, however, has 
been in the applications of somatic cell gene therapy. In 
this type of gene therapy, therapeutic genes are inserted 
into tissue or cells to produce a naturally occurring 
protein or substance that is lacking or not functioning 
correctly in an individual patient. The main downside to 
this approach is that as each corrected cell dies, the 
therapeutic effects from gene therapy are lessened. 


Viral vectors 


In both types of therapy, scientists need some- 
thing to transport either the entire gene or a recombi- 
nant DNA to the cells nucleus, where the DNA is 
located. In essence, vectors are molecular delivery 
trucks. One of the first and most popular vectors 
developed was viral vectors, or vectors made of viruses 
because they invade cells as part of a natural infection 
process. Viruses were originally considered the most 
ideal vector because they have a specific relationship 
with the host in that they can infect specific cell types 
or tissues. As a result, vectors are chosen according to 
their affinity for certain cells and areas of the body. 


One of the first viral vectors used was the retro- 
virus. Because these viruses are easily cloned (artifi- 
cially reproduced) in the laboratory, scientists have 
studied them extensively and learned a great deal 
about their biological characteristics. They have also 
learned how to remove the genetic information that 
governs viral replication, thus reducing the chances of 
multiple rounds of infection. Additionally, many of 
the proteins from these viruses that can cause an 
immune response can be removed. 


Retroviruses work best in actively dividing cells, 
but most of the cells in the body particularly those 
that are fully differentiated are relatively stable and do 
not divide often. As a result, these cells are used primar- 
ily for ex vivo (outside the body) manipulation. First, 
the cells are removed from the patient’s body, and the 
virus, or vector, carrying the gene is inserted into them. 
Next, the cells are placed into a nutrient culture where 
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they grow and replicate. Once enough cells are gath- 
ered, they are returned to the body, usually by injection 
into the blood stream. Theoretically, as long as these 
cells survive, they can have therapeutic potential. 


Another class of viruses, called the adenoviruses, 
have proven to be good gene vectors in certain cases. 
These cells can effectively infect nondividing cells in the 
body, where the desired gene product is then expressed. 
These viruses, which cause respiratory tract infections, 
are more easily purified and more stable than retrovi- 
ruses, resulting in less chance of an unwanted viral 
infection. These viruses live for several days in the 
body and can have potentially life-threatening compli- 
cations related to immune cell responses. Other viral 
vectors include influenza viruses (that causes the flu), 
Sindbis virus, and a herpes virus that infects nerve cells. 
Each of these vectors can be modified to minimize the 
risk of causing disease or immune cell responses. 


Scientists have also developed nonviral vectors. 
These vectors rely on the natural biological process 
in which cells uptake (or gather) macromolecules 
(large molecules). One approach is to use liposomes, 
or globules of fat produced by the body and taken up 
by cells. Scientists are also investigating the introduc- 
tion of recombinant DNA by directly injecting it into 
the bloodstream or placing it on microscopic beads of 
gold shot into the skin with a gene gun. Another 
possible vector under development is based on den- 
drimer molecules. This is a class of polymers or natu- 
rally occurring or artificial substances that have a high 
molecular weight and are formed by smaller molecules 
of the same or similar substances. They have been used 
in manufacturing Styrofoam, polyethylene cartons, 
and Plexiglass. 


In the laboratory, dendrimers have shown the abil- 
ity to transport genetic material into human cells. They 
can also be designed with a high affinity for the mem- 
brane of a cell by attaching sugars and protein groups 
to it. The use of liposomes (spherical bags whose mem- 
brane is comprise of lipids) as a carrier of DNA has 
shown promise, especially since other molecules can be 
incorporated into the lipid membrane that help target 
to liposome to a specific site in the body. As of 2006, 
liposome use is still at the experimental stage. However, 
the research has so far been very promising. 


Another approach to gene therapy introduces 
DNA that can bind to a target stretch of DNA. The 
binding prevents the expression of the target sequence, 
which typically produces a product that contributes to 
the disease. This strategy is known as antisense ther- 
apy or gene silencing. As of 2006, this tact has shown 
great experimental promise. 
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The history of gene therapy 


In the early 1970s, scientists proposed what they 
called “gene surgery” for treating inherited diseases 
caused by defective genes. In 1983, a group of scien- 
tists from Baylor College of Medicine in Houston, 
Texas, proposed that gene therapy could one day be 
a viable approach for treating Lesch-Nyhan disease, a 
rare neurological disorder. The scientists conducted 
experiments in which an enzyme-producing gene for 
correcting the disease was injected into a group of 
cells. The scientists theorized the cells could then be 
injected into people with Lesch-Nyhan disease. 


As the science of genetics advanced throughout 
the 1980s, gene therapy gained an established foothold 
in the minds of medical scientists as a viable approach 
to treatments for specific diseases. However, its prom- 
ises were more than what it could deliver. One of the 
major impetuses in the growth of gene therapy was an 
increasing ability to identify the genetic abnormalities 
that cause inherited diseases. Interest grew as further 
studies showed that specific genetic defects in one 
or more genes occurred in successive generations of 
certain family members who suffered from diseases 
like intestinal cancer, manic-depression, Alzheimer 
disease, heart disease, diabetes, and many more. 
Although the genes may not be the sole cause of the 
disease in all cases, they may make certain individuals 
more susceptible to developing the disease because of 
environmental influences, such as smoking, pollution, 
and stress. In fact, many scientists believe that all 
diseases have a genetic component. 


On September 14, 1990, a four-year old girl suffer- 
ing from a genetic disorder that prevented her body 
from producing a crucial enzyme became the first per- 
son to undergo gene therapy in the United States. Since 
her body could not produce adenosine deaminase 
(ADA), she had a weakened immune system, making 
her extremely susceptible to severe, life-threatening 
infections. W. French Anderson and colleagues at the 
National Institutes of Health’s Clinical Center in 
Bethesda, Maryland, took white blood cells (which are 
crucial for proper immune system functioning) from the 
girl, inserted ADA producing genes into them, and then 
transferred the cells back into the patient. Although the 
young girl continued to show an increased ability to 
produce ADA, debate arose as to whether the improve- 
ment resulted from the gene therapy or from an addi- 
tional drug treatment she received. 


Nevertheless, a new era of gene therapy began as 
more and more scientists sought to conduct clinical 
trials in this area. In that same year, gene therapy was 
tested on patients suffering from melanoma (skin 
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cancer). The goal was to help them produce antibodies 
(disease fighting substances in the immune system) to 
battle the cancer. 


These experiments have spawned a growing num- 
ber of attempts to refine develop new gene therapies. 
For example, gene therapy for cystic fibrosis, a disease 
that affects the airways, is being developed. However, 
due to the complications involved in penetrating the 
natural barriers that impedes viral entry into the air- 
ways, it is unlikely that currently used vectors for 
cystic fibrosis gene therapy represent a plausible 
approach. Modifications of these vectors by adding 
compounds that naturally bind to areas on the outer- 
most membranes of the lung and gain entrance into 
these tissues are currently being investigated. Another 
approach was developed for treating brain cancer 
patients, in which the inserted gene was designed to 
make the cancer cells more likely to respond to drug 
treatment. Additionally, gene therapy for patients suf- 
fering from artery blockage, which can lead to strokes, 
that induces the growth of new blood vessels near 
clogged arteries improving normal blood circulation 
is also being investigated. 


In the United States, both DNA-based (in vivo) 
treatments and cell-based (ex vivo) treatments are 
being investigated. DNA-based gene therapy uses 
vectors (like viruses) to deliver modified genes to 
target cells. Cell-based gene therapy techniques 
remove cells from the patient, which are genetically 
altered and then reintroduce them to the patient’s 
body. Presently, gene therapies for the following dis- 
eases are being developed: cystic fibrosis (using adeno- 
viral vector), HIV infection (cell-based), malignant 
melanoma (cell-based), kidney cancer (cell-based), 
Gaucher’s disease (retroviral vector), breast cancer 
(retroviral vector), and lung cancer (retroviral vector). 


The medical has contributed to transgenic 
research that is supported by government funding. In 
1991, the U.S. government provided $58 million for 
gene therapy research, with increases of $15-40 million 
dollars a year over the following four years. With 
fierce competition over the promise of major medical 
benefit in addition to huge profits, large pharmaceut- 
ical corporations moved to the forefront of transgenic 
research. 


Diseases targeted for treatment by gene 

therapy 

The potential scope of gene therapy is enormous. 
More than 4,200 diseases have been identified that 


result directly from defective genes. People suffering 
from cystic fibrosis lack a gene needed to produce a 
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salt-regulating protein. This protein regulates the flow 
of chloride into epithelial cells, which cover the air 
passages of the nose and lungs. Without this regula- 
tion, cystic fibrosis patients suffer from a buildup of 
thick mucus, which can cause lung infections and 
respiratory problems, which usually leads to death 
within the first 30 years of life. A gene therapy techni- 
que to correct this defect might employ an adenovirus 
to transfer a normal copy of what scientists call the 
cystic fibrosis transmembrane conductance regulator, 
or CTRF, gene. The gene is introduced into the patient 
by spraying it into the nose or lungs. 


Familial hypercholesterolemia is also an inherited 
disease, resulting in the inability to process cholesterol 
properly, which leads to high levels of artery-clogging 
fat in the blood stream. Patients often suffer heart 
attacks and strokes because of blocked arteries. 
A gene therapy approach that was still being investi- 
gated as of 2006 involves partially and surgically 
removing the patient’s liver (ex vivo transgene therapy). 
Corrected copies of a gene that serve to reduce choles- 
terol build-up are inserted into the liver sections, which 
are then transplanted back into the patient. 


Gene therapy has also been tested on AIDS 
patients. AIDS is caused by the human immunodefi- 
ciency virus (HIV), which weakens the body’s immune 
system to the point that sufferers are unable to fight 
off diseases such as pneumonia. An approach to treat 
AIDS is to insert genes into a patient’s bloodstream 
that have been genetically engineered to produce a 
receptor that would attract HIV and reduce its chan- 
ces of replicating. 


Several cancers also have the potential to be 
treated with gene therapy. A therapy that is currently 
being tested for the treatment of melanoma (a form of 
skin cancer), involves introducing a gene with an anti- 
cancer protein called tumor necrosis factor (TNF) into 
test tube samples of the patient’s own cancer cells, 
which are then reintroduced into the patient. In brain 
cancer, the approach is to insert a specific gene that 
increases the cancer cells susceptibility to a common 
drug used in fighting the disease. Gene therapy can 
also be used to treat diseases that involve dysfunc- 
tional enzymes. For example, Gaucher’s disease is an 
inherited disease caused by a mutant gene that inhibits 
the production of an enzyme called glucocerebrosi- 
dase. Gaucher patients have enlarged livers and 
spleens and eventually their bones fall apart. Clinical 
gene therapy trials focus on inserting the gene for 
producing this enzyme. 


Gene therapy is also being considered as an 
approach to solving a problem associated with a 
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surgical procedure known as angioplasty. In this pro- 
cedure, a type of tubular scaffolding is used to open a 
clogged artery. However, in response to the trauma of 
the scaffold insertion, the body often initiates a natu- 
ral healing process resulting in restenosis, or reclosing 
of the artery. The gene therapy approach to preventing 
this unwanted side effect is to cover the outside of the 
stents with a soluble gel. This gel is designed to contain 
vectors for genes that would reduce restenosis. 


The future of gene therapy 


There are many obstacles and ethical questions 
concerning gene therapy. For example, some retrovir- 
usal vectors, can also enter normal cells and interfere 
with the natural biological processes, possibly leading 
to other diseases. Other viral vectors, like the adeno- 
viruses, are often recognized and destroyed by the 
immune system so their therapeutic effects are short- 
lived. One of the primary limitations in gene therapy is 
that delivering a gene using a viral vector that can only 
undergo one round of infection (making it safer) may 
provide only temporary therapeutic value that lasts 
only as long as the corrected gene is expressed. As a 
result, some therapies need to be repeated often to 
provide long-lasting benefits. 


One of the most pressing issues, however, involves 
gene regulation. Several genes may play a role in turn- 
ing other genes on and off. For example, certain genes 
work together to stimulate cell division and growth, 
but if these are not regulated, the inserted genes could 
cause unregulated cell growth leading to the formation 
of a tumor. Another difficulty is learning how to make 
the gene be expressed in a regulated way. A specific 
gene should turn on, for example, when certain levels 
of a protein or enzyme are not sufficiently meeting 
cellular demands. This type of controlled regulation 
of gene expression for these delivered genes is very 
difficult to achieve. 


Ethical considerations in gene therapy 


While gene therapy holds promise as a revolu- 
tionary approach to treating disease, ethical concerns 
over its use and ramifications have been expressed. 
For example, it is difficult to determine the long-term 
effect of exposure to viral vectors and the effects these 
engineered viruses have on the human genome. 


As the technology develops and more mainstream 
applications become possible, it is likely that medically 
unrelated genetic traits might be the target of manip- 
ulation. For example, perhaps a gene could be intro- 
duced that prevents balding in males. Or what if 
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KEY TERMS 


Cells—The smallest living units of the body which 
together form tissues. 


Chromosomes—he structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. 


Clinical trial—The testing of a drug or some other 
type of therapy in a specific population of patients. 


Clone—A cell or organism derived through asexual 
reproduction, which contains the identical genetic 
information of the parent cell or organism. 


DNA—Deoxyribonucleic acid; the genetic material 
in acell. 


Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Eugenics—A social movement in which the popula- 
tion of a society, country, or the world is to be 
improved by controlling the passing on of hereditary 
information through selective breeding. 


Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 


genetic manipulation was used to alter skin color, 
prevent homosexuality, or to enhance physical attrac- 
tiveness and intelligence? Will this only be available to 
the rich? Gene therapy has been surrounded by more 
controversy and scrutiny in both scientists and the 
general public than many other technologies. 


As with every new medical technique, there are 
many potential dangers and unpredictable factors 
with gene therapy, which make its practical applica- 
tion risky. Even though every precaution is taken to 
prevent accidents, they sometimes do occur. Jesse 
Gelsinger, a 17 year-old boy suffering from the disease 
ornithine transcarbamylase (OTC) deficiency became 
the first tragic victim of gene therapy and died on 
September 17, 1999. He had volunteered to test the 
potential use of gene therapy in the treatment of OTC 
in young babies. His therapy consisted of an infusion 
of corrective genes, encased in a weakened adenovirus 
vector. Gelsinger suffered an unexpected chain reac- 
tion that resulted in his early death from multiple 
organ system failure. The reason for his extreme reac- 
tion to the treatment is suspected to have been an 
overwhelming inflammatory response to the viral 
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gene is a code for the production of a specific kind 
of protein or RNA molecule, and therefore for a 
specific inherited characteristic. 


Gene transcription—The process by which genetic 
information is copied from DNA to RNA. 


Genetic engineering—The manipulation of genetic 
material to produce specific results in an organism. 


Germ-line gene therapy—tThe introduction of genes 
into reproductive cells or embryos to correct 
inherited genetic defects that can cause disease. 


Macromolecules—A large molecule composed of 
thousands of atoms. 


Nucleus—The central part of a cell that contains 
most of its genetic material, including chromosomes 
and DNA. 


Protein—Macromolecules made up of long sequen- 
ces of amino acids. 


Somatic gene therapy—The introduction of genes 
into tissue or cells to treat a genetic related disease 
in an individual. 


Vectors—A molecular device to transport genes or 
DNA sequences into a cell or organ. 


vector, though the reason why is not known. 
Subsequent investigations revealed the deaths of six 
other gene therapy patients, some prior to Gelsinger, 
who were undergoing trials for the use of gene therapy 
in the treatment of heart conditions. Unlike Gelsinger, 
these latter six victims are thought to have died from 
complications stemming from their underlying ill- 
nesses rather than the gene therapy itself. 


In 2006, Italian researchers were successful in pre- 
venting the immune system from rejecting introduced 
DNA, which had long been a problem in gene therapy. 
With further refinement, the advancement may enable 
gene therapy to become routinely successful. 
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| Generator 


A generator is a machine by which mechanical 
energy is transformed into electrical energy. Genera- 
tors can be subdivided into two major categories, 
depending on whether the electric current they produce 
is alternating current (AC) or direct current (DC). Both 
types of generator work on the same basic principle, 
although the details of construction of the two differ. 
Generators can also be classified according to the 
source of the mechanical power (or prime mover) by 
which they are driven, such as water or steam power. 


Principle of operation 


The scientific principle on which generators oper- 
ate was discovered almost simultaneously in about 
1831 by the English chemist and physicist, Michael 
Faraday (1791-1867), and the American physicist, 
Joseph Henry (1797-1878). Imagine that a coil of 
wire is placed within a magnetic field, with the ends 
of the coil attached to some electrical device, such as a 
current meter. If the coil is rotated within the magnetic 
field, the current meter shows that a current has been 
induced within the coil. The magnitude of the induced 
current depends on three factors: the strength of the 
magnetic field, the length of the coil, and the speed 
with which the coil moves within the field. 


In fact, it makes no difference as to whether the 
coil rotates within the magnetic field or the magnetic 
field is caused to rotate around the coil. The important 
factor is that the wire and the magnetic field are in 
motion in relation to each other. In general, most DC 
generators have a stationary magnetic field and a 
rotating coil, while most AC generators have a sta- 
tionary coil and a rotating magnetic field. 


Alternating current (AC) generators 


In an electrical generator, the current meter men- 
tioned above would be replaced by some electrical 
device. For example, in an automobile, electrical cur- 
rent from the generator is used to operate headlights, 
the car radio, and other electrical systems within the 
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car. The ends of the coil are attached not to a galvan- 
ometer, then, but to slip rings or collecting rings. Each 
slip ring, in turn, is attached to a brush, through which 
electrical current is transferred from the slip ring to an 
external circuit. 


As the metal coil passes through the magnetic field 
in a generator, the electrical power produced con- 
stantly changes. At first, the generated electric current 
moves in one direction (as from left to right). Then, 
when the coil reaches a position where it is parallel to 
the magnetic lines of force, no current at all is pro- 
duced. Later, as the coil continues to rotate, it cuts 
through magnetic lines of force in the opposite direc- 
tion, and the electrical current generated travels in the 
opposite direction (as from right to left). 


Thus, a spinning coil in a fixed magnetic field of 
the type described here will produce an alternating 
current, one that travels in one direction for a moment 
of time, and then the opposite direction at the next 
moment of time. The rate at which the current 
switches back and forth is known as its frequency. 
The current used for most household devices, for 
example, is 60 hertz (60 cycles per second). 


The efficiency of a generator can be increased by 
substituting for the wire coil described above an arma- 
ture. An armature consists of a cylindrical iron core 
around which is wrapped a long piece of wire. The 
longer the piece of wire, the greater the electrical cur- 
rent that can be generated by the armature. 


Commercial generators 


One of the most important practical applications 
of generators is in the production of large amounts of 
electrical energy for industrial and residential use. The 
two most common prime movers used in operating AC 
generators are water and steam. Both of these prime 
movers have the ability to drive generators at the very 
high rotational speeds at which they operate most 
efficiently, usually no less than 1,500 revolutions per 
minute. 


Hydroelectric power (the power provided by run- 
ning water, as in large rivers) is an especially attractive 
power source since it costs nothing to produce. It has 
the disadvantage, however, that fairly substantial 
superstructures must be constructed in order to har- 
ness the mechanical energy of moving water and use it 
to drive a generator. 


The intermediary device needed in the generation 
of hydroelectric power is a turbine. A turbine consists 
of a large central shaft on which are mounted a series 
of fan-like vanes. As moving water strikes the vanes, it 
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KEY TERMS 


Alternating current—Electric current that flows 
first in one direction, then in the other; abbreviated 
AC. 


Armature—A part of a generator consisting of an 
iron core around which is wrapped a wire. 


Commutator—A split ring that serves to reverses 
the direction in which an electrical current flows 
in a generator. 


Direct current (DC)—Electrical current that always 
flows in the same direction. 


Prime mover—The energy source that drives a 
generator. 


Slip ring—The device in a generator that provides 
a connection between the armature and the 
external circuit. 


causes the central shaft to rotate. If the central shaft is 
then attached to a very large magnet, it causes the 
magnet to rotate around a central armature, generat- 
ing electricity that can then be transmitted for indus- 
trial and residential applications. 


Electrical generating plants also are commonly 
run with steam power. In such plants, the burning of 
coal, oil, or natural gas or the energy derived from a 
nuclear reactor is used to boil water. The steam thus 
produced is then used to drive a turbine which, in turn, 
propels a generator. 


Direct current (DC) generators 


An AC generator can be modified to produce 
direct current (DC) electricity also. The change requires 
a commutator. A commutator is simply a slip ring that 
has been cut in half, with both halves insulated from 
each other. The brushes attached to each half of the 
commutator are arranged so that at the moment the 
direction of the current in the coil reverses, they slip 
from one half of the commutator to the other. The 
current that flows into the external circuit, therefore, 
is always traveling in the same direction. 


See also Electromagnetic field; Electric current; 
Electrical power supply; Faraday effect. 
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Genetic code see Deoxyribonucleic acid 
(DNA) 


| Genetic disorders 


Genetic disorders refer to medical conditions that 
develop as the result of abnormalities in an individuals 
genetic material, usually that is inherited. Inheriting 
or developing a genetic disorder leads to a collection 
of clinical manifestations known as a syndrome. These 
clinical manifestations can vary from person to 
person with the same genetic defect or have similar 
presentations. 


Principles of genetic inheritance patterns 


Genetic information is packaged into chromosomes 
that are found in thecells nucleus, or DNA (deoxyribo- 
nucleic acid) containing organelle. Virtually every 
human cell has 46 chromosomes, except for the sperm 
and egg (reproductive cells) that each have 23 chromo- 
somes. Fertilization of the egg by the sperm results in a 
newly formed cell called the zygote. Each zygote receives 
23 chromosomes from the egg and 23 chromosomes 
from the sperm. All but one of the 23 chromosomes 
are called autosomes. The remaining chromosome is 
the sex chromosome and it is either an X or a Y. After 
these sex cells unite, gender is determined. Females have 
two X’s (XX), and males have one of each (XY). 
Females can only pass an X to their offspring, and 
males can pass either an X or a Y. Therefore, the male 
sperm is responsible for gender selection. 


The duplicated set of 22 autosomes, numbered 1 
through 22, are called homologous pairs in that there 
are two chromosome number | with similar genes and 
genetic material. Upon the near-completion of the 
Human Genome Project (HGP) in 2003, there are 
approximately 30,000 genes on all the chromosomes. 
Individual genes are made of deoxyribonucleic acid 
(DNA), which makes up the genetic code or alphabet 
that produces specific proteins. Proteins can play 
important structural and functional roles in the 
body. Each gene has a set locus, or position, on a 
particular chromosome. Identical genes that are 
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Down syndrome is a congenital disorder resulting from 
trisomy (three chromosomes instead of two) in pair 21. 
(Custom Medical Photo.) 


located on the same locus on corresponding chromo- 
somes are called alleles. 


A persons genotype represents the genes that they 
inherited. If is an autosomally inherited disease, the 
genotypes are written as a lower or an upper case letter 
A (such as AA, aa or Aa to represent both alleles 
known as the genotype), where capital letters define 
dominant genes and lower case letters define recessive 
genes. Genotypes are either homozygous or heterozy- 
gous. Having two identical alleles, such as AA or aa, 
makes the genotype homozygous for that locus. 
Having different alleles (for example, Aa) at a locus 
represents a heterozygous genotype. The observable 
features that characterize an individual are collectively 
called the phenotype. A phenotype can also extend to 
observable characteristics that can only be visualized 
with the help of a microscope or other equipment. 


Types of genetic inheritance 


There are many types of genetic disorders. 
Mendelian disorders are a group of disorders that 
are inherited either as an autosomal (through one of 
the 44 chromosomes, excluding the X or Y chromo- 
some) or X-linked (through the X chromosome) defect 
in a dominant or recessive pattern. Although most of 
them are commonly associated with inherited defects, 
many of them can involve spontaneous or de novo 
alterations in an individuals genetic material. There 
are also genetic disorders that have an unknown 
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etiology and the mechanisms for how a disease devel- 
ops have not been clearly elucidated. Some genetic 
disorders can be induced by environmental factors 
and are collectively called multifactorial disorders. 
Mitochondrial disorders involve disorders in the mito- 
chondrial genome and are inherited only from the 
mother. The mitochondria are tiny compartments 
found in almost every cell and has a distinct genome 
from the DNA found in the nucleus and is involved 
primarily in producing energy for all the tissues of the 
body. Finally, polygenic disorders mean that many 
genes act together to produce a genetic disease. 


Dominant and recessive 


A dominant gene means that a single allele can 
control whether the disease develops. If only one 
parent (usually affected) passes on an autosomal, 
defective gene, which results in the child having a 
genetic disorder, then the disorder is called autosomal 
dominant. A recessive gene means that there is enough 
normal protein product to function properly from the 
normal gene and, therefore, two copies of the defective 
gene are necessary for the disease to develop. If both 
parents are unaffected and they each pass on a defec- 
tive gene causing their child to be affected, then the 
genetic disorder is autosomal recessive. The parents 
are called carriers. For example, sickle-cell anemia 
is a recessive disorder characterized by abnormal 
hemoglobin production. The genetic defect involves 
a gene that produces hemoglobin. Although sickle- 
cell carriers produce, in part, abnormal hemoglobin, 
although they usually do not experience clinical man- 
ifestations since the normal hemoglobin produced 
from the normal gene is enough to function normally. 


However, Many other genetic disorders are caused 
by defects related to the sex chromosomes, or the X and 
Y chromosomes. If a defective gene on the X-chromo- 
some is inherited, it is called X-linked. Like autosomal 
disorders, X-linked genetic diseases also can be inher- 
ited by dominant and recessive mechanisms. X-linked 
dominant means that if the father passes on the defec- 
tive gene on his only X chromosome, all his offspring 
(which will be females) will be affected. If he passes on 
his Y chromosome, none of these males will be 
affected. Therefore, there is no male-to-male transmis- 
sion. If it is X-linked recessive, all daughters will be 
carriers. If the mother passes on a recessive X-linked 
gene, then all her sons will be affected and all her 
daughters will be carriers. Understanding the mecha- 
nisms by which genetic disorders are inherited are very 
important for interpreting recurrence risks. 


A variation of Mendelian patterns of inheritance 
is called incomplete dominance. Incomplete domi- 
nance occurs when both alleles are expressed. An 
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example of this is observed in Four-O-Clock flower- 
color. A white and a red phenotype are neither dom- 
inant nor recessive. If a flower is heterozygous and 
carries genes that produce both the white color and 
the red color, the flower color results in pink. Another 
variation is codominance. In incomplete dominance, 
the phenotype is a blending of the two different gene 
effects. In codominance, both gene variants are 
expressed at the same time, representing a third phe- 
notype. For example, a flower with alleles that can 
produce either white or red in the homozygote form 
will produce both colors in the heterozygote form 
expressed as spotted flowers. 


Genetic analysis 


Chromosomal analysis can be performed on cell 
samples from an individual, a technique called karyo- 
typing. A karyotype involves visualizing the chromo- 
somes using a specific dye and a high-resolution 
microscope. The chromosomes can be distinguished 
from one another in size and staining pattern. 
Corresponding chromosomes | through 22 and the 
sex chromosomes can be lined up and _ visually 
inspected for abnormalities. Any obvious defect can 
indicate a diseased state. Sometimes it is apparent that 
a part of one chromosome was incorrectly combined 
with a different chromosome during cellular division. 
This is called a translocation and represents a struc- 
tural abnormality. Numerical abnormalities occur 
when an extra chromosome is present. When more 
than 46 chromosomes are observed in chromosome, 
it is called aneuploidy. Most aneuploidies that occur 
are called trisomies which involve three homologous 
chromosomes, or the presence of extra chromosome. 
Numerical abnormalities are typically incompatible 
with life, with the exception of Trisomy 21 (Down 
Syndrome) and a few other rare genetic disorders. 


Dominant genetic disorders 


If one parent has an autosomal dominant disease, 
then offspring have a 50% chance of inheriting that 
disease. There are roughly 2,000 autosomal dominant 
disorders (ADDs) with effects that range from mild 
clinical manifestations to death. These diseases may 
develop early or late in life. ADDs include Huntington 
disease, Marfan syndrome (extra long limbs), 
achondroplasia (a type of dwarfism), some forms of 
glaucoma, most forms of porphyrias, and hypercho- 
lesterolemia (high bloodcholesterol). 


Huntington Disease is a late onset neurodegen- 
erative disease. It is characterized by progressive 
chorea (involuntary, rapid, jerky motions) and mental 
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deterioration that often develop after the fourth dec- 
ade of life, eventually leading to death approximately 
15 years later. The Huntington disease gene locus is on 
chromosome 4, and can be identified. 


Marfan syndrome is an ADD characterized by 
long arms, legs, and fingers. People with Marfan syn- 
drome also have a blue sclera that represents a hall- 
mark clinical feature that can be detected when 
observing the eyes. In addition, these individuals 
have a high incidence of eye and aortic heart problems. 
The elasticity of the vessels in the aorta are susceptible 
to rupture, which can cause death. Not all people with 
Marfan syndrome inherit it from a parent, about 15% 
of Marfan syndrome cases are caused by a spontane- 
ous mutation. 


Recessive genetic disorders 


Recessive genetic disorders (RGD) result from 
inheriting two defective recessive alleles of a gene, 
one from each parent. RGD often require careful 
molecular or biochemical genetic analyses to deter- 
mine carrier status. Hence, the birth of a child with a 
recessive disorder may surprise unknowing parents. 
The probability of two carrier or heterozygous parents 
having an affected child is 25% each time they con- 
ceive. The chance that they will have a heterozygous 
(carrier) child is 50% for each conception. And the 
chance of having an unaffected homozygous child is 
also 25% for each pregnancy. More than 1,000 RGDs 
have been identified and include: cystic fibrosis, phe- 
nylketonuria (PKU), galactosemia, retinoblastoma 
(Rb), albinism, sickle-cell anemia, thalassemia, Tay- 
Sachs disease, autism, growth hormone deficiency, 
adenosine deaminase deficiency, and Werner’s syn- 
drome (juvenile muscular dystrophy). 


A number of eye disorders are RGDs and 
are often associated with a mutant gene on chromo- 
some 13. The Retinoblastoma (Rb) gene was the first 
human gene found to cause cancer and the first human 
cancer gene in which its location on a chromosome 
was determined. Rb is a gene that can cause a tumor in 
the retina, called a retinoblastoma. Most retinoblasto- 
mas are inherited; however, in some cases, inheriting a 
mutation on one allele combined with a spontaneous 
mutation on the other allele can result in retinoblas- 
toma. Environmental carcinogens (cancer causing 
agents) can induce a spontaneous mutation. Other 
recessive eye disorders include myopia (nearsighted- 
ness), albinism, day blindness, displaced pupils, and 
dry eyes. 


Some RGDs affect people having a particular 
ethnic background. For example, cystic fibrosis (CF), 
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sickle-cell anemia (SCA), and Tay-Sachs disease (TSD) 
all have specific mutations in the gene that causes each 
disorder that are preferentially found in individuals of 
a certain ethnic background. CF is a common autoso- 
mal recessive disease in individuals of Northern 
European decent and one in every 25 people in this 
population is a carrier. SCA usually is most common 
in black and Hispanic populations; however, some 
mutations in the gene that causes SCA are also found 
in Italian, Greek, Arabian, Maltese, Southern Asian, 
and Turkish populations. About 1 in 12 blacks are 
carriers for SCA gene mutations in one of the two 
hemoglobin genes. Hemoglobin carries oxygen in red 
blood cells to tissues and organs throughout the body. 
SCA patients have red blood cells that live only a 
fraction of the normal life span of 120 days. The abnor- 
mal blood cells have a sickled appearance and cannot 
transport oxygen efficiently. TSD gene mutation car- 
riers are commonly found in Ashkenazi Jewish popu- 
lations and approximately 1 in 30 are carriers of a 
mutation. 


Galactosemia and PKU are examples of meta- 
bolic RGDs and are commonly called biochemical 
disorders. Both these disorders result from mutations 
in two different genes, both of which produce dysfunc- 
tional enzymes that are important in metabolism. 
Enzymes speed up chemical reactions and are essential 
for many cellular processes. People with galactosemia 
are enzyme deficient for Galactose-1-phosphate uridyl 
transferase, without which they can not metabolize 
galactose, a sugar found in milk. If milk and other 
galactose-containing food items are consumed, these 
individual cannot digest this compound properly and 
the result is severe developmental delay. Individuals 
that inherit PKU are deficient in the enzyme 
Phenylalanine hydroxylase, which is responsible for 
converting phenylalanine (an amino acid, a building 
block of protein) to tyrosine. The build-up of phenyl- 
alanine leads to severe developmental delay, and pre- 
venting clinical manifestations can be achieved by 
dietary modification. A phenylalanine-free diet con- 
taining sufficient amino acids is available for people 
diagnosed with PKU. Both of these metabolic disor- 
ders result from mutations in two different genes. 
Carriers are detected through a nationwide newborn 
screening programs, which differ in testing services 
from state to state. 


Adenoside deaminase deficiency another autoso- 
mal recessive genetic disorder that is also called severe 
combined immunodeficiency. It is caused by a single 
mutation on chromosome 20 in a gene that encodes an 
enzyme important for proper functioning of the 
immune system. Adenosine deaminase converts, or 
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breaks down, a small molecule called adenosine. 
Gene therapy has been successful in delivering a nor- 
mal gene and prevents the damaging effects of adeno- 
sine on specific cells important for immune system 
function. 


X-Linked genetic disorders 


X-linked genetic disorders (XLGDs) can be either 
dominant or recessive. Dominant XLGDs affect 
females and males. Dominant XLGD’s include: 
Albright’s hereditary osteodystrophy (seizures, mental 
retardation, stunted growth), Goltz’s syndrome (mental 
retardation), cylindromatosis (deafness and upper body 
tumors), oral-facial-digital syndrome (no teeth, cleft 
tongue, some mental retardation), and incontinentia 
pigmenti (abnormal swirled skin pigmentation). 


Recessive XLGDs are passed to sons through their 
mothers, who are carriers. Often, a carrier mother will 
have an affected male relative. Major XLGDs include: 
severe combined immune deficiency syndrome (SCID), 
color blindness, hemophilia, Duchenne’s muscular dys- 
trophy (DMD), some spinal ataxias, and Lesch-Nyhan 
syndrome. Of these XLGDs, approximately one-third 
results from a spontaneous mutation. Of these disor- 
ders, color blindness is the most benign. 


Hemophilia is a more serious XLGD caused by 
failure of one of the clotting proteins, which serves to 
prevent an injured person from bleeding to death. 
Hemophilia A is the most severe form of this disease, 
and is characterized by extreme bleeding. It primarily 
affects males, although a few females can develop 
symptoms. This disease has been associated with roy- 
alty, as England’s queen Victoria was a carrier and 
her descendants became rulers in several European 
countries. 


Multi-factorial genetic disorders 


Statistics and twin studies are often used to deter- 
mine the genetic basis for multi-factorial genetic disor- 
ders (MFGDs). Because environment can play an 
important role in the development of these diseases, 
identical and fraternal twins who have been raised in 
different homes are ideally studied. MFGD include 
some disorders associated with diet and metabolism, 
such as obesity, diabetes, alcoholism, rickets, and high 
blood pressure. And, the tendency of contracting cer- 
tain infections such as measles, scarlet fever, and tuber- 
culosis can be considered MFGDs. In addition, 
schizophrenia and some other psychological illnesses 
represent as well as congenital hip, club foot, and cleft 
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lip are also inherited in this manner. Cancer, where the 
risk is associated with the environmental exposure, also 
falls into this class of disorders. Certain breast, colon, 
skin, and small-cell lung cancers have been shown to 
have a genetic link. Certain genes predisposed people to 
a certain type of cancer and this risk is enhanced when 
there is a specific environmental exposure. This sus- 
ceptibility is influenced by inherited variations in 
genes, which encode proteins that may be more or 
less functional. For example, if the protein is involved 
in the metabolism of a cancer-causing substance and an 
individual inherits a variation in the gene sequence, this 
might affect the function of the protein it encodes. If it 
reduced its function, this might lead to more damaging 
effects of the cancer causing substance. 


Aneuploidy 


The two most common aneuploidies, trisomies and 
extra sex chromosomes, can be due to maternal or 
paternal factors including advanced age. A number of 
aneuploidies can be attributed to dispermy, or when 
two sperm fertilizes one egg. The resulting genetic dis- 
orders can result in a spontaneous mutation. Live-born 
children with autosomal aneuploidies can have trisomy 
13, 18, or 21, and all have some form of developmental 
delay, while trisomy of any other chromosome is usu- 
ally always fatal. Trisomy 13 (Patau’s syndrome) is 
characterized by retarded growth, cleft lip, small head 
and chin, and often polydactyly. Trisomy 18 (Edward’s 
syndrome) is marked by severe, variable abnormalities 
of the head, thumbs, ears, mouth, and feet. Trisomy 21 
(Down’s syndrome) occurs equally in all ethnic groups, 
and is closely related to increased maternal age. 


Aneuploidy of the sex chromosomes can cause 
abnormal genital development, sterility, and other 
growth problems. The most common aberrations 
involve multiple X chromosome syndromes. Males 
with an XXY aneuploidy have Klinefelter’s syndrome, 
and have small testes and typically no sperm. 
Hermaphrodites are individuals that have both male 
and female genitals, are extremely rare, and result 
from cell lines that have two different chromosome 
patterns with both XX and XY cells. 


Genetic screening 


Genetic tests are available and can reveal varying 
degrees of genetic information depending on the test. 
Most of these tests are performed by isolating chro- 
mosomes or by measuring a protein product that is 
excreted in the urine to test for biochemical defects. 
These tests can be used prior to conception to 
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KEY TERMS 


Allele—Any of two or more alternative forms of 
a gene that occupy the same location on a 
chromosome. 


Chromosomes—tThe structures that carry genetic 
information in the form of DNA. Chromosomes 
are located within every cell and are responsible 
for directing the development and functioning of all 
the cells in the body. 


Dominant trait—A trait which can manifest when 
inherited from one parent. 


Gene—A discrete unit of inheritance, represented 
by a portion of DNA located on a chromosome. 
The gene is a code for the production of a specific 
kind of protein or RNA molecule, and therefore for 
a specific inherited characteristic. 


Heterozygote—A person possessing two non-iden- 
tical alleles. 


Homozygote—A person possessing two identical 
alleles. 


Multifactorial trait—A trait that results from both 
genetic and environmental influences. 


Recessive trait—A trait that is not expressed in 
heterozygotes but is expressed if two defective 
genes are inherited by carrier parents. 


Sclera—White of the eye. 


X-Linked trait—A trait that is inherited due to muta- 
tions in genes on the X-chromosome. 


determine a couple’s risk for having an affected 
child, during pregnancy, at birth or later in life. 


The most successful wide-spread test for genetic 
disorders is the newborn program that tests for dis- 
eases such as PKU. Newborn screening for hypothyr- 
oidism and galactosemia are also performed in several 
states. Prenatal testing in embryos and fetuses include 
chorionic villus sampling (CVS), amniocentesis, and 
ultrasound. CVS can detect Down syndrome, hemo- 
philia, DMD, CF, SCA, and sex chromosomal aber- 
rations. Amniocentesis can detect Tay-Sachs disease, 
Down syndrome, hemophilia, spina bifida, and other 
abnormalities. Ultrasound is used to visualize the 
developing baby; it can detect spina bifida, anence- 
phaly (no brain), and limb deformities. 


Genetic counseling and testing can help people 
find out if they carry the gene for some disorders, or 
whether they will develop a late-onset genetic disorder 


1893 


SAIPAOSIP IIJOUV") 


Genetic engineering 


themselves. Genetic probes can identify the genes for 
Huntington’s disease, cystic fibrosis, Tay-Sachs, 
sickle-cell, thalassemia, and abnormalities associated 
with growth hormone. Genetic testing capabilities 
increase each year as additional genetic disorders are 
better characterized and the gene localization and 
protein function is determined. 


See also ADA (adenosine deaminase) deficiency; 
Albinism; Birth defects; Embryo and embryonic 
development. 
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l Genetic engineering 


Genetic engineering is the alteration of genetic 
material in living things with the aim of producing 
new substances or creating new functions. The techni- 
que first became practical in the 1970s. Earlier, in the 
1950s, scientists first discovered the structure of DNA 
molecules and learned how these molecules store and 
transmit genetic information. Largely as a result of the 
pioneering work of James Watson and Francis Crick, 
scientists were able to discover the sequence of nitro- 
gen bases that constitute the particular DNA molecule 
codes for the manufacture of particular chemical 
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compounds. This is the sequence that acts as an 
“instruction manual” for all cell functions. Certain 
practical consequences of that discovery were imme- 
diately apparent. Suppose that the base sequence T-G- 
G-C-T-A-C-T on a DNA molecule carries the instruc- 
tion “make insulin.” (The actual sequence for such a 
message would in reality be much longer). The DNA 
in the cells of the islets of Langerhans in the pancreas 
would normally contain that base sequence—since the 
islets are the region in which insulin is produced in 
mammals. It should be noted, however, that the base 
sequence carries the same message no matter where it 
is found. If a way could be found to insert that base 
sequence into the DNA of bacteria, for example, then 
those bacteria would be capable of manufacturing 
insulin. 


Although the concept of gene transfer is relatively 
simple, its actual execution presents considerable tech- 
nical obstacles. The first person to surmount these 
obstacles was the American biochemist Paul Berg, 
often referred to as the “father of genetic engineering.” 
In 1973, Berg developed a method for joining the 
DNA from two different organisms: a monkey virus 
known as SV40 and a virus known as lambda phage. 
The accomplishment was extraordinary; however, 
scientists realized that Berg’s method was too labori- 
ous. A turning point in genetic engineering came 
later that year, when Stanley Cohen at Stanford and 
Hubert Boyer at the University of California at San 
Francisco discovered an enzyme that greatly increased 
the efficiency of the Berg procedure. The gene transfer 
technique developed by Berg, Boyer, and Cohen 
forms the basis of much of contemporary genetic 
engineering. 


This technique requires three elements: the gene to 
be transferred, a host cell in which the gene is to be 
inserted, and a vector to effect the transfer. Suppose, 
for example, that one wishes to insert the insulin in a 
bacterial cell. The first step is to obtain a copy of the 
insulin gene. This copy can be obtained from a natural 
source (from the DNA in islets of Langerhans cells, for 
example), or it can be manufactured in a laboratory. 
The second step is to insert the insulin gene into the 
vector. The most common vector is a circular form of 
DNA known as a plasmid. Scientists have discovered 
enzymes that can “recognize” certain base sequences 
ina DNA molecule and cut the molecule open at these 
locations. In fact, the plasmid vector can be cleaved at 
almost any point chosen by the scientist. Once the 
plasmid has been cleaved, it is mixed with the insulin 
gene and another enzyme that has the ability to glue the 
DNA molecules back together. In this particular case, 
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however, the insulin gene attaches itself to the plasmid 
before the plasmid is re-closed. The hybrid plasmid now 
contains the gene whose product (insulin) is desired. It 
can be inserted into the host cell, where it begins to 
function as a bacterial gene. In this case, however, in 
addition to normal bacterial functions, the host cell is 
also producing insulin, as directed by the inserted gene. 
Because of the nature of the procedure, this method is 
sometimes referred to as gene splicing; and since the 
genes have come from two different sources have been 
combined with each other, the technique is also called 
recombinant DNA (rDNA) research. 


The possible applications of genetic engineering 
are virtually limitless. For example, rDNA methods 
now enable scientists to produce a number of products 
that were previously available only in limited quanti- 
ties. Until the 1980s, for example, the only source of 
insulin available to diabetics was found in animals 
slaughtered for meat and other purposes, and the 
supply was never high enough to provide a sufficient 
amount of affordable insulin for diabetics. In 1982, 
however, the U.S. Food and Drug Administration 
approved insulin produced by genetically altered 
organisms, the first such product to become available. 
Since 1982, a number of additional products, including 
human growth hormone, alpha interferon, interleukin- 
2, factor VIII, erythropoietin, tumor necrosis factor, 
and tissue plasminogen activator have been produced 
by rDNA techniques. 


The commercial potential of genetically products 
was not lost on entrepreneurs in the 1970s. Some per- 
sons believed, furthermore, that the impact of rDNA 
on American technology would be comparable to that 
of computers in the 1950s. In many cases, the first 
genetic engineering firms were founded by scientists 
involved in fundamental research. Boyer, for example, 
joined the venture capitalist Robert Swanson in 1976 to 
form Genetech (Genetic Engineering Technology). 
Other early firms like Cetus, Biogen, and Genex were 
formed similarly through the collaboration of scientists 
and businesspeople. 


The structure of genetic engineering (biotechnol- 
ogy) firms has, in fact, long been a source of contro- 
versy. Many have questioned the scientists’ right to 
make a personal profit by running companies which 
benefit from research that had been carried out at 
publicly-funded universities. 


The early 1990s saw the creation of formalized 
working relations between universities, individual 
researchers, and the corporations founded by these indi- 
viduals. However, despite these arrangements, many 
ethical disputes remained, and remain, unresolved. 
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One of the most exciting—and least controversial— 
potential applications of genetic engineering involves 
the treatment of genetic disorders. Medical scientists 
know of about 3,000 disorders that arise because of 
errors in individuals DNA. Conditions such as sickle- 
cell anemia, Tay-Sachs disease, Duchenne muscular 
dystrophy, Huntington’s chorea, cystic fibrosis, and 
Lesch-Nyhan syndrome result from the mistaken inser- 
tion, omission, or change of a single nitrogen base in a 
DNA molecule. Genetic engineering enables scientists 
to provide individuals lacking a particular gene with 
correct copies of that gene. If and when the correct 
gene begins functioning, the genetic disorder may be 
cured. This procedure is known as human gene therapy 
(HGT). 


The first approved trials of HGT with human 
patients began in the 1980s. One of the most promising 
sets of experiments involved a condition known as 
severe combined immune deficiency (SCID). In 1990, a 
research team at the National Institutes of Health (NIH) 
led by W. French Anderson attempted HGT on a four- 
year-old SCID patient, whose condition was associated 
with the absence of the enzyme adenosine deaminase 
(ADA). The patient received about a billion cells con- 
taining a genetically engineered copy of the ADA gene 
that his body lacked. Another instance of HGT was a 
procedure, approved in 1993 by NIH, to introduce nor- 
mal genes into the airways of cystic fibrosis patients. 


Human gene therapy is the source of great con- 
troversy among scientist and non-scientists alike. Few 
individuals maintain that the HGT should not be 
used. If we could wipe out sickle-cell anemia, most 
agree, we should certainly make the effort. But HGT 
raises other concerns. If scientists can cure genetic 
disorders, they can also design individuals in accord- 
ance with the cultural and intellectual fashions of the 
day. Will humans know when to say “enough” to the 
changes that can be made with HGT? 


Genetic engineering also promises a revolution in 
agriculture. Recombinant DNA techniques enable sci- 
entists to produce plants that are resistant to herbi- 
cides and freezing temperatures, that will take longer 
to ripen, that will convert atmospheric nitrogen to a 
form they can use, that will manufacture a resistance 
to pests, and so on. By 1988, scientists had tested more 
than two dozen kinds of plants engineered to have 
special properties such as these. As with other aspects 
of genetic engineering, however, these advances have 
been controversial. The development of herbicide- 
resistant plants means that farmers will use still larger 
quantities of certain herbicides. How sure can we be, 
others ask, about the risks to the environment posed 
by the introduction of engineered plants? 
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See also ADA (adenosine deaminase) deficiency; 
Birth defects; Diabetes mellitus; Gene splicing; Gene- 
tic disorders; Genetics. 
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| Genetic identification of 


microorganisms 


The advent of molecular technologies and the 
application of genetic identification in clinical and 
forensic microbiology have greatly improved the capa- 
bility of laboratories to detect and specifically identify 
an organism quickly and accurately. 


In the wake of the 2001 anthrax attacks utilizing 
the United States mail, a great deal of investigative 
attention turned to identification of the source of the 
anthrax used in the attacks. Scientists continue to 
track the source of the anthrax utilizing genetic iden- 
tification principles, techniques, and technologies. 


The genetic identification of microorganisms 
utilizes molecular technologies to evaluate specific 
regions of the genome and uniquely determine to 
which genus, species, or strain a microorganism 
belongs. This work grew out of the similar, highly 
successful applications in human identification using 
the same basic techniques. Thus, the genetic identifi- 
cation of microorganisms has also been referred to a 
microbial fingerprinting. 

Genetic identification of microorganisms is basi- 
cally a comparison study. To identify an unknown 
organism, appropriate sequences from the unknown 
are compared to documented sequences from known 
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organisms. Homology between the sequences results 
in a positive test. An exact match will occur when the 
two organisms are the same. Related individuals have 
genetic material that is identical for some regions 
and dissimilar for others. Unrelated individuals will 
have significant differences in the sequences being 
evaluated. Developing a database of key sequences 
that are unique to and characteristic of a series of 
known organisms facilitates this type of analysis. 
The sequences utilized are derived from the transcrip- 
tionally active, coding regions of the genome or are 
present in inactive, noncoding regions. Of the two, the 
noncoding genomic material is more susceptible to 
mutation and will therefore show a higher degree of 
variability. 


Depending on the level of specificity required, an 
assay can provide information on the genus, species, 
and/or strain of a microorganism. The most basic type 
of identification is classification to a genus. Although 
this general identification does not discriminate 
between the related species that comprise the genus, 
it can be useful in a variety of situations. For example, 
if a person is thought to have tuberculosis, a test to 
determine if Mycobacterium cells (the genus that 
includes the tuberculosis causing organism) are 
present in a sputum sample will most likely confirm 
the diagnosis. However, if there are several species 
within a genus that cause similar diseases but that 
respond to entirely different drugs, it would then be 
critical to know exactly which species is present for 
proper treatment. A more specific test using genomic 
sequences unique to each species would be needed for 
this type of discrimination. 


In some instances, it is important to take the 
analysis one step further to detect genetically distinct 
subspecies or strains. Variant strains usually arise as a 
result of physical separation and evolution of the 
genome. If one homogeneous sample of cells is split 
and sent to two different locations, over time, changes 
(mutations) may occur that will distinguish the two 
populations as unique entities. The importance of this 
issue can be appreciated when considering tuberculo- 
sis. Since the late 1980s, there has been a resurgence of 
this disease accompanied by the appearance of several 
new strains with antimicrobial resistance. The use of 
genetic identification for rapid determination of which 
strain is present has been essential to protect health 
care workers and provide appropriate therapy for 
affected individuals. 


The tools used for genetic studies include standard 
molecular technologies. Total sequencing of an organ- 
ism’s genome is one approach, but this method is time 
consuming and expensive. Southern blot analysis can 
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be used, but has been replaced by newer technologies 
in most laboratories. Solution-phase hybridization 
using DNA probes has proven effective for many 
organisms. In this procedure, probes labeled with a 
reporter molecule are combined with cells in solution 
and upon hybridization with target cells, a chemilumi- 
nescent signal that can be quantitated by a luminom- 
eter is emitted. 


A variation of this scheme is to capture the target 
cells by hybridization to a probe followed by a second 
hybridization that results in precipitation of the cells 
for quantitation. These assays are rapid, relatively 
inexpensive and highly sensitive. However, they 
require the presence of a relatively large number of 
organisms to be effective. Amplification technologies 
such as PCR (polymerase chain reaction) and LCR 
(ligase change reaction) allow detection of very low 
concentrations of organisms from cultures or patient 
specimens such as blood or body tissues. Primers are 
designed to selectively amplify genomic sequences 
unique to each species, and, by screening unknowns 
for the presence or absence these regions, the unknown 
is identified. Multiplex PCR has made it possible to 
discriminate between a number of different species ina 
single amplification reaction. For viruses with a RNA 
genome, RT-PCR (reverse transcriptase PCR) is 
widely utilized for identification and quantitation. 


The anthrax outbreak in the United States in the 
fall of 2001 illustrated the significance of these technol- 
ogies. Because an anthrax infection can mimic cold or 
flu symptoms, the earliest victims did not realize they 
were harboring a deadly bacterium. After confirmation 
that anthrax was the causative agent in the first death, 
genetic technologies were utilized to confirm the pres- 
ence of anthrax in other locations and for other poten- 
tial victims. Results were available more rapidly than 
would have been possible using standard microbiolog- 
ical methodology and appropriate treatment regimens 
could be established immediately. Furthermore, unaf- 
fected individuals are quickly informed of their status, 
alleviating unnecessary anxiety. 


The second stage of the investigation was to locate 
the origin of the anthrax cells. The evidence indicated 
that this event was not a random, natural phenom- 
enon, and that an individual or individuals had most 
likely dispersed the cells as an act of bioterrorism. In 
response to this threat, government agencies collected 
samples from all sites for analysis. A key element in the 
search was the genetic identification of the cells found 
in patients and mail from Florida, New York, and 
Washington, DC. The PCR studies clearly showed 
that all samples were derived from the same strain of 
anthrax, known as the “Ames strain” since the cell line 
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was established in Iowa. Although this strain has been 
distributed to many different research laboratories 
around the world, careful analysis revealed minor 
changes in the genome that allowed investigators to 
narrow the search to about fifteen United States labo- 
ratories. Total genome sequencing of these fifteen 
strains and a one-to-one base comparison with the 
lethal anthrax genome may detect further variation 
that will allow a unique identification to be made. 
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Genetic mapping see Chromosome mapping 


l Genetic testing 


Genetic testing examines the genetic information 
contained inside a person’s cells to determine if that 
person has or will develop a certain disease or could 
pass a disease to his or her offspring. The use of genetic 
information to predict future onset of disease in an 
asymptomatic (presymptomatic) person is called pre- 
dictive genetic testing. 


Laboratory testing techniques 


A variety of laboratory techniques is used to 
examine genes or markers near genes. Direct analysis 
of an individual’s specific genes can determine if the 
individual suffers from diseases such as cystic fibrosis 
and sickle cell anemia. Indirect testing has to be done 
for certain diseases because the gene has not been 
directly identified, but are known to lie in a specific 
region of a chromosome. 


There are many types of genetic testing: 


- Carrier identification includes genetic tests used by 
couples whose families have a history of recessive 
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genetic disorders and are considering having chil- 
dren. Three common tests include those for cystic 
fibrosis, Tay-Sachs disease, and sickle cell anemia. 


Prenatal diagnosis is genetic testing of the fetal cells 
from the mother’s womb. This may be done when 
there is a risk that they mother may be carrying a 
child with genes associated with diseases that could 
cause some physical abnormality or mental retarda- 
tion. Down Syndrome is one of the most common 
diseases screened by this method. 


Newborn screening is frequently done as a preventative 
health measure. Tests usually have clear benefits to 
the newborn because treatment is available. Phenylke- 
tonuria and congenital hypothyroidism are conditions 
for which testing is conducted in all 50 states. 


Late-onset disorders include adult disorders such as 
cancer and heart disease. Genetic diseases may indi- 
cate a susceptibility or predisposition for these dis- 
eases. Diseases such as Huntington’s disease which 
are seen only later in life are caused by single genes. 


Family information 


Every aspect of humans is influenced by both 
genes and the environment. In the future, a strategy 
for influencing development may be to alter genes. At 
present, the environment in which genes act can some- 
times be changed, and thereby moderate their impact 
(taking medications or avoiding specific hazards, for 
example). Sometimes there is no known way to change 
the deterministic power of a gene, though with 
increased knowledge of its workings there is always 
hope for future interventions. Whether or not the 
course of a disease can be altered, predictive informa- 
tion is increasingly available, and some people choose 
knowledge over uncertainty. 


For generations, people have used family informa- 
tion to anticipate outcomes for themselves. Insurers 
consider parental age and cause of death for actuarial 
tables. Evolution in knowledge has been from informa- 
tion with considerable associated uncertainty to that 
with greater predictive capacity. Huntington disease 
(HD) became the prototype for predictive testing and 
serves to illustrate. 


HD is a neurological disease with onset of symp- 
toms usually during adulthood. It is inherited as an 
autosomal dominant trait; someone with an affected 
parent has a 50/50 chance of eventually developing the 
disease. The HD gene was the first human gene to be 
linked to an otherwise anonymous DNA (deoxyribo- 
nucleic acid) marker (a restriction fragment length 
polymorphism, called G8), and long before the gene 
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itself was identified, this marker and others like it 
became powerful predictive tools. Families in which 
HD was segregating were studied to determine which 
variant of the marker was tracking with the mutant 
HD gene; once that relationship was established, the 
marker(s) could be used to test family members who 
wished to know their genetic status. This indirect 
approach to testing was associated with some proba- 
bility of error, since the markers were only close to the 
gene, not within it. With discovery in 1993 of the gene 
responsible for HD, a direct assay was immediately 
possible, with or without access to samples from other 
family members, and results became highly predictive. 


The laboratory advances made access to this 
information possible, but it was quickly recognized 
that great care would be needed in the application 
of such knowledge to individuals at risk. A large 
Canadian collaborative study of predictive testing for 
HD, initiated in the late 1980s, has been particularly 
informative for assessing the impact of such informa- 
tion on individuals and families and developing guide- 
lines for the practice of predictive medicine, including 
the need for supportive counseling and follow-up. 
Lessons from experience with this relatively obscure 
disorder were soon applied to other late-onset diseases 
for which predisposing mutations were identified. 
Notable in this context are inherited cancers such as 
familial breast cancer or colon cancer, other neuro- 
logical disorders such as spino-cerebellar ataxias 
(including Machado-Joseph Disease), and familial 
Alzheimer disease. Common afflictions such as heart 
disease, diabetes, and arthritis will eventually be ame- 
nable to similar investigations. 


The Human Genome Project (HGP) recognized 
the need for ethical considerations to match scientific 
advances, and its mandate includes significant support 
for research into ethical, legal and social issues. This 
activity has set new standards for the application of 
knowledge, respecting public concerns about the 
implications of new technologies. The opportunity to 
know ones genetic destiny has potential risks that 
must be mitigated in order for the benefits to be real- 
ized. Once the predictive test for HD was available, it 
was soon apparent that not everyone at risk wished to 
be tested. The right not to know is a significant issue. 
The genetic nature of these diseases adds complica- 
tion, because information revealed about one individ- 
ual may secondarily imply information about other 
family members, and individual choices will impact 
others in the family network. Acting upon respect for 
individual autonomy, early guidelines have advised 
against the testing of children for late-onset disorders 
in the absence of preventive options. In countries 
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without universal health care, insurance implications 
of predictive testing are huge. Will people be required 
to submit a clean genetic bill of health in order to 
secure health or life insurance? 


Costs of genetic tests 


The cost of genetic tests varies: chromosome stud- 
ies can cost hundreds of (U.S.) dollars and certain gene 
studies can cost thousands of (U.S.) dollars. Insurance 
coverage also varies with the company and the policy. 


Direct DNA mutation analysis examines DNA 
for specific gene mutations. Some genes contain 
more than 100,000 bases and a mutation of any one 
base can make the gene nonfunctional and cause dis- 
ease. The more mutations possible, the less likely it is 
for a test to detect all of them. This test is usually done 
on white blood cells from a person’s blood. The test 
begins by using chemicals to separate DNA from the 
rest of the cell. Next, the two strands of DNA are 
separated by heating. Special enzymes (called restric- 
tion enzymes) are added to the single strands of DNA, 
then act like scissors, and cut the strands in specific 
places. The DNA fragments are then sorted by size 
through a process called electrophoresis. A special 
piece of DNA, called a probe, is added to the frag- 
ments. The probe is designed to bind to specific 
mutated portions of the gene. When bound to the 
probe, the mutated portions appear on x-ray film 
with a distinct banding pattern. 


A technique called linkage analysis is used for indi- 
rect tests, and requires additional DNA from a family 
member of the affected individual for comparison. 


Family linkage studies are done to study a disease 
when a mutated gene’s general location on a chromo- 
some is known but its identity is not. These studies are 
possible when a chromosome marker has been found 
associated with a disease. Chromosomes contain cer- 
tain regions that vary in appearance between individ- 
uals. These regions are called polymorphisms. If a 
polymorphism is always present in family members 
with the same genetic disease, and absent in family 
members without the disease, it is likely that the gene 
responsible for the disease is near that polymorphism. 
The gene mutation can be indirectly detected in family 
members by looking for the polymorphism. 


To look for the polymorphism, DNA is isolated 
from cells in the same way it is for direct DNA muta- 
tion analysis. A probe is added that will detect the 
large polymorphism on the chromosome. When 
bound to the probe, this region will appear on x-ray 
film with a distinct banding pattern. The pattern of 
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banding of a person being tested for the disease is 
compared to the pattern from a family member 
affected by the disease. 


Linkage studies have disadvantages not found in 
direct DNA mutation analysis. These studies require 
multiple family members to participate in the testing. 
If important family members choose not to partici- 
pate, the incomplete family history may make testing 
other members useless. The indirect method of detect- 
ing a mutated gene also causes more opportunity for 
error. 


Genetic testing is a complex process, and the 
results are dependent on reliable laboratory proce- 
dures and accurate interpretation of results. The tests 
also vary in their sensitivity, making interpretation of 
the test a very complex process even for trained health- 
care professionals. 


Genetic counseling aims to facilitate the exchange 
of information regarding a person’s genetic legacy. It 
attempts to: 


- Accurately diagnose a disorder, 


Assess the risk of recurrence in the concerned family 
members and their relatives, 


- Provide alternatives for decision-making, and 


- Provide support groups that will help family mem- 
bers cope with the recurrence of a disorder. 


Human Genome Project 


The Human Genome Project (HGP), which pub- 
lished its accomplishments in 2003, basically finished 
its goal to identify the approximate 30,000 genes in the 
human body. Later, in May 2006, the HGP sequenced 
the last chromosome, another major milestone of the 
project. With those genes identified and approxi- 
mately 5,000 disorders caused by genetic defects, 
genetic counseling is important in the medical disci- 
pline of obstetrics. Genetic counselors, educated in the 
medical and the psychosocial aspects of genetic dis- 
eases, convey complex information to help people 
make life decisions. There are limitations to the 
power of genetic counseling, though, since many of 
the diseases that have been shown to have a genetic 
basis currently offer no cure (for example, Down syn- 
drome or Huntington’s disease). Although a genetic 
counselor cannot predict the future unequivocally, he 
or she can discuss the occurrence of a disease in terms 
of probability. 


A genetic counselor, with the aid of the patient or 
family, creates a detailed family pedigree that includes 
the incidence of disease in first-degree (parents, siblings, 
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and children) and second-degree (aunts, uncles, and 
grandparents) relatives. Before or after this pedigree is 
completed, certain genetic tests are performed using 
DNA analysis, x ray, ultrasound, urine analysis, skin 
biopsy, and physical evaluation. For a pregnant 
woman, prenatal diagnosis can be made using amnio- 
centesis or chorionic villus sampling. 


An important aspect of the genetic counseling 
session is the compilation of a family pedigree or 
medical history. To accurately assess the risk of 
inherited diseases, information on three generations, 
including health status and/or cause of death is usually 
needed. If the family history is complicated informa- 
tion from more distant relatives may be helpful, and 
medical records may be requested for any family mem- 
bers who have had a genetic disorder. Through an 
examination of the family history, a counselor may 
be able to discuss the probability of future occurrence 
of genetic disorders. In all cases, the counselor pro- 
vides information in a non-directive way that leaves 
the decision-making up to the client. 


Eventually, there will be effective therapeutic inter- 
ventions for diseases such as HD and Alzheimer dis- 
ease, individually tailored to the needs of those at risk. 
Until then, there will be controversy over the practice 
of predictive testing, but many will continue to choose 
knowledge and maintain hope for the future. 


See also Archaeogenetics; Chromosomal abnor- 
malities; Medical genetics; Pharmacogenetics. 
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[ Genetically modified foods 


and organisms 


While the term genetically modified organisms 
has arisen within the past decade, humans have for 
centuries been using microorganisms to make prod- 
ucts like beer and cheese, and plants and animals have 
been carefully bred to improve the quality and quan- 
tity of the food supply. The elucidation of the structure 
of DNA and the development of the discipline of 
molecular biology has made possible the accurate 
insertion or removal specific genes into or out of the 
DNA of particular organisms. This enables the design 
organisms with specific desirable characteristics and 
the ability to understand which genes control the 
growth, reproduction, and aging and disease suscept- 
ibility of plants and animals. 


Aside from foods, genetically modified organisms 
are making their way into other commercial venues. 
For example, the forestry industry is actively utilizing 
molecular biology to generate trees capable of faster 
and straighter growth. 


The use of genetically modified organisms in 
agriculture has expanded at a rapid rate in key agri- 
cultural exporting countries in the past decade. 
Countries where transgenic crops are in advanced 
stages of field-testing or commercialization include 
the United States, Argentina, Brazil, China, South 
Africa, Canada, and Australia. The global area 
devoted to transgenic crops has increased from 1.7 
hectares in 1996, to 27.8 hectares in 1998, to 67.7 
million hectares in 2003. In North America, the use 
of genetically modified cotton, soybean and canola 
now represents some 50 percent of the total acreage. 
Even the European Union, long an opponent of the 
production of transgenic crops and the sale of foods 
containing transgenic varieties, is lessening its opposi- 
tion. In September, 2004, the European Commission 
approved the cultivation of some genetically modified 
seed corn in Europe. 


Genetically modified organisms have generated 
considerable debate. 


Critics on one side of the debate contend that 
number of countries without a strong scientific 
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infrastructure fear genetically modified foods. Others 
countries with advanced scientific and medical 
research infrastructure, (e.g., France and other 
European Union countries) have passed laws regulat- 
ing genetically modified organisms for economic and 
political reasons (e.g. as a form of protectionism for 
their less progressive agricultural systems.) In 2001 
and 2002, European countries, including France and 
Germany, pushed for tough European Union rules 
regulating the sale of genetically modified foods. The 
US State Department branded the news rules as 
“unnecessary” and without scientific merit. The US 
has already warned that a trade war over “biotechnol- 
ogy foods” might develop if the European Union fails 
to lift blocks to imports. 


In 2002, reports surfaced that French scaremon- 
gering concerning genetically modified foods caused 
several African countries fighting starvation to reject 
genetically modified food supplements that would 
have reduced starvation and death rates. 


On the other side of the debate, critics argue that 
the impact of these totally new organisms on the envi- 
ronment and on human health cannot presently be 
completely predicted. Within recent years several 
studies have purported to demonstrate harmful effects 
to monarch butterflies by their ingestion of pollen 
from Bt corn (corn modified by a bacterium called 
Bacillus thuringiensis [Bt]), and to rats by their inges- 
tion of modified potatoes. The validity of these studies 
remains controversial. As well, the increased yields of 
genetically modified organisms may contribute to a 
decrease in crop biological diversity—genetic differ- 
ences between species. Homogeneity may make crops 
more susceptible to disease. Thus, the present uncer- 
tainty about the cumulative effects in ecosystems or 
the food chain is making consumers wary. 


Considerable controversy has arisen concerning 
the genetic modification of plants such that their 
seeds are not capable of growth upon planting. The 
commercial control and potential monopolization of 
food production has been decried by some. Some 
critics also point out that prudence on the part of 
France and other countries reflect warranted scientific 
prudence that also continues to respect closer cultural 
ties to food and agricultural production. 


In January 2000, The Cartagena Protocol on 
Biosafety was adopted in Montreal, Canada. The pro- 
tocol, negotiated under the United Nations Convention 
on Biological Diversity, is one of the first legally bind- 
ing international agreements to govern the trade or sale 
of genetically modified organisms of agricultural 
importance. 
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Such social, political and legal debates surround- 
ing genetically modified organisms will likely not be 
resolved soon. 


It is scientifically demonstrated that genetically 
modified crops are resistant to or tolerant to disease 
or insect attack. For example, a gene encoding an 
insecticidal protein from the bacterium Bacillus thur- 
ingiensis (Bt) has made cotton, corn and other crops 
resistant to attack by caterpillars. Data from several 
years of use of genetically modified crops in the United 
States has shown that the requirement for pesticides 
is reduced. Genetically modified crops may also per- 
mit higher yields. This may offer real hope to the 
estimated billion people who are chronically under- 
nourished and hungry, and to the many more as the 
global population doubles in the next 50 years. 
Additionally, crops that have improved nutritional 
value or with therapeutic value are being designed. 
Such nutraceuticals are driving the development of 
an industry whose annual sales are expected to grow 
to billions in the United States alone. 


The direct genetic modification of foods is a mod- 
ern extension of agricultural practices that have long 
selected genetically controlled traits of agriculturally 
relevant plant and animal species, so as to instills in 
these species beneficial genetic traits (often found in 
other organisms). Techniques to analyze genetic mate- 
rial developed within the last twenty years allow a 
quicker and accurate identification and propagation 
of superior traits, speeding the overall process of 
genetic improvement. 


Transgenic crops (also called genetically modified 
crops) contain genetic material from some source 
other than themselves (all crops have been somewhat 
genetically modified from their original wild state by 
domestication, selection and controlled breeding over 
long periods of time). The inserted gene sequence, 
called a transgene, may come from another related 
species, or from a completely different species, such 
as a bacterial cell. 


A significant advance in agricultural genetics 
has been the harnessing of transgenic crops to express 
biopesticides (also known as biological pesticides). At 
the end of 1998, there were approximately 175 regis- 
tered biopesticide active ingredients and 700 products. 
The three main classes of biopesticides are microbial 
pesticides (microorganism as the active ingredient), 
biochemical pesticides (natural and non-toxic com- 
pounds as the pest control agent) and plant pesticides. 
Herbicide resistance is a popular transgenic trait. 
Plants have been engineered to be resistant to herbi- 
cides like glyphosate or glufosinate, which are broad 
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spectrum in their activity, killing nearly all kinds of 
plants except those possessing the resistance trans- 
gene. Another popular biopesticide target is insects, 
such as European corn borer and the cotton boll- 
worm, which can be killed by a protein produced by 
Bacillus thuringiensis (Bt). 


Once a useful gene has been identified, isolated 
and copies made, it must be modified so it can be 
effectively inserted into the DNA of the target plant 
or animal. An efficient on-off switch for the expression 
of the gene is added to one end of the gene. A com- 
monly used promoter sequence is CaMV35S from the 
cauliflower mosaic virus. At the other end of the gene a 
sequence is added which signals an end to expression. 
The gene can also be modified slightly to increase its 
expression. In the same stretch of DNA as the above 
construct lies a marker gene, complete with its own 
promoter and termination sequences. The marker 
gene codes for resistance to a selected antibiotic or 
herbicide. Development of resistance following trans- 
formation means that the inserted DNA has been 
expressed. 


The new genetic material is inserted into the plant 
or animal genetic material in a process called trans- 
formation. The two main methods of transformation 
are the gene gun method and the Agrobacterium 
method. In the first, millions of DNA-coated particles 
are shot from a specialized gun inside the plant or 
animal cell. Some of the DNA will recombine with 
the cellular DNA. The second method takes advantage 
of the ability of a soil bacterium called Agrobacterium 
tumefaciens to inject, through a wound in plant cells, a 
specialized portion of its DNA. Following transforma- 
tion, plant tissues are transferred to a growth source 
containing the selective antibiotic or herbicide. Cells 
that grow are those in which the foreign DNA has 
been expressed. Before the transgenic cell is ready for 
commercial use it must be rigorously verified and dem- 
onstrated to legislative authorities that the transgene 
has been stably incorporated, and does not pose harm 
to other plant functions, final product or the natural 
environment where it will reside. Often the transgenic 
crop will be crossed with existing parents to produce an 
improved variety. The improved variety is then used 
for several cycles of crosses to the parent to recover as 
much of the improved parent’s genetic material as 
possible, with the addition of the transgene. 


Development of transgene technology has been 
slowed by the limited knowledge of the complexities 
of gene expression, with the myriad of other factors, 
some responsive to environmental change, which con- 
trol the gene’s expression. Despite this limitation, the 
early successes of the technology have met with great 
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commercial acceptance. By 2000, the most popular 
transgenic crop and trait worldwide in terms of acre- 
age planted is soybean (more than 55 million acres) 
and herbicide (more than 70 million acres). Total 
worldwide acreage of transgenic crops in 2000 was 
approximately 166 million acres. In that year, almost 
half of the United States’ soybean crop and about 
28 % of its corn crop were transgenic varieties. One 
attraction has been the savings in pesticide use. In the 
case of cotton, the use of the Bt crops has dramatically 
reduced the amount of chemical pesticides used. 


By 2006, a number of other genetically modified 
crops were being cultivated in substantial amounts 
around the world. These include cotton, corn, and 
canola. 
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| Genetics 


Genetics is the branch of biology concerned with 
the science of heredity, or the transfer of specific char- 
acteristics from one generation to the next. Genetics, 
from the Greek genno (give birth), focuses primarily 
on genes, coded units found along the DNA (deoxy- 
ribonucleic) acid molecules of the chromosomes, 
housed by the cell nucleus. Together, genes make up 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Three generations of identical twins. (© Gerald Davis/Phototake NYC.) 


the blueprints that determine the entire development 
of the species of organisms down to specific traits, 
such as the color of eyes and hair. 


DNA is a molecule of nucleic acid that contains 
the genetic code of a living thing, or the physical 
characteristics that are passed down to a child from 
parents. Its shape is similar to a ladder that has been 
twisted into the shape of a winding staircase—what 
scientists call a twisted double strand double helix. All 
living things that contain cells have DNA. In mam- 
mals, such as humans, the pieces of DNA are grouped 
into structures called chromosomes, which are located 
in cell nuclei. The genetic material that is needed for 
humans to develop and grow is contained in DNA. 
The hereditary characteristics that pass from one gen- 
eration to the next are also contained in DNA. An 
example of a hereditary characteristic that is inherited 
from parent to child is the blonde hair of a son born to 
parents who both have blonde hair. 


Geneticists are concerned with three primary 
areas of gene study: how genes are expressed and 
regulated in the cell, how genes are copied and passed 
on to successive generations, and what are the genetic 
basis for differences between the species. Although the 
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science of genetics dates back at least to the nineteenth 
century, little was known about the exact biological 
makeup of genes until the 1940s. Since that time, 
genetics has moved to the forefront of biological 
research. 


DNA was first sequenced in 1977 by the independ- 
ent work of English biochemist Frederick Sanger 
(1918-) and American molecular biologists Walter 
Gilbert (1932-) and Allan M. Maxam. The first genome 
completely sequenced occurred in 1980 when bacterio- 
phage ®-X174 (a particular virus that had infected a 
bacterium) was sequenced. In 1989, American physi- 
cian-geneticist Francis S. Collins (1950—) and Chinese 
geneticist Lap-Chee Tsui (1950—) sequenced the first 
human gene. 


In 1990, the Human Genome Project (HGP) 
began in the United States. It was a coordinated inter- 
national scientific project to understand and map the 
human genome so that all of its genes were identified. 
Other countries participating in HGP _ included 
France, Germany, Japan, and the United Kingdom. 
HGP members identified about 20,000 to 25,000 genes 
in the nucleus of a human cell and mapped the location 
of these genes on the 23 pairs of human chromosomes. 
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The Human Genome Project and Celera Genomics 
simultaneously released an initial draft of the human 
genome in February 2001. The HGP completed the 
final sequencing of the human genome (with 99% of 
the genome sequenced to a 99.99% accuracy) in April 
2003. The result will not only be a greater understand- 
ing of the human body, but provide new insights into 
the origins of disease and the formulation of possible 
treatments and cures. 


The history of genetics 


The study of heredity the science called genetics— 
started in the 1800s, when scientists first began trying 
to explain the existence of different species and varia- 
tions within the same species. At that time, French 
biologist Jean Baptiste de Lamarck (1744-1829) 
strongly believed that acquired characteristics would 
improve when routinely used over time. Those char- 
acteristics that were not used simply faded away. 
Lamarck also maintained that acquired characteristics 
were inherited from one generation to the next. In 
other words, Lamarck believed that if a giraffe con- 
tinuously stretched its neck to reach for food, it would 
develop a longer neck. Further, the longer neck would 
be passed on to the next giraffe generation. Although 
his belief that acquired characteristics were inherited 
was incorrect, Lamarck was on the right track. He 
implied that traits can be inherited from generation 
to generation—that species undergo long-term evolu- 
tionary changes. 


In 1859, English naturalist Charles Darwin (1809— 
1882) published his landmark book The Origin of 
Species, in which he outlined his theory of evolution 
through natural selection. Darwin believed that mem- 
bers of a particular species have slightly different char- 
acteristics. In the competition for space, food, and 
shelter, some of these characteristics would make a 
particular plant or animal better able to survive and 
produce offspring than others of its species. Therefore, 
these advantageous characteristics would persist in 
future generations, while those less advantageous 
ones would disappear as their carriers died out. After 
centuries or millennia of competition or natural selec- 
tion, recent members of a species might be quite differ- 
ent from their ancestors. This theory gained advocates 
like English physician Thomas Huxley (1825-1895), 
who, did more than anyone else to overcome opposi- 
tion to Darwinian theory. But even with all the sup- 
port, Darwin’s theory still lacked an explanation for 
how the differences in species occurred. 


Although humans have known about inheritance 
for thousands of years, the first scientific evidence 
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for the existence of genes came in 1866. At that 
time, Austrian monk and geneticist Gregor Johann 
Mendel (1822-1937) published the results of a study 
of hybridization of plants—the combining of two indi- 
vidual species with different genetic make-ups to pro- 
duce a new individual. Working with pea plants with 
specific characteristics such as height (tall and short) 
and color (green and yellow), Mendel bred one type of 
plant for several successive generations. He found that 
certain characteristics appeared in the next generation 
in a regular pattern. From these observations, he 
deduced that the plants inherited a specific biological 
unit (which he called factors (now called alleles), genes 
determining different forms of a single characteristic) 
from each parent. Mendel also noted that when fac- 
tors or alleles pair up, one is dominant (which means it 
determines the trait, like tallness) while the other is 
recessive (which means it has no bearing on the trait). 
It is now understood that alleles may be single genes or 
sets of genes working together, each contributing to 
the final form of a physical characteristic (multiple 
allelism). 


In 1884, German biologist August Weissmann 
proposed that a special hereditary substance existed 
in the egg nucleus, which he termed germ plasm. His 
theories concerning the behavior of this substance— 
later identified as chromosomes—were eventually 
proved correct. However, he mistakenly believed that 
the germ plasm passed intact from generation to gen- 
eration, unchanged by any environmental factors. 
Weissmann’s theory, therefore, could not adequately 
account for the changes that occurred between gener- 
ations and drove Darwin’s theory of evolution. 


The period of classical genetics, in which research- 
ers had no knowledge of the chemical constituents in 
cells that determine heredity, lasted well into the twen- 
tieth century. However, several advances made during 
that time contributed to the growth of genetics. In the 
eighteenth century, scientists used the relatively new 
technology of the microscope to discover the existence 
of cells, the basic structures in all living organisms. By 
the middle of the nineteenth century, they had discov- 
ered that cells reproduce by dividing. 


Although Mendel laid the foundation of genetics, 
his work began to take on true significance in 1903 when 
German biologist Theodor Henrich Boveri (1862-1915) 
and American geneticist Walter Stanborough Sutton 
(1877-1916) independently proposed a chromosomal 
theory of inheritance. They discovered that chromo- 
somes during gamete production behave like the so- 
called Mendel’s particles behave. In 1910, American 
zoologist and geneticist Thomas Hunt Morgan (1866— 
1946) confirmed the existence of chromosomes through 
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experiments with fruit flies. He also discovered a unique 
pair of chromosomes called the sex chromosomes, 
which determined the sex of offspring. Morgan deduced 
that specific genes reside on chromosomes from his 
observation that an X-shaped chromosome was always 
present in flies that had white eyes. A later discovery 
showed that chromosomes could mutate or change 
structurally, resulting in a change in characteristics 
which could be passed on to the next generation. 


More than three decades passed before scientists 
began to delve into the specific molecular and chemical 
structures that make up chromosomes. In the 1940s, a 
research team led by Oswald Avery (1877-1955) discov- 
ered that deoxyribonucleic acid (DNA) was responsible 
for transformation of non-pathogenic bacteria into 
pathogenic ones. The final proof that DNA was the 
specific molecule that carries genetic information was 
made by Alfred Day Hershey (1908-1997) and Martha 
Cowles Chase (1927-2003) in 1952. They used radio- 
active label to differentiate between viral protein and 
DNA, proving that over 80% of viral DNA entered 
bacterial cell causing infection, while protein did not 
cause infection. 


The most important discovery in genetics occurred 
in 1953, when American microbiologist James Watson 
(1928-) and English scientist Francis Crick (1916-2004) 
solved the mystery of the exact structure of DNA. The 
two scientists used chemical analyses and x-ray diffrac- 
tion studies performed by other scientists to uncover 
the specific structure and chemical arrangement of 
DNA. X-ray diffraction is a procedure in which parallel 
x-ray beams are diffracted by atoms in patterns that 
reveal the atom’s atomic weight and spatial arrange- 
ment. A month after their double-helix model of DNA 
appeared in scientific journals, the two scientists 
showed how DNA replicated. Armed with these new 
discoveries, geneticists embarked on the modern era of 
genetics, including efforts like genetic engineering, gene 
therapy, and a massive project to determine the exact 
location and function of all of the 20,000 to 25,000 
genes that make up the human genome. 


The biology of genetics 


Genetic information is contained in the chromo- 
somes, threadlike structures composed of DNA, and 
present in the nuclei of all cell types and are passed 
to daughter cells during cell division. Multicellular 
organisms contain two types of cells—body cells (or 
somatic cells) and germ cells (or reproductive cells). 
Germ cells are the ones that pass on the genetic infor- 
mation to the progeny. In contrast to somatic cells that 
contain dual copies of chromosomes in each cell, germ 
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cells replicate through a process called meiosis, which 
ensures that the germ cells have only a single set of 
chromosomes, a condition called haploidy (designated 
as n). The somatic cells of humans have 23 pairs of 
chromosomes (46 chromosomes overall), a condition 
known as diploid (or 2n). Through the process of 
meiosis, a new cell, called a haploid gamete, is created 
with only 23 chromosomes: this is either the sperm cell 
of the father or the egg cell of the mother. The fusion 
of egg and sperm restores the diploid chromosome 
number in the zygote. This cell carries all the genetic 
information needed to grow into an embryo and even- 
tually a full-grown human with the specific traits and 
attributes passed on by the parents. Offspring of the 
same parents differ because the sperm cells and egg 
cells vary in their gene sequences, due to random 
recombination. 


The somatic, or body cells are the primary com- 
ponents of functioning organisms. The genetic infor- 
mation in these cells is passed on through a process of 
cell division called mitosis. Unlike meiosis, mitosis is 
designed to transfer the identical number of chromo- 
somes during cell regeneration or renewal. This is how 
cells grow and are replaced in exact replicas to form 
specific tissues and organs, such as muscles and nerves. 
Without mitosis, an organism’s cells would not regen- 
erate, resulting not only in cell death, but possible 
death of the entire organism. (It is important to note 
that some organisms reproduce asexually by mitosis 
alone.) 


The genetic code 


To understand genes and their biological function 
in heredity, it is necessary to understand the chemical 
makeup and structure of DNA. Although some 
viruses carry their genetic information in the form of 
ribonucleic acid (RNA), most higher life forms carry 
genetic information in the form of DNA, the molecule 
that makes up chromosomes. 


The complete DNA molecule is often referred to 
as the blueprint for life because it carries all the 
instructions, in the formation of genes, for the growth 
and functioning of most organisms. This fundamental 
molecule is similar in appearance to a spiral staircase, 
which is also called a double helix. The sides of the 
DNA double helix ladder are made up of alternate 
sugar and phosphate molecules, like links in a chain. 
The rungs, or steps, of DNA are made from a combi- 
nation of four nitrogen-containing bases—two 
purines (adenine [A] and guanine [G]) and two pyri- 
midines (cytosine [C] and thymine [T]). The four letters 
designating these bases (A, G, C, and T) are the 
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alphabet of the genetic code. Each rung of the DNA 
molecule is contains a combination of two of these 
letters, one jutting out from each side. In this genetic 
code, A always combines with T, and C with G to 
make what is called a base pair. Specific sequences of 
these base pairs, which are bonded together by atoms 
of hydrogen, make up the genes. 


While a four-letter alphabet may seem rather 
small for constructing the comprehensive vocabulary 
that describes and determines the myriad life forms on 
the Earth, the sequences or order of these base pairs 
are nearly limitless. For example, various sequences or 
rungs that make up a simple six base gene could be 
ATCGGC, TAATCG, AGCGTA, or ATTACG, and 
so on. Each one of these combinations has a different 
meaning. Different sequences provide the code not 
only for the type of organism, but also for specific 
traits like brown hair and blue eyes. The more complex 
an organism, from bacteria to humans, the more rungs 
or genetic sequences appear on the ladder. The entire 
genetic makeup of a human, for example, contains 
about three billion base pairs, with the average gene 
unit being a few thousand base pairs long. Except for 
identical twins, no two humans have exactly the same 
genetic information. About 98% of DNA in chromo- 
somes carry no genetic information. 


Genetic information is duplicated during the proc- 
ess of DNA replication, which begins a few hours 
before the initiation of cell division (mitosis). To pro- 
duce identical genetic information during mitosis, the 
hydrogen bonds holding together the two halves of the 
DNA ladder unzip, in presence of proteins called 
helicases, to expose single strands of DNA. These old 
strands act as templates to make new DNA molecules. 
Replication is initiated by this separation of DNA, and 
requires short DNA fragments (primers) to start 
synthesis of a new DNA strand by specific cellular 
enzymes called DNA polymerases. DNA rarely muta- 
tes during replication, as the proofreading and repair 
enzymes make sure that any errors are quickly repaired 
to protect the accuracy of the genetic information. 
Once completed, each new half of the DNA ladder 
has the identical information as the old one. The fact 
that T always combines with A and C with G achieves 
this process, therefore if the template had a sequence 
ATGCTG the newly made second strand will be 
TACGAC. When cell mitosis is completed, each new 
cell contains an exact replica of the DNA. 


Cells contain hundreds of different proteins and 
its functions are dependent on which of the thousands 
of types of different proteins it contains. Proteins are 
made up of chains of amino acids. The arrangement of 
the amino acids to build specific proteins is determined 
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by the base pair sequence contained or encoded in 
DNA. This genetic information has to be converted 
to proteins building over half of all solid body tissues 
and control most biological processes within and 
among these tissues. This is achieved by using the 
genetic code, which is a set of 64 (or, 4°) triplets of 
bases (called codons) corresponding to each amino 
acid and the initiation and termination signals for 
protein synthesis. 


As the sites of protein production lie outside the 
cell nucleus, the instructions for making them have to 
be transported out of the nucleus. The messenger 
that carries these instructions is messenger RNA, or 
mRNA (a single stranded molecule that has a mirror 
image of the base pairs on the DNA). The mRNA is 
made in the nucleus during a process called transcrip- 
tion and a single molecule of RNA carries instructions 
for making only one protein. After being exported out 
of the nucleus it is transported to ribosomes, which are 
the protein factories in the cell. In ribosomes the infor- 
mation from mRNA is decoded to produce a protein. 
This process is called translation. The flow of infor- 
mation is only one way from DNA to RNA and to 
protein. Therefore, characteristics acquired during an 
organism’s life, such as larger muscles or the ability to 
play the piano, cannot be inherited. However, people 
may have genes that make it easier for them to acquire 
these traits through exercise or practice. 


Dominant and recessive traits 


The expression of the products of genes is not 
equal, and some genes will override others in express- 
ing themselves as an inherited characteristic. The off- 
spring of organisms that reproduce sexually contain a 
set of chromosome pairs, half from the father, and half 
from the mother. However, normally people do not 
have one blue eye and one brown eye, or half brown 
hair and half blond hair because most genetic traits are 
the result of the expression of either the dominant or 
the recessive genes. If a dominant and a recessive gene 
appear together (the heterozygous condition), the 
dominant will always win, producing the trait for 
which it is coded. The only time a recessive trait 
(such as the one for blond hair) expresses itself is 
when two recessive genes are present (the homozygous 
condition). As a result, parents with heterozygous 
genes for brown hair could produce a child with 
blond hair if the child inherits two recessive blond- 
hair genes from the parents. The genes residing in the 
chromosome’s DNA can also be present in alternative 
forms called alleles. It is important to note that some 
characteristics are a result of presence of various 
alleles, e.g. pink snapdragon flowers or blood types. 
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This hereditary law also holds true for genetic 
diseases. Neither parent may show signs of a genetic 
disease, caused by a defective gene, but they can pass 
the double-recessive combination on to their children. 
Some genetic diseases are dominant and others are 
recessive. Dominant genetic defects are more common 
because it only takes one parent to pass on a defective 
allele. A recessive genetic defect requires both parents 
to pass on the recessive allele that causes the disease. 
A few inherited diseases (such as Down syndrome) are 
caused by abnormalities in the number of chromo- 
somes, where the offspring has 47 chromosomes 
instead of the normal 46. 


Genetic recombination and mutations 


The DNA molecule is extremely stable, ensuring 
that offspring have the same traits and attributes that 
will enable them to survive as well as their parents. 
However, a certain amount of genetic variation is 
necessary if species are to adapt by natural selection 
to a changing environment. Often, this change in 
genetic material occurs when chromosome segments 
from the parents physically exchange segments with 
each other during the process of meiosis. This is 
known as cross over or intrinsic recombination. 


Genes can also change by mutations on the 
DNA molecule, which occur when a mutagen alters 
the chemical or physical makeup of DNA. Mutagens 
include ultraviolet light and certain chemicals. Genetic 
mutations in somatic (body) cells result in malfunc- 
tioning cells or a mutant organism. These mutations 
result from a change in the base pairs on the DNA, 
which can alter cell functions and even give rise to 
different traits. Somatic cell mutations can result in 
disfigurement, disease, and other biological problems 
within an organism. These mutations occur solely 
within the affected individual. 


When mutations occur in the DNA of germ 
(reproductive) cells, these altered genes can be passed 
on to the next generation. A germ cell mutation can be 
harmful or result in an improvement, such as a change 
in body coloring that acts as camouflage. If the trait 
improves an individual organism’s chances for sur- 
vival within a particular environment, it is more likely 
to become a permanent trait of the species because 
the offspring with this gene would have a greater 
chance to survive and pass on the trait to succeeding 
generations. 


Mutations are generally classified into two groups, 
spontaneous mutations and induced mutations. 
Spontaneous mutations occur naturally from errors 
in coding during DNA replication. Induced mutations 
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come from outside influences called environmental fac- 
tors. For example, certain forms of radiation can dam- 
age DNA and cause mutations. A common example of 
this type of mutating agent is the ultraviolet rays of the 
Sun, which can cause skin cancer in some people who 
are exposed to intense sunlight over long periods of 
time. Other mutations can occur due to exposure to 
artificially made chemicals. These types of mutations 
modify or change the chemical structure of base pairs. 


Population genetics 


Population genetics is the branch of genetics that 
focuses on the occurrence and interactions of genes in 
specific populations of organisms. One of its primary 
concerns is evolution, or how genes change from one 
generation to the next. By using mathematical calcu- 
lations that involve an interbreeding population’s 
gene pool (the total genetic information present in 
the individuals within the species), population geneti- 
cists delve into why similar species vary among differ- 
ent populations that may, for example, be separated 
by physical boundaries such as bodies of water or 
mountains. 


As outlined in the previous section, genetic muta- 
tions may cause changes in a population if the muta- 
tion occurs in the germ cells. Many scientists consider 
mutation to be the primary cause of genetic change in 
successive generations. However, population geneti- 
cists also study three other factors involved in genetic 
change or evolution: migration, genetic drift, and nat- 
ural selection. 


Migration occurs when individuals within a spe- 
cies move from one population to another, carrying 
their genetic makeup with them. Genetic drift is a 
natural mechanism for genetic change in which spe- 
cific genetic traits coded in alleles (alternate states of 
functioning for the same gene) may change by chance 
often in a situation where organisms are isolated, as on 
an island. 


Natural selection, a theory first proposed by 
Charles Darwin in 1858, is a process that occurs 
over successive generations. The theory states that 
genetic changes that enhance survival for a species 
will come to the forefront over successive generations 
because the gene carriers are better fit to survive and 
are more likely reproduce, thus establishing a new 
gene pool, and eventually, perhaps, an entirely new 
species. One proposed mechanism of natural selection 
is gradualism, which predicts very slow and steady 
accumulation of beneficial genes. Punctuated equili- 
brium, in contrast, depicts natural selection as occur- 
ring in brief, but accelerated periods of survival of the 
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fittest with lengthy periods of relative stagnation of 
genetic change in populations. Some scientists hold 
that both processes occur and have occurred. 


Genetics and the golden age of biology 


More than any other biological discipline, genet- 
ics is responsible for the most dramatic breakthroughs 
in biology and medicine today. Scientists are rapidly 
advancing in their ability to engineer genetic material 
to achieve specific characteristics in plants and ani- 
mals. The primary way to genetically engineer DNA 
is called gene cloning, in which a segment of one DNA 
molecule is removed and then inserted, into another 
DNA molecule. This process takes advantage of 
restriction enzymes to cut DNA into fragments of 
different lengths and ligase to re-create new molecules. 
Restriction enzymes act as molecular scissors, cutting 
larger molecules (like DNA) at specific sites. The ends 
of these fragments are sticky in that they have an 
affinity for complimentary ends of other DNA frag- 
ments. DNA ligase acts as a glue to join the ends of the 
two molecules together. This approach has applica- 
tions in agriculture and medicine. 


In agriculture, genetic engineering is used to pro- 
duce transgenic animals or plants, in which genes 
are transferred from one organism to another. This 
approach has been used to reduce the amount of fat in 
cattle raised for meat, or to increase proteins in the 
milk of dairy cattle that favor cheese making. Fruits 
and vegetables have also been genetically engineered 
so they do not bruise as easily, or so they have a longer 
shelf life at the grocery store. On the other hand, in 
medicine, genetic engineering provided great advance- 
ments in production of antibiotics, hormones, and 
vaccines, understanding disease mechanisms and in 
therapy. Gene therapy is currently being developed 
and used as it provides the opportunity to introduce 
specific genes into the body to correct a genetic defect 
or to enhance the body’s capabilities to fight off 
disease and repair itself. Because many inherited or 
genetic diseases are caused by the lack of an enzyme or 
protein, scientists hope to one day treat the unborn by 
inserting genes to provide the missing enzyme. 


Genetic fingerprinting (DNA typing) is based on 
each individual’s unique genetic code. To identify 
parentage, diagnose inherited diseases in prenatal lab- 
oratories or the presence of someone at a crime, scien- 
tists use molecular biology techniques such as DNA 
fingerprinting by applying restriction fragment length 
polymorphisms (RFLPs) analysis (identifying the 
characteristic patterns in DNA cut with the restriction 
enzymes), microsattelite analysis (looking at the small 
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specific DNA sequences), DNA hybridization, DNA 
sequencing or polymerase chain reaction (PCR). 
Development of PCR provides the ability to analyze 
small amounts of DNA acquired from hair, semen, 
blood, fingernail fragments, or fetal cells by utilizing 
DNA polymerase enzyme (the same enzyme used nat- 
urally by cells in mitosis) to create identical copies of a 
DNA molecules from small samples. 


One of the most exciting recent developments in 
genetics is the completion of the Human Genome 
Project (HGP). This project provided a complete 
genetic road map outlining the location and function 
of the 20,000 to 25,000 genes found in human cells 
encoded in about three billion bases. The first human 
genome draft sequences were published in February 
2001 by the Celera company and the HGP consortium 
in the journals Science and Nature, respectively. Due 
to technological advances and huge international 
cooperation throughout the project, the essentially 
complete genome was finished on April 14, 2003, a 
full five years ahead of schedule, with 99% of the 
genome sequenced at 99.9% accuracy. Then, in May 
2006, the last chromosome sequence was published in 
the journal Nature As a result, genetic researchers will 
have easy access to specific genes to study how the 
human body works and to develop therapies for dis- 
eases. Gene maps for other species of animals are also 
being developed. 


Future of genetics 


Full sequencing of many bacterial genomes, 
yeast, Caenorhabditis elegans, Drosophila, mouse, 
and human genomes has brought about a new era in 
genetics, and a development of a new area—genomics, 
or the study of the sequences of genes within living 
things. Sequencing means that the structure of deox- 
yribonucleic acid (DNA) from a particular living 
thing is discovered—what scientists called mapped. 
Specifically, genomic scientists identify and analyze 
the structure of genes within segments of DNA. 
Inside any organism, the complete set of chromo- 
somes—or all the genetic information contained in 
genes—is called its genome. The set of chromosomes 
inside people is called the human genome. Availability 
of full DNA sequences of multiple organisms allows 
the comparative analysis (comparative genetics) of 
genomes allowing gene identification, finding of reg- 
ulatory sequences and tracing evolution. 


Genetic analysis proved very successful in 
Mendelian diseases. New challenges for genetics are 
the studies of common complex diseases such as 
asthma, obesity and hypertension. These diseases are 
caused by interaction of multiple genes and the 
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KEY TERMS 


Allele—Any of two or more alternative forms of 
a gene that occupy the same location on a 
chromosome. 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH 2) and a 
carboxyl group (-COOH). One of the building blocks 
of a protein. 


Base—A chemical unit that makes up part of the 
DNA molecule. There are four bases: adenine (A) 
and guanine (G), which are purines, and cytosine 
(C) and thymine (T), which are pyrimidines. 


Chromosomes—The structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. 


DNA—Deoxyribonucleic acid; the genetic material 
in acell. Chromosomes are made of DNA. 


Dominant (dominant gene)—An allele of a gene 
that results in a visible phenotype if expressed in a 
heterozygote. 


Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
protein or RNA molecule, and therefore for a specific 
inherited characteristic. 


Genetic recombination—New configurations pro- 
duced when two DNA molecules are broken and 
rejoined together during meiosis. 


environment, making their analysis even more diffi- 
cult. Geneticists analyze DNA sequence to correlate 
any changes with the disease (association studies). 
Small fragments of repetitive DNA sequence (micro- 
sattelites) or single nucleotide polymorphisms (SNPs) 
are analyzed. Such studies require analysis of large 
control (healthy) population in addition to the 
affected group before any conclusions can be made. 
Solving of the puzzle of complex traits is going to be 
possible by combining molecular genetics, biostatis- 
tics, further clinical and computational/bioinformati- 
cal analysis. 


Ethical questions and the future of genetics 


Despite the promise of genetics research, many 
ethical and philosophical questions arise. Many of the 
concerns about this area of research focus on the 
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Heredity—Characteristics passed on from parents to 
offspring. 

Heterozygous—Two different forms of the same 
allele pair on the chromosome. 


Homozygous—Two identical forms of the same 
allele pair on the chromosome. 


Meiosis—The process of cell division in germ 
or reproductive cells, producing haploid genetic 
material. 


Mitosis—The process of cell division in somatic, 
or body, cells, producing no change in genetic 
material. 


Proteins—Macromolecules made up of long 
sequences of amino acids. They make up the dry 
weight of most cells and are involved in structures, 
hormones, and enzymes in muscle contraction, 
immunological response, and many other essential 
life functions. 


Recessive—Refers to the state or genetic trait that 
only can express itself when two genes, one from 
both parents, are present and coded for the trait, but 
will not express itself when paired with a dominant 
gene. (See Dominant; Allele) 


Ribonucleic acid—RNA; the molecule translated 
from DNA in the nucleus that directs protein syn- 
thesis in the cytoplasm; it is also the genetic material 
of many viruses. 


Transcription—The process of synthesizing RNA 
from DNA. 


increasing ability to manipulate genes. There is a fear 
that the results will not always be beneficial. For exam- 
ple, some fear that a genetically re-engineered virus 
could turn out to be extremely virulent, or deadly, 
and may spread if there is no way to stop it. 


Another area of concern is the genetic engineering 
of human traits and qualities. Altering genetic mate- 
rial, for example, will let doctors diagnose and treat 
many diseases and help scientists improve the safety of 
foods. It will also give scientists the ability to change 
the physical and psychological traits of people. If a 
woman has an inherited heart problem, doctors could 
alter her genetic material so babies born to her in the 
future will not have this problem. The goal is to pro- 
duce people with specific traits such as better health, 
improved looks, or even high intelligence. While these 
traits may seem to be desirable on the surface, the 
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concern arises about who will decide exactly what 
traits are to be engineered into human offspring, and 
whether everyone will have equal access to an expen- 
sive technology. Scientists could also alter such minor 
physical characteristics as hair color and height. Many 
people do not think it is ethical to change such traits by 
altering genetic materials. Some fear that the result 
could be domination by a particular socio-economic 
group. 

Genetic information involves the gathering 
and storing of materials related to a person’s DNA. 
Issues have been raised as to what type of rules should 
be set up for the gathering and storing of such DNA 
information. Questions are being asked such as: How 
should that information be used? Who should be told? 
Who should be in charge of storing the information? 
Questions about personal privacy and other ethical 
considerations concerning genetic information have 
yet to be determined. Lawmakers, health insurance 
companies, medical organizations, and United States 
citizens will all take a part in answering these sensitive 
questions. As the scientific capabilities increase within 
genetic engineering, more genetic information will 
become available. Humans will—no doubt—face 
more difficult ethical and privacy questions about 
genomics in the future. 


Despite these fears and concerns, genetic research 
continues. In an effort to ensure that the science is not 
abused in ways harmful to society, governments in the 
United States and abroad have created panels and 
organizations to oversee genetic research. For the 
most part, international committees composed of sci- 
entists and ethical experts state that the benefits of 
genetic research for medicine and agriculture far out- 
weigh the possible abuses. 


See also Chromosomal abnormalities; Gene 


splicing. 
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t Genets 


Genets are mongooselike mammals in the family 
Viverridae in the order Carnivora. Other members of 
this family include civets and linsangs. The genet genus 
Genetta includes nine species. Genets are found in 
Africa south of the Sahara desert, in the southwestern 
Arabian Peninsula, and in southern Europe. They 
have a long body, short legs, a pointed snout, prom- 
inent rounded ears, short curved retractile claws, and 
soft dense hair. Genets emit a musky scent from the 
anal glands, and females have two pairs of abdominal 
mammae. The color of the fur is variable, generally 
grayish or yellowish, with brown or black spots on the 
sides, sometimes arranged in rows. The tail may be 
black with white rings, and completely black genets 
are fairly common. Genets weigh 2.2-6.6 lb (1-3 kg). 
They have a head and body length of 16.5-22.9 in (42- 
58 cm), and the tail is 15.4-20.9 in (39-53 cm) long. 


Genets live in savannas and in forests. They feed 
mostly on the ground, preying upon rodents, birds, 
reptiles and insects, and they climb trees to prey on 
nesting and roosting birds. Genets also eat game birds 
and poultry. When stalking their prey, genets crouch 
and seem to glide along the ground, and their bodies 
seem to lengthen. They can get through any opening 
their head can enter. Genets travel alone or in pairs. 
Radio tracking of genets in Spain indicated a home 
range of 0.5 sq mi (1.4 sq km) for a three-month-old 
female and over 19 sq mi (50 sq km) in about five 
months for an adult male. 


Genets communicate by vocal, olfactory, and 
visual signals. In Kenya, East Africa, pregnant and 
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A large-spotted genet with a ringed tail. (Nige/ J. Dennis/The National Audubon Society Collection/Photo Researchers, Inc.) 


lactating female genets were found in May and from 
September to December. A captive genet (Genetta gen- 
etta) regularly produced two litters each year: in April/ 
May and in July/August. Gestation lasts 56-77 days. 
Litter sizes range from one to four, but usually two or 
three young are born, which weigh 2.1-2.9 oz (61-82 g) 
at birth. The young begin to eat solid food at two 
months and in two years reach their adult weight. 
Captive genets become sexually mature at four years 
and produce offspring until death at about 20 years old. 


Genetta genetta is found in southern Europe and 
northwestern Africa, G. felina is found south of the 
Sahara and in the southwestern Arabian Peninsula, 
G. tigrina is found in South Africa and Lesotho, and 
G. rubiginosa is found elsewhere in Africa. Genets in 
Europe are declining in numbers because of persecu- 
tion due to their depredations on game birds and 
poultry and because their winter pelts are highly 
valued. The subspecies G. genetta isabelae of Ibiza 
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Island in the Balearics is considered vulnerable by 
the World Conservation Union (IUCN), and the 
crested genet G. cristata of Cameroon and Nigeria is 
considered endangered. 


The aquatic genet (Osbornictis piscivora) occurs in 
northeastern Zaire. The head and body length of an 
adult male is 17.5 in (44.5 cm) and the tail length is 13.4 
in (34cm). Males weigh 3.1 Ib (1.43 kg) and females 3.3 
Ib (1.5 kg). Osbornictis piscivora is red to dull red with 
a black tail, and it has elongated white spots between 
the eyes. The front and sides of the muzzle and sides of 
the head below the eyes are whitish. There are no black 
spots or bands on the body and the tail is not ringed. 
The fur is long and dense, especially on the tail, but the 
palms and soles are not furred as in Genetta and 
related forms. The skull is long and lightly built. 
Teeth are relatively small and weak, but seem adapted 
to catching slippery prey like fish and frogs. It is 
believed that the bare palms help these animals feel 
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for fish in muddy holes. Fish are the chief diet of these 
rare animals, which do not live in groups or families. 


See also Civets. 


Sophie Jakowska 


| Genome 


The genome is the full set of genes or genetic 
material carried by a particular organism. The size of 
a genome is usually measured in numbers of genes or 
base pairs (a base, or nucleotide, is the building block 
of the genetic material). 


A genomic sequence is the actual order of the 
nitrogen-containing bases in the DNA nucleotide 
sequence. The sequence includes regions that encode 
a product. Each of these regions constitutes a gene. In 
eukaryotes (organisms whose genetic material is 
enclosed within a specialized membrane called chro- 
mosomes. In prokaryotes such as bacteria, where the 
genetic material is not enclosed in a nuclear mem- 
brane, the genome is not organized into chromosomes. 


The size of the genome varies among diffent organ- 
isms. Some viruses, which utilize much of a host’s repli- 
cation machinery to make new copies of themselves, have 
a genome that may contain fewer than a dozen genes. 
The human genome contains about 30,000 genes, per- 
haps a bit humbling when one considers that an earth- 
worm’s genome contains approximately 23,000 genes. 


With the explosion of knowledge of the genomic 
composition of a variety of life, comparison of genes is 
possible. Genomic libraries, a comprehensive collection 
of cloned DNA fragments derived from a genome, can 
be screened for the presence of the sequence of interest 
by radioactively labeling the DNA (usually between 100 
and 500 nucleotides long) and using this as a probe to 
identify the clone that contains the selected sequence. 
The clone selected can then be grown in bacteria to 
produce large amounts of clone DNA, which can be 
studied. If for example, the sequence of interest was part 
of a gene, by using this sequence as a probe, the clone 
containing, hopefully, the whole gene could be isolated. 
Such genomic comparison has revealed genetic similar- 
ities between a number of organisms. 


Genomic fingerprinting see DNA 
fingerprinting 


Genomic imprinting see Imprinting 
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l Genomics (comparative) 


The study of an organism’s total complement 
of genetic material, called its genome, has become 
indispensable for shedding light on its biochemistry, 
physiology, and patterns of inheritance. Even more 
can be gained by comparing the genomes of multiple 
organisms to discern how their DNA (deoxyribonu- 
cleic acid) sequences have changed over evolutionary 
time. This technique has become increasingly valuable 
with the explosion of genome sequencing activity in 
recent years. Today, hundreds of complete or near- 
complete genome sequences, ranging from simple 
microbes to human, have been deposited in scientific 
databases around the world. 


All life on Earth has a common history, reflected 
by its common biochemical basis in DNA. Different 
organisms vary in their DNA sequences, of course, but 
perhaps not so much as one might think. Some of the 
genes controlling very basic biological tasks, such as 
the mechanism by which DNA is transcribed into 
RNA to code the proteins that determine function, 
originate with the Archaea, microorganisms believed 
to be the most direct descendants of the first living 
things. The genome of the humble mouse is 85% 
identical to our own. Our closest relatives, the chim- 
panzees, differ from us genetically by only about 1%, a 
testimony to the incredible power of a relatively small 
amount of DNA. 


The degree of disparity in the genomes of different 
organisms reflects their phylogenetic relationship; 
that is, their relative distances from one another 
and position on the branches of life’s “family tree.” 
Evolutionary biologists use this information to deter- 
mine whether organisms are descended from a com- 
mon ancestor, and at what point the different lineages 
divided. If the same gene is present in two organisms, 
they are presumed to have a common ancestor. The 
more the DNA sequences have changed since that 
point, the longer the two species have been evolving 
independently. 


An example of the use of this technique was 
the comparison in the late 1990s of DNA from 
Neanderthal remains, modern humans and chimpan- 
zees. The analysis yielded the conclusion that modern 
humans almost certainly did not descend directly from 
Neanderthals, as had once been thought, but rather 
shared a common ancestor with this earlier hominid. 


Although the evidence is preliminary and far from 
conclusive, published reports of genome analysis from 
2002 to 2005 provided evidence that early migrant pop- 
ulations of humanoids may have been able to intermix 
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with established or indigenous humanoid populations to 
a greater degree than previously believed. 


Genome analysis helps to distinguish physical sim- 
ilarities derived from common ancestry from those that 
have evolved separately in response to a similar envi- 
ronment, a phenomenon called convergent evolution. 
An example of convergent evolution can be seen in the 
fauna of Australia, where marsupials diverged to fill 
ecological niches dominated by placental mammals on 
other continents. As a result, Australia has marsupial 
mice, marsupial wolves, and kangaroos, which are the 
marsupial equivalent of deer and antelopes. 


Comparative genomics has a vital role to play 
in research contributing to human health. The mouse 
is a useful model organism for biomedical research 
because of the similarities of its genome to that of 
humans. At the same time, unlike humans, the well- 
studied mouse has been bred over time into genetically 
identical strains, and its environment may be strictly 
controlled. These factors combine to reduce the poten- 
tial sources of uncertainty about what might be caus- 
ing a given result. 


Almost every human gene has an exact counter- 
part in the mouse, despite the fact that the chromo- 
somes are arranged differently. The differences in the 
species arise primarily not from the identity of the 
genes, but from the exact sequences that make them 
up, resulting in a change in the proteins that are built 
when the DNA is transcribed. Sequence changes 
reflect mutations that may have had an effect on the 
organism’s ability to survive and reproduce, the driv- 
ing force of evolution by natural selection. When sci- 
entists find a mutation in a mouse gene that is 
associated with the trait they are studying, they look 
for a similar DNA sequence in humans to find the 
corresponding human gene. 


Comparing the billions of nucleotides that make 
up organisms’ DNA sequences to tease out sequences 
with similar functions requires powerful database 
search engines and sophisticated software. The task 
is complex, and fraught with the possibility of error. 
First, since the sequence of a given gene is not expected 
to be identical between species, scientists must deter- 
mine how close a match is close enough. In many cases 
throughout evolutionary history, genes have become 
duplicated, and then their functions diverge. 
Researchers look for relationships between genes in 
such a lineage just as they seek to place related organ- 
isms in a phylogenetic tree. A large proportion of 
genetic material, called “selfish DNA,” has no appa- 
rent function in the organism at all, but rather exists 
merely to propagate itself from one generation to the 
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next. The rigorous requirements for sequence analysis 
have given rise to a specialized discipline called bio- 
informatics, combining high-throughput computing 
with an extensive knowledge of biology. 


See also Chromosome mapping; Evolutionary 
mechanisms; Molecular biology. 
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l Genotype and phenotype 


The term genotype describes the actual set (com- 
plement) of genes carried by an organism. In contrast, 
phenotype refers to the observable expression of char- 
acters and traits coded for by those genes. Although 
phenotypes are based upon the content of the under- 
lying genes comprising the genotype, the expression of 
those genes in observable traits (phenotypic expres- 
sion) is also, to varying degrees, influenced by environ- 
mental factors. 


The term genotype was first used by Danish geneti- 
cist Wilhelm Johannsen (1857-1927) to describe the 
entire genetic or hereditary constitution of an organism, 
In contrast, Johannsen described displayed characters 
or traits (e.g. anatomical traits, biochemical traits, phys- 
iological traits, etc) as an organism’s phenotype. 


Genotype and phenotype represent very real dif- 
ferences between genetic composition and expressed 
form. The genotype is the set of particular forms or 
variations of genes (alleles) carried by an individual. 
Accordingly, an individual’s genotype includes all 
the alleles carried by that individual. An individual’s 
genotype, because it includes all of the various 
alleles carried, determines the range of traits possible 
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Genotype and phenotype 


Genotypes and Phenotypes 


br 


Phenotype: The visible 
features of an individual 


Genotype: The genetic 
constitution of an individual 


He = BB 
E.© = Bb 
HO =b. 


br = Brown eyes 
bl = Blue eyes 


Pedigree analysis chart showing inheritance pattern for 
genotypes and phenotypes. (Argosy. The Gale Group.) 


(e.g., an individual’s potential to express a certain trait 
or be afflicted with a particular disease). In contrast to 
the possibilities contained within the genotype, the 
phenotype reflects the manifest expression of those 
possibilities (potentialities). Phenotypic traits include 
obvious observable traits as height, weight, eye color, 
hair color, etc. The presence or absence of a disease, or 
symptoms related to a particular disease state, is also a 
phenotypic trait. 


A clear example of the relationship between gen- 
otype and phenotype exists in cases where there are 
dominant and recessive alleles for a particular trait. 
Using an simplified monogenetic (one gene, one trait) 
example, a capital “T” might be used to represent a 
dominant allele at a particular locus coding for tallness 
in a particular plant, and the lowercase “t” used to 
represent the recessive allele coding for shorter plants. 
Using this notation, a diploid plant will possess one of 
three genotypes: TT, Tt, or tt (the variation tT is 
identical to Tt). Although there are three different 
genotypes, because of the laws governing dominance, 
the plants will be either be tall or short (two pheno- 
types). Those plants with a TT or Tt genotype are 
observed to be tall (phenotypically tall). Only those 
plants that carry the tt genotype will be observed to be 
short (phenotypically short). 


Although the relationships between genetic and 
environmental influences vary (i.e., the degree to 
which genes specify phenotype differs from trait to 
trait), in general, the more complex the biological 


1914 


process or trait, the greater the influence of environ- 
mental factors. The genotype almost completely 
directs certain biological processes. Genotype, for 
example, strongly determines when a particular tooth 
develops. How long an individual retains a particular 
tooth, is to a much greater extent, determined by 
environmental factors such diet, dental hygiene, etc. 


Because it is easier to determine observable phe- 
notypic traits than it is to make an accurate determi- 
nation of the relevant genotype associated with those 
traits, scientists and physicians place increasing 
emphasis on relating (correlating) phenotype with cer- 
tain genetic markers or genotypes. 


There are, of course, variable ranges in the nature 
of the genotype-environment association. In many 
cases, genotype-environment interactions do not 
result in easily predictable phenotypes. In rare cases, 
the situation can be complicated by a process termed 
phenocopy where environmental factors produce a 
particular phenotype that resembles a set of traits 
coded for by a known genotype not actually carried 
by the individual. Genotypic frequencies reflect the 
percentage of various genotypes found within a given 
group (population) and phenotypic frequencies reflect 
the percentage of observed expression. Mathematical 
measures of phenotypic variance reflect the variability 
of expression of a trait within a population. 


The exact relationship between genotype and dis- 
ease is an area of intense interest to geneticists and 
physicians and many scientific and clinical studies 
focus on the relationship between the effects of a 
genetic changes (e.g., changes caused by mutations) 
and disease processes. These attempts at genotype/ 
phenotype correlations often require extensive and 
refined use of statistical analysis. 


See also Chromosome mapping; Evolution; 
Evolutionary mechanisms; Genetic engineering; Genetic 
disorders; Genetic identification of microorganisms; 
Genetic testing; Genetically modified foods and organ- 
isms; Molecular biology; Rare genotype advantage. 
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j Geocentric theory 


Rejected by modern science, the geocentric theory 
(in Greek, ge means “earth’”’), which maintained that 
Earth was the center of the universe, dominated 
ancient and medieval science. It seemed evident to 
early astronomers that the rest of the universe moved 
about a stable, motionless Earth. Because the sun, 
moon, planets, and stars could be seen moving about 
Earth along circular paths day after day, it seemed a 
reasonable assumption, for nothing seemed to make it 
move. Even the fact that objects fell toward Earth 
provided support for the geocentric theory. Finally, 
geocentrism was in keeping with the theocentric (God- 
centered) world view dominant in the Middle Ages, 
when science was a subfield of theology. 


Greek astronomers assumed that the celestial 
bodies moving about Earth followed perfectly circular 
paths. This was not a random assumption: the circle 
was regarded by Greek mathematicians and philoso- 
phers as the perfect geometric figure and consequently 
the only one appropriate for celestial motion. 
However, as astronomers observed, the patterns of 
celestial motion were not constant. The moon rose 
about an hour later from one day to the next, and its 
path across the sky changed from month to month. 
The sun’s path, too, changed with time, and even the 
configuration of constellations changed from season 
to season. 


These changes could be explained by the varying 
rates at which the celestial bodies revolved around the 
Earth. However, the planets (which got their name 
from the Greek word planetes, meaning “wanderer” 
and “subject of error”), behaved in ways that were 
difficult to explain. Sometimes these wanderers showed 
retrograde motion—they seemed to stop and move in 
reverse when viewed against the background of the 
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Ancient Concepts of the 
Solar System 


In ancient geocentric theory, Earth was the center of the 
universe, and the body around which the sun and planets 
revolved. (Argosy. The Gale Group.) 


distant constellations, or fixed stars, which did not 
move relative to one another. 


To explain the motion of the planets, Greek 
astronomers, whose efforts culminated in the work 
of Claudius Ptolemy (AD c. 90-168), devised compli- 
cated models in which planets moved along circles 
(epicycles) that were superimposed on circular orbits 
about the Earth. These geocentric models were able 
to explain, for example, why Mercury and Venus 
never move more than 28° and 47° respectively from 
the sun. 


As astronomers improved their methods of obser- 
vation and measurement, the models became increas- 
ingly complicated, with constant additions of epicycles. 
While these complex models succeeded in explaining 
retrograde motion, they reportedly prompted Alfonso 
X (1221-1284), king of Castile, to remark that had God 
asked his advice while engaging in Creation, he would 
have recommended a simpler design for the universe. 
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Geocentric theory 


The geocentric universe. (Hans & Cassidy. Courtesy of Gale Group.) 


Nonetheless, the geocentric theory persisted because it 
worked. 


The scientific refutation of geocentrism began 
with the work of the Polish astronomer Nicolaus 
Copernicus (1473-1543). In Commentariolus, a short 
work composed around 1514, Copernicus first sug- 
gested a replacement for the replacement for the geo- 
centric system. According to Copernicus, who fully 
developed his ideas in De revolutionibus orbium coeles- 
tium (1543), known as On the Revolution of the 
Celestial Spheres, a heliocentric theory could explain 
the motion of celestial bodies more simply than the 
geocentric view. In the Copernican model, Earth 
orbits the sun along with all the other planets. Such a 
model can explain the retrograde motion of a planet 
without resorting to epicycles, and can also explain 
why Mercury and Venus never stray more than 28° 
and 47° from the sun. 


Copernicus’s work did not spell the demise of 
geocentrism, however. The Danish astronomer 
Tycho Brahe (1546-1601), a brilliant experimental sci- 
entist whose measurements of the positions of the stars 
and planets surpassed any that were made prior to 
the invention of the telescope, proposed a model that 
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attempted to serve as a compromise between the 
geocentric explanation and the Copernican theory. 
His careful observation of a comet led him to the 
conclusion that the comet’s orbit could not be circular; 
but despite this insight, he was unable to abandon the 
geocentric system. Instead, he proposed a model that 
preserved the ancient geometric structure, but 
suggested that all the planets except Earth revolved 
around the sun, which, in accordance with the geo- 
centric view, carried all the planets with it, and still 
moved about the Earth. 


After Galileo (1564-1642) built a telescope and 
turned it toward the heavens, evidence supporting a 
heliocentric model started to accumulate. Through his 
refracting (using lenses to form images), Galileo saw 
that Venus and Mercury go through phases similar to 
those of the moon. The geocentric model could not 
fully explain these changes in the appearance of the 
inferior planets (those between Earth and the sun). 
Furthermore, Galileo’s observations of Jupiter’s 
moons made it clear that celestial bodies do move 
about centers other than Earth. 


Around the time when Galileo began to survey the 
skies with his telescope, Johannes Kepler (1571-1630), 
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a remarkable mathematician and theoretical astrono- 
mer, used Brahe’s precise measurements to determine 
the exact paths of the planets. Kepler was able to show 
that the planets did not move along circular paths, but 
rather that each planet followed an elliptical course, 
with the sun at one focus of the ellipse. The fact that 
the planets’ orbits about the sun are ellipses became 
known as Kepler’s first law. His second law states that 
for each planet, an imaginary line connecting the 
planet to the sun sweeps out equal areas in equal 
times; and the third law, later used by Isaac Newton 
(1642-1727) to establish the universal law of gravita- 
tion, reveals that the ratio of the cube of a planet’s 
semimajor axis to the square of its period (the time 
needed to make one revolution) is a constant; that is, 
the ratio is the same for all the planets. By the time 
Newton established the laws of motion—laws that 
he demonstrated to be valid for both celestial and 
earthly objects—there was no doubt that the workings 
of the solar systems clearly invalidated the geocentric 
model. 


See also Celestial mechanics. 
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l Geochemical analysis 


Geochemical analysis is the process through 
which scientists determine the chemical compounds 
that constitute Earth, its atmosphere, and its seas. To 
a lesser degree, geochemical analysis can also be used 
to understand extraterrestrial materials such as moon 
rocks or Martian soil samples. The process or geo- 
chemical analysis requires a thorough grounding in 
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chemistry and Earth sciences, as well as an under- 
standing of the different ways elements can interact 
in a given geologic situation. Geochemical analysis 
can be used to help predict where petroleum, metals, 
water, and commercially valuable minerals may be 
located. It can also be used to predict or trace leaks 
from waste disposal sites and to track and understand 
fluctuations in Earth’s climate throughout its history. 


Branches of geochemical analysis 


Geochemical analysis became important in the 
nineteenth and twentieth centuries, when chemists first 
began investigating the compounds that formed natu- 
rally in the earth, air, and water. Much of this early work 
was credited to a chemist named V. M. Goldschmidt, 
who with his students created detailed charts of the 
chemical breakdown of common compounds, mainly 
igneous rocks. He also created a series of guidelines 
known collectively as Goldschmidt’s rules for under- 
standing the different ways in which elements interact 
to form different types of rock. Scientists have expanded 
on Goldschmidt’s program, forming a series of disci- 
plines that help them predict and interpret the chemical 
composition through time of this planet, other objects in 
the solar system (including planets), and their constitu- 
ent ingredients. Goldschmidt based his analysis of 
chemical behavior on two separate items: size and elec- 
trical charge. 


Later scientists have added radiation to the proc- 
ess of geochemical analysis, grouping elements by 
their radioactive and stable isotopes. Isotopic analysis 
can give clues to the place of origin of the compound, 
and the environment in which it was first put together. 
Isotopes are also used to determine the age of a com- 
pound, and the study of the process through which 
they decay from one form to another is known as 
geochronology. Astronomers have discovered certain 
isotopes in compounds located in celestial bodies— 
like supernovae—which have relatively short half- 
lives, and they use these substances to help date the 
formation of the universe. 


One of the most commercially popular subfields 
of modern geochemistry is geochemical prospecting, 
which is employed to locate such metals as uranium 
and gold or oil and natural gas. The method of geo- 
chemical prospecting was pioneered in Europe and the 
Soviet Union during the 1930s. It was adopted by 
prospectors in the United States after World War II 
(1914-1918). Prospectors find that the most profitable 
way to search for valuable rock and mineral samples is 
often to look in areas that have undergone extensive 
weathering, especially the beds of streams. Using their 
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knowledge of weathering and dispersion patterns, geo- 
chemical prospectors examine samples drawn from 
areas where streams intersect each other and from 
places where fault lines to detect the presence of val- 
uable substances. They also can detect minerals that 
have undergone chemical decomposition by analyzing 
the surrounding water and sand and silt deposits for 
trace remnants, which form a characteristic spread 
known as a secondary dispersion halo. 


By examining the characteristics of these elements 
and comparing the results to a series of known features 
in areas like valency, ionic size, and type of chemical 
bond, geochemists can discover if commercial valua- 
ble minerals are present in the area. Other elements, 
especially volatile ones such as chlorine, fluorine, sul- 
fur, carbon dioxide, and water, also serve as indicators 
of elements that may be found in the area. Prospectors 
searching specifically for petroleum look for a poly- 
mer called kerogen, thought to be a substance falling 
between the original organic material that makes up 
petroleum or natural gas, and the final product, in soil 
and rock samples. The presence of radon, which can 
be detected relatively easily because of its character- 
istic alpha radioactivity, in the water of streams is 
often an indicator of uranium deposits. 


Geochemists have also developed a variety of 
innovative and cost-saving ways of performing geo- 
chemical analysis without requiring to be in direct 
contact with the rocks and minerals they are examin- 
ing. One relatively common way is to examine the 
surface flora and fauna for traces of chemicals or 
metals. Certain plants growing in contaminated areas 
develop characteristic diseases, such as chlorosis or 
nongenetic dwarfism. Contamination can also be 
detected from chemical residue collected in the inter- 
nal organs of fish, molluscs, and insects. Some geo- 
chemists have used dogs to recognize and locate 
minerals that are found in combination with sulfur 
compounds by teaching them to sniff out the gasses 
released in the oxidation process. Prospectors also use 
aerial surveys, computer mapping and modeling, and 
atomic absorption spectrometry to gather clues as to 
where the minerals they are seeking can be found. 
Apparatuses that can record gamma radiation are 
mounted in airplanes and used to locate radioactive 
minerals. 


Geochemical analysis in other environments 


By examining the chemical composition of sea 
water and polar ice, geochemists can draw conclusions 
and make predictions about the environment. Although 
natural weathering processes can take various trace 
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elements into the sea or lock them into ice caps, scien- 
tists also find that by analyzing these compounds they 
can determine the impact which humans are having on 
Earth and detect evidence of climate change, either 
induced by humans or as the result of natural processes, 
such as ice ages. 


Geochemists also make valuable contributions to 
understanding the history of Earth in general and 
human beings in particular. They perform isotopic 
analyses on cores drawn from rock strata or chemical 
breakdowns on ice cores to determine how the world’s 
climate has shifted in the past. Specific events, for 
instance the ash fallout of a large volcanic eruption 
like Mount St. Helens or Krakatoa, or records of the 
hydrocarbons released by factories in Europe and 
American during the Industrial Revolution leave 
chemical traces in the sediments of sea and lake beds, 
and in the unmelting ice of the polar regions. 
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f Geochemistry 


Geochemistry is the study of the chemistry of 
Earth. Geochemists are interested in the origin and 
evolution of chemical compounds found in rock, soil, 
and water; the origin and decomposition of minerals 
and rocks; and the circulation of chemical elements 
through all parts of Earth including the atmosphere 
and biological forms. 


Understanding the distribution of chemical iso- 
topes and their stability (or instability) is important 
in fields such as age-dating in archaeology and medical 
uses of radioactive isotopes. Some significant chemical 
elements like carbon, phosphorus, nitrogen, and sul- 
fur have geochemical cycles that are indicators of 
environmental contamination or the need to rotate 
crops in fields. 


Geochemistry has many subdivisions. Inorganic 
geochemistry explains the relationships and cycles of 
the elements and their distribution throughout the 
structure of Earth. Exploration geochemistry (also 
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called geochemical prospecting) uses geochemical 
principles to locate ore bodies, groundwater supplies, 
and oil and gas. Organic geochemistry uses the chem- 
ical indicators associated with life forms to trace 
human habitation as well as plant and animal activity 
on Earth, including the origin and evolution of petro- 
leum. It has also been important in understanding the 
paleoclimate, paleooceanography, and primordial life 
and life’s evolution. Sedimentary geochemistry applies 
principles of geochemistry to understand chemical 
sedimentary rocks such as limestone, gypsum, and 
salt as well as the role of chemical reactions in the 
transformation of sediments into rock through a proc- 
ess known as diagenesis. 


Environmental geochemistry came into promi- 
nence in the 1980s when environmental concerns 
made the tracking of chemicals in organic tissues, 
groundwater, surface water, the marine environment, 
soil, and rock important to scientists, engineers, and 
government agencies responsible for the public well- 
being. 


History of the science of geochemistry 


Geochemistry did not come into its own as a sci- 
ence until the 1800s. The discoveries of hydrogen and 
oxygen (two of the most important elements needed for 
life on earth) in 1766 by Henry Cavendish (1731-1810) 
and in 1770 by Joseph Priestley (1733-1804), respec- 
tively, opened the door for understanding chemical 
elements and the concept of the atom. Russia stakes 
claim to the founder of geochemistry, V. I. Vernadsky 
(1863-1945). Vernadsky was an expert in mineralogy 
and was the first to relate chemical elements to the 
formation of minerals in nature. Also in the 1800s, 
pioneering geochemists discovered how to produce 
salt from seawater and identified other elements and 
compounds like ozone, which helped in the under- 
standing of the creation of life on Earth and the chem- 
ical requirements for maintaining it. The first American 
geochemist was F. W. Clarke (1847-1931), who 
became the chief chemist of the United States 
Geological Survey shortly after it was founded in 1884. 


Characteristics and processes 


Just as the biochemistry of life is centered on the 
properties and reaction of carbon, the geochemistry of 
Earth’s crust is centered upon silicon. Together, oxy- 
gen and silicon account for 74% of Earth’s crust. 


Unlike carbon and biochemical processes where 
the covalent bond is most common, many of the 
materials and processes of interest to geologists are 
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characterized by ionic bonds. Silicon generally 
becomes a cation and will donate four electrons to 
achieve a noble gas configuration. In quartz, each 
silicon atom is coordinated to four oxygen atoms. 
Quartz crystals are silicon atoms surrounded by a 
tetrahedron of oxygen atoms linked at shared corners. 


Rocks are aggregates of minerals and minerals are 
composed of elements. All minerals have a definite, 
but not fixed, structure and composition. Diamonds 
and graphite are minerals that are polymorphs (many 
forms) of carbon. Although they are both composed 
only of carbon, diamonds and graphite have very 
different structures and properties. The types of 
bonds in minerals can affect the properties and char- 
acteristics of minerals. 


Pressure and temperature also affect the structure 
of minerals. Temperature can determine which ions 
can form or remain stable enough to enter into chem- 
ical reactions. Olivine (Fe, Mg» SiO,), for example, is 
the only solid that will form at 1,800°C. Olivine is 
composed of two atoms of either iron or magnesium. 
The atoms are interchangeable because they carry the 
same electrical charge and are of similar size, thus, 
olivine exists as a range of compositions termed a 
solid solution series. Depending upon the ionic sub- 
stitution of iron or magnesium, Olivine is said to be 
either rich in iron or rich in magnesium. 


The determination of the chemical composition of 
rocks involves the crushing and breakdown of rocks 
until they are in small enough pieces that decomposi- 
tion by hot acids (hydrofluoric, nitric, hydrochloric, 
and perchloric acids) allows the elements present to 
enter into a solution for analysis. Other techniques 
involve the high temperature fusion of powdered inor- 
ganic reagent (flux) and the rock. After melting the 
sample, techniques such as x-ray fluorescence spec- 
trometry may be used to determine which elements 
are present. 


Chemical and mechanical weathering break down 
rock through natural processes. Chemical weathering 
of rock requires water and air. The basic chemical 
reactions in the weathering process include solution 
(disrupted ionic bonds), hydration, hydrolysis, and 
oxidation. 


Geochemistry for the future 


Of all the important work done by geochemists, 
improving our understanding of life on Earth may be 
the highest priority. In their mastery of the cycles of 
elements, geochemists can analyze other cycles such 
as the delicate balance between the atmosphere and 
the hydrosphere that produces the biosphere, or the 
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portions of the earth either on land or in the water and 
air where life flourishes. New advances and under- 
standing are broadening public awareness of the 
need to preserve the atmosphere and the oceans and 
our need to see the earth as a complicated mechanism. 


| Geode 


Geodes are crystal-lined cavities in rock. Geodes 
are usually roughly spherical in shape and large geodes 
can be 12 in (30 cm) or more in diameter. Most com- 
monly, the crystals growing within a geode are quartz, 
calcite, or fluorite, although other minerals can be 
found in geodes. 


Most geodes are characterized by an outer shell of 
chalcedony, a dense microcrystalline form of quartz. 
The hard outer shell of the geode can usually be sep- 
arated from the enclosing rock material. Geodes are 
most often formed in limestone or volcanic rocks, and 
are rarely found in mudstones and shales. The miner- 
alogy of the geode and the rock in which it formed are 
commonly different. Because chalcedony is often 
harder and more weather resistant than the host 
rock, the hollow spheres resist the effects of erosion 
and are left behind as the host rock is eroded. 
Collectors identify the geodes in the field based upon 
their shape, the characteristic chalcedony shell, and 
the lower density arising from the hollow center. 


The initial requirement for the formation of a 
geode is a cavity in the host rock. In a volcanic rock, 
voids commonly form as gas is released from lava. As 
the lava cools and hardens into rock, the gas bubbles 
are preserved as holes in the rock. In sedimentary rocks 
such as limestone, a hole may develop as groundwater 
dissolves the rock itself or as a result of the decay of 
biologic material buried at the time of deposition of the 
sediments. Groundwater within the sediments then 
carries dissolved minerals, including silica, through 
the host rock and into the cavity. The chalcedony 
shell is formed first, fully hardening only after an 
extended period of time. Subsequent mineralized 
groundwater flow may then deposit additional layers 
of minerals within the void. These crystal growths form 
first on the walls of the shell and then grow toward the 
center, producing the distinctive crystalline interior of 
the geode. The formation of a geode with large crystals 
may require tens or hundreds of millions of years. 


Some of the most spectacular geodes, which can 
be as large as 1 yd (1 m) in diameter and contain very 
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A blue geode. (© Royalty-Free/Corbis.) 


large amethyst (purple quartz) crystals, come from 
Brazil. Once found, geodes are often cut open with a 
diamond-tipped saw blade and the cut surfaces of the 
sphere polished for display. 


Geodesic 


A geodesic is the shortest path between two points 
along a surface. On a plane, it is the straight line seg- 
ment joining the two points. On a sphere, it is the 
shorter arc of a great circle joining the two points. 


[ Geodesic dome 


A geodesic dome is an almost spherical structure 
(often a building) in which the supporting network of 
struts are positioned on great circles (called geodesics), 
which lie on the surface of a sphere. It is composed of 
a lattice of interconnecting tetrahedrons (a pyramid 
with three sides and a base) and octahedrons (an 
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A geodesic radar dome at Lowther Hill Civil Aviation 
Authority Radar Station in Scotland. The dome is made of 
fiberglass which, unlike concrete, is transparent to radio 
waves. (John Heseltine. National Audubon Society Collection/ 
Photo Researchers, Inc.) 


eight-sided figure—two pyramids with four sides 
and a base, placed base to base). 


The first contemporary geodesic dome on record is 
the one built by German inventor and engineer Walter 
Bauersfeld. He realized the utility of projecting the 
constellations on the inner surface of an icosasphere, 
Omnimax-style, thereby creating a breakthrough plan- 
etarium in Jena, Germany, in 1922. After gaining the 
patient on the invention, the geodesic dome was con- 
structed at the German optical company Carl Zeiss, 
where Bauersfeld worked. However, the geodesic dome 
common today was invented and patented in the 
United States by American architect Buckminster 
Fuller (1895-1983) in 1947. 


Geodesic domes are fractional parts of complete 
geodesic spheres. Actual structures range from less 
than 5 to 100% (a full sphere). The Spaceship Earth 
Pavilion constructed by Tishman Construction for 
AT&T at Walt Disney World’s EPCOT is the best- 
known example of a full sphere. 


Several physical and mathematical ideas factor 
into building a geodesic dome. For example, a con- 
vexly curved surface is stronger than a flat one, most 
materials are stronger in tension than in compression, 
and the most rigid structure is a triangle. A hemisphere 
encloses the most space with the least amount of 
material while the tetrahedron encloses the least vol- 
ume with the most surface. These principles make 
geodesic domes the strongest, lightest, most energy 
efficient buildings ever devised. Structural patterns of 
geodesic domes vary in complexity. Some domes have 
been built using simple interconnecting triangles as a 
support structure while others have icosahedrons as 
their supporting structure. An icosahedron is the 
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geometric form having the greatest number of identi- 
cal and symmetrical faces—it has 20 faces, 12 vertices, 
and 30 edges. The more complex the structure is, the 
stronger it is. 


Geodesic spheres and domes come in various fre- 
quencies. The frequency of a dome relates to the num- 
ber of smaller triangles into which it is subdivided. A 
high frequency dome has more triangular components 
and is more smoothly curved and sphere-like. 


Geodesic dome structures are used as private resi- 
dences, commercial buildings, places of worship, schools, 
sports arenas, theaters, and vacation homes. Dome 
homes can be found in all 50 of U.S. states. They can 
be found in many places throughout the world such as 
China, Africa, Europe, and the Antarctic. Some notable 
geodesic domes are the Climatron, a climate controlled 
botanical garden in St. Louis, Missouri (which was built 
in 1960), the Houston Astrodome (1965), and the dome 
for the American pavilion (now called the Montreal 
Biosphere) at Expo ’67 in Montreal (1967). In addition, 
humans have been living in domes such as mud huts, 
igloos, and thatch huts for millions of years. 


Geodesy see Surveying instruments 


t Geographic and magnetic 


poles 


Earth’s geographic poles are fixed by the axis of 
Earth’s rotation. On maps, the north and south geo- 
graphic poles are located at the congruence of lines of 
longitude. Earth’s geographic poles and magnetic poles 
are in different places. As are all points on Earth, the 
northern magnetic pole is south of the northern geo- 
graphic pole (located on the polar ice cap) and is pres- 
ently located near Bathurst Island in northern Canada 
(approximately 1,000 miles [1,600 km] from the geo- 
graphic North Pole). The southern magnetic pole is 
displaced hundreds of miles away from the southern 
geographic pole on the Antarctic continent. 


Although fixed by the axis of rotation, the geo- 
graphic poles undergo slight wobblelike displacements 
in a circular pattern that shifts the poles approximately 
six meters per year. Located on shifting polar ice, the 
North Pole (geographic pole) is technically defined 
as that point 90° N latitude, 0° longitude (although, 
because all longitude lines converge at the poles, any 
value of longitude can be substituted to indicate the 
same geographic point. The South Pole (geographic 
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pole) is technically defined as that point 90° S latitude, 
0° longitude. Early explorers used sextants and took 
celestial readings to determine the geographic poles. 
Modern explorers reply on global positioning system 
(GPS) coordinates to accurately determine the location 
of the geographic poles. 


Earth’s magnetic field shifts over time, eventually 
completely reversing its polarity. There is evidence from 
magnetic mineral orientations suggesting that, during 
the past 10-15 million years, reversals have occurred 
as frequently as every quarter million years. Although 
Earth’s magnetic field is subject to constant change 
(periods of strengthening and weakening) and the last 
magnetic reversal occurred approximately 750,000 years 
ago, geophysicists assert that the next reversal will not 
come within the next few thousand years. The present 
alignment means that at the northern magnetic pole, a 
dip compass (a compass with a vertical swinging needle) 
points straight down. At the southern magnetic pole, the 
dip compass needle would point straight up or pole. 


The magnetic poles are not stationary. The north 
magnetic pole migrates about 6 mi (10 km) per year. As 
igneous rocks cool from a hot magma any magnetic 
minerals will align themselves with the magnetic polar- 
ity present at the time of cooling. These rocks preserve 
a history of magnetic reversals and, when found in 
equidistant banded patterns on either side of mid- 
ocean ridges, provide paleomagnetic evidence of plate 
tectonics. 


Navigators using magnetic compass readings must 
make corrections both for the distance between the 
geographic poles and the magnetic poles, and for the 
shifting of the magnetic poles. Moreover, the magnetic 
poles may undergo displacements of 25-37 mi (40-60 
km) from their average or predicted position due to 
magnetic storms or other disturbances of the iono- 
sphere and/or Earth’s magnetic field. Angular correc- 
tions for the difference between the geographic poles 
and their corresponding magnetic pole are expressed as 
magnetic declination. The values for magnetic declina- 
tion vary with the observer’s position. 


See also Bowen’s reaction series; Cartography; 
Continental drift; Earth’s interior; Global Positioning 
System; Latitude and longitude; Magnetism. 


l Geologic map 


Geologic maps are graphical representations of 
rocks, sediments, and other geologic features observed 
or inferred to exist at or beneath Earth’s surface. They 
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A simplified geologic map. (Photo Researchers, Inc.) 


can be based on observations of outcrops in the field, 
interpretation of aerial photographs or satellite 
images, or information obtained during the drilling 
of exploratory boreholes. Outcrops can be obscured, 
particularly in areas covered by dense vegetation or 
thick soil, and borehole information is often limited. 
Therefore, geologic maps are in most cases inter- 
pretive rather than purely descriptive scientific 
documents. Geologic maps are used for a variety of 
purposes, including petroleum, mineral, and ground- 
water exploration; land use planning; and natural haz- 
ard studies. 


The first modern geologic map was drawn by 
William Smith (1769-1839), a British canal builder. 
He recognized that sedimentary rocks occurred in a 
consistent sequence throughout the countryside. 
Knowing the position of a coal bed within the sedi- 
mentary rock sequence in one location allowed Smith 
to predict its occurrence and depth beneath the sur- 
face in other locations. Likewise, knowledge of rock 
sequences allowed Smith to predict the kinds of rocks 
that would be encountered during canal construction. 


A general geologic map classifies rocks primarily 
according to their ages and secondarily according to 
their formation names. Formations are rock units that 
have a distinctive appearance or physical properties 
that can be identified in the field, and must also be 
laterally extensive and thick enough to depict on maps 
of a specified scale. In the United States, the scale at 
which formations must be mappable is 1:24,000, which 
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corresponds to the scale of U.S. Geological Survey 
topographic maps covering 7.5 minutes of latitude 
and longitude. 


Formations are named according to a protocol 
that requires a published description of each proposed 
formation in a scientific journal. If a formation con- 
sists of only one rock type, that rock type is included 
in the formation name (Berea Sandstone). If a forma- 
tion consists of different rock types, then the word 
Formation is appended (Morrison Formation). 
Formations are named after nearby landmarks and, 
unlike fossils, never named directly after people. They 
can be, however, named after places that are named 
after people. The Gene Autry Shale, for example, is 
named after the town of Gene Autry, Oklahoma. The 
town, in turn, was named after the famous American 
singing cowboy Gene Autry (1907-1998). 


Geologic maps also contain symbols representing 
geometric elements that are collectively known as geo- 
logic structures. These include faults, joints (fractures 
across which very little movement has occurred), 
aligned prismatic or platy mineral crystals known as 
lineations or foliations, and strata that have been tilted 
or folded in response to stresses within Earth’s crust. 


Specialized geologic maps can also be prepared. 
Engineering geologists conducting investigations for 
construction projects, for example, may be more con- 
cerned with rock types than ages. They may therefore 
depict rocks using a system that emphasizes rock type 
and origin over age. Petroleum geologists and hydro- 
geologists often prepare maps based solely on infor- 
mation obtained during the drilling of oil, gas, and 
water wells. Those that depict changes in the thickness 
of a particular formation are known as isopach maps. 
Structure maps show the elevation or depth of a for- 
mation that may be an important petroleum reservoir 
or aquifer. 


Geologic time 


Although historical time covers centuries and 
archeological times covers millennia, geologic time 
describes the span of time—billions of years—revealed 
in the fossil and rock record. Geochronology is the 
science of determining the age of rocks and minerals. 
Absolute time and relative time are terms used by 
geologists used to describe the age of rocks and events. 
Radiometric age determination is a method used by 
geologists to determine the absolute age, in years, of 
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rocks and minerals. Knowledge of stratigraphy, the 
branch of geology that catalogues Earth’s successions 
of rock layers, is essential to establish the relative ages 
of rock units. 


History of the concept of geologic time 


Before scientific methods were used to investigate 
geologic time, ideas about time and Earth history 
came from religious theories. The Hindu and Mayan 
religions taught about endlessly repeating cycles of 
time, each lasting for billions of years. Ideas in western 
culture about the age of Earth were also imprecise. In 
the 1650s, the Irish clergyman and scholar James 
Ussher (1581-1656) used apparent genealogy within 
the Bible’s Book of Genesis to determine that Earth 
was created in 4004 BC. Isaac Newton also speculated 
on the age of Earth. As early as the eighteenth century, 
scientists knew that Earth’s age must be great. But 
geologists were not able to measure the dimensions 
of Earth’s history until mass spectrometers became 
available in the 1950s. The mass spectrometer is an 
instrument used to separate different varieties of 
atoms from each other. Before that time, inferences 
were made by comparing the rock record from differ- 
ent parts of the world and estimating how long it 
would take natural processes to form all the rocks on 
Earth. 


Georges Louis Leclerc de Buffon (1707-1788), for 
example, calculated Earth to be 74,832 years old by 
figuring how long it would take the planet to cool down 
to the present temperature. Writing around 1770, he 
was among the first to suggest that Earth’s history can 
be known about by observing its current state. 


James Hutton (1726-1797) did not propose a date 
for the formation of Earth, but is famous for the state- 
ment that Earth contains “no vestige of a beginning— 
no prospect of an end.” The German geologist 
Abraham Werner (1750-1817) was the first scientist 
to make use of a stratigraphic column, which is a 
diagram showing order of sedimentary layers. The 
French zoologist and paleontologist Georges Cuvier 
(1769-1832) observed that specific fossil animals 
occurred in specific rock layers, forming recognizable 
groups, or assemblages. William Smith (1769-1768) 
combined Werner’s and Cuvier’s approaches, using 
fossil assemblages to identify identical sequences of 
layers distant from each other, linking or correlating 
rocks which were once part of the same rock layer but 
had been separated by faulting or erosion. 


In 1897, the British physicist Lord Kelvin (1824— 
1907) developed a model that assumed that Earth has 
been cooling steadily since its formation. Because he 
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did not know that heat is transported by convection 
currents beneath Earth’s surface or that Earth gener- 
ates its own heat from the decay of radioactive miner- 
als buried inside it, Kelvin proposed that Earth was 
formed from 20 to 40 million years ago. 


In the late eighteenth century, geologists began 
to name periods of geologic time. In the nineteenth 
century, geologists such as William Buckland (1784— 
1856), Adam Sedgwick (1785-1873), Henry de 
la Beche (1796-1855), and Roderick Murchison 
(1792-1871) identified widespread rock layers beneath 
continental Europe, the British isles, Russia, and 
America. They named periods of time after the places 
in which these rocks were first described. For instance, 
Cambrian Period was named for Cambria (the Roman 
name for Wales), and Permian, for the Perm province 
in Czarist Russia. Pennsylvanian and Mississippian 
periods widely used by American geologists were 
named for a U.S. state and a region around the 
upper reaches of a large river, respectively. By the 
mid-nineteenth century, most of the modern names 
of the periods of geologic time had been proposed. 
All of them are still in use. 


Relative age determination 


A rock layer may or may not contain evidence 
that reveals its age. Rock layers for which ages are 
defined by relationships with the dated rock units 
around it are examples of relative age determination. 
That relationship is found by observing the unknown 
rock layer’s stratigraphic relationship with the rock 
layers for which ages are known. If the known rock 
layer is on top of the unknown layer, then the lower 
layer is probably the older of the two. That inference is 
based on the principle of superposition, which states 
that when two rock layers are stacked one above the 
other, the lower one was formed before the overlying 
one, unless the layers have been overturned. 


Radiometric age determination 


Every rock and mineral exists in the world as a 
mixture of elements, and every element exists as a 
population of atoms. One element’s population of 
atoms will not all have the same number of neutrons, 
and so two or more kinds of the same element will have 
different atomic masses or atomic numbers. These 
different kinds of the same chemical element are called 
nuclides of that element. A nuclide of a radioactive 
element is known as a radionuclide. 


The nucleus of every radioactive element sponta- 
neously disintegrates over time. This process results in 
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radiation, and is called radioactive decay. Losing high- 
energy particles from their nuclei transforms the 
atoms of a radioactive nuclide into the daughter prod- 
uct of that nuclide. A daughter product is either a 
different element altogether, or is a different nuclide 
of the same parent element. A daughter product may 
or may not be radioactive. If it is, it also decays to form 
its own daughter product. The last radioactive element 
in a series of these transformations will decay into a 
stable element, such as lead. 


While there is no way to discern whether an indi- 
vidual atom will decay today or two billion years from 
today, the behavior of large numbers of the same kind 
of atom is so predictable that certain nuclides are 
known as radioactive clocks. The use of these radio- 
active clocks to calculate the age of a rock is referred to 
as radiometric age determination. First, an appropri- 
ate radioactive clock must be chosen. The sample must 
contain measurable quantities of the element to be 
tested for, and its radioactive clock must tell time for 
the appropriate interval of geologic time. Then, the 
amount of each nuclide present in the rock sample 
must be measured. 


Each radioactive clock consists of a radioactive 
nuclide and its daughter product, which accumulate 
within the atomic framework of a mineral. These 
radioactive clocks decay at various rates, which gov- 
ern their usefulness in particular cases. A three-billion 
year old rock needs to have its age determined by a 
radioactive clock that still has a measurable amount of 
the parent nuclide decaying into its daughter product. 
The same radioactive clock would reveal nothing 
about a two million year old rock, because the rock 
would not yet have accumulated enough of the daugh- 
ter product to measure. 


The time it takes for half of the parent nuclide to 
decay into the daughter product is called one half-life. 
The remaining population of the parent nuclide is 
halved again, and the population of daughter product 
doubled, with the passing of every succeeding half-life. 
The amount of parent nuclide measured in the sample 
is plotted on a graph of that radioactive clock’s known 
half-life. The absolute age of the rock, within its mar- 
gin of error, can then be read directly from the time 
axis of the graph. 


When a rock is tested to determine its age, differ- 
ent minerals within the rock are tested using the same 
radioactive clock. Ages may be determined on the 
same sample by using different radioactive clocks. 
When the age of a rock is measured in two different 
ways, and the results are the same, the results are said 
to be concordant. 
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KEY TERMS 


Blocking temperature—Temperature below which a 
mineral’s atomic framework is rigid enough to trap 
the daughter products of radioactive decay, thus 
starting the radioactive clock. 


Concordant—Said of a rock’s age when determina- 
tion of the absolute age of two or more rocks or 
minerals by radiometric methods yields the same 
result. 


Daughter product—The element made when a 
radioactive element’s nucleus spontaneously falls 
apart (or decays). The daughter product may or 
may not be radioactive. 


Discordant—Said of a rock’s age when different 
radiometric methods produce different estimates of 
the age. 


Fission-track dating—An age determination techni- 
que in which the number of trails torn by alpha 
particles through a zircon crystal’s crystal frame- 
work. 


Geochronology—tThe study of determining how old 
rocks and minerals are, in order to sort out the events 
of Earth history. 


Half-life—The time it takes for half of the original 
atoms of a radioactive element to be transformed 
into the daughter product. 


Discordant ages means the radioactive clock 
showed different absolute ages for a rock sample, or 
different ages for different minerals within the rock. A 
discordant age result means that at some time after the 
rock was formed, something happened to it which 
reset one of the radioactive clocks. 


For example, if a potassium-argon test produces a 
discordant result, the rock may have been heated to a 
blocking temperature above which a mineral’s atomic 
framework becomes active enough to allow trapped 
gaseous argon-40 to escape. 


Concordant ages mean that no complex sequence 
of events-deep burial, metamorphism, and mountain- 
building, for example has happened that can be 
detected by the two methods of age determination 
that were used. 


A form of radiometric dating is used to determine 
the ages of organic matter. A short-lived radioisotope, 
carbon-14, is accumulated by all living things on 
Earth. At death, the amount of carbon-14 is fixed 
and then begins to decay into carbon-12 at a known 
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Nuclides—Different versions of the same chemical 
element that have slightly different numbers of sub- 
atomic particles in their nuclei, and therefore differ- 
ent atomic masses or in some cases different atomic 
numbers. 


Radioactive clock—tThe ratio of a radionuclide and 
its daughter product, which accumulate within the 
atomic framework of a mineral. Also used to mean 
the radionuclide itself. 


Radioactive decay—The predictable manner in 
which a population of atoms of a radioactive ele- 
ment spontaneously fall apart, and lose subatomic 
particles from their nuclei, becoming their daughter 
products. 


Radiometric date—A measurement of time derived 
by measuring how much of a short-lived radioiso- 
tope (carbon-14) is left in a formerly living object, or 
how much of a long-lived radioisotope is left in a 
rock or mineral compared to how much of the 
daughter product is there into which the long-lived 
radioisotope decayed. 


Radionuclide—Radioactive or unstable nuclide. 


Stratigraphy—tThe study of layers of rock or soil, 
based on the assumption that the oldest material 
will usually be found at the bottom of a sequence. 


rate (its half-life is 5,730 years). By measuring how 
much of the carbon-14 is left in the remains, and 
plotting that amount on a graph showing how fast 
the carbon-14 decays, the approximate date of the 
organism’s death can be known. 


When uranium atoms decay, they emit fast, heavy 
alpha particles. Inside a zircon crystal, these subato- 
mic particles leave trails of destruction in the zircon’s 
crystal framework. The age of a zircon crystal can be 
estimated by counting the number of these trails. The 
rate at which the trails form has been found by deter- 
mining the age of rocks containing zircon crystals, and 
noting how torn-up the zircon crystals become over 
time. This age determination technique is called fis- 
sion-track dating. This technique has detected the 
world’s oldest rocks, between 3.8 billion and 3.9 bil- 
lion years old, and yet older crystals, which suggest 
that Earth had some solid ground on it 4.2 billion 
years ago. 


The age of Earth is deduced from the ages of other 
materials in the solar system, namely, meteorites. 
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Meteorites are pieces formed from the cloud of dust 
and debris left behind by a supernova, the explosive 
death of a star. Through this cloud the infant Earth 
spun, attracting more and more pieces of matter. The 
meteorites that fall to Earth today have orbited the sun 
since that time, unchanged and undisturbed by the 
processes that have destroyed Earth’s first rocks. 
Radiometric ages for meteorites fall between 4.45 bil- 
lion and 4.55 billion years. 


The radionuclide iodine-129 is formed in nature 
only inside stars. A piece of solid iodine-129 will 
almost entirely decay into the gas xenon-129 within a 
hundred million years. If this decay happens in open 
space, the xenon-129 gas will float off into space, 
blown by the solar wind. Alternatively, if the iodine- 
129 were in a rock within a hundred million years of 
being formed in a star, then some very old rocks 
should contain xenon-129 gas. Both meteorites and 
Earth’s oldest rocks contain xenon-129. That means 
the star that provided the material for the solar system 
died less than 4.65 billion (4,650,000,000) years ago. 


See also Dating techniques; Fossil and fossiliza- 
tion; Spectroscopy; Strata. 


Resources 


BOOKS 

Tarbuck, E.J., F.K. Lutgens, and D. Tasa. Earth: An 
Introduction to Physical Geology. Upper Saddle River, 
New Jersey: Prentice Hall. 

Walker, M.J.C. Quaternary Dating Methods. Chichester, 
United Kingdom: Wiley, 2005. 


Clinton Crowley 


l Geology 


Geology is the study of Earth. Modern geology 
includes studies in seismology (earthquake studies), vol- 
canology, energy resources exploration and develop- 
ment, tectonics (structural and mountain building 
studies), hydrology and hydrogeology (water-resources 
studies), geologic mapping, economic geology (e.g., 
mining), paleontology (ancient life studies), soil science, 
historical geology and stratigraphy, geological archae- 
ology, glaciology, modern and ancient climate and 
ocean studies, atmospheric sciences, planetary geology, 
engineering geology, and many other subfields. 


Geologists study mountains, valleys, plains, sea 
floors, minerals, rocks, fossils, and the processes that 
create and destroy each of these. Geology consists of 
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two broad categories of study. Physical geology stud- 
ies Earth’s materials: erosion, volcanism, and sedi- 
ment deposition that create and destroy the materials 
and landforms. Historical geology explores the devel- 
opment of life by studying fossils (petrified remains of 
ancient life) and the changes in land (for example, 
distribution and latitude) via rocks. The two fields 
overlap in their coverage: for example, to examine a 
fossil without also examining the rock that surrounds 
it tells only part of the preserved organism’s history. 


Physical geology further divides into more specific 
branches, each of which deals with its own part 
of Earth’s materials, landforms, or processes. 
Mineralogy and petrology investigate the composition 
and origin of minerals and rocks, respectively. 
Sedimentologists look at sedimentary rocks—prod- 
ucts of the accumulation of rock fragments and other 
loose Earth materials—to determine how and where 
they formed. Volcanologists study live, dormant, 
and extinct volcanoes by sampling lava, rocks and 
gases. Seismologists set up instruments to monitor 
and to predict earthquakes and volcanic eruptions. 
Structural geologists study the ways rock layers bend 
and break in response to tectonic forces. Plate tecton- 
ics unifies most aspects of physical geology by demon- 
strating how and why plates (sections of Earth’s outer 
crust) collide and separate and how that movement 
influences the entire spectrum of geologic events and 
products. 


Fossils are used in historical geology as evidence 
of the evolution of life on Earth. Plate tectonics 
provide information about the changing configuration 
of the continents and oceans over geologic time. For 
many years paleontologists observed that the older 
the rock layer, the more primitive the fossil organisms 
found therein, and from those observations developed 
evolutionary theory. Fossils not only relate evolution, 
but also provide evidence of the environment in 
which the organism lived. Coral in limestone at the 
top of the Grand Canyon in Arizona, for example, 
show that a shallow sea flooded the area around 
290 million years ago. In addition, by determining 
the ages and types of rocks around the world, geolo- 
gists piece together continental and oceanic history. 
For example, by matching fossil and tectonic evidence, 
geologists reconstructed the history and shape of the 
200-300 million year-old supercontinent, Pangea 
(Pangaea). 


Many other sciences also contribute to geology. 
The study of the chemistry of rocks, minerals, and 
volcanic gases is known as geochemistry. The physics 
of Earth is known as geophysics. Paleobotanists 
study fossil plants. Paleozoologists reconstruct fossil 
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animals. Paleoclimatologists reconstruct ancient cli- 
mates. Geobiology, a relatively new field, is concerned 
with the role of living organisms such as bacteria in 
geologic processes. 


Much of current geological research focuses on 
resource utilization. Environmental and engineering 
geologists attempt to minimize human impact on 
Earth’s resources and the impact of natural disasters 
on humans. Hydrology and hydrogeology, two subdis- 
ciplines of environmental geology, deal with water 
resources. In general, hydrologists study surface water 
whereas hydrogeologists study groundwater (although 
it is not possible to completely separate the two). Both 
disciplines try to minimize the impact of pollution on 
these resources. Economic geologists focus on finding 
the minerals and fossil fuels (oil, natural gas, coal) 
needed to maintain or improve global standards of 
living. Extraterrestrial geology, a study in its infancy, 
involves surveying the materials and processes of other 
planets, trying to unlock the secrets of the Universe and 
even to locate useful mineral deposits. 


Many laws and regulations require that licensed 
professional geologists supervise all or part of key 
tasks in certain areas of engineering geologic and envi- 
ronmental work. It is common for professional geolo- 
gists and professional engineers to work together on 
such projects, including construction site preparation, 
waste disposal, ground-water development, engineer- 
ing planning, and highway construction. Other geolo- 
gists are employed in petroleum and mineral 
exploration and production. Many federal, state, and 
local agencies employ geologists, and there are geolo- 
gists as researchers and teachers in most academic 
institutions of higher education. 


See also Earth science; Earth’s interior. 


Resources 


BOOKS 


Tarbuck, E.J., F.K. Lutgens, and D. Tasa. Earth: An 
Introduction to Physical Geology. Upper Saddle River, 
New Jersey: Prentice Hall, 2002. 


| Geometry 


Geometry, the study of points, lines, and other 
figures in space, is a very old branch of mathematics. 
Its ideas were undoubtedly used, intuitively if not 
formally, from earliest times. Walking along a straight 
line toward a particular destination is the shortest way 
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A dodecahedron is one of Plato’s five regular polyhedrons 
(along with the tetrahedron, hexahedron, octohedron, and 
icosahedron): all of its faces are identically sized regular 
polygons. This dodecahedron has had a pentagon shaped 
window removed from each of its faces to allow viewing of the 
interior. (© Richard Duncan, National Audubon Society 
Collection/Photo Researchers, Inc.) 


to get there; lining an arrow up with the target is the 
way to hit it; sitting in a circle around a fire is the most 
equitable way to share the warmth. Early humans 
need not have been students of formal geometry to 
know and to use these ideas that all relate to geometry. 


As early as 2,600 years ago the Greeks had not 
only discovered a large number of geometric proper- 
ties, they had begun to see them as abstract ideas to be 
studied in their own right. By the third century BC, 
they had created a formal system of geometry. Their 
system began with the simplest ideas and, with these 
ideas as a foundation, went well beyond much of what 
is taught in schools today. 


Proof 


Typically one learns arithmetic and algebra by 
experiment or by being told how to do it. Geometry, 
however, is taught logically. Its ideas are established 
by means of proof. One starts with definitions, postu- 
lates, and primitive terms; then proves his or her way 
through the course. 


The reason for this procedure goes back to the 
forenamed Greeks, and in particular to Greek mathe- 
matician Euclid of Alexandra (c.325—c.265 BC). 
Twenty-three hundred years ago he wrote a book 
called the Elements. This book contains no exercises, 
no experiments, no applications, no questions—just 
proofs, the proof of one proposition after another. 


For centuries the Elements was the basic text in 
geometry. British mathematician and ancient Greek 
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historian Sir Thomas Little Heath (1861-1940), in 
his 1925 translation of the Elements, quotes Indian- 
British mathematician Augustus De Morgan (1806- 
1871): “There never has been...a system of geometry 
worthy of the name, which has any material 
departures...from the plan laid down by Euclid.” 
Nowadays the Elements has been replaced with texts 
that have exercises, problems, and applications, but 
the emphasis on proof remains. Even the most obvious 
fact, such as the fact that the opposite sides of a 
parallelogram are equal, is supposed to go unnoticed, 
or at least unused, until it has been proved. Whether or 
not this makes sense, the reader will have to decide for 
himself or herself, but sensible or not, proof is and will 
probably continue to be a dominant component of a 
course in geometry. 


Proofs can vary in formality. They can be as for- 
mal as the two-column proofs used in textbooks in 
which each statement is identified as an assumption, 
a definition, or the consequence of a previously proved 
property. They can be informal with much left for the 
reader to fill in. They can be almost devoid of explan- 
ation, as in the ingenious proof of the Pythagorean 
theorem given by Hindu mathematician and astrono- 
mer Bhaskara Acharya (1114-1185) in the twelfth 
century. His proof consisted of a single word ‘behold’ 
and a drawing. 


Constructions 


Another lasting influence of Euclid’s Elements is 
the emphasis which is placed on constructions. Three 
of the five postulates on which Euclid based his geom- 
etry describe simple drawings and the conditions 
under which they can be made. One such drawing 
(construction) is the circle. It can be drawn if one 
knows where its center and one point on it are. 
Another construction is drawing a line segment 
between two given points. A third is extending a 
given line segment. These are the so-called ruler-and- 
compass constructions upon which Euclidean geome- 
try is based. 


Modern courses in geometry are frequently based 
on other postulates. Some, for example, permit one to 
use a protractor to draw and measure angles; some 
allow the use of a scale to measure distances. Even so, 
the traditional limitations that the Euclidean postu- 
lates placed on constructions are often observed. 
Protractors, scales, and other drawing tools, which 
would be easier and more accurate to use, are forbid- 
den. Constructions become puzzles, intriguing but 
separate from the logical structure of the course, and 
not overly practical. 
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Points, lines, and planes 


Points, lines, and planes are primitive terms; 
no attempt is made to define them. They do have 
properties, however, which can be explicitly described. 
Among the most important of these properties are the 
following. 


Two distinct points determine exactly one line. 
That line is the shortest path between the two points. 
Bricklayers use these properties when they stretch a 
string from corner to corner to guide them in laying 
bricks. 


Two points also determine a ray, a segment, and a 
distance, symbolized for points A and B by AB (or BA 
when B is the endpoint), AB, and AB respectively. 
(Some authors use AB to symbolize all of these, leav- 
ing it to the reader to know which is meant.) Three 
non-collinear points determine one and only one 
plane. 


The photographer’s tripod exploits this to hold 
the camera steady; while the chair on an uneven floor 
rocks back and forth between two different planes 
determined by two different combinations of the four 
legs. 


If two points of a line lie in a plane, the entire line 
lies in the plane. It is this property that makes the plane 
flat. Two distinct lines intersect in at most one point; 
two distinct planes intersect in at most one line. If two 
coplanar lines do not intersect, they are parallel. Two 
lines that are not coplanar cannot intersect and are 
called skew lines. Two planes which do not intersect 
are parallel. 


A line which does not lie in a plane either inter- 
sects that plane in a single point, or is parallel to the 
plane. 


Angles 


An angle in geometry is the union of two rays with 
a common endpoint. The common endpoint is called 
the vertex and the rays are called the sides. Angle ABC 
is the union of BA and BC. When there is no danger of 
confusion, an angle can be named by its vertex alone. 
It is also handy from time to time to name an angle 
with a letter or number written in the interior of the 
angle near the vertex. Thus angles ABC, B, and x are 
all the same angle. 


When the two sides of an angle form a line, the 
angle is called a straight angle. Straight angles have a 
measure of 180°. Angles that are not straight angles 
have a measure between 180° and 0°. The reflex angles, 
whose measures exceed 180°, encountered in other 
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branches of mathematics are not ordinarily used in 
geometry. If the sum of the measures of two angles is 
180°, the angles are said to be supplementary. Right 
angles have a measure of 90°. Lines that form right 
angles are also said to be perpendicular. If the sum of 
the measures of two angles is 90°, the angles are called 
complementary. Angles that are smaller than a right 
angle are called acute. Those angles that are larger 
than a right angle but smaller than a straight angle 
are called obtuse. When two lines intersect, they form 
two pairs of opposite or vertical angles. Vertical angles 
are equal. 

A ray that divides an angle into two equal angles is 
called an angle bisector. Points on an angle bisector 
are equidistant from the sides of the angle. 


Parallel lines and planes 


Given a line and a point not on the line, there is 
exactly one line through the point parallel to the line. 


Two coplanar (lines on the same plane) lines 1; and 
1, in Figure 1, cut by a transversal t, are parallel if and 
only if: 

1) Alternate interior angles (e.g., d and e) are 
equal. 


2) Corresponding angles (e.g., b and f) are equal. 


3) Interior angles on the same side of the trans- 
versal are supplementary (see Figure 1). 


These principles are used in a variety of ways. A 
draftsperson uses 2) to rule a set of parallel lines. 
Number 1) is used to show that the sum of the angles 
of a triangle is equal to a straight angle. 


If a set of parallel lines cuts off equal segments on 
one transversal, it cuts off equal segments on any other 
transversal (see Figure 2) a draftsperson finds this idea 
useful when he or she needs to subdivide a segment 
into parts that are not readily measured, such as 
thirds. If transversal AC in Figure 2 is slanted so that 
AC is three units, then the parallel lines through the 
unit points will divide AB into thirds as well. 


Ifa set of parallel planes is cut by a plane, the lines 
of intersection are parallel. This property and its con- 
verse are used when one builds a bookcase. The set of 
shelves are, one hopes, parallel, and they are sup- 
ported by parallel grooves routed into the sides. 


Perpendicular lines and planes 


If A is a given point and CD a given line, then 
there is exactly one line running through A that is 
perpendicular to CD. If B is the point on line CD 
that also resides on the line running perpendicular to 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


CD, then that line, AB, is the shortest distance from 
point A to line CD. 


In a plane, if CD is a line and B a point on CD, 
then there is exactly one line through B perpendicular 
to CD. If B happens to be the midpoint of CD, then 
AB is called the perpendicular bisector of CD. Every 
point on AB is equidistant from C and D. 


If a line QP is perpendicular to a plane at a point 
P, then it is perpendicular to every line in the plane that 
passes through P. Carpenters use this property when 
they make sure that a doorframe is perpendicular to 
the floor. Otherwise the door will rub on the floor, as 
someone who lives in an old house is likely to know. 


A line will be perpendicular to a plane if it is 
perpendicular to two lines in the plane. The carpenter, 
in setting up the door frame, need not check every line 
with his or her square; two lines will do. 


If perpendiculars are not confined to a single 
plane, there will be an infinitude of lines through B 
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perpendicular to CD, all lying in the plane that is per- 
pendicular to CD. If B is a midpoint, this plane will be 
the perpendicular-bisector plane of CD, and every point 
on this plane will be equidistant from C and D. 


Two planes are perpendicular if one of the planes 
contains a line that is perpendicular to the other plane. 
The panels of folding screens, for example, stay per- 
pendicular to the floor because the hinge lines are 
perpendicular to the floor. 


Triangles 


Triangles are plane figures determined by three 
non-collinear points called vertices. They are made 
up of the segments, called sides, which join them. 
Although the sides are segments rather than rays, 
each pair of them makes up one of the triangle’s angles. 


Triangles may be classified by the size of their 
angles or by the lengths of their sides. Triangles 
whose angles are all less than right angles are called 
acute. Those with one right angle are right triangles. 
Those with one angle larger than a right angle are 
obtuse. (In a right triangle, the side opposite the right 
angle is called the hypotenuse and the other two sides 
legs.) Triangles with no equal sides are scalene trian- 
gles. Those with two equal sides are isosceles. Those 
with three equal sides are equilateral. There is no direct 
connection between the size of the angles of a triangle 
and the lengths of its sides. The longest side, however, 
will be opposite the largest angle; and the shortest side, 
opposite the smallest angle. Equal sides will be oppo- 
site equal angles. 


In comparing triangles it is useful to set up a 
correspondence between them and to name corre- 
sponding vertices in the same order. If CXY and PST 
are two such triangles, then angles C and P corre- 
spond; sides CY and PT correspond; and so on. 


Two triangles are congruent when their six corre- 
sponding parts are equal. Congruent triangles have 
the same size and shape, although one may be the 
mirror image of the other. Triangles ABC and FDE 
are congruent provided that the sides and angles which 
appear to be equal are in fact equal. 


One can show that two triangles are congruent 
without establishing the equality of all six parts. Two 
triangles will be congruent whenever: 


1) Two sides and the included angle of one are 
equal to two sides and the included angle of the other 
(SAS congruence). 


2) Two angles and the included side of one are 
equal to two angles and the included side of the other 
(ASA congruence). 
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3) Three sides of one are equal to three sides of the 
other (SSS congruence). 


Triangle congruence applies not only to two dif- 
ferent triangles. It also applies to one triangle at two 
different times or to one triangle looked at in two 
different ways. For example, when the girders of a 
bridge are strengthened with triangular braces, each 
triangle stays congruent to itself over a period of time, 
and does so by virtue of SSS congruence. 


Two triangles can also be similar. Similar triangles 
have the same shape, but not necessarily the same size. 
They are alike in the way that a snapshot and an 
enlargement of it are alike. When two triangles are 
similar, corresponding angles are equal and corre- 
sponding sides are proportional. 


One can show that two triangles are similar with- 
out showing that all the angles are equal and all the 
sides proportional. Two triangles will be similar when: 


1) Two sides of one triangle are proportional to 
two sides of another triangle and the included angles 
are equal (SAS similarity). 


2) Two angles of one triangle are equal to two 
angles of another triangle (AA similarity). 


3) Three sides of one triangle are proportional to 
three sides of another triangle (SSS similarity). 


The properties of similar triangles are widely used. 
Artists, for example, use them in making smaller or 
larger versions of a picture. Map makers use them in 
drawing maps; and users, in reading them. 


Figure 3 shows a right triangle in which an alti- 
tude BD has been drawn to the hypotenuse AC by AA 
similarity, the triangles ABC, ADB, and BDC are 
similar to one another. 


By virtue of these similarities, one can write AC/ 
BC = BC/DC and AC/AB = AB/AD. Then, using 
AD + DC = AC and alittle algebra, one ends up with 
(AB)? + (BC)* = (AC)’, or the Pythagorean theorem: 
“In a right triangle the sum of the squares on the legs 
is equal to the square on the hypotenuse.” This 
neat proof was discovered by Bhaskara, as mentioned 
earlier. 


The altitude BD in Figure 3 is also the mean 
proportional between AD and DC. That is, AD/BD 
= BD/DC. 


In triangle ABC, if DE is a line drawn parallel to 
AC, it creates a triangle similar to ABC. It therefore 
divides AB and BC proportionally. Conversely, a line 
that divides two sides of a triangle proportionally is 
parallel to the third side. A special case of this is a 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


segment joining the midpoints of two sides of a trian- 
gle. It is parallel to the third side and half its length. 


Each triangle has four sets of lines associated with 
it: medians, altitudes, angle bisectors, and perpendic- 
ular bisectors of the sides. In each set, the three lines 
are, remarkably, concurrent; that is, they all pass 
through a single point. In the case of the medians, 
which are lines from a vertex to the midpoint of the 
opposite side, the point of concurrency is the centroid, 
the center of gravity. The angle bisectors are concur- 
rent at the incenter, the center of a circle tangent to the 
three sides. The perpendicular bisectors of the sides are 
concurrent at the circumcenter, the center of a circle 
passing through all three vertices. The altitudes, which 
are lines from a vertex perpendicular to the opposite 
side, are concurrent at the orthocenter. 


Quadrilaterals 


Quadrilaterals are four-sided plane figures. 
Various special quadrilaterals are defined in various 
ways. The following are typical: 
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Trapezoid: A quadrilateral with one pair of paral- 
lel sides. 


Parallelogram: A quadrilateral with two pairs of 
parallel sides. 


Rhombus: A parallelogram with four equal sides. 


Kite: A quadrilateral with two pairs of equal adja- 
cent sides. 


Rectangle: A parallelogram with four right angles. 


Square: A rectangle with four equal sides. It is a 
special kind of rhombus. 


Cyclic quadrilateral: A quadrilateral whose four 
vertices lie on one circle. 


In any quadrilateral, the sum of the angles is 
360°. In a cyclic quadrilateral opposite angles are 
supplementary. 


The diagonals of any parallelograms bisect each 
other. The diagonals of kites and any rhombus are 
perpendicular to each other. 


Opposite sides of parallelograms are equal. 


Circles 


A circle is a set of points in a plane which are a 
fixed distance from a point called the center, C (see 
Figure 4) a chord is a segment, DE, joining two points 
on the circle; a radius is segment, CA, joining the 
center and a point on the circle; a diameter is a 
chord, DB, through the center. A tangent, DF, is a 
line touching the circle in a single point. The words 
radius and diameter can also refer to the lengths of 
these segments. 


An arc is the portion of the circle between two 
points on the circle, including the points. A major arc 
is the longer of the two arcs so determined; a minor 
arc, the shorter. When an arc is named it is usually the 
minor arc that is meant, but when there is danger of 
confusion, a third letter can be used, e.g., arc DAB. 


All circles are similar, and because of this fact the 
ratio of the circumference to the diameter is the same for 
all circles. This ratio, called pi or 1, was shown to be 
smaller than 22/7 and larger than 223/71 by ancient 
Greek mathematician Archimedes (287-212 BC) about 
240 BC. 


An arc can be measured by its length or by the 
central angle that it subtends. A central angle is one 
whose vertex is the center of the circle. 


An inscribed angle is one whose vertex is on the 
circle and whose sides are two chords or one chord and 
a tangent. Angles EDB and BDF are inscribed angles. 
The measure of an inscribed angle is one half that of its 
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intercepted arc. Any inscribed angle that intercepts a 
semicircle is a right angle; so is the angle between a 
tangent and a radius drawn to the point of tangency. 


If X is a point inside a circle and AB and CD any 
two chords through X, then X divides the chords into 
segments whose products are equal. That is, (AX)(XB) 
= (CX)(XD). 


Area 


Areas are expressed in terms of squares such as 
square inches, meters, miles, etc. Formulas for the 
areas of various plane figures are based upon the for- 
mula for the area of a rectangle, lw, where | is the 
length and w the width. The area of a parallelogram 
is bh, where b is the base and h the height (altitude), 
measured along a line perpendicular to the base. The 
area of a triangle is half that of a parallelogram with 
the same base and height, bh/2. When the triangle is 
equilateral, h = V3 b/2 so the area is V3 b7/4. A 
trapezoid whose parallel sides are b, and by» and 
whose height is h can be divided into two triangles 
with those bases and altitudes. Its area is (by + b2)h/2. 


The area of a quadrilateral with sides a, b,c, and d 
depends not only on the lengths of the sides but on the 
size of its angles. When the quadrilateral is cyclic (all 
four endpoints are on in a circle), its area is given by a 
remarkable formula discovered by Hindu mathemati- 
cian and astronomer Brahmagupta (598-668) in the 
seventh century: 


where s is the semi-perimeter (a + b +c + d)/2. This 
formula includes Heron’s formula, discovered in the 
first century, for the area of a triangle, 


Vis — a)(s — b)(s — c)s 


as a special case. By letting d = 0, the quadrilateral 
becomes a triangle, which is always cyclic. 


The area of a circle can be approximated by the 
area of an inscribed regular polygon. As the number of 
sides of this polygon increases without limit, its area 
approaches cr/2, where c is the circumference of the 
circle and r the radius. Since c = 2mr, the area of the 
circle is mr’. 


The surface area of a sphere of radius r is four 
times the area of a circle of the same radius, 4zr’. 


The lateral surface of a right circular cone can be 
unrolled to form a sector of a circle (see Figure 5) its 
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Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


area is mrs, where r the radius of its base and s is the 
slant height of the cone. 


Volumes 


The volumes of geometric solids are expressed in 
terms of cubes that are one unit on a side, such as cubic 
centimeters or cubic yards. The volume of a rectangu- 
lar solid (box) whose length, width, and height are 1, w, 
and his lwh. The volume of a prism or a cylinder is Bh, 
where B is the area of its base and h its height meas- 
ured along a line perpendicular to the base. The vol- 
ume of a pyramid or cone is one-third that of a prism 
or cylinder with the same base and height, that is Bh/3. 
The volume of a sphere of radius r is 4nr°/3. 


It is interesting to note that the volumes of a 
cylinder, a hemisphere, and a cone having the same 
base and height are in the simple ratio 3:2:1. 


Other geometries 


The foregoing is a summary of Euclidean geome- 
try, based on Euclid’s postulates. Euclid’s fifth postu- 
late is equivalent to assuming that through a given 
point not on a given line, there is exactly one line 
parallel to the given line. When one assumes that 
there is no such line, elliptical geometry emerges. 
When one assumes that there is more than one 
such line, the result is hyperbolic geometry. These geo- 
metries are called non-Euclidean. Non-Euclidean geo- 
metries are as correct and consistent as Euclidean, 
but describe special spaces. Geometry can also be 
extended to more than three dimensions. Other special 
geometries include projective geometry, affine geome- 
try, and topology. 


Resources 
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Proposition—A statement which can be proved as 
a logical consequence of postulates, definitions, or 
previously proved propositions. 
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| Geomicrobiology 


Geomicrobiology refers to the activities of micro- 
organisms (usually bacteria) that live beneath the sur- 
face of Earth. The field of study is also referred to 
as biogeochemistry and subsurface microbiology. 
Habitats of the organisms include the ocean and 
deep within the rock that makes up Earth’s crust. 
The study of the identities and activities of such organ- 
isms is important from a basic science standpoint and 
for commercial reasons. 


Microorganisms are a vital part of the cycling of 
carbon, nitrogen, and sulfur between the surface of 
Earth and the surrounding atmosphere. These cycles 
in turn support the diversity of life that exists on the 
planet. As well, microorganisms break down other 
compounds that are present in water, soil, and the 
bedrock. 


Many of the bacteria involved in geomicrobiolog- 
ical activities live in environments that are extremely 
harsh to other life forms. For example, bacteria such 
as Thermus aquaticus thrives in boiling hot springs, 
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where the temperature approaches the boiling point of 
water. Such bacteria have been dubbed extremophiles 
because of their extraordinary resilience and adapta- 
tion to environmental pressures of temperature, pres- 
sure, acidity, salt concentration, or radiation. Other 
extremophiles live deep in the ocean under enormous 
atmospheric pressure. The bacteria that live around 
hot vents at the ocean floor, for example, use the 
minerals expelled by the vent in a way that supports 
the development of all the other life that can exist in 
the vicinity of the vent. Another type of bacteria lives 
within rock located miles under the surface of Earth. 
Indeed, bacteria have been recovered from almost two 
miles (3.2 km) beneath Earth’s surface, an environ- 
ment that is hostile to all other forms of life. It is 
presumed that the ancestors of these bacteria entered 
the rock through nearby oil deposits or by percolating 
into the rock through microscopic cracks. 


These and other bacteria have adapted to live in 
the absence of oxygen and light. They use materials 
from the surrounding surface as their fuel for survival 
and growth. These bacteria are very different from 
those traditional bacteria, such as Escherichia coli, 
that use carbon as a basis for growth. 


The origin of geomicrobiology dates back to 
the 1920s. Then, Edson Bastin (1843-1897), a geolo- 
gist at the University of Chicago, studied the source of 
hydrogen sulfide in water from oil fields that were 
located far underground. Bastin found that a type of 
bacteria subsequently named sulfate-reducing bacte- 
ria were responsible for the production of hydrogen 
sulfide. Critics were skeptical, arguing that the nature 
of the drilling for oil had introduced the microbes into 
the subsurface environment. Ultimately, however, the 
reality of Bastin’s observations were confirmed. 


Geomicrobiology took on additional significance 
in the 1970s and 1980s, as the fragility of groundwater 
to contamination was realized. The activity of 
microbes within the surface on Earth, particularly 
the use of toxic substances as food by the microbes, 
is important for the health of groundwater. In the 
United States, for example, about 40% of the nation’s 
drinking water comes from underground. The increas- 
ing use of land for human activity is degrading this 
resource and has spurred research geared towards 
understanding the microbiology of the soil and the 
underlying rock. 


The study of geomicrobiological processes has 
required the development of techniques that are not 
in the repertoire of conventional laboratory microbi- 
ologists. Thus, geomicrobiology has brought together 
microbiologists, geologists, hydrologists, geochemists, 
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and environmental engineers to study subsurface 
microbiology in a multi-disciplinary fashion. 


Aside from fostering a collaborative approach to 
science, geomicrobiology has had, and continues to 
have, practical value both commercially and socially. 
For example, Thermus aquaticus contains an enzyme 
that forms the basis of the polymerase chain reaction 
(PCR). The use of PCR to increase the amount of 
genetic material so as to permit analysis or manipula- 
tion revolutionized the field of biotechnology. Other 
heat-tolerant bacterial enzymes are being exploited for 
use in detergents, to provide cleaning power in hot 
water. A third example is the use of bacteria resident 
in the environment to clean up spills such as oil and 
polychlorinated biphenols in water, soil, and other 
environmental niches. 


Since the 1970s, the participation of bacteria in 
the degradation of radioactive substances has been 
discovered. One such microbe, a bacterium of the 
Thermus sp., can utilize uranium, iron, chromium, 
and cobalt. These elements can be found in contami- 
nated soils. Research is underway to try to harness the 
bacteria to detoxify soil and radioactive waste. 


The field of geomicrobiology can yield informa- 
tion on the development of life on Earth. This is 
because many of the extremophilic bacteria that live 
in the Earth’s surface or in the oceans are ancient 
forms of life. Such microbes have lived at and within 
the Earth’s surface for about 85% of the planet’s age. 
Organisms such as cyanobacteria were vital in shaping 
the planet’s atmosphere. By understanding the struc- 
ture and functioning of these microbes, more light is 
shed on the characteristics of ancient Earth that 
spawned the organisms, and on the development of 
other life. 


Geomicrobiology will continue to increase in 
importance as the number and diversity of microbes 
on the planet becomes known more clearly. As of 
2006, microbes that live in environments that include 
the oceans and the subsurface are estimated to make 
up over half of all living matter on Earth. Yet, less 
than one percent of all the predicted microbes have 
been identified. Most of what is known about bacteria 
comes from studies that require microbial growth. 
Yet, it is estimated that more than 99% of all microbes 
cannot be grown in the lab. So, the current number of 
known microbes represents the limit to what is attain- 
able using culturing techniques. 


Discovering and learning about such microbes is 
difficult, since, even if a bacterium is capable of being 
grown, the growth conditions are not always easy to 
reproduce in the laboratory. For example, many 
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laboratory detection methods rely on the rapid growth 
(i.e., hours to a few days) of the bacteria. Bacterial 
growth in the Earth’s oceans and subsurface, however, 
can occur extremely slowly, as the metals required for 
growth (such as iron, manganese, zinc, nickel, and 
copper) are slowly leached from the surrounding 
rock by the bacteria. In the subsurface world, growth 
is measured in years, not days. 


A promising avenue of discovery is the detection 
and deciphering of genetic sequences, since the growth 
of the microbes is not required. Indeed, in 2001, spe- 
cies of archaebacteria that are thought to play a major 
role in the cycling of nutrients in the ocean were dis- 
covered based on their genetic sequences. 


Geomicrobiology is not only important for life on 
Earth, but may be important in identifying life on 
other planets. For example, the presence of calcium 
carbonate crystals in meteorites is mimicked by certain 
bacteria that live in the hot springs of Yellowstone 
National Park in the United States. Scientists believe 
that such extreme environments are much more rem- 
iniscent of life on primordial Earth than are the envi- 
ronments that support many of the commonly-studied 
microorganisms. Study of the bacteria could provide 
clues as to how microbial life might arise in hostile 
environments elsewhere in the solar system. 


Resources 
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Ward, Peter. Life as We Do Not Know It: The NASA Search 
for (and Synthesis of) Alien Life. New York: Viking 
Adult, 2005. 


Brian Hoyle 


I Geophysics 


Geophysics is the study of Earth’s physical char- 
acter, including the solid planet, the atmosphere, and 
bodies of water. Geophysical investigations often 
draw upon information and techniques developed 
in scientific disciplines such as physics, geology, and 
astronomy. Major areas of modern geophysical 
research include seismology, volcanology and geo- 
thermal studies, tectonics, geomagnetism, geodesy, 
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hydrology, oceanography, atmospheric sciences, plan- 
etary science, and mineral physics. 


Geophysics has many practical applications. Some 
seismologists, for example, help to explore for new 
petroleum reservoirs, monitor nuclear weapon testing 
by other countries, and better understand the structure 
and stratigraphy of important aquifers. Others provide 
the information necessary to design earthquake- 
resistant buildings and determine the risk posed by 
future earthquakes. Physical oceanographers monitor 
changes in ocean temperature that give rise to El Nino 
and La Nifia phenomena, resulting in better long-term 
weather forecasts, and atmospheric physicists study 
the conditions that can give rise to lightning strikes. 
Hydrologists study the flow of surface water and 
groundwater, including the conditions that are likely 
to produce destructive floods. 


Aristotle (384-322 BC) performed some of the 
first known geophysical investigations and published 
his findings in a work entitled Meteorologica. That 
work addressed such modern topics as weather, earth- 
quakes, the oceans, tides, the stars, and meteors. By 
the first century BC, Chinese investigators had devel- 
oped a simple device for recording earthquakes and 
their points of origin. However, little additional prog- 
ress was made in the field of geophysics until the 
fifteenth century AD, when Leonardo da Vinci 
(1452-1519) took up the study of gravitational attrac- 
tion and wave propagation. 


The 300 years following da Vinci’s death were 
marked by steady advances in the understanding of 
geophysical phenomena such as magnetism, gravity, 
and earthquakes. Most of these investigations were 
concerned only with what could be observed with the 
senses. But starting in the nineteenth century, scien- 
tists began to develop much more sophisticated tech- 
niques for geophysical observation. 


Seismology is a branch of geophysics that draws 
on the physics of wave propagation to study earth- 
quakes and determine the physical characteristics 
of Earth’s interior. Seismic wave velocity is propor- 
tional to rock density. Therefore, seismologists can 
infer the composition and structure of Earth’s interior 
by calculating the velocity of seismic waves from dis- 
tant earthquakes. Seismic tomography uses computer 
analysis of seismic wave velocities to visualize struc- 
tures within Earth and produce images that are much 
the same as medical CAT scans of the human body. 


Seismologists can also generate seismic waves by 
using explosions or vibrating devices. Specialized seis- 
mometers known as geophones record the arrival of 
artificially created seismic waves, some of which are 
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reflected back to Earth’s surface when they reach 
boundaries between different rock types. The reflected 
waves can help to identify areas likely to contain 
undiscovered petroleum reserves and locate faults 
that may generate future earthquakes. Like earth- 
quake seismologists, exploration seismologists can 
use three-dimensional data collection and computer 
processing techniques to produce detailed images of 
rocks that are otherwise inaccessible to humans. 


Several types of energy produced by Earth’s inte- 
rior vary from place to place. This variation, called 
a potential field, is a characteristic of magnetism, 
gravity, temperature, and electrical conductivity. 
Geophysicists measure potential fields to learn about 
the distribution, composition, and physical state of 
rocks beneath Earth’s surface. Because the gravita- 
tional field varies with changes in Earth’s density 
from place to place, for example, geophysicists can 
use gravity measurements to map variations in rock 
composition and locate faults not visible on Earth’s 
surface. Electrical and magnetic methods can be used 
to explore for metallic mineral deposits. Studies of 
variations in Earth’s magnetic field through time are 
fundamental to our understanding of plate tectonics. 


Experimental geophysicists attempt to reproduce 
the heat and pressure present in Earth’s interior to 
determine how rocks and minerals behave under 
extreme conditions. Diamond anvils, for example, 
can generate pressures in the laboratory that equal or 
exceed any in Earth’s interior. 


See also Earthquake; Earth’s magnetic field; 
Earth’s rotation; Global warming; Plate tectonics. 


l Geospatial imagery 


Geospatial imagery depicts the locations and 
characteristics of features, both natural and con- 
structed, on Earth’s surface. The general term can 
encompass aerial photographs, multispectral or 
hyperspectral images based the response of a sensor 
to specific portions of the electromagnetic spectrum, 
shaded relief images produced from digital elevation 
models, and maps. Geospatial imagery can be com- 
bined with other kinds of information, for example 
databases showing the addresses of convicted crimi- 
nals or hazardous chemical storage facilities, within 
geographic information system (GIS) software to vis- 
ualize spatial patterns that may be important in civil 
and criminal investigations. 
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Geospatial imagery 
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This visualization shows the sea surface temperatures in the Gulf of Mexico at one to two degrees warmer than the 82°- minimum 
needed to sustain a hurricane. Every area in yellow, orange or red represents 82° F or above. Temperature data is from the 
AMSR-E instrument on the Aqua satellite. (© NASA/Corbis) 


The first widely used type of geospatial imagery 
was aerial photography, which can now be obtained 
using cameras mounted in aircraft, spacecraft, or sat- 
ellites. If the photographs are taken from a spacecraft 
or satellite, however, they are likely to be described as 
space or satellite images in order to distinguish them 
from photographs taken from aircraft. Aerial photo- 
graphs can be taken either vertically or obliquely, and 
overlapping photographs taken from slightly different 
positions can be viewed stereoscopically in order to 
emphasize topographic features. Multispectral or 
hyperspectral imagery is created using instruments 
that are sensitive to specific portions of the electro- 
magnetic spectrum, including portions that lie beyond 
the range of human vision. Multispectral images typ- 
ically consist of several bands or ranges of information 
(in many cases infrared, red, blue, and green bands). 
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Hyperspectral imagery, in contrast, can consist of 200 
or more bands and can be processed to emphasize the 
occurrence of specific minerals or plant types. Bands 
that fall outside the range of human vision must be 
assigned visible colors in order to be seen, and the 
resulting images are known as false-color images. 
Like aerial photographs, multispectral and hyperspec- 
tral images can be obtained from instruments in air- 
craft, spacecraft, or satellites. 


Publicly available geospatial imagery obtained 
from space was, for many years, not detailed enough 
to be used in most criminal and civil investigations 
because its resolution was too low. Landsat satellites 
launched in the 1970s, for example, had a maximum 
resolution of 30 meters per pixel. Because it takes 
many pixels to create a recognizable image of an object 
such as a building or an automobile, the smallest 
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features than can be clearly seen in an image are many 
times larger than the maximum resolution. As of 2005, 
some modern commercial satellites had panchromatic 
(black and white) image resolution of less than 1 meter 
per pixel, which is at the limit of utility for forensic 
investigations in which individual buildings or vehicles 
must be identified. 


One well known forensic investigation in which 
geospatial imagery played an important role was the 
search for the body of Xiana Fairchild, a 7-year-old 
gitl who disappeared from her California home in late 
1999. Her skull was found and identified using DNA 
(deoxyribonucleic acid) analysis more than a year later, 
and investigators requested detailed maps and aerial 
photographs that could be used in the search for her 
body. Digital orthophotoquads, which are electronic 
versions of aerial photographs that are corrected to 
remove distortion (orthorectified) and then referenced 
to map coordinates, were provided to searchers for use 
on laptop computers in the field. Although her body was 
never found, a suspect was arrested and charged in 2004. 


After it was refused permission to revisit a Dow 
Chemical plant after an initial inspection during the 
1970s, the United States Environmental Protection 
Agency (EPA) used aerial photographs to monitor activ- 
ity at the facility. Although the company had concealed 
its activities from observers at ground level, many parts 
of the facility were visible from the air. The company 
argued that aerial photography constituted an illegal 
search that violated the Fourth Amendment of the U.S. 
Constitution, but the Supreme Court ultimately ruled in 
favor of the EPA. This case is often cited as a precedent 
because it gave a government agency the authority to use 
geospatial imagery to monitor potentially illegal activ- 
ities. In a different case, related to a Superfund pollution 
cleanup investigation, the Nutra Sweet Company used a 
series of aerial photographs to show that contaminants 
had been dumped on nearby land owned by the X-L 
Engineering Company and transported beneath Nutra 
Sweet’s property by groundwater. The photographs were 
one piece of information used to establish that X-L 
Engineering, not Nutra Sweet, was responsible for the 
groundwater contamination. 


Geospatial imagery can also be used to resolve 
unsettled questions about international atrocities 
such as the Katyn Forest Massacre, in which 4,500 
Polish officers and soldiers were killed during the early 
days of World War II (1939-1945). German forces 
discovered mass graves near the Russian city of 
Smolensk in 1943, and the German government 
accused the Soviet government of mass murder. 
Soviet leader Josef Stalin refuted the charge and 
accused Germany of the atrocity. Despite evidence 
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suggesting otherwise, the United States and Great 
Britain accepted Stalin’s explanation and resisted fur- 
ther investigations. Aerial photographs taken by the 
German air force (Luftwaffe) during the war, which 
were captured and held as classified documents by the 
U.S. National Archives until 1979, provided impor- 
tant evidence in the form of images taken before, dur- 
ing, and after the area was occupied by German forces. 
A set of aerial photographs taken by the Germans in 
1944, after the area had been recaptured by the 
Soviets, showed the bodies being removed and evi- 
dence of the massacre being destroyed by Soviet bull- 
dozers. More recently, satellite images showing 
destroyed villages were used to assess the effects of 
civil unrest and document possible genocide in the 
Darfur region of Sudan in 2004. 


See also Crime scene investigation; GIS; Forensic 
science; Photographic resolution. 


William C. Haneberg 


Geothermal energy see Alternative energy 
sources 


l Geotropism 


Geotropism is the term applied to the orientation 
response of growing plant parts to Earth’s gravita- 
tional field. Roots are positively geotropic, that is, 
they will bend and grow downwards, towards the 
center of Earth. In contrast, shoots are negatively geo- 
tropic, that is, they will bend and grow upwards, or 
away, from the surface. 


Geotropism can be demonstrated with seedlings 
grown entirely in darkness. A seedling with its radicle 
(or seedling root) and shoot already in the expected 
orientation can be turned upside down, or placed on 
its side, while kept in darkness. The root will subse- 
quently bend and grow downwards, and the shoot 
upwards. Because the plant is still in darkness, photo- 
tropism (a growth movement in response to light) can 
be eliminated as an explanation for these movements. 


Several theories about the manner by which plants 
perceive gravity have been advanced, but none of them 
is entirely satisfactory. To account for the positive 
geotropism of roots, some researchers have proposed 
that under the influence of gravity, starch grains 
within the cells of the root fall towards the “bottom” 
of the cell. There they provide signals to the cell mem- 
brane, which are translated into growth responses. 
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However, there have been many objections to this 
idea. It is likely that starch grains are in constant 
motion in the cytoplasm of living root cells, and only 
sink during the process of fixation of cells for micro- 
scopic examination. Roots can still be positively geo- 
tropic and lack starch grains in the appropriate cells. 


A more promising hypothesis concerns the trans- 
port of auxin, a class of plant-growth regulating hor- 
mones. Experiments since 1929 have shown that auxin 
accumulates on the “down” side of both shoots and 
roots placed in a horizontal position in darkness. This 
gradient of auxin was believed to promote bending on 
that side in shoots, and to do the opposite in roots. 
Confirmation of the auxin gradient hypothesis came 
in the 1970s. When seeds are germinated in darkness in 
the presence of morphactin (an antagonist of the hor- 
monal action of auxin), the resulting seedlings are 
disoriented—both the root and shoot grow in random 
directions. Auxin gradients are known to affect the 
expansion of plant cell walls, so these observations 
all support the idea that the transport of auxin medi- 
ates the bending effect that is an essential part of the 
directional response of growing plants to gravity. 


See also Gravity and gravitation. 


| Gerbils 


Gerbils are ratlike rodents in the mammalian fam- 
ily Muridae, which also includes rats, mice, voles and 
lemmings. Some authorities place the gerbils in a sep- 
arate family Gerbilidae, together with the pigmy ger- 
bils. Wild gerbils are rat-sized, long-tailed rodents 
with rather long hind feet. Nearly all live in self-dug 
burrows and forage at night feeding mostly on seeds. 


Gerbils are probably derived from hamsterlike 
rodents, and fossil gerbils have been consistently 
found since the Upper Miocene. Gerbils are found in 
desert and semi-desert areas of Africa, Mongolia, 
southern Siberia, northern China, Sinkiang, and 
Manchuria. There are at least 70 species of true ger- 
bils. Members of the genus Gerbillus have yellow to 
light grayish brown long and delicate hair, which is 
snow-white on the belly. They appear delicate and 
ghostlike, with big dark eyes. Gerbillus campestris 1s 
common in northern Africa, and is known for the 
absence of hair on the soles of the hind feet. Gerbillus 
gerbillus is a small gerbil found mostly in sandy desert 
in Egypt, and has no hair on its soles. The Namib 
gerbil of the genus Gerbillurus found in the Kalahari 
region is known to survive without drinking water. 
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The naked-soled gerbils of the genus Tatera, look 
very much like rats in shape and size and populate 
somewhat wetter habitats than do other species of 
gerbils. The naked-soled gerbils are found from Syria 
to India and Sri Lanka in Steppes and semi-deserts. 
Tatera robusta lives in Africa, from the Sahel region 
through eastern Africa to Tanzania. 


In the United States gerbils are popular pets and are 
valuable as laboratory animals for scientific research. 
This gerbil is also known as the jird, and its taxonomic 
name is Meriones unguiculatus. This species is somewhat 
different from true gerbils of the genus Gerbillus. 
Meriones unguiculatus was brought to the United 
States in the early 1950s from Mongolia for laboratory 
research and is often referred to as the Mongolian gerbil. 
They are highly adaptable and there is danger that they 
may become established in the wild if released. 


The natural habitat of the Mongolian gerbil is 
desert or semi-desert from the Sahara to the Gobi 
Desert. Jirds are usually sand-colored and have tails 
about as long as the body. The molar teeth have a 
chewing surface that resembles that of burrowing mice 
with high crowns and small roots. The ears of the 
Mongolian gerbil are relatively short and their hind 
feet make them appear sturdier than other gerbils. 
They are primarily active during the night and their 
diet includes leaves, seeds, and insects. They live in 
small colonies and, when upset, they may drum with 
their hind feet like rabbits. Like other gerbils, jirds 
have a sebaceous gland in the center of the belly. 
They smear the secretion on various objects to mark 
their territories, and recognize each other by scent. 


There is no evidence of hibernation or aestivation, 
and the Mongolian gerbil may be active throughout 
the year, either by night or day. This species adapts to 
a range of temperatures from sub-zero to above 86°F 
(30°C). It may remain underground for long periods 
depending on the amount of stored food. Daily 
summer movements of the Mongolian gerbil may 
cover 0.75-1.1 mi (1.2-1.8 km). One marked animal 
moved as far as 31 mi (50 km). Its social behavior 
under laboratory conditions indicates that adults may 
live together, but the introduction of a stranger may 
result in a fight to the death. Females are as territorial 
and aggressive as the males. Some studies suggest that 
males disrupt maternal behavior and many young are 
lost. But monogamous pairs seem to do well and some 
males share in caring for the young, cleaning, groom- 
ing and warming the newborns. Fathers and juvenile 
males help to rear the younger animals. 


Wild Mongolian gerbils breed from February to 
October and up to three litters may be produced each 
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A gerbil in the Gobi Desert, central Asia. (JL Visuals.) 


year. Captive gerbils may breed all year round. The 
estrous cycle lasts four to six days and may occur right 
after the birth. Gestation lasts 19-21 days although 
longer periods of 24-30 days were reported. There 
are usually 4-7 young born, but litter sizes vary from 
1-12. Newborn gerbils weigh about 0.09 oz (2.5 g). 
They open their eyes after 16-20 days, and are weaned 
between 20 and 30 days. Gerbils reach sexual maturity 
in 65-85 days and females may reproduce for 
20 months, although in the wild they may not survive 
for more than three or four months. 


Mongolian gerbils kept as pets should be provided 
with a clean, comfortable, escape-proof cage. They 
must be protected from cats and from rough handling. 
With gentle and loving care they become quite tame 
and respond to the keeper. It is usually best to separate 
pregnant females so that birth occurs without the inter- 
ference of other adults, especially the males, although 
males occasionally care for newborns. Picking up and 
handling newborns should be avoided because the 
mother may become excited and kill them. A good 
healthy diet must include some fresh greens and suffi- 
cient protein from a good standard gerbil diet. 


See also Hamsters. 
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Sophie Jakowska 


Germ cells are one of two fundamental cell types 
in the human body. Germ cells are responsible for the 
production of sex cells or gametes (in humans, ovum 
and spermatozoa). Germ cells also constitute a cell line 
through which genes are passed from generation to 
generation. 


The vast majority of cells in the body are somatic 
cells. Indeed, the term somatic cell encompasses all of 
the differentiated cell types, (e.g., vascular, muscular, 


Germ theory 


cardiac, etc.) In addition, somatic cells may also con- 
tain undifferentiated stem cells (cells that, with regard 
to differentiation are still multipotential). Regardless, 
while the mechanism of genetic replication and cell 
division is via mitosis in somatic cells, in germ cells a 
series of meiotic divisions during gametogenesis pro- 
duces male and female gametes (i.e., ovum and sper- 
matozoa that upon fusion (fertilization) are capable of 
creating a new organism (i.e., a single-celled zygote). 


While somatic cell divisions via mitosis maintain a 
diploid chromosomal content in the daughter cells pro- 
duced, germ cells—in contrast—through a series of 
mitotic divisions produce haploid gametes (1.e., cells 
with one-half the normal chromosome compliment 
s—one autosomal chromosome from each homologous 
pair and a sex chromosome (X in females, X or Y). 


Although all humans start out as single-celled 
zygotes, the germ cells for each individual are set 
aside early in embryogenesis (development). If the 
cells comprising the germ cell line are subject to muta- 
tion or other impairments, those mutations may be 
passed down to offspring. It is from the germ cell line 
that all spermatogonia and all oogonia are derived. 


While controversial because of ethical considera- 
tions, both germ cells and stem cell research focus on 
the pluripotent potential of these cells (i.e., their ability 
to differentiate into cells found in various tissues of the 
body). Embryonic stem cells are derived from the 
inner cell mass of human blastocysts, embryonic 
germ cells can be obtained from the primordial germ 
cells located in the gonadal folds, ridge, and surround- 
ing mesenchymal cells of fetal tissue during the middle 
of the first trimester of development (e.g., four to nine 
weeks). 


Recent research using extracted embryonic germ 
cells grown in culture over twenty generations showed 
that the cells had the ability to differentiate in all three 
fundamental embryonic tissue types (ectoderm, meso- 
derm, and endoderm). 


See also Cell division; Embryo and embryonic 
development; Embryo transfer; Embryology; Meiosis; 
Mitosis. 


I Germ theory 


The germ theory is a fundamental tenet of medi- 
cine that states that microorganisms, which are too 
small to be seen without the aid of a microscope, can 
invade the body and cause certain diseases. Also called 
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the pathogenic theory of medicine, germ theory was 
first suggested in the fourth century BC by Greek 
philosopher Democritus (c. 450-c. 370 BC). More 
than two millennia later, in the latter half of the nine- 
teenth century, the French chemist and microbiologist 
Louis Pasteur (1822-1895) and German physician and 
bacteriologist Robert Koch (1843-1910) were finally 
able to establish the theory based on microscopic 
observation and experimental evidence. 


Until the acceptance of the germ theory, many 
people believed that disease was punishment for a 
person’s evil behavior. When entire populations fell 
ill, the disease was often blamed on swamp vapors or 
foul odors from sewage. Even many educated individ- 
uals, such as seventeenth century English physician 
William Harvey (1578-1657), believed that epidemics 
were caused by miasmas, poisonous vapors created by 
planetary movements affecting Earth, or by distur- 
bances within Earth itself. 


The development of the germ theory was made 
possible by the certain laboratory tools and techniques 
that permitted the study of bacteria during the seven- 
teenth and eighteenth centuries. 


The invention of primitive microscopes by English 
scientist Robert Hooke (1635-1703) and Dutch mer- 
chant and amateur scientist Anton van Leeuwenhoek 
(1632-1723) in the seventeenth century, gave scientists 
the means to observe microorganisms. During this 
period a debate raged among biologists regarding the 
concept of spontaneous generation. 


Until the second part of the nineteenth century, 
many educated people believed that some lower life 
forms could arise spontaneously from nonliving 
matter, for example, flies from manure and maggots 
from decaying corpses. In 1668, however, Italian 
physician Francesco Redi (1626-1697) demonstrated 
that decaying meat in a container covered with a fine 
net did not produce maggots. Redi asserted this was 
proof that merely keeping egg-laying flies from the 
meat by covering it with a net while permitting the 
passage of air into the containers was enough to pre- 
vent the appearance of maggots. However, the belief 
in spontaneous generation remained widespread even 
in the scientific community. 


In the 1700s, more evidence that microorganisms 
can cause certain diseases was passed over by physi- 
cians, who did not make the connection between vac- 
cination and microorganisms. During the early part of 
the eighteenth century, Lady Montague, wife of the 
British ambassador to that country, noticed that the 
women of Constantinople routinely practiced a form 
of smallpox prevention that included treating healthy 
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people with pus from individuals suffering from small- 
pox. Lady Montague noticed that the Turkish women 
removed pus from the lesions of smallpox victims and 
inserted a tiny bit of it into the veins of recipients. 


While the practice generally caused a mild form of 
the illness, many of these same people remained 
healthy while others succumbed to smallpox epidem- 
ics. The reasons for the success of this preventive treat- 
ment, called variolation, were not understood at the 
time. They depended on the coincidental use of a less 
virulent smallpox virus and the fact that the virus was 
introduced through the skin, rather than through its 
usually route of entry—the respiratory tract. 


Lady Montague introduced the practice of vario- 
lation to England, where physician Edward Jenner 
(1749-1823) later modified and improved the techni- 
que of variolation. Jenner noticed that milkmaids who 
contracted cowpox on their hands from touching the 
lesions on the udders of cows with the disease rarely 
got smallpox. He showed that inoculating people with 
cowpox could prevent smallpox. The success of this 
technique, which demonstrated that the identical sub- 
stance need not be used to stimulate the body’s pro- 
tective mechanisms, still did not convince many 
educated people of the existence of disease-causing 
microorganisms. 


Thus, the debate continued well into the 1800s. In 
1848, Ignaz P. Semmelweis (1818-1865), a Hungarian 
physician working in German hospitals, discovered 
that a sometimes fatal infection commonly found in 
maternity hospitals in Europe could be prevented by 
simple hygiene. Semmelweis demonstrated that medi- 
cal students doing autopsies on the bodies of women 
who died from puerperal fever often spread that dis- 
ease to maternity patients they subsequently exam- 
ined. He ordered these students to wash their hands 
in chlorinated lime water before examining pregnant 
women. Although the rate of puerperal fever in his 
hospital plummeted dramatically, many other physi- 
cians continued to criticize this practice as being 
useless. 


In 1854, modern epidemiology was born when 
English physician John Snow (1813-1858) determined 
that the source of cholera epidemic in London, 
England, was the contaminated water of the Broad 
Street pump. After he ordered the pump closed, the 
epidemic ebbed. Nevertheless, many physicians 
refused to believe that invisible organisms could 
spread disease. 


The argument took an important turn in 1857, 
however, Pasteur discovered diseases of wine and 
beer. French brewers asked Pasteur to determine why 
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wine and beer sometimes spoiled. Pasteur showed 
that, while yeasts produce alcohol from the sugar in 
the brew, bacteria can change the alcohol to vinegar. 
His suggestion that brewers heat their product enough 
to kill bacteria but not the yeast, was a boon to 
the brewing industry—a process called pasteurization. 
In addition, the connection Pasteur made between 
food spoilage and microorganisms was a key step in 
demonstrating the link between microorganisms 
and disease. Indeed, Pasteur observed that, “There 
are similarities between the diseases of animals or 
man and the diseases of beer and wine.” The notion 
of spontaneous generation received another blow 
in 1858, when German scientist Rudolf Virchow 
(1821-1902) introduced the concept of biogenesis. 
This concept holds that living cells can arise only 
from preexisting living cells. This was followed in 
1861 by Pasteur’s demonstration that microorganisms 
present in the air can contaminate solutions that 
seemed sterile. For example, boiled nutrient media 
left uncovered will become contaminated with micro- 
organisms, thus disproving the notion that air itself 
can create microbes. 


In his classic experiments, Pasteur first filled 
short-necked flasks with beef broth and boiled them. 
He left some opened to the air to cool and sealed 
others. The sealed flasks remained free of microorgan- 
isms, while the open flasks were contaminated within a 
few days. Pasteur next placed broth in flasks that had 
open-ended, long necks. After bending the necks of the 
flasks into S-shaped curves that bent downward, then 
swept sharply upward, he boiled the contents. Even 
months after cooling, the uncapped flasks remained 
uncontaminated. Pasteur explained that the S-shaped 
curve allowed air to pass into the flask; however, the 
curved neck trapped airborne microorganisms before 
they could contaminate the broth. 


Pasteur’s work followed earlier demonstrations 
by both himself and Agostino Bassi (1773-1856), an 
amateur microscopist, that silkworm diseases can be 
caused by microorganisms. While these observations 
in the 1830s linked the activity of microorganisms to 
disease, it was not until 1876 that Robert Koch (1843- 
1910) proved that bacteria can cause diseases. Koch 
showed that the bacterium Bacillus anthracis was the 
cause of anthrax in cattle and sheep, and he discovered 
the organism that causes tuberculosis. 


Koch’s systematic methodology in proving the 
cause of anthrax was generalized into a specific set of 
guidelines for determining the cause of infectious dis- 
eases, now known as Koch’s postulates. Thus, the 
following steps are generally used to obtain proof 
that a particular organism causes a particular disease: 
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1. The organism must be present in every case of 
the disease. 


2. The organism must be isolated from a host with 
the corresponding disease and grown in pure culture. 


3. Samples of the organism removed from the pure 
culture must cause the corresponding disease when ino- 
culated into a healthy, susceptible laboratory animal. 


4. The organism must be isolated from the inocu- 
lated animal and identified as being identical to the 
original organisms isolated from the initial, diseased 
host. 


By showing how specific organisms can be identi- 
fied as the cause of specific diseases, Koch helped to 
destroy the notion of spontaneous generation, and 
laid the foundation for modern medical microbiology. 


Koch’s postulates introduced what has been called 
the Golden Era of medical bacteriology. Between 1879 
and 1889, German microbiologists isolated the organ- 
isms that cause cholera, typhoid fever, diphtheria, 
pneumonia, tetanus, meningitis, gonorrhea, as well 
the staphylococcus and streptococcus organisms. 


Even as Koch’s work was influencing the develop- 
ment of the germ theory, the influence of English 
physician Joseph Lister (1827-1912) was being felt in 
operating rooms. Building on the work of Semmelweis 
and Pasteur, Lister began soaking surgical dressings in 
carbolic acid (phenol) to prevent postoperative infec- 
tion. Other surgeons adopted this practice, which was 
one of the earliest attempts to control infectious 
microorganisms. 


Thus, following the invention of microscopes, 
early scientists struggled to show that microbes can 
cause disease in humans, and that public health meas- 
ures, such as closing down sources of contamination 
and giving healthy people vaccines, can prevent the 
spread of disease. This led to reduction of disease 
transmission in hospitals and the community, and 
the development of techniques to identify the organ- 
isms that for many years were considered to exist only 
in the imaginations of those researchers and physi- 
cians struggling to establish the germ theory. 


While Pasteur and Koch demonstrated the 
connection between specific microorganisms and the 
occurrence of particular diseases, they did not attempt 
to explain all disease through germ theory. Although 
scientists know today that half of all human diseases 
are caused by bacteria, illness can be attributed to 
many other sources, including genetic mutation, 
environmental contaminants, malnutrition, prions, 
and a host of viruses, fungi, protozoans, and parasitic 
worms. 
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When first proposed, germ theory was highly con- 
troversial. Now in the twenty-first century, germ 
theory of disease is the foundation of modern medical 
practices and clinical microbiology. 


See also Vaccine. 
Marc Kusinitz 


Germanium see Element, chemical 


tl Germination 


Germination is the process by which a seed begins 
its development into a mature plant. It begins with an 
increase of metabolic activity within the seed. The first 
visible sign of germination in angiosperms (flowering 
plants) is generally an enlargement of the seed, due to 
intake of water from the environment. The seed’s 
covering may wrinkle and crack at this time. Soon 
afterward, the embryonic root (called the radicle) 
emerges from the seed and begins to grow down into 
the soil. At about this time the shoot (plumule) also 
emerges, and grows upward out of the soil. 


In most species, the food reserves that provide fuel 
for the seed’s development are contained in the fleshy 
part of the seed. In some seeds, this fleshy part is 
divided into two seed leaves, or cotyledons. Seeds 
having two seed leaves are said to be dicotyledonous; 
those having only one are monocotyledonous. In some 
plants, the growth of the shoot carries the cotyledons 
above the soil into the sunlight, where they become 
more leaflike in appearance while continuing to pro- 
vide sustenance for the growing plant. Germination 
that follows this pattern is called epigeal germination. 
In other species the cotyledons remain underground; 
this is known as hypogeal germination. 


Germination requires the presence of suitable envi- 
ronmental conditions, including sufficient water, oxy- 
gen, and an appropriate temperature. However, in 
many species the onset of germination is preceded by a 
period of metabolic inactivity, known as dormancy. 
While dormant, seeds will not germinate even under 
favorable conditions, but eventually they break their 
dormancy and begin to develop. The processes in the 
seed by which dormancy is broken are known as after- 
ripening. Dormancy gives seeds a better chance of 
surviving unfavorable conditions and developing 
successfully into plants. For example, seeds produced 
and dispersed just before the beginning of a cold season 
might not survive if they germinated at once. Dormancy 
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enables them to wait out the cold season, and to begin 
growth when conditions are more favorable for the 
mature plant, in the springtime. Typical dormancy peri- 
ods of seeds vary widely from species to species (and 
even within the seeds of a given species), as do the 
mechanisms by which dormancy is broken. 


| Gerontology 


Gerontology is the social, biological, and psycho- 
logical study of the aging process and, specifically, the 
elderly. It a branch of sociology that studies aging 
among populations internationally; monitors efforts 
to deal with problems arising in old age; studies social, 
mental, and physical changes in people as they age; 
and applies knowledge to sponsor policies and pro- 
grams around the world. 


Professionals who work in gerontology are called 
gerontologists. They work to educate the public about 
aging and to perform research and development 
within the area of the aging process. Gerontologists 
often specialize in different subfields. Some perform 
research on the aging process, including the environ- 
ments and social structures that involve aging. Others, 
called applied gerontologists, work directly with the 
elderly on an individual and group basis to solve prob- 
lems and provide information for their needs. Still 
other gerontologists work to coordinate and maintain 
administration and management programs set up for 
elder services. A number of gerontologists concentrate 
on writing books and journal articles about the eld- 
erly, along with giving presentations to the elderly. 
Many are employed within the college and university 
settings as professors and educators. Generally, how- 
ever, all gerontologists have educational backgrounds 
in demography, nursing, psychology, sociology, or 
other social-type backgrounds. 


Gerontology differs from geriatrics the same way 
that psychology is separate from psychiatry. A psychol- 
ogist’s inquiries apply to general questions about how 
the human brain and mind work. A psychiatrist is more 
concerned with involving patients in a particular course 
of therapy. Geriatrics is a specialty within medicine con- 
cerned with treating illnesses that occur most often in the 
aged. Gerontology, on the other hand, considers geriat- 
rics as part of a larger spectrum of issues that face older 
people, their immediate families and society at large. 


In the United States, since the 1920s, a shift has 
been seen in the median age of the total population. 
On average, there has been a more rapid increase in the 
percentage of older people than younger ones in the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


country. One generation that has added many older 
persons to the U.S. population is the Baby Boom 
generation of the 1950s and 1960s—the result of sol- 
diers returning home from World War II (1939-1945). 
In addition, life expectancy in the United States and in 
many industrialized countries of the world due to 
better sanitation methods, fewer childhood diseases, 
and a general improvement in medical care. For 
instance, according to the U.S. Centers for Disease 
Control and Prevention (CDC), in 1900 the average 
life expectancy for a U.S. citizen was 47.3 years, while 
in 2003 it was 77.5 years, in increase of over 30 years. 
In 2004, just one year later, the life expectancy had 
risen another 0.4 year (to 77.9 years) for an average 
person in the United States. The current world aver- 
age, according to the World Bank, is about 66 years. 


In the past, most elderly remained part of a family 
unit. However, in the 2000s, elderly persons living in 
households containing one of their adult offspring is at 
a percentage of less than 20%. In addition, not all of 
the elderly are in the same economic bracket, and not 
all will remain healthy until their deaths. Due to these 
circumstances and others, many elderly has additional 
financial problems while in their older years. 
Gerontologists have been researching the impact that 
might be felt in a community, and the cost that may be 
incurred by the federal government, if many of them 
need institutional care as they grow older. The most 
recent literature has been produced on developing 
trends, like those involving AIDS (acquired immuno- 
deficiency syndrome) in older patients. In most indus- 
trialized countries of the world, the elderly are treated 
with national health plans such as Medicare, which is 
provided in the United States. 


Even Aristotle (384-322 BC) observed the differing 
life spans in the animal kingdom. Since the days of the 
ancient Greeks, speculation about aging has gone hand- 
in-hand with the development of medicine as a science. 
During the 1800s, certain researchers like Belgium 
mathematician and sociologist Lambert Adolphe 
Jacques Quetelet (1796-1874) and Russian therapist 
and clinicist Sergei Petrovich Botkin (1832-1889)began 
to study populations and social patterns of aging in a 
systematic fashion. During the 1930s, the International 
Association of Gerontology (IAG) was organized. The 
National Institutes of Health (NIH) joined with other 
governmental bodies to sponsor conferences on aging 
during the following decade, and by 1945 the 
Gerontological Society of America, Inc., was estab- 
lished in Washington, D.C. 


Aside from history, politics, and economics, more 
personal experiences are also investigated by a geron- 
tologist. The impact of death on a widow or widower, 
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Gesnerias 


Kohleria, a genus of gesneriad. (James Sikkema.) 


the interrelationships of different generations within a 
family, and the circulation of myths about aging are 
also subject to qualitative research. Qualitative studies 
rely less on statistics than on interviews and records of 
emerging situations within a small group of test sub- 
jects. Coping strategies and other forms of therapy are 
assessed in terms of their suitability and success rates. 
Trends in medical research are also analyzed in terms 
of their impact on public opinion and their contribu- 
tions towards scientific understanding of the aging 
process. 


Attitudes toward the elderly have somewhat 
changed over the last few generations. Although a 
larger percentage of elderly are present in the popula- 
tion, society has become more oriented to younger 
people. Consequently, the plight of the elderly has 
been ignored in large part. Stereotypes are frequently 
labeled onto the elderly by the media and other 
groups. However, other groups such as the American 
Association of Retired Persons (AARP) and the 
National Coalition on Aging are helping to organize 
the elderly and to communicate their issues to the 
government and society in general. 


See also Aging and death. 
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| Gesnerias 


Members of the gesneriad family, the Gesneriaceae, 
are herbs, shrubs, sometimes trees or woody vines. The 
Gesneriaceae is a large family composed of approxi- 
mately 120 genera and 1,800 species. With the exception 
of two genera (Haberlea and Ramonda), which are 
native to temperate Europe, they are found only in the 
tropical and subtropical regions of the world. Although 
none are native to the United States, more than a dozen 
genera are found in Mexico. 


These plants have simple leaves that are opposite 
or grow in rosette form around the base. The flowers 
are showy and are borne solitary or in flower clusters 
that bloom from the center outward. The flower petals 
have five lobes, and are often fused at the base to form 
a tubular corolla. The fruit is usually a capsule, but in 
some species it is fleshy and berrylike. Numerous tiny 
seeds are produced. Taxonomically, the family is 
closely allied to the Scrophulariaceae, the snapdragon 
family, the Bignoniaceae, the trumpet-vine family, and 
the Orobanchaceae, the broom-rape family. 


Gesneria, the genus for which the family is named, 
contains about 50 species native to the forests of 
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tropical America, found on the mainland and islands 
of the West Indies. The genus was named after the 
Swiss naturalist Conrad Gesner (1516-1565) by Charles 
Plumier (1646-1704), a French missionary, botanist, and 
explorer, who published a book about the Caribbean 
Islands he visited in 1703. Gesneria species are charac- 
terized by their long red and green tubular flowers that 
co-evolved with their special pollinators, humming- 
birds and bats. Hummingbirds are well adapted to 
extracting nectar from flowers by their ability to 
hover, their visual acuity for red, their long bill and 
tongue. Since flower-feeding bats are not visually sen- 
sitive to color, bat-pollinated Gesneria species are 
green. They produce abundant nectar with a fruity 
odor attractive to bats. 


Members of the gesneriad family are important 
economically as ornamentals that are grown outside in 
warm tropical climates, and in greenhouses in cooler 
climates. The genera Ramonda and Haberlea are 
prized plants for rock gardens in temperate regions. 
Popular ornamentals include the African violet 
(Saintpaulia), gloxinias (Sinningia), Cape primrose 
(Streptocarpus), and others. African violets are a pop- 
ular houseplant prized for their attractive leaves and 
profuse blooms that range in color from white to pink, 
lavender, and dark purple. They also come in a variety 
of variegated colors and different flower types, from 
single to double with simple or ruffled petals. They are 
native to the tropical lowlands of East Africa. 
Gloxinias have much larger red or purple bell-shaped 
flowers, and are native to Brazil. 


i Geyser 


A geyser, a type of hot spring, is an intermittent or 
semi-regularly periodic spout of geothermally heated 
groundwater and steam. The word geyser comes from 
the name of a single Icelandic geyser, Geysir (located 
in Haukadalur, Iceland), written mention of which 
dates back to AD 1294. 


Any subsurface encounter between water and heat 
produces a hydrothermal process. The heat is usually 
supplied by upwellings of magma from the mantle, the 
water by precipitation that percolates downward 
through surface rocks. Some oceanic water enters the 
mantle at subduction zones and becomes an important 
ingredient in upper-mantle magmas. 


Most hydrothermal processes are driven by con- 
vection. Convection occurs because water, like most 
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The geyser, Old Faithful, located in Yellowstone National 
Park (Wyoming). (© John Noble/Corbis.) 


substances, expands when heated. The result is that 
hot water rises and cool water sinks. Convection 
occurs when any water-permeated part of Earth’s 
crust is heated from below: heated water fountains 
upward over the hot spot and cool water descends 
around its edges. These movements occur through 
cracks and channels in the rock, forcing the water to 
move slowly and remain in constant contact with var- 
ious minerals. Water convecting through rock is, thus, 
an effective means of dissolving, transporting, and 
depositing minerals. Most deposits of concentrated 
minerals, including large, shapely crystals, are created 
by hydrothermal processes. 


Manifestations of hydrothermal processes can be 
dramatic, including the geysers and hot springs that 
sometimes occur where shallow magma is present. 
However, most hydrothermal circulation occurs 
inconspicuously in the vicinity of large magmatic 
intrusions. These can cause water to convect through 
the rocks for miles around. 
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Some geysers erupt in predictable intervals, others 
irregularly; a few send jets of water and steam hun- 
dreds of feet into the air, others only a few feet. 
Between 700 and 1,000 geysers exist in the world, all 
concentrated in a few dozen fields. More than 60% of 
the world’s geysers are in Yellowstone National Park 
in the northwestern United States, including the 
famous geyser, Old Faithful. 


Geysers form only under special conditions. First, 
a system of underground channels must exist in the 
form of a vertical neck or series of chambers. The exact 
arrangement cannot be observed directly, and prob- 
ably varies from geyser to geyser. This system of chan- 
nels must vent at the surface. Second, water deep in the 
system—tens or hundreds of meters underground— 
must be in contact with or close proximity to magma. 
Third, this water must come in contact with some rock 
rich in silica (silicon dioxide, SiO), usually rhyolite. 


Silica dissolves in the hot water and is chemically 
altered in solution. As this water moves toward the 
surface, it deposits some of this chemically altered 
silica on the inner surfaces of the channels through 
which it flows, coating and sealing them with a form of 
opal termed sinter. Sinter sealing allows water and 
steam to be forced through the channels at high pres- 
sure; otherwise, the pressure would be dissipated 
through various cracks and side-channels. 


The episodic nature of geyser flow also depends 
on the fact that the boiling point of water is a function 
of pressure. In a vacuum (zero pressure), liquid water 
boils at 32°F (0°C;) under high pressure, water can 
remain liquid at many hundreds of degrees. Water 
heated above 212°F (100°C) but kept liquid by high 
pressure is said to be superheated. 


The sequence of events in an erupting geyser fol- 
lows a repeating sequence. First, groundwater seeps 
into the geyser’s reservoirs (largely emptied by the pre- 
vious eruption), where it is heated—eventually, super- 
heated—by nearby magma. Steam bubbles then form in 
the upper part of the system, where the boiling point is 
lower because the pressure is lower. The steam bubbles 
eject some water onto the surface and this takes weight 
off water deeper in the system, rapidly lowering its 
pressure and therefore its boiling point. Ultimately, 
the deeper water flashes to steam, forcing a mixed jet 
of water and steam through the geyser’s surface vent. 


Many of the world’s geysers are endangered by 
drilling for geothermal energy in their vicinity. Drilling 
draws off water and heat, disrupting the unusual balance 
of underground conditions that makes a geyser possible. 


Geysters are not unique to the planet Earth. 
Triton, a moon of the planet Neptune, possesses up 
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to 5-mi (8 km) columns of liquefied nitrogen that 
occur due to heating from the sun, rather than from 
geothermal activities as on Earth. 


See also Bedrock. 


l Gibbons and siamangs 


Gibbons are 10-12 species of tropical forest apes 
in the family Hylobatidae of the Primate order, which 
also includes a wide variety of monkeys, the great 
apes, and humans. Gibbons lack a tail, they have a 
more-or-less upright posture, and they have a well- 
developed brain. However, gibbons are generally 
regarded as the least intelligent of the anthropoid apes. 


The true gibbons are five to six species in the genus 
Hylobates, while the siamangs are two larger species of 
the genus Symphalangus. (However, some taxono- 
mists also classify the siamangs in the genus 
Hylobates, thereby treating them as large gibbons.) 
The three species of crested gibbons are currently 
classified in the genus Nomascus and the hoolock gib- 
bon is the single species in the genus Bunopithecus. All 
of the gibbons occur in tropical forests of Southeast 
Asia, Malaysia, and Indonesia. 


The gibbons are the smallest of the apes, being less 
than one meter tall, and weighing about 11-17.5 Ib (5-8 
kg). Siamangs weigh 17-29 lb (8-13 kg). Gibbons have 
a willowy body shape, and have much longer and more 
slender arms than the other anthropoid apes. In fact, 
the arms of gibbons are long enough to easily touch 
the ground as these animals walk. The hands and 
fingers are also elongate and slender, with a distinc- 
tively deep cleft between the thumb and the index 
finger. All of these are adaptations for the active life 
of these animals, which is mostly spent in the forest 
canopy. 


Gibbons are highly arboreal animals—the name 
of their genus, Hy/obates, is derived from Greek words 
for “dweller in the trees.” Gibbons are extremely agile, 
and are sometimes referred to as the most acrobatic of 
all the mammals. They can move swiftly and grace- 
fully through the treetops by swinging hand over hand 
from branch to branch, a method of locomotion 
known as brachiation. Gibbons can also get about 
by leaping through the air until they manage to hook 
onto a secure branch, or land on a stable limb. These 
flying leaps, sometimes assisted using elastic branches, 
can cover a distance as great as 40 ft (12 m). 
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A hoolock gibbon (Hylobates hoolock). (Photograph E. 
Hanumantha Rao/Photo Researchers, Inc.) 


Gibbons do not often venture to the ground, but 
when they do, they are awkward walkers, typically 
holding their arms high to maintain their balance as 
they ambulate. Gibbons do not swim, and are in great 
danger of drowning if they ever fall into deep water. 


Gibbons are typically colored in various hues of 
brown or black, with white body markings in some 
species. There is a great deal of variation in coloration 
of individuals within species, and even within the same 
family of gibbons. The young of most gibbons have 
white fur, and do not attain the darker, adult coloration 
until they are 2-5 years old, depending on the species. 


Gibbons are highly vocal animals. Groups of gib- 
bons (known as a “troop”) often make very loud 
hootings, barks, and hollers in the early morning, 
known as their noisy “dawn chorus.” These animals 
are also very vociferous during the day. 


Gibbons become sexually mature at an age of 5-8 
years. The gestation period is about seven months, and 
one baby is born. The young are weaned after about 
seven months, and until that time they are constantly 
carried by their mother. Gibbons have lived as long as 
23 years in captivity. 


The usual family group is a monogamous pair of 
an adult male and female, plus three or four pre- 
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reproductive offspring. Sometimes, however, a mature 
male will live in a polygynous relationship with several 
mature females, with the young being raised commu- 
nally. The family groups defend a territory, which can 
range in size from about 25 to more than 50 acres 
(10-20 hectares) in area. 


Gibbons forage during much of the day. They 
typically sleep while sitting erect in dense vegetation 
at night. Gibbons are mostly herbivorous, eating a 
wide range of fruits and leaves. However, they also 
sometimes feed on bird eggs, nestlings, and other small 
animals. These agile creatures are known to capture 
flying birds, while leaping through the air, or while 
brachiating rapidly. Gibbons drink by dipping a hand 
into water, and then sucking the moisture from the fur. 


The usual habitat of gibbons is tropical forest. 
This can range from lowland forest around sea level, 
to montane forest at an altitude as great as 7,900 ft 
(2,400 m). The siamang occurs as high as almost 9,850 
ft (3,000 m) on the island of Sumatra, in Indonesia. 


The most important natural predators of gibbons 
and siamangs are large cats such as the clouded leop- 
ard, large snakes such as pythons, and eagles. 


Within their range, gibbons are sometimes kept as 
pets in villages. Some species of gibbons, especially the 
siamangs, are endangered by extensive losses of their 
natural habitat of tropical forests. 


Species of gibbons and siamangs 


The hoolock gibbon (Bunopithecus hoolock) 
occurs in Southeast Asia. Male hoolock gibbons are 
black, while the females are variable in color, ranging 
through black, gray, and brown, with a white band 
across the forehead. 


The white-handed or lar gibbon (Hylobates lar), 
occurs in parts of mainland Southeast Asia, Malaya 
and Sumatra. The fur of this species has a basal color 
of black, brown, or yellow, but the upper surfaces of 
the hands and feet are white-colored, and the face is 
circled by white. 


The dark-handed gibbon (Hy/lobates agilis) occurs 
on the Malayan Peninsula and Sumatra. The fur of 
this species varies from yellowish to dark-brown, and 
the upper surfaces of the hands and feet are always 
dark-colored. 


The gray or Moloch gibbon (Hylobates moloch) 
occurs in Java and Borneo. The fur of this species is 
light or dark gray, and the face is black. 


The black crested gibbon (Nomascus concolor) 
occurs in Southeast Asia, particularly Vietnam, 
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Gibbons and siamangs 


A siamang calling. (© R. Van Nosstrand, National Audubon 
Society Collection/ Photo Researchers, Inc.) 


Myanmar (Laos), and Thailand. This is a dark- 
colored animal, with a distinctive, erect crest of long 
hair on the crown of the head, especially elongate in 
adult males. The black gibbon has a throat pouch, 
used to amplify its territorial noises, similar to the 
siamangs. 


The siamang (Symphalangus syndactlyus) occurs 
in parts of Malaya and the island of Sumatra in 
Indonesia, while the dwarf siamang (S. k/ossi) is native 
to the Mentawei Islands off the west coast of Sumatra. 
Siamangs are heavier than gibbons, typically weighing 
17-29 Ib (8-13 kg), with a body length as great as 36 in 
(90 cm), and an arm-spread of up to 5 ft (1.5 m). 
Siamangs have black fur, and a distinctive throat- 
pouch, which appears to amplify the booming and 
bellowing territorial noises of these animals. 
Siamangs are somewhat less agile than the true gib- 
bons. They occur in montane and sub-montane forests 
between about 2,000-6,400 ft (600-2,800 m) in eleva- 
tion. These animals defend their foraging range, and 
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KEY TERMS 


Anthropoid apes—These consist of the gibbons, 
orangutan, chimpanzee, and gorilla, all of which 
lack a tail, have an upright posture, and a well- 
developed brain. Anthropoid apes are the closest 
living relatives of humans. 


Brachiation—A method of arboreal locomotion 
involving hand-over-hand travelling, while holding 
onto branches. This is a characteristic locomotion 
of gibbons and some types of monkeys. 


Monogamous—A breeding system in which a 
mature male and a mature female live as a faithful, 
mated pair. 


Montane forests—Forests that occur relatively high 
on mountains, but below the open grasslands and 
tundra. Montane forests at low latitudes, for exam- 
ple in Southeast Asia, have a relatively cool and 
temperate climatic regime. 


Polygynous—A breeding system in which a single 
male breeds with more than one mature female. 


live in social groups consisting of an adult male and an 
adult female, plus any babies and sub-mature off- 
spring that may be associated with the parents. These 
family groups defend a territory of about 25 acres (10 
hectares) or more in area. 
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A banded gila monster. (Renee Lynn. The National Audubon Society Collection/Photo Researchers, Inc.) 


| Gila monster 


The Gila monster (Heloderma suspectum) is a 
large, strikingly-colored venomous lizard. The gila 
monster and the Mexican beaded lizard (Heloderma 
horridum) are the only members of the beaded lizard 
family, Helodermatidae. The Gila monster occurs in 
rocky, semi-arid habitats from the Colorado River 
basin in the southwestern United States to the western 
regions of Mexico and Guatemala. 


The Gila monster reaches a length of 18 in 
(46 cm), and is typically black or dark brown, with 
bright yellow markings. The body is heavy and cylin- 
drical, ending with a thick, rounded tail, where energy 
reserves are stored against lean times. The head is 
relatively large, massive, and flattened, with numer- 
ous, slightly recurved teeth. 


The Gila monster is a terrestrial lizard, and is most 
active at dawn and dusk. Since the body temperature 
of Gila monsters depends on environmental temper- 
ature, these lizards are less active during the winter in 
northern parts of their range. Gila monsters can live 
for 20 years in captivity. 
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The Gila monster has venom glands on the front 
part of the lower jaws, and (together with the Mexican 
beaded lizard) are the world’s only venomous lizards. 
The venom glands synthesize and store a potent toxin 
that can cause paralysis of the cardiac and respiratory 
systems of vertebrate animals. The Gila monster bites 
and chews a wound in its victim, into which the venom 
flows by capillary action along deep grooves on the 
lizard’s teeth. The Gila monster is a tenacious biter, 
using its venomous bite to immobilize prey, and to 
defend itself against predators. The bite of a Gila 
monster is painful, but rarely fatal to a human. 


The Gila monster eats a wide range of small ani- 
mals, bird eggs and nestlings, earthworms, and carrion. 
Food is swallowed whole, except for eggs, which are 
broken before eating. Like most lizards, the Gila mon- 
ster uses its forked tongue and an associated sensory 
organ (Jacobson’s organ) on the roof of the mouth for 
chemosensation, an important aid to finding its food. 


Gila monsters lay as many as 13 eggs in a clutch. 
The eggs are buried, and incubate for as long as 130 
days until hatching. 


Because it is a potentially dangerous and unusual 
looking animal, the Gila monster is often kept as a pet. 
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Populations of gila monsters in some areas have been 
depleted because some people fear and kill these animals, 
and because they are hunted for their skins and the 
commercial pet trade. Both the Gila monster and the 
beaded lizard are classified as vulnerable by the World 
Conservation Union (IUCN), meaning they face a high 
risk of extinction in the wild in the medium-term future. 


See also Reptiles. 
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l Ginger 


The ginger family, Zingiberaceae, includes about 
50 genera and 1,300 species of plants, a few of which 
have culinary or medicinal uses. The common ginger 
(Zingiber officinale) is one of the oldest and most 
commonly used spices. Ginger for these uses is 
obtained from the tuberous rhizome, or underground 
stem of the plant. The common ginger is native to 
Southeast Asia, where it has been cultivated for thou- 
sands of years. It is now grown commercially through- 
out the tropics, and was the first oriental spice to be 
grown in the Americas. Jamaican ginger is considered 
to be the finest in the world. 


Zingiber officinale is a perennial creeping plant 
with reedlike leaf-bearing stems up to 4 feet (1.3 m) 
high that emerge from the stout rhizome. The leaves 
are yellowish green, alternately arranged on the stem, 
lanceolate (i.e., long and tapered) in shape, and 0.5-1 
inches (1-2 cm) wide and up to | ft (30 cm) long. The 
cone-shaped flowers are about 3 inches (7 cm) long 
and colored yellow and purple. They occur on stalks 
that grow directly from the rhizome, and are about as 
tall as the leafy stems. 


The rhizome grows relatively quickly, sprouting 
new aboveground shoots as it spreads. Because the 
rhizomes grow roots, the ginger plant can be easily 
propagated by taking pieces of the rhizome and plant- 
ing them in the soil. Ginger grows best in rich, sandy, 
partially shaded places with high humidity, warm tem- 
perature, and abundant rain. Rhizomes grown specif- 
ically for drying and grinding into a powdery spice are 
harvested after about nine months of growth. Ginger 
that is to be used fresh can be harvested as soon as 
about one month after planting. 


Ginger is used as a flavoring in tea, wine, liqueur, 
soft drinks, and candies. Ginger ale, once an alcoholic 
beverage, is now a popular carbonated soft drink. 
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Cultivated ginger (Zingiber officinale) in the Amazon, Peru. 
(JLM Visuals.) 


Ginger can be purchased fresh, dried and ground, dried 
whole, candied, or preserved in syrup. Medicinally, gin- 
ger has been used to relieve nausea. During the Middle 
Ages, it was considered an antidote for the plague, 
although it did not actually work for that purpose. 


! Ginkgo 


The ginkgo, or maidenhair tree (Ginkgo biloba) is 
an unusual species of gymnosperm, having broad 
leaves, and seasonally deciduous foliage that turns 
yellow and is dropped in autumn. The ginkgo is a 
dioecious plant, which means that male and female 
functions are performed by separate trees. The ginkgo 
is considered a living fossil, because it is the only 
surviving member of the family Ginkgoaceae and the 
class Gingkoales. This is a group of gymnosperms 
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A ginkgo tree in Georgia. (JLM Visuals.) 


with a fossil lineage extending back to the lower 
Jurassic, some 190 million years ago, and once prob- 
ably having a global distribution. 


In more modern times, the natural distribution of 
the ginkgo was apparently restricted to a small area 
of southeastern China. It is very likely, however, that 
there are no longer any truly natural wild populations 
of ginkgo in forests in that region. It appears that the 
only reason this remarkable species still survives is 
because it was preserved and cultivated in small groves 
around a few Buddhist temples. This was apparently 
done because farsighted monks recognized the ginkgo 
as a unique species of tree, and because they valued its 
edible, possibly medicinally useful fruits and leaves. 
Gingko is still used in this way today, as an herbal 
medicine thought to be useful in the treatment of 
memory loss, asthma, circulatory disorders, head- 
aches, impotence, and a variety of other ailments. 


Today, the ginkgo is no longer a rare species, and 
it has a virtually worldwide distribution in temperate 
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climates. It has become commonly grown in cities 
and gardens as a graceful and interesting shade tree. 
The ginkgo has attractive, golden-yellow foliage in 
autumn, is easy to transplant and cultivate, and is 
remarkably resistant to diseases, insects, and many 
of the stresses of urban environments including, to 
some degree, air pollution. The ginkgo is also often 
cultivated because of its special interest to botanists 
and others as a living fossil. 


Often, horticulturists attempt to plant only male 
ginkgos, because the outer flesh of the fruits of female 
trees can have an uncomfortably foul odor, making 
some people nauseous, and causing skin rashes upon 
contact. Ginkgo trees can reach a height of about 115 
feet (35 m), and can achieve a trunk diameter of more 
than 27 inches (68.5 cm). Trees mature at about 20 
years, and can live to be older than 1,000 years. 


f Ginseng 


Ginseng refers to several species of plants in the 
genus Panax, family Araliaceae. Ginseng is a peren- 
nial, herbaceous plant with compound leaves that 
grow from a starchy root. The natural habitat of gin- 
seng is the understory of mature angiosperm forest in 
the temperate zones of east Asia and eastern North 
America. 


Ginseng root is highly valued for its many thera- 
peutic properties by practitioners of traditional 
Chinese medicine, who regard it as a tonic, stimulant, 
aphrodisiac, and even a cure for some diseases. 
Oriental ginseng (Panax ginseng) is the original gin- 
seng upon which this medicinal usage was based. 
Because of the insatiable demand for its roots, this 
Asian species has been overharvested from its natural 
habitat of hardwood forest in eastern Asia, and is now 
endangered in the wild. Although Oriental ginseng is 
now cultivated as a medicinal crop, it is widely 
believed that wild plants are of much better medicinal 
quality than cultivated ginseng. Consequently, virtu- 
ally any wild ginseng plants that are found are har- 
vested, because they are so valuable. 


Soon after the colonization by the French of parts 
of eastern North America in the sixteenth century, it 
was realized that there was a large and profitable 
market in China for the roots of American ginseng 
(Panax quinquifolium), which grew abundantly in the 
temperate angiosperm forests of that region. These 
wild plants were initially collected in southern 
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Quebec, and then anywhere else that ginseng could 
be found. For a while, ginseng root was one of the 
most important commodities exported from North 
America. 


Inevitably, however, the once-abundant natural 
resource of wild ginseng was quickly exhausted, and 
today these plants are extremely rare in the wild in 
North America. American ginseng is now considered 
an endangered species in the wild. Another, much 
smaller species known as dwarf ginseng (P. trifolium) 
was not over-collected, and is more common. 


An agricultural system has been developed for 
the cultivation of ginseng, and it is now grown as a 
valuable cash crop in various places in North America. 
The plants are started from seed, which are collected 
from mature plants and stored in moist sand for 
one year, so that they will scarify and be capable of 
germinating. It can take as long as five to seven years 
for cultivated ginseng plants to reach their prime 
maturity for harvesting. However, the plants are 
sometimes harvested when smaller, and less valuable, 
because of the risk that a longer period of growth 
might allow a fungal infection to develop. Such an 
infection can ruin an entire crop, and devastate the 
result of years of patient work and investment. 
Agricultural ginseng is grown under a shading, plastic 
or wood-lattice canopy, because this species is a plant 
of the forest understory and does not tolerate full 
sunlight. 


Once harvested, the largest, best-quality ginseng 
roots are dried, and are mostly exported to China, 
Korea, and Japan to be sold in traditional-medicine 
stores. Customers purchase their carefully selected 
roots, and then watch as the ginseng is prepared. 
Poorer-quality, thinner, cracked roots may b proc- 
essed into ginseng tea and other bulk preparations. 
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| Giraffes and okapi 


Giraffes are a species of large, long-legged, long- 
necked ungulates in the family Giraffidae, order 
Artiodactyla. Giraffes are the tallest living animals 
on Earth. Okapis are a close relative, but these animals 
do not have such long legs or neck. 


The giraffe is a widespread animal of grasslands 
and savannas of sub-Saharan Africa. The okapi is a 
much rarer animal and occurs in tropical forest. 


Both species are exclusively herbivorous, mostly 
browsing the foliage of woody plants. These animals 
are ruminants, meaning they have a complex stomach 
divided into four pouches. Each of these sections is 
responsible for a particular stage of the digestion 
process. Rumination actually specifically refers to the 
chewing of the cud, which is a regurgitated mass 
of pre-digested plantmatter from one of the 
fore-stomachs. The cud is re-chewed in a leisurely 
fashion, and then swallowed one last time, to undergo 
further digestion. The material then passes through 
the alimentary system, and nutrients are absorbed 
during this final passage, which is followed by 
defecation. 


Giraffes 


The most distinctive characteristics of giraffes are 
their very long legs, and their enormously long neck. It 
is interesting that, compared with related families such 
as the deer (Cervidae), giraffes have the same number 
of neck vertebrae—the remarkable elongation of their 
neck is due solely to lengthening of the individual 
vertebrae. A short, dark mane runs along the top of 
the length of the neck. 


The fore legs are slightly longer than the hind legs, but 
the profile of giraffes is also influenced by the extreme 
development of musculature on their shoulders and base 
of the neck. These large muscles are used to keep the heavy 
neck erect, and they give the animal a rather hunched 
appearance, with a steeply sloping back. Giraffes have a 
rather long tail, which ends in a dark tassel. 


Giraffes can run quite quickly, using a rather stiff, 
ambling gait because of their long legs. To drink, 
giraffes must stoop awkwardly to reach the water. 


The largest male giraffes can attain a height of 19 
ft (6 m). Females are somewhat shorter, by about 3 ft 
(1 m). Large male giraffes can weigh as much as 1,650 
Ib (750 kg). 


The pelage of giraffes is highly variable, and sev- 
eral geographic races have been named on the basis 
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Okapi. (© Joe McDonald/Corbis.) 


of their colors and especially their patterns. The basic 
color is brownish, with a network of white lines break- 
ing up the solid profile. Formerly, two different species 
of giraffes were recognized on the basis of distinctive 
differences in the patterns of their pelage and their 
non-overlapping ranges. These were the relatively 
widespread giraffe (Giraffa camelopardalis) and the 
reticulated giraffe (G. reticulata) of east Africa. 
However, further study has demonstrated that these 
animals are fully interfertile, and their differences are 
not sufficiently great to warrant their designation as 
full species. Today, taxonomists recognize only one 
species of giraffe, G. camelopardalis. 


The head of giraffes is relatively small, at least in 
comparison with the large body size of these animals. 
The head has a rather elongated profile, with a long, 
thin upper lip, which is prehensile and used along with 
the long, black, mobile tongue to dexterously grasp and 
tear foliage while the animal is feeding. Giraffes have 
large eyes, with very long eyelashes. Their ears are short, 
but quite mobile, and both hearing and vision are acute. 
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The horns of giraffes are two to five, permanent, 
knobby outgrowths on the forehead or top of the 
head, covered by skin. Both sexes have these horns. 
The horns are smaller than, but anatomically compa- 
rable to, the antlers of deer, except those of the giraffe 
are never shed and are always covered by skin. 


Giraffes are social animals, but not highly so, as 
they do not occur in large herds. The largest herds can 
include as many as 20-50 animals, with several domi- 
nant male animals (or bulls) and many females (or 
cows) and offspring. Bull giraffes fight among them- 
selves, using powerful swings of their knobby-topped 
heads, aiming at the neck or chest of their rival. Old 
bulls that are unable to maintain a harem live a life 
solitary from other giraffes. A single baby (or calf) 
giraffe is born after a gestation period of 14-15 
months. 


Often, giraffes will associate with other large 
herbivores such as zebras, gnus, and ostriches in 
mixed foraging groups. Giraffes commonly have ox- 
peckers (Buphaga spp.) riding on their backs. These 
useful birds feed on large insect and tick parasites that 
can be common on the hides of giraffes and other large 
mammals. 


Adult giraffes are not an easy mark for their nat- 
ural predators, unless they can be ambushed while in 
an awkward stance, such as when they are drinking. 
Giraffes can run quickly for a long distance, and they 
can inflict sharp wounds with the hooves of their front 
legs. The most important predators of giraffes are 
lions, but a pack of these large cats is required to kill 
an isolated adult giraffe. Young giraffes are more 
vulnerable, but they are generally well protected by 
their social group, which is very alert for the presence 
of nearby predators. 


Giraffes are still relatively abundant in some parts 
of their range. However, they have become widely extir- 
pated from large areas, equivalent to more than one- 
half of their original range. This substantial decline in 
the overall population and range of giraffes is mostly 
associated with conversions of their natural habitats 
into agriculture, as well as overhunting of these animals. 


The okapi 


The okapi, or forest giraffe (Okapia johnstoni), 
did not become known to European scientists until 1900, 
when a native pygmy hunter showed a striped-legged skin 
of this species to a British zoologist in what was then 
the Congo in central Africa. The discovery of this unusual 
large animal caused a quite a sensation among European 
naturalists and the public. As a result, many museums 
and zoological gardens mounted expeditions to secure 
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Giraffes and okapi 


Herd of giraffes standing in a field. (Michael C.T. Smith. The National Audubon Society Collection/Photo Researchers, Inc.) 


living or dead specimens of this novel, but rare 
animal. Wealthy big-game hunters also organized expedi- 
tions to acquire trophy heads of the “newly discovered” 
okapi. 


By today’s standards, it seems rather barbaric for 
scientists and hunters to have mounted those sorts of 
campaigns, which could only have further endangered 
an already rare species. However, attitudes and mor- 
ality were different in late-Victorian times, when the 
notions of conservation and ecology were only begin- 
ning to make faint impressions on scientists, and on 
the broader public. 


The okapi has a much shorter neck and legs than 
the giraffe, and the two horns of the males are pointed 
and uncovered by skin at their tips (female okapis do 
not have horns). The okapi has a fairly uniform-chest- 
nut pelage, but distinctive, horizontal stripes on its 
legs. The largest okapis stand about 79 in (2 m) tall, 
and weigh 550 Ib (250 kg). 
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From the first discovery of the okapi, great efforts 
were made to capture live specimens and transport 
them to European or American zoos for display 
and study. For many years, these efforts were quite 
unsuccessful. Although methods were developed for 
the safe capture of wild okapis (using pits dug across 
the paths these animals habitually use), it proved 
extremely difficult to transport them to the far away 
ZOOS. 


Today, because of more efficient hunting by local 
people (some of whom have modern weapons), 
coupled with extensive loss of their rainforest habitat, 
the okapi is an even more rare animal than it was when 
Europeans first discovered it. Okapis will breed in 
zoos, although successes in this regard are sporadic. 
The survival of this unusual animal will certainly 
require the preservation of a large area of its natural 
habitat of old-growth, tropical rainforest in central 
Africa. 
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KEY TERMS 


Browse—A food consisting of the foliage, twigs, 
and flowers of woody plants. 


Harem—A group of females associated with one or 
several males. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 
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E cis 


GIS is the common abbreviation for geographic 
information systems, a powerful and widely used com- 
puter database and software program that allows sci- 
entists to link geographically referenced information 
related to any number of variables to a map of a geo- 
graphical area. GIS allows its users to analyze and 
display data using digitized maps. In addition, GIS 
can generate maps and tables useful to a wide-range of 
applications involving planning and decision-making. 
GIS programs allow the rapid storage, manipulation, 
and correlation of geographically referenced data (i.e., 
data tied to a particular point or latitude and longitude 
intersection on a map). 
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GIS has expanded from use in a number of emer- 
gency support agencies and systems such as the 
Federal Emergency Management Agency (FEMA) 
and in military conflict to widespread general use. 
Many car and truck models built in 2006 come with 
GIS as a navigational aid, for example. Portable GIS 
units are available that can be used for directional aid 
while walking, and even to help a golfer in their club 
selection by determining the distance remaining 
between the ball and the hole. 


GIS maps are able to convey the same informa- 
tion as conventional maps, including the locations of 
rivers, roads, topographical features, and information 
including location of cites and political boundaries. 
Different types of information can be incorporated 
into a GIS image. For example, rainfall data can be 
expressed along with data describing terrain features 
and soil contamination data to identify sources of 
pollution. 


In a poignant use of the technology, GIS mapping 
was used to map remains after the break up of the 
space shuttle Columbia in January 2003. Debris field 
maps helped narrow search patterns and by linking the 
location of debris allow engineers and investigators to 
reconstruct the disaster. 


| Glaciers 


Glaciers are flowing masses of ice created by years 
of snowfall and locally cold temperatures. 
Approximately one tenth of the Earth is covered by 
glaciers, which are most numerous near the poles. 
Glaciers cover most of Antarctica and Greenland 
and parts of Iceland, Canada, Russia, and Alaska. 
They also exist in mountains on every continent except 
Australia. Recent measurements show that glaciers 
have been melting worldwide since the beginning of 
the Industrial Revolution in the mid-nineteenth cen- 
tury (when human beings first began to add large 
amounts of greenhouse gasses to the atmosphere). 
Water from melting glaciers is a significant input to 
rising sea levels worldwide, which threaten coastal 
ecosystems and the approximately 100 million people 
who live 3.28 ft (or about 1 m) or less above sea level. 


How glaciers form 


Glaciers are created in areas where the air temper- 
ature where snow can accumulate without melting 
from year to year. Snowflakes may partially melt 
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Muir Inlet, a fiord in Glacier Bay National Park, Alaska, and the glacier creating it. (JLM Visuals.) 


when they come into contact with the ground. As the 
air temperature drops further, the partially melted 
snow refreezes, turning into ice. The resulting mixture 
of snow and ice is compacted as additional layers of 
snow accumulate on top. Eighty percent of fresh snow 
is air; as the weight of fresh upper layers of snow and 
ice increases, air is pressed out of the lower layers. 
Over time, snow accumulates and the slab of ice 
grows steadily thicker (if the glacier is in a growth 
phase). Eventually, the layer of ice begins to flow 
slowly downhill under the influence of gravity and it 
is considered a glacier. 


Types of glaciers 


Glaciers take on a variety of characteristics as they 
flow and retreat. Glaciers that flow down a valley from 
mountainous ground, for example, usually follow paths 
originally formed by rivers of snowmelt in the spring 
and summer. These glaciers, termed alpine or mountain 
glaciers, end either in valleys or in the ocean and tend to 
increase the steepness of the surrounding mountains 
surrounding by erosion. Glaciers are partially respon- 
sible for carving the high-relief mountain peaks of the 
Himalayas, Andes, and alpine regions of the Cascade 
Mountains and northern Rocky Mountains. 


Piedmont glaciers are large, gently sloping ice 
mounds. Piedmont glaciers are common in Alaska, 
Greenland, Iceland, and Antarctica. 


Alpine glaciers commonly form in small bowl-like 
valleys called cirques on the sides of mountains. Found 
in Norway, Iceland, Greenland, and Antarctica, gla- 
ciers within cirques usually do not move out of their 
basinlike areas. 


The largest type of glacier is the ice sheet or con- 
tinental glacier, which spreads slowly outward from its 
center. Ice sheets may cover millions of square miles 
and are heavy enough to bend Earth’s crust. The largest 
existing ice sheet is in Antarctica, where the ice is more 
than 2.5 mi (4 km) thick at its center and covers entire 
mountain ranges (the buried mountains were mapped 
using seismic waves and radar). The Antarctic ice sheet 
covers more than 5 million sq mi (12.9 million sq km), 
which exceeds the combined areas of the United States, 
Mexico, and Central America. It contains about 90% 
of all the world’s ice and 70% of its fresh water. The 
Greenland ice sheet is 670,000 sq mi (1,735,000 sq km) 
in area, covering virtually the entire island. Smaller ice 
sheets are found in Iceland, northern Canada, and 
Alaska. 


Hubbard glacier calving. (© Mark Newman/Phototake NYC.) 


Effects of glaciers 


The Greenland and Antarctic ice sheets are only a 
fraction the size of the ice sheets that have covered 
large portions of Earth during previous periods of 
glaciation popularly known as ice ages. Geologists 
have found evidence of at least six major ice ages 
during the past 960 million years, moving slowly 
down from the polar regions every 250 million years 
or so and persisting, usually, for 5-10 million years. 


Most glaciers that exist today are remnants of the 
last glacial period, which lasted from 1.8 million to 
11,000 years ago and which occurred in four periods 
of advance and retreat. At their maximum, the glaciers 
of this period covered 30% of Earth’s land surface, 
particularly in the Northern Hemisphere. As the glaciers 
advanced, they lowered sea levels by hundreds of feet, 
creating land bridges between continents. Archeological 
discoveries suggest that humans first entered North 
America from Asia by crossing a land bridge across 
the present day Bering Sea during the last ice age. 


As a glacier advances it erodes soil and rock that 
are incorporated into the ice and add to the glacier’s 
weight and abrasive power. As they melt, this burden 
of rock, gravel, and dirt is left in place to form a 
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deposit known as glacial till. Glacial till, which accu- 
mulates preferentially along the leading edges of the 
advancing glacier, is deposited in mounds along gla- 
cier’s edge when it ceases to advance and begins to 
melt, creating new hills or ridges known as moraines. 
Some previously glaciated areas are covered by 200- 
1,200 ft (61-366 m) of till. Chunks of ice buried in till 
melt to form large depressions known as kettles, which 
can fill with water and become kettle lakes. Glaciers 
can also scour the land to great depths, creating larger 
lakes such as the Great Lakes of North America. 


During the last ice age, parts of Earth’s litho- 
sphere was bent downward under the weight of the 
glaciers. As the glaciers retreated and the weight was 
removed, the surface began to readjust to its previous 
height. Crustal rebound, as it is called, is still occurring 
at in parts of North America and Europe. The rate at 
which rebound has occurred since the last ice age has 
allowed geologists to estimate the viscosity, or resist- 
ance to flow, of Earth’s asthenosphere. 


Glaciers advance relatively slowly, moving any- 
where from a few inches(centimeters) per year to a few 
feet (meters) per day. When ice melts under the glacier 
as a result of pressure from above and friction with 
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Glaciers 


KEY TERMS 


Alpine or mountain glaciers—Glaciers that form at 
high elevations in mountain regions and flow down- 
hill through valleys originally created by rivers. 


Cirques—Bowl-shaped depressions in the sides of a 
mountain that provide sites for circular glaciers to 
form. 


Glacial till—Rocks, soil and other sediments trans- 
ported by a glacier then deposited along its line of 
farthest advance. 


Ice age—An extended period of time in Earth’s his- 
tory when average annual temperatures were signifi- 
cantly lower than at other times, and polar ice sheets 
extended to lower latitudes. 


Ice sheet—The largest form of glacier and the slow- 
est moving, covering large expanses of a continent. 


the ground, accumulated meltwater may reduce stress 
along the base of the ice and increase the glacier’s rate 
of flow; this sudden increase in speed is termed a surge 


Clues to Earth’s past and future 


Scientists continue to debate details of the reasons 
why ice ages occur, but the consensus view is that 
several factors interact to produce global ice ages: (1) 
placement by continental drift of large land masses 
near the poles, on which glaciers can form; (2) uplift 
of continental plates by plate-tectonic forces, with 
subsequent changes in global circulations of air and 
water; (3) reductions in the amount of carbon dioxide 
in the atmosphere, with diminished greenhouse effect; 
and (4) long-term oscillations in the shape of Earth’s 
orbit and the tilt of the its poles. 


Present-day glaciers provide clues to recent and 
future climate change. Satellite radar and aircraft- 
mounted laser altimetry systems have recently been 
used to measure contemporary glaciers with great 
accuracy; the data show that many glaciers are retreat- 
ing, reflecting an overall global warming trend. The 
glaciers in the Alps in Europe have lost an estimated 
one-third to one-half of their ice in the last century, 
while Alaskan glaciers losing ice thickness at an aver- 
age rate of about 6 ft (2 m) per year, retreating at rates 
of 2 mi (3.2 km) in 20 years. By glacial standards, this 
is a rapid retreat. The U.S. National Academy of 
Sciences has predicted that, if global temperatures 
rise from 1.5—5°F (0.75—2.5°C) over the next century, 
significant portions of Earth’s ice cover could melt and 
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Iceberg—A large piece of floating ice that has bro- 
ken off a glacier, ice sheet, or ice shelf. 


Kettle lakes—Bowl-shaped lakes created by large 
boulders or ice blocks, which formed depressions 
in Earth’s surface. 


Meltwater—Melted ice in the glacier’s bottom layer, 
caused by heat that develops as a result of friction 
with Earth’s surface. 


Moraines—Large deposits of glacial till that form hills. 


Piedmont glacier—Large, gently sloping glaciers 
found at the feet of mountains and fed by alpine 
glaciers. 


Surging—A sudden increase in a glacier’s movement 
as a result of meltwater beneath the glacier that 
decreases friction. 


cause widespread flooding of coastal areas. Global 
average sea level has been rising at about 12 in (3 
mm) per year for the last decade, and this rate is 
expected to accelerate if warming continues. Alaskan 
glaciers—which contain for about 13% of the world’s 
glacier area, but the melting of which accounts for 
about half of observed sea-level rise—have been thin- 
ning on average twice as fast over the last five years as 
during the preceding 40. In Peru, glacial melting is 
occurring at increasing rates; the present rate is 33 
times the rate between 1963 and 1978. 


There is little doubt that global climate change 
caused by human agricultural and industrial activity 
is contributing strongly to the retreat of glaciers 
around the world. Data from Antarctic ice cores 
have shown a direct correlation between warming 
and cooling trends and the amount of the two major 
greenhouse gases, carbon dioxide and methane, in the 
atmosphere. These same cores show significant 
increases in both gases in the past 200 years. Today, 
in large part as the result of human activity, atmos- 
pheric carbon dioxide is at its highest level in at least 
420,000 years. 


Glaciers may offer clues about the possibility of 
life on other planets. In Switzerland, bacteria have 
been found living under the ice sheets. If microbes 
can thrive in the dark, cold environment under glaciers 
on Earth, the vast ice sheets that blanket Jupiter’s 
moon Europa and which underlie the soil of Mars 
may have their own microscopic residents. 


See also Ice age refuges. 
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[ Glands 


Glands are aggregates of specialized cells that 
secrete or excrete chemical substances used elsewhere 
in the body. Glands carry out regulatory, digestive, 
reproductive, and other functions. A gland may be an 
independent structure or may be incorporated into 
another, larger, structure that has still other functions. 
In addition, a gland can be endocrine, secreting its 
hormones directly into the blood stream without a 
duct; or it can be exocrine, secreting its products 
through a duct into the digestive tract, onto the skin, 
or other target areas. 


The two adrenal glands, one atop each kidney, are 
endocrine glands that secrete various hormones, includ- 
ing epinephrine (adrenaline) corticosteroids, and min- 
eralocorticoids that are part of the body’s response to 
stressful situations. 


The islets of Langerhans in the pancreas are endo- 
crine glands that secrete insulin and glucagon, which 
lower and raise the levels of blood glucose (sugar). The 
pancreas, too, is an exocrine gland, for it also secretes 
digestive enzymes (pancreatic juice) through ducts 
that lead into the duodenum. Other endocrine glands 
include the thyroid gland, the parathyroid glands, the 
testes and the ovaries, the thymus gland, and the pitui- 
tary gland. 


Other exocrine glands include the lachrymal 
glands, which manufacture and secrete tears; the sali- 
vary glands, which secrete saliva; the liver, which man- 
ufactures and secretes bile; the mammary glands, 
which manufacture and secrete milk; and the eccrine 
(sweat) glands of the skin, which secrete sweat to 
regulate body temperature. The kidneys are glands in 
that the juxtaglomerular cells of the nephrons secrete 
renin, which helps to regulate blood pressure. 


Glands increase or decrease their activities in 
response to changes in body temperature, salinity, 
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temperature, and other stimuli, most of which are 
coordinated by control centers in the brain. 


See also Adrenals; Endocrine system. 


| Glass 


Glass is a brittle, inorganic solid, composed 
mostly of inorganic oxides. The main ingredient of 
most glasses is silicon dioxide, SiO>,or silica—found 
in nature as sand. Generally manufactured by heating 
sand, soda, lime, and other ingredients (and quickly 
cooling the molten mass), glass is a fundamental com- 
ponent of a variety of products, including tableware, 
windshields, thermometers, and telescope lenses. 


Glass is generally considered an amorphous (non- 
crystalline) solid that is hard, usually transparent, and 
easily shattered. It is formed mostly of silica (sand) 
that is fused with such substances as phosphates or 
borates while at high temperatures. Compared with 
crystals, the structure of glass is an irregular arrange- 
ment of atoms. It is non-crystalline yet almost com- 
pletely undeformable. This characteristic is called the 
vitreous state. Vitreous substances, when heated, will 
transform slowly through stages of decreasing viscos- 
ity. As a sample of glass is heated, it becomes more and 
more deformable, eventually reaching a point where it 
resembles a very viscous liquid. (Ice, on the other 
hand, does not go through these changes as it is 
heated. It changes directly from a solid to a liquid. 
Ice, therefore, is not a vitreous substance.) Glasses are 
only very slightly deformable. Glass tends to bend and 
elongate under their own weight, especially when 
formed into rods, plates, or sheets. Glass can be either 
organic or inorganic materials. 


Many definitions of glass include the idea that 
they do not crystallize as they solidify. Since the defi- 
nition of solidification is the act of crystallization, this 
idea of glass as a non-crystalline solid may not be 
entirely correct. Crystallization occurs when the mol- 
ecules of a substance arrange themselves in a system- 
atic, periodic fashion. The atoms or molecules of glass 
do not exhibit this periodicity. This has led to the idea 
of glass as an extremely viscous, or supercooled liquid. 


Glass is often referred to as an amorphous solid. 
An amorphous solid has a definite shape without the 
geometric regularity of crystalline solids. Glass can be 
molded into any shape. If glass is shattered, the result- 
ing pieces are irregularly shaped. A crystalline solid 
would exhibit regular geometrical shapes when 


1959 


sse|5 


Glass 


shattered. Amorphous solids tend to hold their shape, 
but they also tend to flow very slowly. If left undis- 
turbed for a long period, glass will very slowly crystal- 
lize. Once it crystallizes, it is no longer considered 
glass. At this point, it has devitrified. This crystalliza- 
tion process is extremely slow and in many cases may 
never occur. 


The chemical make-up of standard window glass 
is quite similar to the mineral quartz. An x-ray crys- 
tallographic picture of quartz would show atoms 
arranged in an orderly, periodic sequence. X-ray crys- 
tallography studies of glass show no such arrange- 
ment. However, the atoms in glass are disordered 
and they show no periodic structure. This irregular 
arrangement of atoms not only defines a substance 
as glass, but also determines several of its properties. 


The most common glasses are silicon based. Most 
glasses are 75% silicate. These glasses are based on the 
SiOzmolecule. This molecule creates an asymmetric, 
aperiodic structure. Some of the oxygen atoms are not 
bridged together, creating ions that need to be neutral- 
ized by metal cations. These metal cations are randomly 
scattered throughout the glass structure, adding to the 
asymmetry. The oxides of elements other than silicon 
can also form glasses. These other oxides include Al,O3, 
B,03, P20s, and As Os. 


The bonds between the molecules or ions in glass 
are of varying length, which is why they show no 
symmetry or periodic structure. Because the bonds 
are not symmetrical, glass is isotropic and has no 
definite melting point. The melting of glass instead 
takes place over a wide temperature range. Changing 
the state of a substance with asymmetric bonds 
requires more energy than a crystalline structure 
would need to change its state. The tendency of glass 
to devitrify is a result of the atoms moving from a 
higher to a lower energy state. 


Given its durability and versatility, glass plays an 
important role in human culture. Glass blowing was 
first developed around 30 BC. Early people were likely 
to have discovered natural glass, which is created 
when lightning strikes sand, and were certain to have 
used obsidian—a dark volcanic glass—for weapons, 
ornaments, and money. The first manufactured glass 
probably took the form either of glass beads or 
ceramic glaze and appeared from around 4000 to 
5000 BC. Surviving examples of Egyptian and 
Mesopotamian glass objects date to around 1550 BC. 


For centuries, glass, shaped by the use of molds, 
remained costly and difficult to produce. The inven- 
tion of the blowpipe method of glass making (in which 
molten glass is puffed into shape with the use of a 
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hollow tube) in about 30 BC made glass more com- 
monplace. Typical uses at the time included windows 
as well as decorative objects. 


The first four centuries AD are sometimes referred 
to as the First Golden Age of glass making, for during 
this period artisans produced a wide variety of artifacts 
that are now highly valued. After the decline of the 
Roman Empire, few developments took place in 
European glass making until the twelfth and thirteenth 
centuries, when stained glass windows (formed of pieces 
of colored glass outlined by lead strips and assembled 
into a narrative picture) began to appear in English and 
French churches. During the Crusades, Europeans were 
exposed to the accomplished glass making of the Near 
East, an influence evidenced by the growth of the craft in 
Italy, particularly Venice. Beginning around 1300, the 
Venetians ushered in the Second Golden Age of glass 
making; they became widely known for a particularly 
transparent, crystalline glass that was worked into a 
number of delicate objects. 


In the late 1400s and 1500s the Germans and other 
northern Europeans were producing containers and 
drinking vessels that differed markedly in their utili- 
tarian value from those produced by the Venetians. 
Nonetheless, Venetian glass was immensely popular 
during the reign of Queen Elizabeth I (1558-1603). In 
1674, George Ravenscroft (1618-1681) brought fame 
to English glass making when he invented lead glass 
(now usually called lead crystal), an especially brilliant 
glass he produced accidentally when he added lead 
oxide to his mixture instead of lime. In colonial 
America, the glass made by this technique became 
known as flint glass, and was usually etched or cut 
into facets to lend it additional luster. 


The first glass plant built in the United States 
was founded at Jamestown, Virginia, in 1608, but it 
survived for less than one year. Much later, in 1739, 
Caspar Wistar (1761-1818) successfully launched the 
American glass industry with a plant in Salem City, 
New Jersey. Other prominent figures in early American 
glass making included Henry William (Baron) Stiegel 
(1729-1785) and John F. Amelung. The renowned 
Sandwich glass that is now much coveted by American 
collectors was made by the Boston and Sandwich Glass 
Company. The Bakewell Company of Pittsburgh was 
another famous glass manufacturer of the time. 


The early 1800s saw a tremendous demand for 
glass windows, which were a symbol of affluence, 
particularly in the frontier communities of the 
United States. Window glass was originally made by 
spinning out a bubble of blown glass until it became 
flat; because of the bump, or crown, that was 
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invariably left in its center, this was called crown 
glass. Around 1825, the cylinder process replaced 
the earlier method. Now the glass was blown into a 
cylinder shape that, when cooled, was cut down one 
side. When reheated, the cylinder flattened out to 
form a sheet. In 1842, John J. Adams invented a 
more sophisticated glass-flattening and tempering 
process that made not only plate glass but mirrors, 
showcases, and other products more widely available. 
During the last half of the nineteenth century, glass 
found wide use in medicinal containers, tableware, 
and kerosene lamps. Tempered glass (made excep- 
tionally strong through a reheating process) was 
invented by Francois Royer de la Bastie in 1874, 
and wire glass (industrial sheet glass with metal 
mesh laminated into it) by Leon Appert in 1893. In 
1895, Michael J. Owens (1859-1923) invented a bot- 
tle-making machine that allowed bottled drinks to be 
produced inexpensively. 


The great technological advances of the twenti- 
eth century broadened the range of ingredients, 
shapes, uses, and manufacturing processes for 
glass. Natural gas replaced the wood and coal that 
had previously been used in the glass making proc- 
ess, and huge operations were established. One of the 
most common forms of glass now produced is flat 
glass, used for windows, doors, and furniture. 
Formed by flattening melted glass between rollers, 
annealing (heat treating) in an oven called a lehr, 
then cutting into sheets and grinding and polishing 
until smooth, this category includes sheet glass and 
the higher quality plate glass. The best quality of all 
is achieved in float glass, invented in 1952 by Alistair 
Pilkington. Float glass is made by floating a ribbon 
of liquefied glass on top of molten tin so that it forms 
a perfectly even layer; the result is glass with a bril- 
liant finish that requires no grinding or polishing. In 
1980, Pilkington invented kappa float glass, which 
features a special, energy-efficient glaze that traps 
thermal heat while allowing solar heat to filter 
through. 


Other modern forms of glass include the lami- 
nated safety glass used for automobile windows, 
which is composed of sandwiched layers of plastic 
and glass; nonreflecting glass (invented by Katherine 
Burr Blodgett and others); structural glass, used in 
buildings; heat-resistant cookware such as Pyrex®; 
and fiberglass. 
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| Global climate 


The long-term distribution of heat and precipita- 
tion on Earth’s surface is called global climate. Heat 
from the sun keeps the Earth’s average temperature at 
about 60°F (16°C), within a range that allows for bio- 
logical life and maintains the planet’s life-sustaining 
reservoirs of liquid water. Astronomical variations 
and atmospheric shielding cause incoming solar radi- 
ation to fall unevenly on the Earth’s surface. Ocean 
currents and winds further redistribute heat and mois- 
ture around the globe, creating climate zones. Climate 
zones have characteristic annual precipitation, tem- 
perature, wind, and ocean current patterns that 
together determine local, short-term weather, and 
affect development of ecologically adapted suites of 
plants and animals. Changes in the astronomical, oce- 
anographic, atmospheric, and geological factors that 
determine global climate can lead to global climate 
change over time. The term climate is reserved for 
regional patterns of temperature and precipitation 
that persist for decades and centuries. Local atmos- 
pheric, oceanic, and temperature phenomena like 
storms and droughts that occur over hours, days, or 
seasons, is generally referred to as weather. 


Global climate patterns 


Earth’s climate zones are classified according to 
their average temperature and rainfall accumulation, 
and, in general, form latitudinal, east-west oriented 
bands on the Earth’s surface. Average temperatures 
increase with latitude and decrease with altitude; tem- 
peratures are highest near the equator and near sea 
level. This pattern of uneven heating drives convec- 
tion, or heat-driven circulation, of the oceans and 
atmosphere. Warm, moisture-laden air at the equator 
rises and flows toward the poles, cooling, releasing 
precipitation, and sinking as it flows. The tropical 
zone, which extends about 15° north and south of 
the equator, is extremely warm and wet. Earth’s hot 
semi-arid and arid zones lie beneath dry, sinking air 
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Global climate 


between about 15° and 30° North and South. This 
vertical convection cycle of rising warm, wet air and 
sinking cool, dry air is called a Hadley cell. The 
Earth’s has six Hadley cells that are responsible for 
the Earth’s alternating wet and dry climate bands. 
The temperate zones, between 30° and 60° North 
and South, lie beneath Hadley cells with rising limbs 
at 60° and a sinking limbs at 30°. The polar climates 
form beneath sinking, dry, very cold air at the north 
and south poles. 


Earth’s rotation, the global distribution of ocean 
basins and continents, and the location of high moun- 
tain ranges add complexity to the pattern of latitudi- 
nal climate bands. The Coriolis effect, a phenomenon 
that deflects air and water currents to the right in the 
northern hemisphere, and to the left in southern 
hemisphere, is a consequence of the Earth’s eastward 
spin. For example, surface air flowing south in the 
northern equatorial Hadley cell creates the southwest- 
erly Trade Winds instead of a direct, southerly wind. 
(Winds are named for the direction from which they 
originate; a nor’easter, for instance, blows from the 
northeast toward the southwest.) Belts of alternating 
easterly and westerly winds drive corresponding west- 
and east-flowing ocean currents, and distribute heat 
and moisture east and west within the climate bands. 
Air flowing across a continent loses moisture the 
farther it travels from the ocean. Consequently, the 
windward side of a continent is often wetter than its 
leeward side, and the interior a large continent is 
dryer than its coasts. When flowing air reaches a 
mountain front, it rises, cools, and releases its mois- 
ture as precipitation. Large mountain ranges thus 
receive heavy rain and snowfall on their upwind 
flank, and arid deserts and semi-arid grasslands 
form on their leesides. 


The German climatologist, Wladimir K6éppen 
(1846-1940), developed the most common classifica- 
tion nomenclature for climatic zones in the early 
1900s. The K6ppen system recognizes five general 
types of regional climate based on average temper- 
ature and precipitation: humid tropical, dry, humid 
mid- latitude with mild winters, humid mid-latitude 
with cold winters, and polar. The system further 
divides the general categories into sub-types. Dry 
regions, for example, can be arid deserts or semi-arid 
steppes, and polar regions contain frozen tundra as 
well as ice sheets. The K6ppen system has been modi- 
fied over the years to include finer sub-divisions, and a 
sixth category for alpine environments was added, but 
the system remains a valuable and widely used tool for 
general climatic mapping. 
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Ecosystems of specifically adapted plants and ani- 
mals inhabit each climatic zone. The climatic zones 
delineated by the K6ppen system generally corre- 
spond to characteristic networks of species that have 
evolved to survive the region’s seasonal temperature 
changes, precipitation fluctuations, and weather 
events. Desert plants, for example, have waxy leaves 
and stems that reduce the amount of water lost by 
transpiration, and many desert animals are nocturnal, 
an adaptation that has allowed them to survive in 
some of the hottest regions on the planet. 
Biologically productive rainforests and corral reefs 
flourish in the warmth and humidity of tropical 
zones. Arctic plants and animals are adapted to take 
advantage of the short polar summer season by repro- 
ducing and storing nutrients quickly before the long, 
dark, cold polar winter. 


Global climate change 


A complex group of astronomical, atmospheric, 
geological, and oceanographic factors account for 
Earth’s global climate. Many of these factors vary 
naturally over decades, centuries, and millennia. 
Furthermore, astronomical and geological variations 
begin a cascade of compensatory adjustments in the 
coupled, or linked, ocean-atmosphere system, which, 
in turn, require major adjustments to biological sys- 
tems. These variations force changes in the global 
pattern of long-term precipitation and temperature, 
or global climate change. Global climate change 
causes permanent redistribution of climatic zones, 
alteration of major weather patterns, and establish- 
ment of new ecosystems. Global climate change has 
occurred throughout Earth’s history, and has been a 
major driving force in biological evolution; species 
unable to adapt to new climate regimes have become 
extinct, while others have flourished. Scientists predict 
that human activities, notably combustion of carbon- 
based fossil fuels like oil and coal, will affect the cli- 
mate-regulating properties of the atmosphere, which 
may cause anthropogenic (human-induced) global cli- 
mate change. 


Astronomical factors affecting global 
climate change 


Energy from the sun drives the Earth’s climate. 
Changes that affect the amount of solar radiation 
reaching the planet, called insolation, and that alter 
the distribution of sunlight on its surface, can cause 
global climate change. Each minute, Earth’s outer 
atmosphere receives about two calories of energy per 
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square centimeter of area, a value known as the solar 
constant. In spite of its name, the solar constant varies 
over time. Astronomers have, for example, observed a 
correlation between the solar constant and changes in 
the pattern of sunspots, or solar storms, on the sun’s 
surface. 


Earth’s position with respect to the sun over time 
affects its climate. During its annual circuit around the 
sun, the Earth’s present elliptical orbit brings it closest 
to the sun in January (perihelion), and carries it far- 
thest away in July (aphelion). The planet receives 
about 6% more solar energy in January than in July. 
The Earth’s axis, a line through the poles, is tilted 23.4° 
with respect to the sun. Consequently, the sun’s rays 
strike the northern hemisphere most directly on June 
21st, the summer solstice, and the southern hemi- 
sphere most directly in December 21st, the winter 
solstice. The equinoxes, on April 21st and September 
21st, mark the dates when the sun shines directly on 
the equator, and day and night are the same length 
around the globe. Orbital geometry and axial tilt 
together determine the Earth’s pattern of seasons. 
Variations in this astronomical geometry would 
cause climatic variations. 


In the 1920s, the Serbian astronomer, Milutin 
Milankovitch (1879-1958), proposed an astronomical 
explanation for long-term, cyclical global climate 
changes that caused the Pleistocene “ice ages.” By 
observing variations in the Earth’s orbital geometry 
and axial tilt, and calculating the time for a complete 
cycle of change to occur, Milankovitch predicted a 
pattern of varying insolation and global climate 
change. According to his theory, three so-called 
Milankovitch cycles—precession, obliquity, and eccen- 
tricity—repeat approximately every 21, 41, and 100 
thousand years, respectively. The 21,000-year preces- 
sion cycle occurs because the direction of the Earth’s 
spin axis changes over time, much in the way a spinning 
top wobbles. This phenomenon, called the precession 
of the equinoxes, causes a particular season, northern 
hemisphere summer for example, to occur at different 
places along the Earth’s orbital path, and hence, at a 
different time of year. During the 41,000-year obliquity 
cycle, the tilt angle of the Earth’s axis changes, altering 
the intensity of the seasons. 


Changes in the shape, or eccentricity, of the 
Earth’s orbit cause the 100,000-year Milankovitch 
cycle. The Earth’s present orbit is almost circular, so 
the difference in insolation between aphelion and peri- 
helion is fairly minor. When the orbit becomes more 
elliptical, Earth receives more radiation at the 
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perihelion, and less at the aphelion. The eccentricity 
cycle also modulates the precession and obliquity 
cycles. The most intense northern hemisphere 
summer, for example, would occur when the June 
solstice coincided with the perihelion of an eccentric 
elliptical orbit, and the axial tilt was at its highest. 


Geological data from the most recent portion of 
Earth’s history seem to support Milankovitch theory. 
The pattern of insolation variations that Milankovitch 
predicted generally matches the pattern of polar ice 
sheet advance and retreat since about two million 
years ago. Observations of northern hemisphere gla- 
cial features, deep sea cores that record the amount of 
water stored in glacial ice, and sea-level records all 
corroborate the timing of global cooling and warming 
predicted by Milankovitch theory. The correlations 
are more difficult to prove farther back in geologic 
history. 


Geological factors affecting global climate 


Geological changes on Earth’s surface can also 
affect global climate. The distribution of continental 
landmasses and ocean basins affects the pattern of 
global atmospheric and oceanographic circulation, 
and the shape, or topography, of Earth’s surface 
directs winds and ocean currents. According to the 
widely accepted, and well-supported theory of plate 
tectonics, the continents move, ocean basins open and 
close, and mountain ranges form over time. The con- 
tinents have assumed new configurations on Earth’s 
surface throughout geologic history, and geologists 
know, from examination of fossil environments and 
organisms, that the movement of landmasses had sig- 
nificant climatic effects. For example, during the 
Cretaceous period, about 100 million years ago, con- 
tinents covered the poles, and a warm ocean called 
Teethes circled the equator. An intense period of vol- 
canic activity added insulating gases to the atmos- 
phere. The Cretaceous was the warmest and wettest 
period in Earth history. There is no evidence of 
Cretaceous polar ice caps, shallow seas covered many 
continental interiors, and tropical plants and animals 
lived on all the continents. The collision of the Indian 
subcontinent with Asia, and formation of the 
Himalayan mountain range about 40 million years 
ago is another example of a plate tectonic event that 
caused significant climate change. The Himalayas 
obstruct equatorial winds and ocean currents, and 
contribute to major climatic phenomena, namely the 
monsoon seasons of southern Asia and the Indian 
Ocean, and the El Nifo Southern Oscillation in the 
Pacific Ocean. 
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Changes in atmospheric composition and 
anthropogenic global warming 


Earth’s climate is strongly affected by the way 
solar radiation is reflected, absorbed, and transmitted 
by the atmosphere. Presently, about 30% of the 
incoming solar energy reflects back into space, the 
atmosphere absorbs about 20%, and the remaining 
50% reaches the Earth’s surface. The major gaseous 
components of Earth’s atmosphere are nitrogen, oxy- 
gen, argon, and carbon dioxide. Other components 
include relatively small amounts of neon, helium, 
methane, krypton, hydrogen, xenon and ozone gases, 
water vapor, and particulate matter. Except for rela- 
tively uncommon natural events, such as volcanic 
eruptions, the composition of the atmosphere stays 
constant over long periods of time. 


The structure and composition of the atmosphere 
function to maintain Earth’s surface temperature 
within the phase boundaries of liquid water, and to 
protect organisms from damaging ultraviolet radia- 
tion. Gases, like ozone, in the outer atmosphere reflect 
or absorb much of the incoming short-wavelength 
solar radiation. Much of the sunlight that reaches the 
Earth’s surface is re-radiated into the atmosphere as 
longer-wavelength infrared energy, or heat. Gases in 
the middle and lower atmosphere, namely carbon 
dioxide and water vapor, absorb this infrared radia- 
tion, and the temperature of the atmosphere increases, 
a phenomenon known as the greenhouse effect. This 
heat, trapped in the atmosphere, drives atmospheric 
and oceanographic circulation, keeps the oceans 
liquid, and maintains global climate zones. The green- 
house effect makes Earth livable for biological organ- 
isms, including humans. 


In the last century, humans have burned large 
quantities of fossil fuels like coal, oil, and natural 
gas to operate factories, generate electricity, and run 
automobile engines. Because carbon dioxide is 
always produced during the combustion of a car- 
bon-based fuel, these activities have significantly 
(by about 36%) increased the concentration of that 
greenhouse gas in the atmosphere. Many scientists 
now believe that higher concentrations of carbon 
dioxide will enhance the greenhouse effect, and lead 
to global warming. If global warming should occur, a 
number of terrestrial changes could follow. Some 
simulations predict melting of the polar ice caps, 
increasing volume of water in the oceans, and inun- 
dation of coastal cities. Models also show changes in 
ocean currents and wind patterns and redistribution 
of the Earth’s major climate zones. Such events 
would have severe consequences for human agricul- 
ture, fishing, and civil planning, as well as for the 
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KEY TERMS 


Anthropogenic effect—Any effect on the environ- 
ment caused by human activities. 


Aphelion—The point in Earth’s orbit at which it is at 
its greatest distance from the sun. 


Axis of inclination—The angle at which Earth’s axis 
is tipped in relation to the plane of Earth’s orbit 
around the sun. 


Climate—The sum total of the weather conditions 
for a particular area over an extended period of 
time, at least a few decades. 


Greenhouse effect—The warming of Earth’s atmos- 
phere as a result of the capture of heat re-radiated 
from the Earth by certain gases present in the 
atmosphere. 


Ice age—An extended period of time in Earth’s 
history when average annual temperatures were 
significantly lower than at other times, and polar 
ice sheets extended to lower latitudes. 


Perihelion—The point in Earth’s orbit when it 
makes its closest approach to the sun. 


Solar constant—The rate at which solar energy 
strikes the outermost layer of Earth’s atmosphere. 


natural environment. The complexity of the interre- 
lated systems that create global climate, however, 
makes predicting the climatic effect of increased 
atmospheric carbon dioxide extremely difficult. The 
issue of anthropogenic global climate change remains 
a subject of heated debate among scientists and pol- 
icy makers. 


See also Atmospheric circulation. 
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l Global Positioning System 


People have long used the heavens for navigation. 
Besides relying on the sun, moon, and stars, premo- 
dern travelers invented the magnetic compass, the 
sextant, and the seagoing chronometer. Eventually, 
radio navigation, by which a position could be deter- 
mined by receiving radio signals broadcast from multi- 
ple transmitters, was developed. High-frequency 
signals gave greater accuracy of position, but they 
were blocked by mountains and could not bend over 
the horizon. This limitation has been overcome by 
moving the transmitters into space on Earth-orbiting 
satellites, where high frequency signals could accu- 
rately cover wide areas. Further, the signals are used 
to derive much more precise information about loca- 
tion than was possible with the old radio-compass 
method. 


The principle of satellite navigation is relatively 
simple. When a transmitter moves toward an observer, 
radio waves have a higher frequency, just like a train’s 
horn sounds higher as it approaches a listener. A 
transmitter’s signal will have a lower frequency when 
it moves away from an observer. If measurements of 
the amount of shift in frequency of a satellite radiating 
a fixed frequency signal with an accurately known 
orbit are carefully made, the observer can determine 
a correct position on Earth. 


The United States Navy developed such a system, 
called Transit, in the late 1960s and early 1970s. 
Transit helped submarines update their on-board iner- 
tial navigation systems. After nearly 10 years of per- 
fecting the system, the Navy released it for civilian use. 
It is now used in surveying, fishing, private and com- 
mercial maritime activities, offshore oil exploration, 
and drifting buoys. However, a major drawback to 
Transit was that it was not accurate enough; a user 
had to wait until the satellite passed overhead, posi- 
tion fixes required some time to be determined, and an 
accurate fix was difficult to obtain on a moving 
platform. 
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As a result of these shortcomings, the United 
States military developed the Navstar (Navigation 
Satellite for Time and Ranging) Global Positioning 
System. This system consists of 24 operational satel- 
lites equally divided into six different orbital planes 
(each containing four satellites) spaced at 60° inter- 
vals. The new system can measure to within 33 ft 
(10 m), whereas Transit was accurate only to 0.1 mi 
(0.16 km). 


With the new Global Positioning System (GPS), 
two types of systems are available with different fre- 
quencies and levels of accuracy. The Standard 
Positioning System (SPS) is used primarily by civilians 
and commercial agencies. As of midnight, May 1, 
2000, the SPS system became 30 times more accurate 
when then president Bill Clinton ordered that the 
Selective Availability (SA) component of SPS be dis- 
continued. SA was the deliberate decrease of accurate 
positioning information available for commercial or 
civilian use. The SPS obtains information from a fre- 
quency labeled GPS L1. The United States military 
has access to GPS L1 and a second frequency, L2. The 
use of L1 and L2 permits the transfer of data with a 
higher level of security. In addition to heightened 
security, the United States military also has access to 
much more accurate positioning by using the Precise 
Positioning System (PPS). Use of the PPS is usually 
limited to the U.S. military and other domestic gov- 
ernment agencies. 


Both Transit and Navstar use instantaneous sat- 
ellite position data to help users traveling from one 
place to another. But another satellite system uses 
positioning data to report where users have been. 
This system, called Argos, 1s a little more complicated: 
an object on the ground sends a signal to a satellite, 
which then retransmits the signal to the ground. Argos 
can locate the object to within 0.5 mi (0.8 km). It is 
used primarily for environmental studies. Ships and 
buoys can collect and send data on weather, currents, 
winds, and waves. Land-based stations can send 
weather information, as well as information about 
hydrologic, volcanic, and seismic activity. Argos can 
be used with balloons to study weather and the phys- 
ical and chemical properties of the atmosphere. In 
addition, the system is being perfected to track 
animals. 


Use of the GPS system in our everyday lives is 
becoming more frequent. Equipment providing and 
utilizing GPS is shrinking both in size and cost, while 
it increases in reliability. The number of people able to 
use the systems is also increasing. GPS devices are 
being installed in cars to provide directional, tracking, 
and emergency information. They are also used in 
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Global warming 


some weapons systems. People who enjoy the out- 
doors can pack handheld navigational devices that 
show their position precisely. Emergency personnel 
can respond more quickly to 911 calls thanks to track- 
ing signal devices in their vehicles and in the cell 
phones of the person making the call. As of 2006, a 
typical GPS receiver could determine its position to 
within about six ft (2 m). 


[ Global warming 


Global warming refers to a long-term increase in 
the Earth’s average surface temperature that results in 
large-scale changes in global climate, including redis- 
tribution of climatic zones defined by temperature, 
precipitation, and associated ecosystems. Global cli- 
mate changes and episodes of global warming, have 
occurred throughout geologic history as a result of 
natural variations in incoming solar radiation, atmos- 
pheric chemistry, and oceanic and atmospheric circu- 
lation. Anthropogenic, or human-caused, global 
warming and climate change are an ongoing outcome 
of human activities during the last 150 years, that is, 
since the Industrial Revolution, when human burning 
of fossil fuels multiplied many times. Scientific data 
show that atmospheric concentrations of carbon diox- 
ide, methane, nitrous oxide, and human-made chem- 
icals called halocarbons are increasing as a result of 
emissions associated with human activities, and mod- 
els predict that this environmental change may lead to 
global warming. Studies of Antarctic ice cores pub- 
lished in 2005 showed that atmospheric carbon diox- 
ide is now 27% higher than any other point in the last 
650,000 years. 


Earth’s greenhouse effect 


Solar radiation is the major source of energy to 
Earth’s surface. Much of that incoming short-wave- 
length energy is absorbed by the surface where it drives 
atmospheric and oceanic circulation, and fuels biolog- 
ical processes like photosynthesis. The land and sea 
surfaces then reradiate extra longer-wavelength heat, 
or infrared, energy. If Earth’s atmosphere were trans- 
parent to the emitted infrared radiation, the planet 
would cool relatively efficiently and would have an 
average surface temperature of about 0°F (—18°C). 
However, the Earth’s naturally occurring “greenhouse 
effect” maintains the planet’s average temperature at a 
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more livable 59°F (15°C) by trapping some of the 
escaping heat within the atmosphere. Small concen- 
trations of so-called “greenhouse gases,” also known 
as radiatively active gases, absorb some of the infrared 
energy and thereby delay its passage to space. Water 
vapor (HO), carbon dioxide (CO 2), methane (CHy), 
nitrous oxide (NO), and ozone (O3) are the most 
concentrated and effective greenhouse gases. The 
greenhouse effect has been extremely important to 
the evolution and survival of life on Earth. A surface 
temperature of 59°F is sufficient to maintain the 
Earth’s reservoirs of life-sustaining liquid water, and 
to impel climatic processes, whereas 0°F is too cold for 
most organisms to live or for ecological processes to 
function well. 


Atmospheric concentrations of greenhouse 
gases 


Prior to the modern influence of human activities 
on atmospheric chemistry, the naturally occurring 
greenhouse gases had fairly stable atmospheric con- 
centrations: carbon dioxide about 280 ppm (or parts 
per million by volume), methane 0.7 ppm, and nitrous 
oxide 0.285 ppm. (Human activities do not appear to 
affect the concentration of water vapor, which varies 
naturally over time.) Today, the atmospheric concen- 
tration of CO, has increased to about 364 ppm, while 
that of CH, is 1.7 ppm, and N;O is 0.304 ppm. The 
concentrations of chlorofluorocarbons (CFCs), and 
other completely man-made greenhouse gases, have 
increased from essentially zero to about 0.7 ppb 
(parts per billion by volume). 


Atmospheric concentrations of the greenhouse 
gases have increased particularly quickly since the 
middle of the twentieth century, coinciding with 
rapid human population growth and intensive global 
industrialization. The combined effects of fossil fuel 
use and deforestation have increased the atmospheric 
concentration of CO>. Fossil fuels, like oil, natural 
gas, and coal contain carbon in their chemical struc- 
ture that, when liberated by combustion, combines 
with oxygen to create CO). Trees, like all plants, take 
in COs;, incorporate carbon in their structure, and 
emit O, back into the atmosphere; deforestation 
destroys carbon “sinks” that lower the atmospheric 
concentration of CO. Fossil-fuel mining, decompo- 
sition of organic materials in human and livestock 
waste treatment facilities, and flooding in rice agri- 
culture have led to increased emissions of CHy. 
Agricultural fertilizers, and combustion of fossil 
fuels and solid wastes account for increased NO 
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emissions. Industrial processes emit a variety of 
powerful synthetic greenhouse gases like CFCs, 
hydrofluorcarbons (HFCs),  perfluorocarbons 
(PFCs) and sulfur hexafluoride (SF¢). 


The greenhouse gases vary greatly in their ability 
to absorb infrared radiation. On a per-molecule basis, 
methane is about 25-40 times more absorptive than 
carbon dioxide, nitrous oxide is 200-270 times, and 
CFCs are 3-15 thousand times. CO3, however, has by 
far the largest atmospheric concentration, and has 
experienced the greatest increases due to human 
activity. CO, is responsible for about 60% of the 
human contribution to increased atmospheric heat 
retention. 


Predictions and evidence of global warming 


Most atmospheric scientists today, with few 
exceptions, are convinced that the well-documented 
increase in greenhouse gases is resulting in an intensi- 
fication of Earth’s naturally occurring greenhouse 
effect, with resulting climate change. The exact cli- 
matic response to increased concentrations of radia- 
tively active gases, and its potential effects on humans 
are, however, difficult to predict. If global climate 
change proceeds as most recent scientific studies fore- 
cast, it will have substantial and disastrous climatic, 
ecological, and sociopolitical consequences. 


The Earth’s surface is surface temperature is var- 
iable from place to place and over time. Furthermore, 
the systems that interact to maintain the planet’s tem- 
perature and climate are extremely complex; cause- 
and-effect relationships between changes in one sys- 
tem, the atmosphere in this case, and results in 
another, global climate, are very difficult to predict, 
observe, and “prove.” In spite of these scientific chal- 
lenges, there is significant evidence that the Earth has 
warmed significantly during the past 150 years or so, 
and that global climate has responded to the temper- 
ature increase. Climate records show a 1°F increase in 
the average temperature of the Earth’s oceans, atmos- 
phere, and solid surface since the late 1900s. Geologic 
and historical studies document dramatic thinning and 
shrinkage of the polar ice caps, and retreat of Earth’s 
alpine glaciers. Less conclusive, but still suggestive, 
data supporting anthropogenic global warming include 
a several centimeter increase in global sea-level since 
1900, and alterations in large-scale weather phenomena 
like the southeast Indian monsoon, Atlantic hurricane 
season, El Nifio Southern Oscillation, and North 
African drought cycle. 


The empirical, or observed, data listed above 
generally agree with predictions computed by 
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mathematical models of global climate processes. 
These “virtual experiments,” called three-dimensional 
general circulation models (GCMs), simulate the com- 
plex movements of energy and mass involved in the 
global circulation of the atmosphere and oceans. 
Scientists use GCMs to predict the effects of a change 
in a specific variable, like the concentration of atmos- 
pheric CO, on the rest of the global climate system. 
Because of the complexity of the computational 
problem, GCMs that attempt to predict global cli- 
mate change have had somewhat variable results. 
However, most experiments do suggest that the 
increased concentration of atmospheric greenhouse 
gases has resulted, and will continue to result, in 
global warming. For example, one GCM that doubles 
the present CO,concentration to about 700 ppm pre- 
dicts a 26°F rise in global temperature, and suggests 
that the warming would be 2-3 times more intense at 
high latitudes than in the tropics. 


Other predicted consequences of warming include 
large-scale shifts in atmospheric and oceanographic 
circulation patterns, melting of the polar ice caps, 
global sea-level rise, reorganization of the Earth’s cli- 
matic zones, and establishment of new large-scale 
weather patterns. Such changes in the distribution of 
heat, precipitation, and weather phenomena like 
storms and floods would affect the productivity and 
distribution of natural and managed vegetation. 
Animals and microorganisms would experience dra- 
matic changes in their habitats, and perhaps face much 
higher rates of species extinction. Most ecologists con- 
sider that global warming, if were it to occur as pre- 
dicted, would represent a serious threat to biodiversity 
and to the health of ecosystems worldwide. 


The predicted climatic and biological changes 
associated with anthropogenic global warming 
could have potentially disastrous outcomes for the 
Earth’s human population. In 2006, about two thirds 
of the world’s population, some 4 billion people, lived 
within 120 miles (400 km) of the coast. Even small 
increases in global sea level, and in the intensity of 
coastal storms and floods, would threaten the lives 
and property of large numbers of people. Changes in 
regional temperature, precipitation, and weather, as 
well as biological health, would affect the managed 
agriculture, fishing, and forestry that provide food 
and shelter for the Earth’s burgeoning human 
population. 


Most scientists, and many international policy- 
makers, now consider global warming to be a credible 
threat to the Earth’s natural environment and human 
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KEY TERMS 


Global warming—A projected increase in Earth’s 
surface temperature caused by an increase in the 
concentration of greenhouse gases, which absorb 
infrared energy emitted by Earth’s surface, thereby 
slowing its rate of cooling. 


Greenhouse effect—The warming of Earth’s atmos- 
phere as a result of the capture of heat re-radiated 
from the Earth by certain gases present in the 
atmosphere. 


population. However, because the specific consequen- 
ces of global warming are difficult to predict, and in 
some cases unknown, the scientific community 
remains divided about the potential effects of the phe- 
nomenon. Attempts to prevent anthropogenic global 
warming, especially measures that require socioeco- 
nomic sacrifice, have therefore been extremely contro- 
versial. The 1992 United Nations Framework 
Convention on Climate Change (UNCCC), also called 
the Kyoto Protocol, acknowledges that human activ- 
ities can alter global climate, and requires signatory 
nations to reduce greenhouse gas emissions. As of 
October 2006, 166 nations had ratified the Kyoto 
protocol. The United States, by far the world’s largest 
net producer of greenhouse gases and one of the big- 
gest per capita, had not signed the treaty. Neither had 
Australia, the world’s largest per capita producer of 
greenhouse gasses as of 2005. These governments 
argued that the science of global warming remains 
inconclusive, and that the economic consequences of 
action would be too great. 
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Gluons see Subatomic particles 
Glycerin see Glycerol 


l Glycerol 


Glycerol is the common name of the organic com- 
pound whose chemical structure is HOCH,—CHOH— 
CH,OH. Propane-1,2,3-triol or glycerin (USP), as it is 
also called, consists of a chain of three carbon atoms 
with each of the end carbon atoms bonded to two 
hydrogen atoms (C—H) and a hydroxyl group 
(—OH) and the central carbon atom is bonded to a 
hydrogen atom (C—H) and a hydroxyl group (—OH). 
Glycerol is a trihydric alcohol because it contains three 
hydroxyl or alcohol groups. 


Glycerin is a thick liquid with a sweet taste that is 
found in fats and oils and is the primary triglyceride 
found in coconut and olive oil. It was discovered in 
1779, when the Swedish chemist Carl Wilhelm Scheele 
(1742-1786) washed glycerol out of a heated a mixture 
of lead oxide (PbO) and olive oil. Today, it is obtained 
as a byproduct from the manufacture of soaps. 


One important property of glycerol or glycerin is 
that is not poisonous to humans. Therefore it is used in 
foods, syrups, ointments, medicines, and cosmetics. 
Glycerol also has special chemical properties that 
allow it to be used where oil would fail. Glycerol is a 
thick syrup that is used as the “body” for many syrups, 
such as cough medicines and lotions used to treat ear 
infections. It is also an additive in vanilla extracts and 
other food flavorings. 


Glycerin is added to ice cream to improve its 
texture, and its sweet taste decreases the amount of 
sugar needed. The base used in making toothpaste 
contains glycerin to maintain smoothness and shine. 
The cosmetic industry uses glycerin in skin condition- 
ing lotions to replace lost moisture, relieve chapping, 
and keep skin soft. It is also added to shampoos to 
make them flow easily when poured from the bottle. 
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Raisins in cereals stay soft because they have been 
soaked in glycerol. Meat casings and food wrapping 
papers use glycerin to give them flexibility without 
brittleness. Similarly, tobacco is treated with this 
thick chemical to prevent the leaves from becoming 
brittle and crumbling during drying. It also adds 
sweetness to chewing tobacco. 


Glycerol is added during the manufacture of 
soaps to prepare shiny transparent bars. Its trihydric 
alcohol structure makes it a useful chemical in the 
manufacture of various hard foams, like those that 
are placed under siding in buildings and around dish 
washers and refrigerators for insulation and sound 
proofing. Its chemical structure also makes it an excel- 
lent catalyst in the microbiological production of vin- 
egar from alcohol. 


In the manufacture of foods, drugs, and cosmet- 
ics, oil cannot be used as a lubricant because it might 
come in contact with the products and contaminate 
them. Therefore, the nontoxic glycerol is used to 
reduce friction in pumps and bearings. Gasoline and 
other hydrocarbon chemicals dissolve oil-based 
greases, so glycerin is used in pumps for transferring 
these fluids. Glycerol is also applied to cork gaskets to 
keep them flexible and tough when exposed to oils and 
greases as in automobile engines. 


Glycerin is used as a lubricant in various opera- 
tions in the textile industry, and can be mixed with 
sugar to make a nondrying oil. Glycerol does not turn 
into a solid until it is cooled to a very low temperature. 
This property is utilized to increase the storage life of 
blood. When small amounts of glycerin are added to 
red blood cells, they can be frozen for up to three 
years. 


Chemical derivatives of glycerol or propane- 
1,2,3-triol are important in a wide range of applica- 
tions. Nitroglycerin is the trinitrate derivative of glyc- 
erol, the key ingredient in the manufacture of 
dynamite explosives. Nitroglycerin can also be used 
in conjunction with gun cotton or nitrocellulose as a 
propellant in military applications. In the pharma- 
ceutical industry, nitroglycerin relieves chest pains 
and in the treatment of various heart ailments. 
Another derivative, guaiacol glyceryl ether, is an 
ingredient in cough medicines, and glycerol methacry- 
late is used in the manufacture of soft contact lenses to 
make them permeable to air. 


Glycerol esters are utilized in cakes, breads, and 
other bakery products as lubricants and softening 
agents. They also have similar applications in the 
making of candies, butter, and whipped toppings. A 
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KEY TERMS 


Acetins—Derivatives of glycerol prepared by heat- 
ing glycerol with acetic acid. 


specially designed glycerol ester called caprenin can be 
used as a low calorie replacement for cocoa butter. 


The acetins are derivatives of glycerol that are 
prepared by heating glycerol with acetic acid. 
Monoacetin is used in the manufacture of dynamite, 
in tanning leather, and as a solvent for various dyes. 
Diacetin, another derivative of glycerol, is used as a 
solvent and a softening agent. Triacetin, the most 
useful of the acetins, is used in the manufacture of 
cigarette filters and as a component in solid rocket 
fuels. It is also used as a solvent in the production of 
photographic films, and has some utility in the per- 
fume industry. Triacetin is added to dried egg whites 
so that they can be whipped into meringues. 


See also Fat. 
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l Glycol 


A glycol is an aliphatic organic compound in 
which two hydroxyl (OH) groups are present. The 
most important glycols are those in which the 
hydroxyl groups are attached to adjacent carbona- 
toms, and the term glycol is often interpreted as apply- 
ing only to such compounds. The latter are also called 
vicinal diols, or 1,2-diols. Compounds in which two 
hydroxyl groups are attached to the same carbon atom 
(geminal diols) normally cannot be isolated. 
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Glycol 


OH 


CH,— CH — CH, — OH 


HO — CH, — CH, — OH 


Ethylene glycol Propylene glycol 


Diethylene glycol 


CH, — CH, — CH, — CH, 


Tetramethylene glycol 


Figure 1. Structures of common glycols. (///ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


The most useful glycol is ethylene glycol (IUPAC 
name: 1,2-ethanediol). Other industrially important 
glycols include propylene glycol IUPAC name: 1,2- 
propanediol), diethylene glycol (IUPAC name: 3-oxa- 
1,5-pentanediol) and tetramethylene glycol (IUPAC 
name: 1,4-butanediol), see Figure 1. 


Physical properties of glycols 


The common glycols are colorless liquids with 
specific gravities greater than that of water. The pres- 
ence of two hydroxyl groups permits the formation of 
hydrogen with water, thereby favoring miscibility with 
the latter. Each of the glycols shown above is com- 
pletely miscible with water. Intermolecular hydrogen 
bonding between glycol molecules gives these com- 
pounds boiling points which are higher than might 
otherwise have been expected; for example, ethylene 
glycol has a boiling point of 388.5°F (198°C). 


Laboratory preparation 


The most convenient and inexpensive method of 
preparing a glycol in the laboratory is to react an 
alkene with cold dilute potassium permanganate, 
KMn0O,j (Figure 2). 


Yields from this reaction are often poor; better 
yields are obtained using osmium tetroxide, OsOx. 
However, this reagent is both expensive and toxic. 


Industrial preparation 


In the industrial preparation of ethylene glycol, 
ethylene (UPAC name: ethene) is oxidized to ethyl- 
ene oxide (IUPAC name: oxirane) using oxygen 
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OH OH 


An alkene A glycol 


Figure 2. Laboratory preparation of a glycol. (//iustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


A CH,— CH 
g x 2 


CH,=CHz, + Oo 
Ethylene 


Oxygen Ethylene oxide 


CH,— CH H* 
2 + H,Q ——* HO—CH,—CH,— OH 
O orA 


Ethylene glycol 
Ethylene oxide id 


Figure 3. Industrial preparation of ethylene glycol. (I//ustration 
by Hans & Cassidy. Courtesy of Gale Group.) 


and a silver catalyst. Ethylene oxide is then reacted 
with water at high temperature or in the presence of an 
acid catalyst to produce ethylene glycol. Diethylene gly- 
col is a useful by-product of this process (Figure 3). 


Alternative methods of preparing ethylene glycol 
that avoid the use of toxic ethylene oxide are currently 
being investigated. 


Uses 


Much of this ethylene glycol is used as antifreeze in 
automobile radiators. Adding ethylene glycol to water 
causes the freezing point of the latter to decrease, thus 
the damage that would be caused by the water freezing 
in a radiator can be avoided by using a mixture of 
water and ethylene glycol as the coolant. An added 
advantage of using such a mixture is that its boiling 
point is higher than that of water, which reduces the 
possibility of boilover during summer driving. In addi- 
tion to ethylene glycol, commercial antifreeze contains 
several additives, including a dye to reduce the like- 
lihood of the highly toxic ethylene glycol being acci- 
dentally ingested. Concern over the toxicity of ethylene 
glycol—the lethal dose of ethylene glycol for humans is 
1.4 ml/kg—resulted in the introduction of antifreeze 
based on nontoxic propylene glycol in 1993. 


The second major use of ethylene glycol is in the 
production of poly(ethylene terephthalate) or PET. 
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MN HO—CH,CH,—OH + mHO—C 


Ethylene glycol Terephthalic acid 


OCH,CH;— O 


Poly(ethylene terephthalate) 


Figure 4. Synthesis of poly(ethylene terephthalate). (/liustration by Hans & Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Diol—An aliphatic organic compound containing 
two hydroxyl (OH) groups. 


Intermolecular hydrogen bonding—The attractive 
force between a hydrogen atom in one molecule 
and a strongly electronegative atom, such as oxy- 
gen, in a second molecule. 


IUPAC—International Union of Pure and Applied 
Chemistry, the world oranization known for its 
efforts to standardize chemical names and symbols. 


Polyester—A polymer in which the identical 
repeating units are linked by ester groups. 


Poly(ethylene terephthalate)—A polymer formed 
by the reaction of ethylene glycol and terephthalic 
acid (or its dimethyl ester). 


Polymer—A compound of high molecular weight 
whose molecules are made up of a number of 
identical repeating units. 


Polyurethane—A polymer formed through the 
reaction of a glycol with a diisocyanate. 


Unsaturated polyester resin—A product in which 
long-chain polyester molecules containing carbon- 
carbon double bonds have been joined (cross- 
linked) to other identical molecules. 


This polymer, a polyester, is obtained by reacting 
ethylene glycol with terephthalic acid (IUPAC name: 
1,4-benzenedicarboxylic acid) or its dimethyl ester 
(Figure 4). 


Poly(ethylene terephthalate) is used to produce tex- 
tiles, large soft-drink containers, photographic film, and 
overhead transparencies. It is marketed under various 
trademarks including Dacron®, Terylene®, Fortrel®, 
and Mylar®. Textiles containing this polyester are resist- 
ant to wrinkling, and can withstand frequent laundering. 
Poly(ethylene terephthalate) has been utilized in the man- 
ufacture of clothing, bed linen, carpeting, and drapes. 
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Other glycols are also used in polymer produc- 
tion, including tetramethylene glycol to produce 
polyesters, and diethylene glycol in the manufacture 
of polyurethane and unsaturated polyester resins. 
Propylene glycol is used to make polyurethane foam 
used in car seats and furniture. It is also one of the raw 
materials required to produce the unsaturated poly- 
ester resins used to make car bodies and playground 
equipment. 


See also Chemical bond; Compound, chemical; 
Polymer. 


Resources 


BOOKS 

Bailey, James E. Ullmann’s Encyclopedia of Industrial 
Chemistry. New York: VCH, 2003. 

Budavari, Susan, ed. The Merck Index. 11th ed. Rahway, 
NJ: Merck, 1989. 

Loudon,G. Mark. Organic Chemistry. Oxford: Oxford 
University Press, 2002. 

Szmant, H. Harry. Organic Building Blocks of the Chemical 
Industry. New York: Wiley, 1989. 


OTHER 

Agency for Toxic Substances and Disease Registry. “Toxic 
FAQs for Ethylene Glycol and Propylene Glycol” 
<http://www.atsdr.cdc.gov/tfacts96.html> (accessed 
November 25, 2006). 

Mallinckrodt Baker. “Material Safety Data Sheet: Ethylene 
Glycol” <http://www.jtbaker.com/msds/englishhtml/ 
e5125.htm> (accessed November 25, 2006). 


Arthur M. Last 


i Glycolysis 


Glycolysis, a series of enzymatic steps in which the 
six-carbon glucose molecule is degraded to yield two 
three-carbon pyruvate molecules, is a central catabolic 
pathway in plants, animals, and many microorganisms. 
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Goats 


In a sequence of 10 enzymatic steps, energy 
released from glucose is conserved by glycolysis in 
the form of adenosine triphosphate (ATP). So central 
is glycolysis to life that its sequence of reactions differs 
among species only in how its rate is regulated, and in 
the metabolic fate of pyruvate formed from glycolysis. 


In aerobic organisms (some microbes and all 
plants and animals), glycolysis is the first phase of 
the complete degradation of glucose. The pyruvate 
formed by glycolysis is oxidized to form the acetyl 
group of acetyl-coenzyme A, while its carboxyl 
group is oxidized to CO. The acetyl group is then 
oxidized to CO, and HO by the citric acid cycle with 
the help of the electron transport chain, the site of the 
final steps of oxidative phosphorylation of adenosine 
diphosphate molecules to high-energy ATP molecules. 


In some animal tissues, pyruvate is reduced to 
lactate during anaerobic periods, such as during vigo- 
rous exercise, when there is not enough oxygen avail- 
able to oxidize glucose further. This process, called 
anaerobic glycolysis, is an important source of ATP 
during very intense muscle activity. 


Anaerobic glycolysis also serves to oxidize glucose 
to lactic acid with the production of ATP in anaerobic 
microorganisms. Such lactic acid production by bac- 
teria sours milk and gives sauerkraut its mildly acidic 
taste. 


A third pathway for pyruvate produced by glycol- 
ysis produces ethanol and CO; during anaerobic glycol- 
ysis in certain microorganisms, such as brewer’s yeast— 
a process called alcoholic fermentation, an anaerobic 
process by which glucose or other organic nutrients 
are degraded into various products to obtain ATP. 


Because glycolysis occurs in the absence of oxy- 
gen, and living organisms first arose in an anaerobic 
environment, anaerobic catabolism was the first bio- 
logical pathway to evolve for obtaining energy from 
organic molecules. 


Glycolysis occurs in two phases. In the first phase, 
there are two significant events. The addition of two 
phosphate groups to the six-carbon sugar primes it for 
further degradation in the second phase. Then, cleav- 
age of the doubly phosphorylated six-carbon chain 
occurs, breaking fructose 1,6-diphosphate into two 
3-carbon isomers. These are fragments of the original 
six-carbon sugar dihydroxyacetone phosphate and 
glyceraldehyde 3-phosphate. 


In the second phase, the two 3-carbon fragments 
of the original 6-carbon sugar are further oxidized to 
lactate or pyruvate. 
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Entry into the second phase requires the isomer to 
be in its glyceraldehyde 3-phosphate form. Thus, the 
dihydroxyacetone phosphate isomer is transformed 
into glyceraldehyde 3-phosphate before being further 
oxidized by the glycolytic pathway. 

Glycolysis produces a total of four ATP molecules 
in the second phase, two molecules of ATP from each 
glyceraldehyde 3-phosphate molecule. The ATP is 
formed during substrate-level phosphorylation-direct 
transfer of a phosphate group from each 3-carbon 
fragment of the sugar to adenosine diphosphate 
(ADP), to form ATP. But because two ATP molecules 
were used to phosphorylate the original six-carbon 
sugar, the net gain is two ATP. 


The net gain of two ATP represents a modest 
conservation of the chemical energy stored in the glu- 
cose molecule. Further oxidation, by means of the 
reactions of the Kreb’s cycle and oxidative phosphor- 
ylation are required to extract the maximum amount 
of energy from this fuel molecule. 


See also Adenosine triphosphate; Krebs cycle. 
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Gnat-eaters see Antbirds and gnat-eaters 


l Goats 


Goats belong to the order Artiodactyla, which is 
made up of a number of hoofed mammals having an 
even number of toes. They are classified in the sub- 
family Caprinae of the family Bovidae; this subfamily 
also includes sheep. Goats have existed on Earth for at 
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Markhors (Capra falconeri) are found in various mountain 
ranges in India, Pakistan, Afghanistan, Tajikistan, and 
Uzbekistan. These goats are considered endangered 
throughout their range. The primary cause of the markhor’s 
decline is excessive hunting, primarily for its horns, but also 
for its meat and hide. (R. Van Nostrand/Photo Researchers, Inc.) 


least 35 million years and, during the course of evolu- 
tion, have undergone an incredibly wide radiation, 
both in distribution and ecology. Although the taxon- 
omy of this group is still unclear, seven species are 
generally recognized as being true goats (genus 
Capra), with representatives found from the barren 
plains of central Asia to an altitude of 22,000 ft 
(6,700 m) on snow-clad peaks. 


Despite such divergence, all goats have a similar 
design and frequently display similar behaviors. The 
majority are stocky, gregarious animals that live in 
barren habitats, often under inhospitable weather con- 
ditions. All goats are adapted to living in steep and 
often unstable terrain, and their physical appearance 
demonstrates several features that have evolved to 
cope with these conditions. The main toes of the 
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hoof are often concave on the underside, are hard as 
steel, and can be widely splayed to spread the animal’s 
body weight over a large area. The legs are usually 
short and highly muscular. 


The ancestor of all domestic breeds of goats is 
thought to have been the wild goat of western Asia 
(Capra aegagrus). This species, which occupies a wide 
range of habitats at altitudes up to 13,800 ft (4,200 m), 
was formerly widespread throughout much of Eurasia. 
The wild goat reaches a height of 28-39 in (70-100 cm) 
at the shoulder and weighs from 55-200 Ib (25-90 kg). 
The coat is usually a silver-white color, with a gray 
facial pattern and black or brown undersides. There is 
usually a distinct line of longer, darker hairs extending 
from the neck down along the spine. Females are usu- 
ally a yellowish brown or reddish gray color. The males, 
which are larger than females, bear a pair of arched, 
scimitar-shaped horns that extend far along the back 
and may reach 47 in (120 cm) in length. The horns of a 
female are much thinner and may measure just 8-12 in 
(20-30 cm) in length. 


Goats living at higher altitudes or under colder 
conditions always have a much thicker coat that is 
made up of several layers. More primitive forms tend 
to have small, pointed horns and a patterned coat, 
while more evolved forms have larger and more curved 
horns. The horns themselves are often used to classify 
different species and vary considerably in this group: 
the horns of the East Caucasian tur (Capra cylindri- 
cornis), for example, are curved directly back and 
down towards the shoulders, while those of the ibex 
(C. ibex) are upright, curved, and heavily ridged, and 
those of the Kashmir markhor (C. falconeri) are 
upright and spiraled like a corkscrew. The horns, 
which are not shed each year, display growth patterns 
which enable biologists to determine the age of the 
animals—an important feature when management of 
certain threatened species are involved. 


Goats are highly sociable animals that live in 
herds whose size and composition varies according to 
the species and time of year. Herds of up to 500 goats 
have at times been recorded but, in general, groups 
tend to be much smaller, often around 20-30 animals. 
In some species, the adult males (or billies) may either 
follow a solitary existence or form small groups of 3-5 
animals for much of the year, while the females (or 
nannies) and offspring (kids) form larger, more cohe- 
sive groups. The two come together prior to the 
breeding season—the period known as the rutting 
season—when males compete against one another in 
an attempt to mate with as many females as possible. 
In some herds, there will be just one dominant male, 
but even he will have to defend the herd of females 
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from potential competitors from outside the herd. 
Within the herd, there is also a distinct hierarchy, 
with older animals almost always being dominant 
over younger ones. Females are responsible for bring- 
ing up the kids and a mother will only suckle its own 
kids, those of another goat being gently rebuffed. 


Wild goats vary considerably in their activity pat- 
terns. Most species are active in the early morning and 
late afternoon, resting during the hottest part of the 
day to digest their food. Many species display distinc- 
tive seasonal and even daily patterns of migration, 
coming down to the lower parts of their ranges to 
feed and then returning to their scaly heights to rest. 


All goats are herbivorous animals that feed on a 
vast range of plants. They are not grazing animals like 
the majority of herbivores, but prefer to browse on the 
leaves and twigs of shrubs and coarse weeds. Goats 
will go to any lengths to obtain a meal, and in some 
parts of North Africa, feral domestic goats are com- 
monly seen browsing in Acacia trees some 23 ft (7 m) 
off the ground, their cleft hooves and powerful legs 
enabling them to jump and climb into trees. Herds of 
feral goats, which are widespread throughout the 
world, are known to cause considerable environmen- 
tal destruction as they destroy natural vegetation and 
contribute to erosion and, in some drier regions, deser- 
tification. In some countries, feral goats have had to be 
exterminated because of the damage they cause to 
native, and often endangered, vegetation. 


Goats are well-known for their aggressive behav- 
ior when settling territorial or reproductive disputes. 
The most common means of settling such issues is in 
head-to-head combat, with both animals using their 
skulls and horns as offensive weapons. Among the 
most dramatic of these encounters are the clashes of 
adult male ibex: standing 10 ft (3 m) apart, often on a 
steep precipice, the males rear up on their hind legs and 
charge one another, bringing their large curved horns 
down at the last moment to crash against its oppo- 
nents. Scientists have estimated that the force of these 
blows may be as much as 60 times greater than that 
needed to fracture a human skull. Goats, however, 
have highly efficient shock absorbers built into their 
skulls and are able to withstand such attacks without 
too great an injury to their heads. In this obvious show 
of physical strength, the weaker animal usually recog- 
nizes its shortcomings at an early stage of the encoun- 
ter and tries to escape before too much damage is 
caused to other parts of the body. 


Goats were first domesticated about 2,700 years 
ago in the Middle East, and in many parts of the world 
these herds may constitute an important source of 
food and revenue for people. A great many domestic 
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breeds have been developed, some of which have been 
either deliberately released, or escaped and later bred 
in the wild. Some of these feral domestic goats breed 
with wild populations—a point of concern for some 
threatened wild species, as the genetic component of 
the original true stock might be diluted by such breed- 
ing activities. 

Although goats live in almost inaccessible regions, 
their populations have been seriously affected by 
hunting and human encroachment to the foothills, 
where many species feed during the summer months. 
Wild goats have long been sought after as trophy 
specimens. The magnificent ibex was exterminated in 
the Alps during the nineteenth century, but has since 
been reestablished in many of its former habitats as a 
result of a concentrated breeding and reintroduction 
program. The West Caucasian tur (C. caucasica) is 
now confined to a narrow strip of montane habitat 
in the western Caucasus, where its existence is threat- 
ened by hunters and human encroachment. Natural 
predators, too, take their toll on wild goat popula- 
tions, and it is because of this pressure that goats 
have developed many of their behavioral patterns, 
such as living in small groups, and their ability to 
rapidly flee over rough terrain. Wolves and big cats 
such as snow leopards are among the main predators 
of goats, while bears, wild dogs, and foxes may prey on 
kids. Aerial predators, such as golden eagles, are also a 
threat to kids. Despite the vigilance of the adults, kids 
are also highly susceptible to natural causes of death as 
a result of their playful behavior; many engagements 
and mock fights can result in an inexperienced animal 
slipping from a rock or precipice to its death. 


See also Ungulates. 


Resources 


BOOKS 

Nowak, R.M., ed. Walker’s Mammals of the World. 6th ed. 
Baltimore: John Hopkins University Press, 1999. 

Shackleton, D.M., ed. Wild Sheep and Goats and Their 
Relatives: Status Survey and Conservation Action Plan 
for Caprinae. Gland, Switzerland: IUCN, 1997. 


David Stone 


| Goatsuckers 


The goatsuckers, nightjars, and nighthawks are 
more than 70 species of birds in the family 
Caprimulgidae. These birds have a relatively large 
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head, with a wide beak, and a large mouth with a 
seemingly enormous gape. The mouth is fringed by 
long, stiff bristles, and is an adaptation for catching 
insects in flight. The unusually large mouth of goat- 
suckers was once believed to be useful for suckling 
milk at night from lactating goats. This was, of course, 
an erroneous folk belief, but it is perpetuated today in 
the common name of the family of these birds. 


Most goatsuckers and nightjars have long, 
pointed wings, and short, feeble feet. Most species 
are crepuscular, being active mostly in dim light 
around dusk. Some species are nocturnal, or active at 
night. The colors of these birds are subdued, mostly 
consisting of drab, streaky browns, blacks, and grays. 
This coloration makes goatsuckers and nightjars very 
well camouflaged, and they can be exceedingly hard to 
detect during the day, when they are roosting or sitting 
on a nest. 


Species of goatsuckers and nighthawks 


This family of birds is richest in species in Africa 
and south Asia. There are only eight species of goat- 
suckers in North America, most of which are migra- 
tory species, breeding in North America and wintering 
in Central and South America. 


One of the most familiar species of goatsuckers in 
North America is the whip-poor-will (Caprimulgus 
vociferus), occurring throughout the eastern United 
States and southeastern Canada. Unfortunately, the 
population of this species has declined over much of its 
range, due to the large loss of natural habitat, and the 
fragmentation of the remnants. 


Chuck-will’s-widow (C. carolinensis) occurs in 
pine forests of the southeastern United States, while 
the common poorwill (Phalaenoptilus nuttallii) is the 
most common goatsucker in the western United 
States. The common names of the whip-poor-will, 
poorwill, chuck-will’s-widow, and the pauraque 
(Nyctidromus albicollis) of southern Texas have all 
been derived from the very distinctive, loud calls 
made by these birds. Naming animals after the sounds 
that they make is known as onomatopoeia. 


The common nighthawk (Chordeiles minor) is 
another relatively familiar species, ranging through 
all of the United States and much of Canada. This 
species is highly aerial when hunting, swooping grace- 
fully and swiftly on its falcon-like wings to capture its 
prey of moths, beetles, ants, and other flying insects. 
The common nighthawk tends to breed in open, rocky 
places, and it also accepts flat, gravelly roofs in cities 
as a nesting base. Most urban residents are not aware 
that breeding populations of this native bird occur in 
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their midst, although they may have often wondered 
about the source of the loud “peeent” sounds that 
nighthawks make while flying about at dusk and 
dawn. For reasons that are not understood, popula- 
tions of the common nighthawk appear to be declining 
markedly, and the species may be in jeopardy. The 
lesser nighthawk (C. acutipennis) is a smaller species 
that occurs in the southwestern United States. 


The poorwill (Phalaenoptilus nuttallii) of the west- 
ern United States is the only species of bird that is 
known to hibernate. This has not been observed many 
times, but poorwills have occasionally been found 
roosting in crevices in canyons in winter, in an obvi- 
ously torpid state, and not moving for several months. 
These hibernating birds maintain a body temperature 
of only 95.4-97.2°F (18-19°C), compared with their 
normal 135-136.8°F (40-41°C). 


The Puerto Rican nightjar (Caprimulgus noctitherus) 
is a rare species that only occurs on the Caribbean island 
of Puerto Rico. Only about 1,400-2,000 individuals of 
this critically endangered species survive. The Puerto 
Rican nightjar has been decimated by losses of its natural 
habitat, especially deforestation, and by depredations by 
introduced predators, such as the mongoose. 
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| Gobies 


Gobies, belonging to the suborder Gobioidei, are 
small fish that usually live off the coast in tropical and 
warm temperate regions. They spend the majority of 
their time resting on the bottom near protective cracks 
in coral reefs or burrows in the sand. Most species have 
fused pelvic fins which form a suction cup on their 
undersides. A goby uses this suction cup to cling to 
rocks so that it does not wash away with ocean currents. 
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The suborder of Gobioidei is divided into two to 
nine families, depending on the taxonomic system 
employed. The largest family in the suborder, and 
indeed the largest family of all tropical fishes, is the 
Gobiidae. Although the count is not complete, there 
are approximately 212 genera and 1,900 species within 
the Gobiidae family worldwide; at least 500 of these 
species live in the Indo-Pacific Ocean. 


General characteristics 


Although some species are moderately elongated, 
Gobies are usually very small, compact fish. The 
smallest vertebrate in the world is, in fact, a goby 
known as Trimmatom nanus which lives off the 
Philippine islands. This goby never grows larger than 
0.3-0.4 in (8-10 mm) long. Two other gobies living in 
the Philippines—the Pandaka pygmaea and _ the 
Mistichthys luzonensis—are among the shortest fresh- 
water fishes in the world; the females of these species 
mature at 0.4-0.43 (10-11) mm long. While most of 
them get no bigger than 4 in (10 cm) long, the largest 
range up to 19.5 in (S0 cm). 


One of the most unusual traits of true gobies is the 
“suction cup” located on their undersides near their 
pelvic areas. Their pelvic bones are fused with each 
other; thus, their pelvic fins are united, at least at the 
base. In true gobies, the fin is connected by a thin 
membrane which enables the suction cup to create a 
vacuum; gobies can use this vacuum to gain a firm 
hold on objects. This suction cup exists in many differ- 
ent variations. In some species, the pelvic fins are 
completely connected by a membrane; in others, the 
fins are partially or completely separated. 


Gobies are also characterized by the presence of a 
two-part dorsal fin, a fin located on their backs. The first 
part of the dorsal fin can have up to eight unbranched 
rays, although sometimes these rays are completely 
absent. Gobies usually, but not always, have some 
scales; these scales are sometimes present only in specific 
parts of their bodies. Their mouths are usually located at 
the very tip of their bodies and often protrude from their 
faces. Their jaws contain powerful teeth which are well 
suited for eating invertebrates or small fish. 


In general, gobies have developed in quite diverse 
ways during the course of their evolution. While they 
usually live in saltwater, they are often found in brack- 
ish water, and sometimes even freshwater. In fact, 
gobies are often the most plentiful fish in freshwater 
on oceanic islands. A few species even live in rivers in 
the mountains. They have adapted to live in widely 
varying habitats, living, for example, inside sponges 
and even on land. 
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Behavior 


Most goby species are bottom dwellers. Further- 
more, they are not very graceful swimmers, because 
their movements are characteristically jerky. Gobies pro- 
pel themselves by a few strong beats of their tails and 
steer themselves with their pectoral fins. They are carniv- 
orous, feeding on crustaceans, small invertebrates, fish 
eggs, worms, and other small fish. 


In most species, the eyes are their most important 
sensory organ, especially for detecting prey and dan- 
ger. It should be noted, however, that some species 
have adapted to living in caves and consequently have 
no eyes. These species rely primarily on their sense of 
smell. Also, even in species with normal eyesight, smell 
is used to recognize members of the opposite sex. 
Furthermore, gobies have been proven to possess the 
ability to hear. 


Unusual distinctions 


Three goby genera—the mudskippers (Perioph- 
thalmus), the Boleophthalmus, and the Scartelaos— 
act as true amphibians. Perhaps the most well known 
of these genera is the mudskippers. These gobies can 
move at considerable speed on land using their armlike 
pectoral fins. In many species of mudskippers, the 
pelvic fins are separate and used as independent active 
arms as well. Interestingly, mudskippers’ eyes, which 
are well suited to seeing in air, are located on stalks on 
the tops of their heads; the fish are able to elevate and 
retract these stalks depending on their need. 


Reproduction and longevity 


Gobies breed in the spring and summer. The adult 
males define a territory around their chosen nests, 
which are often holes in the rocks, under stones or 
shells, or even in old shoes. After spawning occurs, the 
females lay the eggs in a patch on the underside of the 
nest roof. Male gobies guard the eggs until they hatch. 


Depending on the species, gobies can live between 
one and 12 years. At one extreme, the Aphia and 
Crystallogobius species die right after their first breed- 
ing season when they are one year old. At the other 
extreme, the rock goby and the leopard-spotted goby 
do not even mature until they are two years old. 
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| Goldenseal 


Goldenseal (Hydrastis canadensis) is a woodland 
plant belonging to the family Ranunculaceae. The plant 
is also known as eyebalm, eyeroot, hydrastis, orangeroot, 
turmeric root, and yellowroot. Mainly found in the wild, 
goldenseal grows to a height of about | ft (30 cm). It has an 
erect, hairy stem, and produces small, greenish-white 
flowers that bloom in early spring, and later turn into 
clusters of red berries. The plant gets its common name 
from its thick yellow rhizome. 


Native Americans used goldenseal as a multipur- 
pose medicinal plant. The Cherokees used it as a wash 
to treat skin diseases and sore eyes and mixed a pow- 
der made from the root with bear fat for use as an 
insect repellent. Other uses were as a diuretic, stimu- 
lant, and treatment for cancer. The Catawbas used the 
boiled root to treat jaundice, an ulcerated stomach, 
colds, and sore mouth; they also chewed the fresh or 
dried root to relieve an upset stomach. The Kickapoo 
used goldenseal as an infusion in water to treat eyes 
irritated by smoke caused by burning the prairie in the 
autumn. Some Native American tribes made use of the 
plant as a source of a natural yellow dye. 


Many early European settlers turned to Native 
American remedies to treat their ailments. In the 
seventeenth century, colonists in Virginia used such 
native plants as ginseng (Panax pseudoginseng), 
tobacco (Nicotiana tabacum), sassafras (Sassafras albi- 
dum), snake-root (Echinacea angustifolio), Collinsonia 
(Collinsonia canadensis), Sanguinaria (Sanguinaria can- 
adensis), and lobelia (Lobelia inflata) to treat medical 
problems. 


Goldenseal grows in high, open woods, usually on 
hillsides or bluffs with good drainage. It is found in its 
native habitat from the northeast border of South 
Carolina to the lower half of New York, and east to 
northern Arkansas and the southeast corner of 
Wisconsin, as well as in Nova Scotia. Today it is 
only found in abundance in Ohio, Indiana, West 
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Virginia, Kentucky, and parts of Illinois. Goldenseal 
has vanished from some of its historical locations, 
mostly because of habitat loss. However, it has been 
cultivated in other places. 


The roots and rhizomes of goldenseal contain a 
number of isoquinoline alkaloids, including hydras- 
tine, berberine, canadine, canadaline, and |-hydras- 
tine. It is berberine that gives the rootstock its 
distinctive golden color. 


The medical uses for goldenseal are quite numer- 
ous. It has been used to treat a variety of infections 
from tonsillitis, gonorrhea, and typhoid fever, to 
hemorrhages, gum disease, and pelvic inflammatory 
disease. Traditional uses have been as an antiseptic, 
astringent, diuretic, laxative, antihemorrhaging agent, 
digestive aid, tonic, and deworming agent. Goldenseal 
has also been used as an anticancer agent. Its effective- 
ness against sores and inflammations is presumably 
due to the antiseptic properties of berberine against 
bacteria and protozoa, and to berberine’s antimalarial 
and fever-reducing properties. The alkaloids hydras- 
tine and hydrastine hydrochloride have been reported 
to stop uterine bleeding and prevent infection, and 
canadine acts as a sedative and muscle relaxant. 


Goldenseal stimulates the liver, kidneys, and 
lungs, and is often used to treat ulcers. It has excellent 
antimicrobial properties that treat inflammation and 
infections of respiratory mucous membranes, the 
digestive tract, and urinary tract. External applica- 
tions of goldenseal can be used to treat impetigo, ring- 
worm, conjunctivitis, and gum disease. 


The use of goldenseal as an herbal medicine is not 
restricted by the U.S. Food and Drug Administration 
(FDA), which does not regulate herbs. Consequently, 
goldenseal remains a popular medicinal herb among 
many practitioners of alternative medicine. However, 
some health professionals recommend not using golden- 
seal for medicinal purposes because of the plant’s toxicity. 
If ingested as a fresh, raw plant, goldenseal can be very 
poisonous. Improper preparations may cause serious side 
effects such as mouth and throat irritation, skin sensations 
including burning or tingling; paralysis; respiratory fail- 
ure; and even death. Before using goldenseal, patients 
should consult with their health practitioner. 
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Gophers 


l Gophers 


Gophers are small rodents. Although the name is 
often used popularly to refer to a variety of animals, 
including snakes, in the United States gophers are the 
pocket gophers that live in the grasslands of western 
Canada, eastward to the Great Lakes, and down into 
northern South America. Pocket gophers (family 
Geomyidae) have fur-lined cheek pouches that let 
them carry food in large quantities. These rodents eat 
grain as well as underground roots, so a large popula- 
tion can do serious damage to farm fields. 


Pocket gophers are burrowing animals with round 
little bodies without much visible neck. Their pouches, 
used only for carrying food, are located from the face 
back onto the shoulder region. They open on the out- 
side, not into the mouth. 


Gophers vary in size from only about 4 in (10 cm) 
to 14in (35.5 cm) with a short, usually naked tail. They 
resemble small woodchucks, but they are not nearly as 
visible because they spend most of their lives under- 
ground. Their fur is colored varying shades of brown. 
It also occurs in varying lengths on a single animal 
because they continually molt, losing their hair in large 
patches. 


The 36 species of pocket gophers usually do not 
overlap very much in their ranges. The western pocket 
gophers (Thomomys) live all the way from sea level to 
perhaps an elevation of about 13,000 ft (3,965 m) in 
the mountains. Their gnawing teeth have a smooth 
front surface. The eastern species (Geomys) live in the 
flat plains and prairies of the southern states. Their 
gnawing teeth have a deep lengthwise groove, as does 
the third group of North American gophers, the yel- 
low-faced pocket gophers (Pappogeomys). They are 
found only in a small region from Colorado down 
into Mexico. There are no pocket gophers in the 
northeastern section of the United States. In that 
area, the name gopher is often used for the chipmunk. 
Additional genera of pocket gophers live in Mexico 
and Central America. 


Life underground 


Gophers are well adapted to digging, with strong, 
large forearms and sharp claws. They have yellowish 
gnawing teeth that can keep digging even when their 
lips are closed, an aid in keeping the dirt out of their 
mouths while they dig. Also, they have special tear 
glands that continuously clean their eyes as they dig. 
Their ears can be closed against the dirt. 


Gophers spend most of their lives underground. 
They dig shallow feeding tunnels that allow them to 
make their way to the juicy roots and tubers of crops 
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and gardens. They also dig deeper tunnels in which 
they nest, rest, and store food. Their living tunnels are 
usually blocked at the end and are not noticeable from 
above except for a fan of earth that spreads out from 
where the opening would be. This fan may be as much 
as 6 in (15 cm) high. 


These rodents do not hibernate, so their food 
stored during the summer must last them through 
the winter. They bring plant stems into their burrows 
in one of two ways. If remaining underground, they 
can eat the roots and then pull the plant stem down 
through the soil and carry it into their burrow. 
However, sometimes they go outside at night. Then 
they bite off plant stems and drag them back to 
their burrows. They also collect food in their cheek 
pouches. These externally opening pouches can be 
turned inside out for cleaning, after which a muscle 
pulls them back right-side-out again. 


Gopher burrows do not support colonies of 
gophers. Gophers are solitary animals, although so 
many of them can live so close to each other that they 
may seem to an observer to be part of a colony. This 
closeness allows them readily to find mates. A female 
takes a male into her own burrow for mating. He leaves 
and she remains to raise her litter. A female gives birth to 
four or five young usually only once each year, although 
some breed twice a year. The young are weaned and out 
on their own, digging their own burrows, within a month 
or two. Gophers rarely live more than two years. 


When gophers are out of their burrows at night, 
they readily fall prey to owls and snakes. Their bur- 
rows may be dug up by foxes and coyotes. However, 
these small diggers may still be safe because they have 
the ability to run backward in their burrows almost as 
fast as they can move forward. Their sensitive tails are 
used in determining their direction. 


Farmers tend to kill gophers because of the way they 
can destroy crops from the roots up. However, burrow- 
ing gophers keep the soil aerated and well-turned. 


A number of species of pocket gophers are threat- 
ened by habitat destruction and persecution by farm- 
ers. Among the most endangered species are the 
Oaxacan pocket gopher (Orthogeomys cuniculus) of 
southern Mexico and the Querétaro pocket gopher 
(Pappogeomys neglectus) of central Mexico. 


See also Chipmunks. 
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l Gorillas 


Gorillas inhabit forests of Central Africa, and are 
the largest and most powerful of all primates. Adult 
males stand 6 ft (1.8 m) upright (although this is an 
unnatural position for a gorilla) and weigh up to 450 Ib 
(200 kg), while females are much smaller. Gorillas live 
up to about 44 years. Mature males (older than 
13 years), or silverbacks, are marked by a band of 
silver-gray hair on their back; the body is otherwise 
dark-colored. 


Gorillas live in small family groups of several 
females and their young, led by a dominant silverback 
male. The females comprise a harem for the silver- 
back, who holds the sole mating rights in the group. 
Female gorillas produce one infant after a gestation 
period of nine months. The large size and great 
strength of the silverback are advantages in competing 
with other males for dominance of the group, and in 
defending against outside threats. 


Gorillas are herbivores. During the day these 
ground-living apes move slowly through the forest, 
selecting species of leaves, fruit, and stems to eat 
from the surrounding vegetation. Their home range 
is about 9-14 square miles (25-40 sq km). At night the 
family group sleeps in trees, resting on platform nests 
that they make from branches; silverbacks usually 
sleep at the foot of the tree. 


Gorillas belong to the family Hominidae, which 
also includes chimpanzees, orangutans, and humans. 
Chimpanzees and gorillas are the animal species most 
closely related to humans. Gorilla numbers are declin- 
ing, and only about 100,000 survive in the wild. There 
are two species of gorilla. The western gorilla (Gorilla 
gorilla) has two recognized subspecies: the western 
lowland gorilla (G. g. gorilla) and the Cross River 
gorilla (G. g. diehli). There are also two recognized 
subspecies of the eastern or mountain gorilla (G. berin- 
gei): G. b. beringei and G. b. graueri. Both species are 
endangered. 
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The western gorilla is found in West Africa, 
including Nigeria, Cameroon, Gabon and extending 
into Congo and the Central Africa Republic. The hair 
of this species is primarily black, but is red to brown on 
the crest of the head. The black-haired eastern gorilla 
is found in East Africa, from the Demoncratic 
Republic of Congo into Rwanda and Uganda. 
Deforestation and hunting are serious and intensifying 
threats to gorillas throughout their range. 


The eastern or mountain gorilla has been well- 
studied in the field, notably by George Schaller and 
Dian Fossey (the film Gorillas in the Mist is based on 
the work of Fossey). This species inhabits forest in the 
mountains of eastern Rwanda, Republic of Congo, 
and Uganda at altitudes up to 9,000 ft (3,000 m). 
Field research has shown these powerful primates to 
be intelligent, peaceful, shy, and of little danger to 
humans (unless provoked). 


Other than humans, adult gorillas have no impor- 
tant predators, although leopards occasionally take 
young individuals. Illegal hunting, capture for the 
live-animal trade (a mountain gorilla is reputedly 
worth $150,000), and habitat loss are causing popula- 
tions of all gorillas to decline rapidly. The shrinking 
forest refuge of these great apes is being progressively 
deforested to accommodate the ever-expanding 
human population of all countries of Central Africa. 
Mountain gorillas are somewhat safeguarded in the 
Virunga Volcanoes National Park in Rwanda, 
although the recent civil war there has threatened 
their population and status. The protection of gorillas 
in that park has been funded by closely controlled, 
small-group, gorilla-viewing ecotourism, existing 
alongside long-term field research programs, although 
these enterprises were seriously disrupted by the civil 
war. 


Both species of gorilla are in seriously threatened 
in the wild. These evolutionarily close relatives of 
humans could easily become extinct if people do not 
treat them and their habitat in a more compassionate 
manner. 
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A nine-year-old male lowland gorilla playing with a two-year-old juvenile. (Tom McHugh/Photo Researchers, Inc.) 
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l Gourd family (Cucurbitaceae) 


Gourds and their relatives are various species of 
plants in the family Cucurbitaceae. There are about 
750 species in this family divided among 90 genera. 
Some members of the gourd family include the cucum- 
ber, squash, melon, and pumpkin. Most are tropical or 
subtropical, but a few occur in temperate climates. 
A few produce large, edible fruits, some of which are 
ancient food plants. Gourds are still economically 
important as foods and for other reasons. 


Plants in the gourd family are herbaceous or semi- 
woody, climbing, or trailing plants. Their leaves are 
commonly palmately lobed or unlobed and are 
arranged in an alternate fashion along the stem. 
Special structures known as tendrils develop in the 
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Yellow crookneck squash (Cucurbita pepo). (JLM Visuals.) 


area between the leaf and the stem in some species of 
gourds. The thin tendrils grow in a spiral and help to 
anchor the stem as it climbs or spreads over the ground. 


The flowers of species in the gourd family are uni- 
sexual, containing either male stamens or female pistils, 
but not both. Depending on the species, individual 
plants may be monoecious and have unisexual flowers 
of both sexes, or dioecious, meaning only one sex is 
represented on the plant. Gourd flowers are radially 
symmetric, that is, the left and right halves look identi- 
cal. They can be large and trumpet-shaped in some 
species. The petals are most commonly yellow or white. 


Strictly speaking, the fruits of members of the 
gourd family are a type of berry, that is, a fleshy, 
multiseeded fruit sometimes known as a pepo. The 
pepos of some cultivated varieties of squashes and 
pumpkins can be enormous, weighing as much as 
hundreds of pounds and representing the world’s larg- 
est fruits. In many species of gourds, the fruit is inde- 
hiscent, meaning it does not open when ripe to disperse 
the seeds. With few exceptions, the natural dispersal 
mechanisms of the pepos of members of the 
Cucurbitaceae are animals, which eat the fruit and 
later deposit the seeds when they defecate some dis- 
tance away from the parent plant. 


The seeds of plants in the Cucurbitaceae are usu- 
ally rather large and flattened, and they commonly 
have a large concentration of oils. 


Agricultural species of gourds 


Various species in the gourd family are cultivated 
as agricultural crops. The taxonomy of some of the 
groups of closely related species is not yet understood. 
For example, some of the many distinctive varieties of 
pumpkins and squashes are treated by some taxono- 
mists as different species, whereas other botanists 
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consider them to be a single, variable species complex 
under the scientific name, Cucurbita pepo. This taxo- 
nomic uncertainty is also true for some of the other 
agricultural groups of gourds such as the melons. 


The most important of the edible gourds are of 
two broad types—the so-called “vegetable fruits” such 
as cucumber, pumpkin, and squash, and the sweeter 
melons. 


The cucumber (Cucumis sativus) is an annual 
plant, probably native to southern Asia, but possibly 
to India. This species has been cultivated in Asia for at 
least 4,000 years. The cucumber grows as a rough- 
stemmed climbing or trailing plant with large yellow 
flowers. The fruit of the cucumber is an elongate, 
usually green-skinned pepo with a fairly tough exte- 
rior rind but a very succulent interior that is about 
97% moisture. Most cucumber fruits contain many 
white seeds, but seedless varieties have been developed 
by plant breeders, for example, the relatively long, 
“English” cucumber. Cucumbers are most produc- 
tively grown in fertile organic-rich soils, either out- 
doors or in greenhouses, and come in various 
agricultural varieties. The fruit of the larger cucum- 
bers is mostly used in the preparation of fresh salads or 
sometimes cooked. Pickles are made from smaller- 
fruited varieties or from a close relative known as the 
gherkin (Cucumis anguria), probably native to tropical 
Africa. Cucumber and gherkin pickles are usually 
made in a solution of vinegar often flavored with garlic 
and dill or in a sweeter pickling solution. 


The pumpkin, squash, vegetable marrow, or orna- 
mental gourd (Cucurbita pepo) is an annual climbing 
or trailing species with prickly stems, large, deeply cut 
leaves, yellow flowers, and large fruits. This species 
was originally native to a broad range from Mexico to 
Peru. There are many cultivated varieties of this spe- 
cies, the fruits of which are of various shapes and sizes 
and with rinds of various colors. Some recently devel- 
oped varieties of pumpkins and squashes can grow 
gigantic fruits, each weighing as much as 882 pounds 
(400 kg) or more. The pepos of pumpkins and 
squashes have a relatively thick rind and a moist 
fibrous interior. These plants can be baked or steamed 
as a vegetable and are often served stuffed with other 
foods. The seeds can be extracted, roasted, and salted, 
and served as a snack, or they can be pressed to extract 
an edible oil. Some varieties of gourds have been bred 
specifically for their beautiful fruits, which may be 
displayed either fresh or dried in ornamental baskets 
and in decorative centerpieces. 


The melon, muskmelon, winter melon, canta- 
loupe, or honeydew (Cucumis melo) is a climbing or 
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spreading annual plant with many cultivated varieties. 
The species was probably originally native to southern 
Africa, or possibly to southeastern Asia. The large 
roughly spherical fruits of this species have a yellow 
or orange sweet interior that can be eaten fresh. This 
species occurs in many varieties often grown in green- 
houses or outside in warmer climates. 


The watermelon (Citrullus lanatus) is a large annual 
species probably native to tropical Africa, where it has 
long been an important food for both people and wild 
animals. The watermelon has been cultivated in south- 
ern Europe for at least 2,000 years and is now grown 
worldwide wherever the climate is suitable. The fruits of 
the watermelon are large, reaching 55 pounds (25 kg) in 
some cases. The watermelon has a thick green rind and 
the interior flesh is red or yellow and very sweet and 
juicy. A variety called the citron or preserving melon is 
used to make jams and preserves. 


Some other cultivated species in the gourd family 
are minor agricultural crops. The chayote (Sechium 
edule), a perennial species of tropical Central 
America, produces a pepo that is cooked as a vegeta- 
ble. The chayote’s underground tuber can also be 
eaten, as can be the young leaves and shoots. The 
bitter apple or colocynth (Citrullus colocynthis) also 
produces a pepo that is eaten as a cooked vegetable. 


The fruits of the loofah, luffa, vegetable sponge, or 
dishrag gourd (Luffa cylindrica) have many uses. To 
expose the stiff, fibrous interior of the pepos of this 
plant, the ripe fruits are immersed in water for 5-10 
days, after which the skin and pulp are easily washed 
away. The skeletonized interior of the fruit is then dried 
and is commonly used as a mildly abrasive material, 
sometimes known as a loofah sponge. This has com- 
monly been used for scouring dishes or for bathing. 
Loofah material has also been used for insulation, as a 
packing material, and to manufacture filters. 


The fruits of the white-flowered gourd or bottle 
gourd (Lagenaria siceraria) have long been used by 
ancient as well as modern peoples of both the tropical 
and subtropical Americas and Eurasia, as far as the 
Polynesian Islands. The dried, hollowed fruits of this 
plant are used as jugs, pots, baskets, and utensils, 
especially as dipping spoons. In addition, varieties 
with long necks have been used as floats for fishing 
nets. Rattles are also made of these dried squashes. 


More on the Cucurbita squashes of 
the Americas 


The pre-Columbian aboriginal peoples of North, 
Central, and South America cultivated or otherwise 
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Berry—A soft, multiseeded fruit developed from a 
single compound ovary. 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Indehiscent—Refers to a fruit that does not sponta- 
neously split along a seam when it is ripe to dis- 
perse the seeds. 


Monoecious—A plant breeding system in which 
male and female reproductive structures are 
present on the same plant, although not necessarily 
in the same flowers. 


Pepo—A berry developed from a single, compound 
ovary and having a hard, firm rind and a soft, pulpy 
interior. 

Tendril—A spirally winding, clinging organ that is 
used by climbing plants to attach to their support- 
ing substrate. 


used about 17 species of squashes and gourds in the 
genus Cucurbita, a genus indigenous to the Americas. 


Cucurbita fruits were used in many ways, and 
some of these practices still persist. The ripe fruits 
can be cooked and eaten as vegetables. The fruits of 
several species are especially useful as foods because 
they can be stored for several months without rotting. 
For even longer-term storage, the squashes can be cut 
into strips and dried in the sun. In addition, the nutri- 
tious oil-rich seeds of these gourds can be eaten fresh 
or roasted, and they also store well. 


The best-known species of squash is Cucurbita pepo, 
the progenitor of cultivated pumpkins and squashes, as 
well as numerous other useful cultivars. According to 
archaeological evidence, this species has been used by 
humans for as long as 7,000 years. Other cultivated 
species include several known as winter squash or pump- 
kin (Cucurbita mixta, C. moschata, and C. maxima) and 
the malabar or fig-leaf gourd (C. ficifolia). 


The buffalo gourd or chilicote (C. foetidissima) is 
a species native to the southwestern United States and 
northern Mexico. This relatively drought-resistant 
perennial species was harvested by pre-Columbian 
Native Americans, although they apparently did not 
cultivate the plant. 


Additional gourds native to North America 


Most species in the gourd family are tropical and 
subtropical in their distribution. However, a few occur 
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in the northern temperate zone, including several 
native to North America. These wild plants are not 
eaten by people. 


The creeping cucumber (Melothira pendula) is 
widespread in woods in the United States and south 
into Mexico. The bur-cucumber (Sicyos angulatus) 
occurs in moist habitats from southeastern Canada 
to Florida and Arizona. 


The balsam apple or squirting cucumber 
(Echinocystis lobata) is an annual climbing plant that 
occurs in moist thickets and disturbed places over 
much of southern Canada and the United States. 
When the green inflated spiny fruits of the squirting 
cucumber are ripe, they eject their seeds under hydro- 
static pressure so they are dispersed some distance 
away from the parent plant. 
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[| Graft 


A graft is a horticultural term for a bud or shoot of 
one variety or species of plant that is positioned on the 
stem of another compatible plant to produce inte- 
grated growth. The recipient plant is called the stock 
or rootstock, and the grafted part is referred to as the 
scion. A simple method for stem grafting involves both 


GALE ENCYCLOPEDIA OF SCIENCE 4 


stems being cut with a sharp blade at the same acute 
angle, to maximize the contact area of contact. Then 
the stems are joined, and the union is bandaged with 
waterproof tape (or tape plus wax) until the wound 
has healed. Variations on this method involve comple- 
mentary notches and the tongue being cut, according 
to how sturdy the scion is. Budding is the term applied 
when a bud with supporting tissue is grafted into a slit 
or notch cut into the stem of the stock. 


Compatibility and incompatibility 


The process of wound healing is absolutely neces- 
sary for successful grafting. Healing involves the coop- 
erative production of new cells, some of which form 
cambium. From the cambium, new vascular (trans- 
port) tissues develop, permitting the transfer of water, 
nutrients, and hormones (growth regulators) to and 
from the scion. This interaction at the cellular level 
requires that the scion not be rejected by the stock. 
Hence, grafting is most likely to succeed with plants 
that are very closely related: either varieties of the same 
species or members of the same genus. However, not all 
members of the same genus are compatible. Sometimes 
the union can only be successful if one member is 
always the rootstock. For example, within the genus 
Prunus, peach scions cannot be grafted onto plum root- 
stocks, but plums can be grafted onto peach. 
Surprisingly, some pears (Pyrus species) can be grafted 
onto quince (Cydonia oblonga), despite the generic dif- 
ference. Whether a particular combination is compat- 
ible can only be discovered by testing. 


Advantages of grafting 


Despite being labor intensive, grafting is com- 
monly undertaken as a means of vegetative propaga- 
tion of woody plants for any or all of the following 
reasons: (1) to impart disease resistance or hardiness, 
contributed by the rootstock; (2) to shorten the time 
taken to first production of flowers or fruits by the 
scion, in some cases by many years; (3) to dwarf the 
scion, making both its height and shape more con- 
venient for harvesting fruit, as with apples; (4) to 
allow scion cultivars to retain their desirable leaf, 
floral, or fruit characters, without the risk of these 
being lost through sexual reproduction; and (5) to 
provide the most economic use of scion material, in 
cases where there is some difficulty with stem cut- 
tings producing roots. 


History and important examples of grafting 


The origin of grafting is uncertain. The peoples of 
ancient civilizations who grew fruit trees may have 
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observed natural unions made by twigs and branches of 
compatible trees growing next to one another, and 
copied what had occurred through wind and abrasion. 
Grafting was applied routinely to apples and pears in 
England by the eighteenth century, and was utilized to 
great effect by the English plant breeder Thomas 
Andrew Knight (1759-1838). Thomas Jefferson 
(1743-1826) wrote that he had “inoculated common 
cherry buds into stocks of large kind” in 1767, in a 
garden journal he kept at Monticello. Jefferson’s record 
predates Knight’s work, and indicates that knowledge 
of grafting techniques was widespread at that time. 


Disease resistance 


The rescue of the European wine grape (Vitis vin- 
ifera) industry from the ravages of Phylloxera disease 
depended on grafting European cultivars onto 
Phylloxera-resistant rootstocks of native American 
species: the northern fox grape (Vitis labrusca) and 
the southern muscadine (V. rotundifolia). Since 1960 
another American species, V. champini, has been 
widely utilized to confer additional resistance to 
V. vinifera to root-knot nematode worms. This new 
rootstock also confers salt tolerance, and hence is par- 
ticularly useful for sultana grapes grown under 
irrigation. 


The practice of grafting onto disease-resistant 
stocks now extends even to annual plants like tomato. 
Disease-sensitive cultivars producing high quality fruit, 
such as Grosse Lisse, are grafted onto wilt- and nem- 
atode-resistant stocks of varieties that would them- 
selves produce fruit deficient in flavor and nutrients. 


Hardiness of citrus trees 


Most cultivated citrus trees are propagated by 
grafting desirable types onto hardy rootstocks. For 
example popular lemons such as Eureka, which has 
few thorns, is grafted as a bud onto a thorny wild or 
rough lemon (all lemons are Citrus limon). For other 
types of citrus such as grapefruit and orange (C. sinen- 
sis), use of the rough lemon or sour orange (C. auran- 
tium) as rootstock has been discontinued in favor of 
the wild orange (C. trifoliata). As a rootstock the latter 
species can tolerate wetter conditions than the other 
stocks, and its use does not diminish the quality of 
sweet oranges as rootstocks of rough lemon do. 


Hardiness in flowering shrubs 


Among cool-temperate ornamental flowering 
shrubs, the lilac (Syringa vulgaris) is often grafted 
onto privet (Ligustrum species), another example of 
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KEY TERMS 


Cambium—A layer of actively dividing cells, from 
which tissues used for conducting water and 
nutrients (xylem, phloem) are derived. 


Graft incompatibility—The failure of a scion to 
establish a viable connection with a rootstock, 
sometimes involving active rejection by release of 
toxins. 


Hardiness—tThe ability of a plant to withstand envi- 
ronmental stresses, such as extremes of tempera- 
ture, low soil fertility, waterlogging, salinity, 
drought, ultraviolet light, or shade. 


Hybrid—A plant derived by crossing two distinct 
parents, which may be different species of the same 
genus, or varieties of the same species. 


Phylloxera—A fatal disease of grape vines caused 
by an infestation of the aphid Dactylasphaera viti- 
foliae in the roots. 


Rootstock—The basal component of a grafted 
plant. 


Scion—The upper or transferred component of a 
grafted plant. 


Vegetative propagation—A type of asexual repro- 
duction in plants involving production of a new 
plant from the vegetative structures—stem, leaf, or 
root—of the parent plant. 


rare, cross-generic compatibility. Rhododendrons, 
many of which have been deliberately bred for var- 
iants of flower size and color, are usually grafted onto 
a rootstock of Rhododendron ponticum. This species 
has pale purple flowers and is native from Spain and 
Portugal to Turkey. Rhododendron ponticum was the 
first rhododendron introduced to England in the mid- 
eighteenth century, and it is still the hardiest rootstock 
available, even surviving fires that destroy the above- 
ground scion. 


See also Citrus trees; Plant breeding. 
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[ Grand unified theory 


One of the major theoretical hurdles to a reach- 
able synthesis of current theories of particles and force 
interactions is called grand unified theory (GUTs, and 
sometimes also called grand unification theory and 
grand unified field theory). Within theoretical physics, 
GUTs is the collective term for attempts to unify the 
fundamental forces within the universe: the strong and 
weak nuclear forces and electromagnetism. Thus, sci- 
entists researching GUTs are trying to reconcile the 
evolving principles of quantum theory with the prin- 
ciples of general relativity advanced by German-born 
American theoretical physicist Albert Einstein (1879— 
1955) over one century ago. The synthesis is made 
difficult because the unification of quantum mechan- 
ics (itself a unification of the laws of chemistry with 
atomic physics) with special relativity to form a com- 
plete quantum field theory consistent with observable 
data is itself not yet complete. 


A grand unified theory of physics is not within the 
reach of present technology. There are also theoretical 
obstacles to formulating a grand unified theory. 


A grand unified theory is a theory that will recon- 
cile the electroweak force (the unified forces of elec- 
tricity and magnetism) and the strong force (the force 
that binds quarks within the atomic nucleus together). 
A grand unified theory that could subsequently incor- 
porate gravitational theory would, become the ulti- 
mate unified theory, often referred to by physicists as 
a theory of everything (TOE). 


The technological barriers to a unified theory are 
a consequence of the tremendous energies required to 
verify the existence of the particles predicted by the 
theory. In essence, experimental physicists are called 
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upon to recreate the conditions of the universe that 
existed during the first few millionths of a second of 
the big bang—when the universe was tremendously 
hot, dense, and therefore extremely energetic. 


There are admittedly great difficulties and high 
amounts of inconsistency between quantum and rela- 
tivity theory that may put such a theory of everything 
(TOE) far beyond the present grasp of scientists. Some 
scientists speculate, however, that although a TOE is 
beyond the reach, scientists may be within reach of a 
grand unified theory (GUT) that, excepting quantum 
gravity, will unite the remaining fundamental forces. 


Quantum theory was principally developed by 
German physicist Maxwell Planck (1858-1947), 
Danish physicist Niels Bohr (1885-1962), Austrian 
physicist Erwin Schrédinger (1887-1961), English 
physicist P.A.M. Dirac (1902-1984) and German 
physicist Werner Heisenberg (1901-1976) during the 
first half of the twentieth century through the inde- 
pendent research on various parts of the theory. 
Quantum mechanics fully describes wave particle 
duality, and the phenomena of superposition in term 
of probabilities. Quantum field theory describes and 
encompasses virtual particles and renormalization. 


In contrast, special relativity describes space-time 
geometry and the relativistic effects of different inertial 
reference frames (ie., the relativity of describing 
motion) and general relativity describes the nature of 
gravity. General relativity fuses the dimensions of space 
and time. The motion of bodies under apparent gravita- 
tional force is explained by the assertion that, in the 
vicinity of mass, space-time curves. The more massive 
the body the greater is the curvature or force of gravity. 


Avoiding the mathematical complexities, a fair 
simplification of the fundamental incompatibility 
between quantum theory and relativity theory may be 
found in the difference between the two theories with 
respect to the nature of the gravitational force. 
Quantum theory depicts a quantum field with a carrier 
particle for the gravitational force—that although not 
yet discovered—is termed a graviton. As a force carrier 
particle, the graviton is analogous to the photon that 
acts as the boson or carrier of the electromagnetism 
(i.e., light). In stark contrast, general relativity theory 
does away with the need for the graviton by depicting 
gravity as a consequence of the warping or bending of 
space-time by matter (or, more specifically, mass). 


Although both quantum and relativity theories 
work extremely well in explaining the universe at the 
quantum and cosmic levels respectively, the theories 
themselves are fundamentally incompatible and hence 
the search for unification theories. 
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Grand unified theory 


KEY TERMS 


Electroweak force—A unification of the fundamen- 
tal forces of electromagnetism (that light is carried by 
quantum packets termed photons manifested by 
alternating fields of electricity and magnetism) and 
the weak force. 


Field theory—A concept first advanced Scottish 
physicist James Clerk Maxwell (1831-1879) as part 
of his development of the theory of electromagnet- 
ism to explain the manifestation of force at a distance 
without an intervening medium to transmit the force. 
Einstein’s general relativity theory is also a field 
theory of gravity. 

Fundamental forces—The forces of electromagnet- 
ism (light), weak force, strong force, and gravity. 
Aptly named, the strong force is the strongest force, 
but acts over only the distance of the atomic nucleus. 
In contrast, gravity is 10°? times weaker than the 
strong force and acts at infinite distances. 


Gravitational force—A force dependent upon mass 
and the distance between objects. The English phys- 
icist and mathematician Sir Isaac Newton (1642- 
1727) set out the classical theory of gravity in his 
Philosophiae Naturalis Principia Mathematica 
(Mathematical Principles of Natural Philosophy). 
According to classical theory, gravitational force, 
always attractive between two objects, increases 
directly and proportionately with mass of the objects 
but is inversely proportional to the square of the 
distance between the objects. According to general 
relativity, gravity results from the bending of fused 


Such unifications are not trivial mathematical or 
rhetorical flourishes; they evidence an unswerving trail 
back towards the beginning of time and the creation of 
the universe in the big bang. What the electroweak 
unification reveals is that at higher levels of energy, 
(e.g., the energies associated with the big bang), the 
forces of electromagnetism and the weak force are 
really one in the same. It is only at the more modest 
present state of the universe, far cooler and less dense, 
that the forces take on the characteristic differences of 
electromagnetism and the weak force. 


Experiments at high energy levels have revealed 
the existence of a number of new particles. According 
to modern field theory and the standard model, par- 
ticles are manifestations of field and particles interact 
(exert forces) through fields. Accordingly, for every 
particle (e.g., quarks and leptons—one form of a 
lepton is the electron) there must be an associate 
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space-time. According to modern quantum theory, 
gravity is postulated to be carried by a vector particle 
termed a graviton. 


Local gauge invariance—In physics, a concept that 
asserts that all field equations ultimately contain 
symmetries in space and time. Gauge theories 
depend on difference in values as opposed to abso- 
lute values. 


Strong force (or Strong interactions)—A force that 
binds quarks together to form protons and neutrons 
and hold protons and neutrons—and to hold 
together the electrically repelling positively charged 
protons within the atomic nucleus. 


Unified field theory—In physics, a theory describing 
how a single set of particles and fields can become 
(or underlie) the observable fundamental forces of 
the electroweak force (electromagnetism and weak 
force unification) and the strong force. 


Virtual particles—A particle that is emitted and then 
reabsorbed by particles involved in a force interac- 
tion (e.g., the exchange of virtual photons between 
charged particles in involved in electromagnetic 
force interactions). 


Weak force—The force that causes transmutations 
of certain atomic particles. For example, weak 
force interactions in beta decay change neutrons 
and protons allowing carbon-14 to decay into 
nitrogen at a predictable rate useful in carbon-14 
dating. 


field. Forces between particles result from the 
exchange of particles that are termed virtual particles. 
Electromagnetism depends upon the exchange of pho- 
tons (QED theory). The weak force depends upon the 
exchange of W*, W’, and Z, particles. Eight different 
forms of gluons are exchanged in a gluon field to 
produce the strong force. Regardless, the energy 
requirements required to identify the particles associ- 
ated with a unified field required by a grand unified 
theory are greater than present technologies can 
achieve. Most mathematical calculations involving 
quantum fields indicate that unification of the fields 
may require 1,016 GeV. Some models allow the addi- 
tional fusion of the gravitational force at 1,018 GeV. 


The higher energies needed are not simply a ques- 
tion of investing more time and money in building 
larger accelerators. Using present technologies, the 
energy levels achievable by a particle accelerator are 
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proportional to the size of the accelerator (specially 
the diameter of the accelerator). Alas, to archive the 
energy levels required to find the particles of a grand 
unified force would require an accelerator larger than 
the entire solar system. 


Although a quantum explanation of gravity is not 
required by a grand unification theory that seeks only 
to reconcile electroweak and strong forces, it is impor- 
tant to acknowledge that the unification of force and 
particle theories embraced by the Standard model is 
not yet complete. Further, it may not be possible to 
rule out gravity and develop a unified theory of elec- 
troweak and strong forces that ignores gravity. 


See also Atomic theory; Electromagnetic spec- 
trum; Feynman diagrams; Gravity and gravitation; 
Particle detectors; Relativity, general; Standard 
model; Subatomic particles. 
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Grapefruit tree see Citrus trees 


I Grapes 


Grapes are various species of woody vines in the 
genus Vitis, family Vitaceae. This family contains 
about 700 species, most of which occur in tropical 
and subtropical climates, although some occur in tem- 
perate habitats. The genus Vitis has about 50 species. 
Grapes are ecologically important as food for wildlife, 
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Fredonia grapes. (James Sikkema.) 


and are also cultivated by humans in large quantities, 
mostly for the production of table grapes, raisins, and 
wines. 


Biology of grapes 


Grapes are perennial woody vines. They often 
form thickets along rivers and other naturally open 
habitats, and often drape trees in open forests or at 
forest edges. 


Grape leaves often have three distinct lobes. The 
leaves are alternately arranged along the stem. 
Opposite most leaves are structures known as tendrils 
that grow in a spiral fashion and are important in 
anchoring the vine to its supporting structure. 


Grapes have small inconspicuous flowers 
arranged in clusters. The flowers have associated nec- 
taries that are important in attracting the insects that 
pollinate grapes. The fruit is an edible two-seeded 
berry, usually purple in color. Grapes are avidly 
eaten by birds and mammals. The grape seed passes 
intact through the gut of these animals and is depos- 
ited into the ground with feces. The edible fruit of 
grapes is an adaptation for dispersal by animal 
vectors. 


Cultivated varieties (cultivars) of grapes are usu- 
ally propagated by grafting shoots of the desired type 
onto the root of a relatively hardy plant. In this way, 
the desirable traits of the cultivar will be displayed by 
the grafted shoot, while the grape grower can also take 
advantage of the adaptation of the rootstock to the 
local environment. 


Native grapes of North America 
Various species of grapes are native to North 


America. Some of the more widespread species are 
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Grapes 


KEY TERMS 


Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attributes. 
Cultivars are not sufficiently distinct in the genetic 
sense to be considered to be subspecies. 


Fermentation—This is a metabolic process during 
which organic compounds are partially metabo- 
lized, often producing a bubbling effervescence. 
During the fermentation of sugar, this compound is 
split into carbon dioxide and an alcohol. 


Grafting—This is a method by which woody plants 
can be propagated. A shoot, known as a scion, is 
taken from one plant, and then inserted into a root- 
stock of another plant and kept wrapped until a 
callus develops. The genetically based, desirable 


the muscadine grape (Vitus rotundifolia), the fox grape 
(V. labrusca), the summer grape (V. aestivalis), the 
forest grape (V. vulpina), and the river bank grape 
(V. riparia). Most of these are species of moist sites, 
often growing luxuriantly along forest edges and in 
riparian habitats. 


Wild grapes provide a nutritious and seasonally 
important food for many species of birds and mam- 
mals. They also contribute to the pleasing aesthetic of 
some habitats, for example, when they luxuriously 
drape the edges of forests beside rivers and lakes. 


Agricultural grapes 


By far the most common species of cultivated 
grape is the wine grape (Vitis vinifera), probably native 
to southwest Asia, possibly in the vicinity of the Black 
Sea. This species may have been cultivated for as long 
as 7,000 years. The wine grape now occurs in hundreds 
of cultivated varieties and is planted in temperate 
climates in all parts of the world. The fruits of this 
species can be blue, yellow, or green in color, and they 
contain one to four seeds. Ripe wine grapes typically 
contain 70% of their weight as juice and 20-24% as 
sugar. This species is widely grown in warm temperate 
regions of Europe, especially in France and Italy, and 
to a lesser degree in Germany, Spain, and elsewhere. 
Other notable centers for the cultivation of wine 
grapes are California, Chile, Australia, Portugal, 
Russia, Algeria, and South Africa. 


Two North American grape species are also culti- 
vated for the production of wine. These are the fox 
grape (V. labrusca) and, less commonly, the summer 
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attributes of the scion are preserved, and large num- 
bers of plants with these characteristics can be 
quickly and easily propagated by grafting. 
Raisin—A grape that has been preserved by drying. 
Riparian—A moist habitat that occurs in the vicinity 
of streams, rivers, ponds, and lakes. 

Sultana—A raisin produced by drying a seedless 
grape. 

Tendril—A spirally winding, clinging organ that is 
used by climbing plants to attach to their supporting 
substrate. 

Vine—A plant, usually woody, that is long and slen- 
der and creeps along the ground or climbs upon 
other plants. 


grape (V. aestivalis). The skin of the fruits of the fox 
grape separate quite easily from the interior pulp, 
which makes it easy to distinguish agricultural vari- 
eties of this species from the wine grape. 


Grapes are often eaten fresh as a tasty and nutri- 
tious table fruit. They can also be crushed to manu- 
facture a highly flavorful juice, or preserved by drying, 
usually in the sun. Most dried grapes are called raisins, 
but dried seedless grapes are also known as sultanas. 


Wine is an alcoholic beverage that is produced by 
a careful fermentation of grape juice. The fermenta- 
tion is carried out by the wine yeast (Saccharomyces 
ellipsoides), a microscopic fungus that occurs naturally 
on the surface of grapes. However, specially prepared 
strains of the wine yeast are generally used by com- 
mercial vintners to help ensure a constant, predictable 
fermentation and final product. 


Wine yeast ferments the sugar content of the juice 
of pressed grapes into carbon dioxide and ethanol, a 
type of alcohol. The alcohol yield is about 1% for 
every 2% of sugar in the juice, but the final alcohol 
concentration cannot exceed 12%, because this is the 
upper limit of tolerance of yeast to alcohol in its 
growth medium. (Actually, there are wines with an 
alcohol concentration greater than 12%, but these are 
prepared by adding pure ethanol, a process known as 
fortifying.) The initial grape juice is prepared by press- 
ing ripe grapes. Originally, this was done by barefoot 
people stomping about in large wooden tubs. Today, 
however, the grapes are usually pressed using large 
machines. Red wines are obtained when the skins of 
blue grapes are left in with the fermenting juice. White 
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wines are obtained when the skins are removed prior 
to the fermentation, even if the juice was pressed from 
red grapes. 


The quality of the resulting wine is influenced by 
many factors. The variety, sugar content, and other 
aspects of the grapes are all important, as is the strain 
of wine yeast used. Soil conditions and climate of the 
growing region are also highly influential. The incu- 
bation temperature during the fermentation is impor- 
tant as is the sort of container that is used during this 
process. In addition, once the fermentation is stopped, 
the period of time during which the wine is stored can 
be important. However, a storage that is too long can 
be detrimental because the alcohol in the wine may be 
spoiled by a further metabolism of the ethanol into 
acetic acid, or vinegar. 


Grapes in horticulture 


Some grape species are occasionally used in horti- 
culture. The desired utilization is generally as a wall 
covering and sometimes for the visual aesthetics of the 
foliage in the autumn. Species commonly grown for 
these horticultural purposes are Vitis vinifera and V. 
coignetiae. The Virginia creeper (Parthenocissus quin- 
quefolia) is a closely related native species that is also 
often used for these purposes as is the introduced 
Boston ivy (P. tricuspidata). 


See also Graft. 
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[ Graphs and graphing 


In mathematics, computer science, chemistry, and 
other sciences, a graph is a geometric representation, a 
picture, of a relation or function. In other words, it isa 
set of objects called points or vertices that are con- 
nected by lines or edges so as to visibly show an overall 
pattern or trend of information. 


A relation is a subset of the set of all ordered pairs 
(x,y) for which each x is a member of some set X and 
each y is a member of another set Y. A specific rela- 
tionship between each x and y determines which 
ordered pairs are in the subset. A function is a similar 
set of ordered pairs, with the added restriction that no 
two ordered pairs have the same first member. 
A graph, then, is a pictorial representation of the 
ordered pairs that comprise a relation or function. At 
the same time, it is a pictorial representation of the 
relationship between the first and second elements of 
each of the ordered pairs. 


Representing ordered pairs 


In 1637, René Descartes (1594-1650), the French 
mathematician and philosopher, published a book 
entitled Géomeétrie, in which he applied algebraic 
methods to the study of geometry. In the book, 
Descartes described a system (now called the rectan- 
gular coordinate system or the Cartesian coordinate 
system) for using points in a plane to represent ordered 
pairs. Given any two sets X and Y, the Cartesian 
product (written X x Y) of these two sets is the set of 
all possible ordered pairs (x,y) formed by choosing an 
element x from the set X and pairing it with an element 
y from the set Y. A relation between two sets X and Y, 
is a subset of their Cartesian product. To graph a 
relation, it is first necessary to represent the 
Cartesian product geometrically. Then, the graph of 
a particular relation is produced by highlighting that 
part of the representation corresponding to the points 
contained in the relation. 


Geometrically, the Cartesian product of two sets 
is represented by two perpendicular lines, one hori- 
zontal, one vertical, called axes. The point where the 
axes intersect is called the origin. Members of the set X 
are represented in this picture by associating each 
member of X with points on the horizontal axis (called 
the x-axis). Members of the set Y are represented by 
associating each member of Y with points on the 
vertical axis (called the y-axis). It is interesting to 
note that this picture is easily extended to three dimen- 
sions by considering the Cartesian product of the sets 
(X x Y) and Z. Z is then represented by a third axis 
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Graphs and graphing 


perpendicular to the plane that represents the ordered 
pairs in the set (X x Y). Having established a picture 
of the set of all possible ordered pairs, the next step in 
producing a graph is to represent the subset of ordered 
pairs that are contained in a given relation. This can be 
done in a number of ways. The most common are the 
bar graph, the scatter graph and the line graph. 


Bar graphs 


A bar graph is used to picture the relationship 
between a relatively small number of objects, such as 
information listed in tabular form. Tables often repre- 
sent mathematical relations, in that they consist of 
ordered pairs (listed in rows) for which the first and 
second elements of each pair (listed in separate col- 
umns) are related in a specific way. For example, a 
department store receipt is a relation defined by a 
table. It lists each item purchased together with its 
retail price. The first element of each ordered pair is 
the item, and the second element is that item’s pur- 
chase price. This type of relation lends itself well to the 
bar graph, because it contains information that is not 
strictly numeric, and because there are relatively few 
ordered pairs. In this example the prices are repre- 
sented by points on the vertical axis, while the items 
purchased are represented by short line segments cen- 
tered about the first few positive integers on the hor- 
izontal axis. To create the graph, the price of each item 
is located on the vertical axis, and a bar of that height 
is filled in directly above the location of the corre- 
sponding item on the horizontal axis. The advantage 
of the bar graph is that it allows immediate compar- 
ison of the relative purchase prices, including identi- 
fication of the most expensive and least expensive 
items. It also provides a visual means of estimating 
the average cost of an item, and the total amount of 
money spent. 


Scatter graphs 


The scatter graph is similar to the bar graph in 
that it is used to represent relations containing a small 
number of ordered pairs. However, it differs from the 
bar graph in that both axes can be used to represent 
sets of real numbers. Since it is not feasible to repre- 
sent pairs of real numbers with bars that have some 
width, ordered pairs of the relation are plotted by 
marking the corresponding point with a small sym- 
bol, such as a circle, or square. Since the scatter graph 
represents relations between sets of real numbers, it 
may also include negative as well as positive numbers. 
In producing a scatter graph, the location of each 
point is established by its horizontal distance from 
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the y-axis and its vertical distance from the x-axis. 
Scatter graphs are used extensively in picturing the 
results of experiments. Data is generated by control- 
ling one variable (called the independent variable) 
and measuring the response of a second variable 
(called the dependent variable). The data is recorded 
and then plotted, the independent variable being asso- 
ciated with the x-axis and the dependent variable with 
the y-axis. 


Line graphs 


Very often, a function is defined by an equation 
relating elements from the set of real numbers to other 
elements, also from the set of real numbers. When this 
is the case, the function will usually contain an infinite 
number of ordered pairs. For instance, if both X and Y 
correspond to the set of real numbers, then the equa- 
tion y = 2x + 3 defines a function, specifically the set 
of ordered pairs (x, 2x + 3). The graph of this function 
is represented in the rectangular coordinate system by 
a line. To graph this equation, locate any two points in 
the plane and, then, connect them together. As a 
check, a third point should be located, and its position 
on the line verified. Any equation whose graph is a 
straight line, can be written in the form y = mx + b, 
where m and b are constants called the slope and y- 
intercept, respectively. The slope is the ratio of vertical 
change (rise) to horizontal change (run) between any 
two points on the line. The y-intercept is the point 
where the graph crosses the y-axis. This information 
is very useful in determining the equation of a line 
from its graph. In addition to straight lines, many 
equations have graphs that are curved lines. 
Polynomials, including the conic sections, and the 
trigonometric functions (sine, cosine, tangent, and 
the inverse of each) all have graphs that are curves. It 
is useful to graph these kinds of functions in order to 
picture their behavior. In addition to graphing equa- 
tions, it is often very useful to find the equation from 
the graph. This is how mathematical models of nature 
are developed. With the aid of computers, scientists 
draw smooth lines through a few points of experimen- 
tal data, and deduce the equations that define those 
smooth lines. In this way they are able to model nat- 
ural occurrences, and use the models to predict the 
results of future occurrences. 


Practical applications 


There are many practical applications of graphs 
and graphing. In the sciences and engineering, sets of 
numbers represent physical quantities. Graphing the 
relationship between these quantities is a useful tool 
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KEY TERMS 


Cartesian product—The Cartesian product of two 
sets X and Y is the set of all possible ordered pairs 
(x, y) formed by taking the first element of the pair 
from the set X and the second element of the pair 
from the set Y. 


Function—A function is a relation for which no two 
ordered pairs have the same first element. 


Ordered pair—A pair of elements (x,y) such that 
the pair (y,x) is not the same as (x,y) unless x = y. 


Relation—A relation between two sets X and Y is a 
subset of all possible ordered pairs (x,y) for which 
there exists a specific relationship between each 
x and y. 


Variable—A variable is a quantity that is allowed to 
have a changing value, or that represents an 
unknown quantity. 


for understanding nature. One specific example is the 
graphing of current versus voltage, used by electrical 
engineers, to picture the behavior of various circuit 
components. The rectangular coordinate system can 
be used to represent all possible combinations of cur- 
rent and voltage. Nature, however, severely limits the 
allowed combinations, depending on the particular 
electrical device through which current is flowing. By 
plotting the allowed combinations of current and volt- 
age for various devices, engineers are able to picture 
the different behaviors of these devices. They use this 
information to design circuits with combinations of 
devices that will behave as predicted. 


See also Variance. 
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| Grasses 


Grasses are monocotyledonous plants in the fam- 
ily Poaceae (also known as Gramineae). There are as 
many as 10,000 species of grasses distributed among 
more than 600 genera. The richest genera of grasses 
are the panic grasses (Panicum spp.) with 400 species, 
the blue grasses (Poa spp.) and love grasses (Eragrostis 
spp.) with 300 species each, and the needle grasses 
(Stipa spp.) with 200 species. 


Species of grasses occur worldwide in virtually 
any habitat capable of supporting vascular plants. 
Grasses are the dominant species in some types of 
natural vegetation such as prairies and steppes, and 
they are an important source of forage for many spe- 
cies of herbivorous animals. Some species are grown as 
agricultural crops, and these are among the most 
important foods for humans and domestic livestock. 
The most important of the agricultural grasses are 
maize, wheat, rice, sorghum, barley, and sugar cane. 


Biology of grasses 


Most grasses are annual plants or are herbaceous 
perennials that die back to the ground surface at the 
end of the growing season and then regenerate the next 
season by shoots developing from underground rhi- 
zome or root systems. A few species, such as the bam- 
boos, develop as shrub- and tree-sized, woody plants. 


The shoots of grasses typically have swollen nodes, 
or bases, and they are often hollow between the nodes. 
The leaves are usually long and narrow and have par- 
allel veins. A specialized tissue called a ligule is usually 
present at the location where a leaf sheaths to the stem. 
The flowers of grasses are typically small, monoecious 
or dioecious, and are called florets. The florets have 
various specialized tissues, and often contain a long 
bristle called an awn, which can be quite prominent in 
some species. The florets are generally arranged into an 
inflorescence, or cluster, which can be quite large in 
some species. Pollination of grasses occurs when grass 
pollen is shed to the wind and carried opportunistically 
to other grasses. The fruits of grasses are known as a 
caryopsis or grain, are one-seeded, and can contain a 
large concentration of starch. 


Native grasses of North America 


Hundreds of grass species are native to North 
America. Native grasses are present in virtually all 
habitats, and they are among the most dominant 
plants in prairies, some types of marshes, and similar 
herbaceous types of vegetation. In addition, many 
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Grasses 


Grasses grow in virtually any habitat that is capable of supporting plant life. (Robert J. Huffman. Field Mark Publications.) 


species of grasses have been introduced by humans 
from elsewhere, especially from western Eurasia. 


Although many rich varieties of form and function 
are represented by the native grasses of North America, 
only a few of the most prominent species of selected, 
grass-dominated habitats will be briefly mentioned. 


The temperate prairies of North America are 
dominated by herbaceous perennial plants, many of 
which are species of grasses. In the tall-grass prairies, 
some of the grasses can grow as high as 6.5 ft (2 m). 
Examples of these tall species include the big blue-stem 
(Andropogon gerardi), Indian grass (Sorghastrum 
nutans), dropseed (Sporobolus asper), needle grass 
(Stipa spartea), panic grass (Panicum virgatum), wild 
rye (Elymus virginicus), and others. Somewhat drier 
sites support mixed-grass prairies containing shorter 
species, for example, little blue-stem (Andropogon sco- 
parius), grama grass (Bouteloua gracilis), wheat grass 
(Agropyron smithii), and needlegrass (Stipa viridula). 
The driest habitats support semiarid short grass prai- 
ries with species such as grama grasses (Bouteloua 
dactyloides and B. gracilis), dropseed (Sporobolus 
cryptandrus), muhly grass (Muhlenbergia torreyana), 
and Junegrass (Koerlia comata). 
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Some species of grasses can be abundant in 
marshes, including the reed (Phragmites communis) 
which can reach a height greater than 13 ft (4 m) and 
is North America’s tallest grass. The reed is a very 
widespread species, occurring in marshes on all con- 
tinents. Some seaside habitats can also develop 
perennial grasslands. Sandy habitats are typically 
dominated by species of grasses such as the beach 
grass  (Ammophila  breviligulata), sand reed 
(Calamovilfa longifolia), and beach rye (Elymus mol- 
lis). Salt marshes are brackish estuarine habitats typi- 
cally dominated by cord grasses such as Spartina 
alterniflora and S. patens, two species which segregate 
within the same salt marshes on the basis of salinity 
and moisture gradients. 


Although it was actually introduced to North 
America from Europe, Kentucky bluegrass (Poa pra- 
tensis) is now one of the most common species in 
lawns, and it also occurs widely in distributed habitats. 


In terms of the economic and nutritional values of 
foods provided for humans and domestic livestock, no 
other plant family is as important as the grasses. All 
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important cereals and grains are members of the grass 
family, and some of these have been cultivated for 
thousands of years. There are useful cereal species 
available for all of the climatic zones in which humans 
commonly live, and this has been one of the most 
important reasons why our species has been able to 
develop such large and prosperous populations during 
the past several thousand years. 


Wheats 


The bread wheat (Triticum aestivum or T. vulgare) 
is a very important grain species. The origins of mod- 
ern bread wheat are somewhat uncertain, because this 
species occurs in many hybrid varieties which have 
been selectively bred over time by complex, unre- 
corded hybridizations of various species of Triticum. 
Some botanists believe that the major progenitor spe- 
cles was an ancient cultivated wheat known as emmer 
(T. dicoccum), which was grown in the Middle East at 
least 5,000 years ago. Other ancient wheats which have 
also contributed to the genetic make-up of the modern 
bread wheat include einkorn (7. monococcum) from 
southwestern Asia and spelt (7. spelta) and durum 
(T. durum) from the Mediterranean region. 


Numerous varieties of wheat have been bred for 
various purposes and climatic regimes. Flowering 
wheat heads can have long awns (bristles) as in the 
so-called “bearded” wheats, or they can be awnless. 
Wheat can be sown in the spring or the autumn. The 
latter, known as winter wheat, generally has larger 
yields than spring wheat because it has a longer grow- 
ing season. “Soft” wheats are used mostly for baking 
breads and pastries, while the “hard” or durum wheats 
are used to prepare pastas and other types of noodles. 


Wheat is rarely grown in subtropical or tropical 
climates because it is too susceptible to fungal diseases 
under warm and humid conditions. The best climatic 
regime for growing wheat involves a temperate climate 
with soil moisture available during the spring and 
summer while the plants are growing, and drier con- 
ditions later on while the seeds are ripening and when 
the crop is being harvested. 


Certain temperate zone landscapes that used to 
support natural prairies and steppes are now the best 
regions for wheat cultivation. These include the 
mixed- and short-grass prairies of North America 
and similar zones in the pampas of South America, 
the steppes of western Russia and Ukraine, as well as 
parts of central China and Australia. Winter wheat 
tends to be favored in places where the environmental 
regime is more moderate, while spring wheats are 
sown under more extreme climatic conditions. 
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Wheat grains are manufactured into various edi- 
ble products. Most important is flour—finely milled 
wheat,—which is mostly used to bake breads, sweet- 
ened cakes, and pastries, and also for manufacturing 
into pastas and noodles. Wheat is also used to manu- 
facture breakfast cereals, such as puffed wheat, 
shredded wheat, and fiber-rich bran flakes. Wheat 
grains are fermented in a mash to produce beer and 
other alcoholic beverages and also industrial alcohol. 
Wheat straw and hay are sometimes used as fodder for 
animals or as stuffing, although the latter use is now 
uncommon because so many synthetic materials are 
available for this purpose. 


Maize or corn 


Maize, corn, or mealies (Zea mays) is derived 
from grasses native to Central America, probably 
from Mexico. Maize has a very distinctive, flowering 
structure, with a tassel of male flowers perched above 
the larger clusters of female flowers. Each of the sev- 
eral female flower clusters is an elongated, headlike 
structure known as a cob or ear, enclosed within 
sheathing leaves or bracts, known as husks. Each ear 
contains as many as several hundred female flowers, 
each of which may produce a seed known as a kernel. 
During the time that they are ripe for pollination, and 
the stigmas of the female flowers are borne outside of 
the sheathing leaves of the cob on very long styles 
known as corn silk. 


As with wheat, maize exists in a wide range of 
cultivated varieties bred for particular uses and cli- 
mates. The maize plant has been so highly modified 
by selective breeding for agriculture that it is now 
incapable of reproducing itself without human aid. 
The plant’s ripe grains are no longer able to detach 
from their husk or cob (this is known as shattering). 
Moreover, the ripe kernels are tightly enclosed within 
their sheathing husks so that they are trapped by those 
leaves when they germinate. Modern maize can only 
be propagated if humans remove the leaves and grains 
from the cob and sow the ripe seeds. 


Some of the presumed wild ancestors of maize still 
occur in natural habitats in Mexico. One of these is 
teosinte (Zea mexicana), a wild grass that does not 
form a cob encased in husks. Another possible pro- 
genitor is a grass called Tripsacum mexicanum that 
does not look much like corn but will readily hybridize 
with it. These wild relatives are of enormous impor- 
tance because they contain genetic variation that no 
longer is present in the highly inbred strains that exist 
today, particularly the varieties that are used widely in 
modern industrialized agriculture. As such, some of 
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the genetic information in the remaining wild species 
that participated in the cultural evolution of the mod- 
ern maize plant may prove to be incredibly important 
in the future breeding of disease resistance, climatic 
tolerance, and other useful attributes of this critical 
food plant for humans. 


Maize grows well in a hot and moist climates, and 
it can be cultivated in both tropical and temperate 
zones. Maize is used in many forms for consumption 
by humans. During the harvest season, much sweet 
corn is eaten after boiling or steaming. Maize is also 
eaten as a cooked porridge made of ground meal (in 
the southeastern United States, this is known as grits). 
Other foods include canned or frozen cooked kernels, 
cornflakes, tortillas, corn chips, and popcorn. The 
small unripe cobs can also be steamed or boiled and 
eaten whole as a nutritious vegetable. Corn seeds can 
also be pressed to manufacture an edible oil. 


Much of the North American maize crop is fed to 
livestock. Its nutritional value is greatly enhanced if 
the plants are chopped up and fermented before being 
used for this purpose. This type of preparation, which 
can also be prepared from other grasses and from 
mixed-species hay, is known as silage. 


In some regions such as the midwestern United 
States, much maize production goes into ethanol for 
use as a fuel in automobiles, usually blended with 
liquid petroleum hydrocarbons. Other products 
made from maize include cornstarch, corn syrup, and 
alcoholic beverages, such as some types of whiskey. 


Rice 


Rice (Oryza sativa) is probably a native of south 
Asia, and it has been cultivated on that continent for 
more than 5,000 years. Its natural habitat is tropical 
marshes, but it is now cultivated in a wide range of 
subtropical and tropical habitats. 


If rice is being cultivated under flooded condi- 
tions, its seeds are germinated, grown until they are 
about 6-12 in (15-30 cm) tall, and then planted in the 
sediment in shallow water. In Asia, this cultivation 
system is known as paddy. A variant of this system is 
also used in the southern United States where fields 
are flooded to plant and grow the crop and then 
drained for optimal ripening and harvest. Rice can 
also be cultivated under drier conditions, called 
“upland” rice, although the soil must be kept moist 
because the species is intolerant of drought. On moist, 
fertile sites in some parts of tropical Asia, two to four 
rice crops can be harvested each year, although this 
eventually could deplete the soil of its nutrient capital. 
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Rice is mostly eaten steamed or boiled, but it can 
also be dried and ground into a flour. Like most 
grains, it can be used to make beer and liquors. Rice 
straw is used to make paper and can also be woven 
into mats, hats, and other products. 


Other important agricultural grasses 


Barley (Hordeum vulgare) is a relatively ancient 
crop species, having been grown in northeastern 
Africa and the Middle East for as long as 6,000 
years. The environmental conditions favorable to bar- 
ley’s growth are similar to those for wheat, although 
barley can be cultivated in somewhat cooler condi- 
tions and therefore farther to the north in Eurasia. 
Most barley is used as feed for domestic animals, but 
it is also used as a malt in brewing ale and other 
alcoholic beverages. 


Rye (Secale cereale) is an agricultural grass that 
originated in Asia. This species is mostly cultivated in 
northern temperate regions of central Asia and 
Europe. The flour is used to make rye breads and 
crisp breads, and it is sometimes used in a mash to 
prepare rye whiskey. 


Oats (Avena sativa) probably originated in west- 
ern Asia, and they have been cultivated for more than 
2,000 years. Unlike most temperate, agricultural 
grasses, oats are relatively tolerant of late-summer 
and autumn rains. Oats are mostly used as fodder for 
cattle and horses, but they are also used to prepare 
breakfast cereals, such as rolled oats and oatmeal 
porridge. The Turkish oat (A. orientalis) and short 
oat (A. brevis) are relatively minor cultivated species. 


Sorghum (Sorghum bicolor) is a small-grained cul- 
tivated species. Sorghum has been grown in Africa for 
at least 4,000 years and it is still probably the most 
important crop for the making of bread flour on that 
continent. Sorghum is also widely used in Africa to 
prepare a mash for the brewing of beer. Some vari- 
eties, known as broomcorns, are used to manufacture 
brushes, while others are used as forage crops. 


Various other small-grain grasses are commonly 
known as millet. The most important species is the 
proso millet (Panicum miliaceum), which originated in 
tropical Africa or Asia, and has been cultivated for 
more than 5,000 years. This species is relatively tolerant 
of drought, and it is most commonly cultivated in drier 
climates in Africa and Asia. Proso millet is commonly 
eaten as a cooked porridge, and it is also an important 
ingredient in commercial birdseeds. More minor spe- 
cies include pearl millet (Pennisetum glaucum), foxtail 
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(Setaria italica), Japanese (Echinochloa frumentacea), 
shama (E. colona), barnyard (E. crus-galli), and ragi 
millets (Eleusine coracana). 


Wild rice (Zizania aquatica) is a North American 
grass that grows naturally in shallow waters of temper- 
ate lakes and ponds, and has long been collected from 
the wild, usually by beating the ripe grains off their 
heads into a canoe, using a paddle. During the past 
several decades, however, this species has also been 
cultivated on farms in the southwestern United States. 
This grain is relatively expensive, and is mostly used as 
an epicurean food and served with fine meals often 
mixed with Oryza rice. 


Sugarcane 


Sugarcane (Saccharum officinarum) is a very tall 
tropical grass that can grow as high as 23 ft (7 m) high, 
most likely derived from wild plants that grew in 
marshes in India. The stems or canes of this species 
can be as thick as 2 in (5 cm), and they have a sweet 
pith that typically contains 20% of a sugar known as 
sucrose. Sugar concentration varies greatly during the 
life cycle but is greatest when the cane is flowering, so 
this is when the harvest typically occurs. Sugarcane is 
propagated by planting sections of stems with at least 
one node, known as cuttings. 


Sugarcane is grown widely in the subtropics and 
tropics; for example, in southern Florida, Cuba, and 
Brazil. Most of the harvest is refined into sucrose, or 
table sugar. Increasingly, however, sugarcane is used 
to manufacture ethanol as a fuel for vehicles. 


Pasture grasses 


Pasture grasses are species cultivated as nutritious 
fodder for agricultural animals such as cattle, sheep, 
horses, and goats. These grasses are often grown in 
combination with fodder legumes to provide better 
nutrition. Pasture foods can be eaten directly by the 
grazing animals, or may be harvested, baled, dried, 
and used later as hay. In recent decades, there has 
been a great increase in the use of hay silage, in 
which harvested pasture materials are stored under 
moist, oxygen-poor conditions for some time while 
microorganisms ferment some of the materials and 
develop a more nutritious product for the livestock. 


Some pasture grasses that are commonly grown in 
North America include cocksfoot (Dactylis glomer- 
ata), timothy (Phleum pratense), meadow foxtail 
(Alopecurus pratensis), and rye grasses (Lolium per- 
enne and L. multiflorum). 
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Other economic products obtained 
from grasses 


The bamboos (Bambusa spp.) are fast-growing 
woody grass species. The largest bamboos can grow 
taller than 131 ft (40 m) and can have a diameter of 12 
in (30 cm). The most important genera of the larger 
bamboos are Arundinaria, Bambusa, Dendrocalamus, 
Gigantochloa, and Phyllostachys. These tree-sized 
grasses occur in forests and in cultivation in subtrop- 
ical and tropical parts of the world. Bamboo stalks are 
woody and strong and are widely used as a building 
and scaffolding material, especially in Asia. Bamboo 
canes are also split and used for thatch and for many 
other purposes. The young shoots can be steamed or 
boiled and eaten as a vegetable. 


Some tropical grass species have essential oils in 
their tissues, and these can be extracted and used in the 
manufacturing of perfumes. Oil of citronella is distilled 
from the foliage of citronella grass (Cymbopogon nar- 
dus) and is used as a scent and as an insect repellent. 
The lemongrass (C. citratus) and gingergrass (C. mar- 
tinii) also yield aromatic oils that are used as scents and 
in medicine. 


Sweet grass (Hierochloe odorata) is an aromatic 
grass that grows in temperate regions of North 
America. This grass has long been used by Native 
Americans for basket weaving, and it is also smoked 
in culturally significant “sweetgrass” ceremonies. 


The Job’s tears (Coix lachryma-jobi) of southeast 
Asia produces large white, lustrous seeds that can be 
eaten but are mostly used to make attractive neckla- 
ces, rosaries, and other decorations, often dyed in 
various attractive colors. 


Grasses in horticulture 


Some grass species are grown in horticulture as 
attractive foliage plants. Some varieties have been 
developed with variegated leaves, that is, with foliage 
that is mottled with green or white areas. Examples 
include reed canary grass (Phalaris arundinacea) and 
bent grass (Agrostis stolonifera). Various bamboo spe- 
cies, both large and small, are also cultivated in cli- 
mates where the winters are not severe. Pampas 
grasses (Cortaderia spp.) are tall herbaceous grasses 
cultivated for their large, whitish fruiting heads. 


Of course, grasses are also the most commonly 
cultivated plants to develop lawns around homes, 
public buildings, parks, and golf courses. Various spe- 
cies are favored as so-called turf-grasses, depending on 
the soil type, climate, amount of shading that the site 
has, and the type of use that the lawn is likely to 
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Bamboo on Avery Island, Louisiana. (ULM Visuals.) 


receive. Commonly used species include Kentucky 
bluegrass (Poa pratensis), meadowgrass (P. palustris), 
Canada bluegrass (P. compressa), bent grass (Agrostis 
tenuis), redtop (A. alba), creeping red fescue (Festuca 
rubra), tall fescue (F. arundinacea), and rye grasses 
(Lolium perenne) and (L. multiflorum). 


Some people have developed allergies to grass 
pollen, which can be abundant in the atmosphere 
when these plants are flowering. Although many 
wind-pollinated plants contribute to hay fever, grasses 
are among the most important causes during the early 
and mid-summer seasons in temperate climates. 


Some species may be deemed to be weeds for other 
reasons. Crabgrasses (Digitaria spp.), for example, are 
unwanted in lawns, and for that reason they are con- 
sidered important weeds. Other grasses interfere with 
the productivity of agricultural crops, and they may be 
weeds for that reason. Barnyard grass (Echinochloa 
crus-galli), for example, can be abundant in fields of 
cultivated rice, causing losses of economic yield in the 
form of rice grains. Another example is ylang-ylang 
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(Umperata cylindrica), a weed of various types of culti- 
vated lands in tropical Asia. This grass can be such an 
aggressive plant that it is sometimes referred to as the 
world’s worst weed. 


Other weed grasses are non-native species that 
have been introduced beyond their original range 
and have become seriously invasive in their new hab- 
itats. Sometimes these species can become dominant in 
natural communities and thereby seriously degrade 
the habitat for native plants and animals. In North 
America, for example, the reed canary grass (Phalaris 
arundinacea) and giant manna grass (Glyceria max- 
ima) have invaded some type of wetlands, causing 
serious ecological damages in terms of habitat avail- 
ability for native species. In semiarid parts of the 
Great Plains of the western United States, the downy 
bromegrass (Bromus tectorum), a Eurasian species, has 
become abundant. The highly flammable late-season 
biomass of this grass has encouraged frequent fires in 
this habitat. This too-frequent disturbance regime has 
converted the naturally shrub-dominated ecosystem 
into a degraded one dominated by bromegrass, 
which supports few of the original, native species of 
plants and animals. 
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KEY TERMS 


Awn—A sometimes long, bristle-like structure that 
extends from the tip of a leaf or floral part. 
Caryopsis—A dry, one-seeded fruit in which the 
seed is tightly connected to its sheathing pericarp, a 
tissue derived from the ovary wall. (Also known as a 
grain.) 

Essential oil—These are various types of volatile 
organic oils that occur in plants and can be extracted 
for use in perfumery and flavoring. 


Inflorescence—A grouping or arrangement of florets 
or flowers into a composite structure. 


Ligule—in grasses, this is a small hair- or scale-like 
tissue that develops where the leaf blade, leaf sheath, 
and stem all meet. 

Malt—This is a preparation in which grain is 
soaked in water and allowed to germinate, and 
then fermentation by yeast is encouraged by 


Clearly, the grass family contains species that are 
extraordinarily important to the welfare of humans 
and other creatures. Some grasses are consequential 
because they are such important food sources. Others 
are important because they can take advantage of 
ecological opportunities provided for them by 
human activities and disturbances. Especially impor- 
tant in this respect has been the dispersal of some 
species of grasses far beyond their native ranges. In 
their new colonized habitats the productivity and 
fecundity of these invasive grasses are not limited by 
the natural constraints that they experience in their 
original range such as diseases and herbivory. This is 
how these plants become invasive weeds. 


See also Prairie. 
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removing the supply of oxygen. Malts are used in 
the preparation of ales, and they may be distilled to 
prepare a malt liquor or to manufacture pure grain 
alcohol, or ethanol. 


Pith—A diffuse, spongy tissue that occurs inside of 
the stems of most herbaceous plants and is mostly 
used for storage of energy-rich nutrients such as 
carbohydrates. 


Rhizome—This is a modified stem that grows hori- 
zontally in the soil and from which roots and 
upward-growing shoots develop at the stem nodes. 


Tassel—A terminal spike-like inflorescence of male 
flowers, usually with one or more inflorescences 
of female flowers located beneath. The flowering 
structures of maize plants have this arrangement. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 
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l Grasshoppers 


Grasshoppers are plant-eating insects character- 
ized by long hind legs designed for locomotion by 
jumping. Like all insects, the body of grasshoppers is 
divided into three main parts: head, thorax, and abdo- 
men. On the head are two antennae for feeling and 
detecting scent, and two compound eyes comprised of 
many optical units called facets, each of which is like a 
miniature eye. The chewing mouthparts comprise 
two sets of jaws that move from side to side. The 
sides of the mouth have two palps, tiny appendages 
for feeling and detecting chemicals, which aid in food 
selection. There are three pair of legs and two pairs of 
wings attached to the thorax, although some species 
are wingless. At the tip of the abdomen are two appen- 
dages called cerci, and the external reproductive 
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organs. Females have an ovipositor at the end of 
the abdomen through which the eggs are laid. 
Grasshoppers develop by incomplete metamorphosis, 
passing from egg, to a small wingless larval stage 
through several molts, to the mature adult. 


Classification, distribution, and habitat 


Grasshoppers belong to the insect order Orthoptera 
and the suborder Caelifera. The family Acrididae 
includes more than 8,000 species of grasshoppers and 
locusts distributed worldwide. Grasshoppers are found 
in almost all types of habitat including the tropics, 
temperate grassland, rainforest, desert, and mountains. 
If adverse conditions prevail, some species migrate in 
huge numbers to maximize survival. Grasshoppers feed 
on grass, leafy plants, and bushes. Some species eat only 
particular food plants, but most species broaden their 
food base following depletion of their preferred food. 


Maintaining appropriate moisture content in the 
body is achieved primarily through food selection. All 
species of grasshopper consume both wet and dry 
food; however, a hydrated insect will choose leaves 
with low water content, while a dehydrated one selects 
leaves higher in moisture. Captive grasshoppers will 
drink water directly when food moisture drops below 
about 50%. 


Leaping 


Leaping is so advantageous that some grasshop- 
per species have lost the ability to fly. Grasshoppers 
can repeatedly jump many times their body length 
without tiring, attaining speeds up to ten times greater 
than that of a running insect. Their muscular back legs 
allow powerful propulsion. The legs have a muscular 
femur (thigh), a long, slender tibia (shin), and a five- 
jointed foot with claws. Before jumping, the grasshop- 
per flexes its rear legs and projects itself through the air 
with an explosive kick, sometimes using its wings to 
help it glide. Grasshoppers move mainly by leaping 
and seldom fly long distances. 


Size and color 


Male grasshoppers are smaller than females, and size 
varies greatly between species—from a length of 0.4 in 
(1 cm) to more than 5.9 in (15 cm). The large Costa Rican 
grasshopper (Tropidacris cristatus) has a 9.9 in (25 cm) 
wingspan and weighs more than | oz (30 g). Colors range 
from the drab shades of the field dwellers to the brilliant 
hues of some rainforest species. In some instances, males 
and females are colored differently. 
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Body temperature 


Although grasshoppers have a body temperature 
that ranges with the environmental temperature, the 
actual body temperature is important since it can 
affect movement, digestion, food consumption, water 
retention, egg/nymph survival rate, life expectancy, 
mating, and habitat selection. The preferred temper- 
ature range is 86-112°F (30-44°C). Because grass- 
hoppers normally produce little body heat, they 
thermoregulate (maintain appropriate body temper- 
ature) by using heat gained from the environment. 
Long, thin species increase body heat by exposing 
their sides to the sun. Broad, flat grasshoppers turn 
their back perpendicular to the sun’s rays. Crouching 
allows heat absorption from a warm surface into the 
abdomen, while stilting (extending the legs) cools the 
insect by lifting it off a warm surface and permitting 
air to circulate around its body. 


Defense 


Grasshoppers are eaten by a number of vertebrate 
and arthropod predators. Defense mechanisms 
include leaping and camouflage (blending in with 
their environment). For example, the grass-dwelling 
Cylindrotettix of Brazil changes the color of its body 
from straw-colored in the dry season to green after the 
rains. Larger species such as Agriacris trilineata of 
Peru’s rainforests may use physical defense, kicking 
predators with powerful hind legs equipped with long 
spines that can draw blood. Other species use startle 
tactics. The Mexican Taeniopoda auricornis, a tiny 
black-and-white grasshopper, flashes glorious crim- 
son wings to startle and scare off predators. 


Chemical deterrents, such as the regurgitation and 
defecation of sticky, obnoxious-smelling fluids, are 
employed by many grasshopper species. A few species 
produce a stinking glandular excretion that effectively 
repels predators as large as geckos, jays, domestic cats, 
and monkeys. Certain species sequester toxic chemicals 
from their plant food, making predators who ingest 
them ill. Most toxic species of grasshoppers have con- 
spicuous vivid warning colors that predators learn to 
avoid. Some nontoxic species of grasshopper mimic the 
color of toxic species so that predators also avoid them. 


Courtship and mating 


Grasshoppers have an amazing ability to identify 
their mates. Each species has its individual song, pro- 
duced by rubbing or flicking the lower back legs on the 
forewings to create either a chirping or a clicking 
sound (known as stridulation). Females sing more 
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softly than males, facilitating differentiation between 
both sex and species. Species that make no sound rely 
on sight and scent to find a mate. Males emit phero- 
mones, external hormones to attract females, while 
other species use their excellent eyesight to enable 
identification by color. The tiny, wingless grasshopper 
Drymophilacris bimaculata of Costa Rica has a bril- 
liant green body with glimmering gold accents on its 
head, thorax, and genital areas. The male of this spe- 
cies searches out its mate by drumming its hind legs on 
its preferred food plant. The female drums back, and 
the pair identify each other by their unique coloring. 


Elaborate courtship routines are performed by 
males in some species. The American grasshopper 
Syrbula admirabilis displays 18 individual poses using 
its wings, legs, and palps. Males of other species may 
wave brilliantly colored wings when wooing the female, 
while other species forego courtship altogether. 


Mating occurs when the male lights on the 
female’s back and may last anywhere from 45 minutes 
to well over a day. In the species Extatosoma tiaratum, 
a female mates with several males. Most of the sperm 
in her genital tract from the first suitor is replaced by 
the sperm of her next mate. Males therefore mate 
many times with the same partner and with other 
females to gain the maximum opportunity to pass on 
their genes. Males of some species die shortly after 
mating. The females die after egg-laying, which may 
last until cold weather begins. 


Reproduction and development 


Female grasshoppers deposit fertilized eggs in 
batches in the ground, on the ground, or less com- 
monly, on grass or plant stems. When burying eggs, 
the female uses four hornlike appendages at the tip of 
the abdomen, then twists her body and forces her 
ovipositor into the ground. The desert species 
Locusta migratoria extends her abdomen from its nor- 
mal length of 1 in (2.5 cm) to 3.2 in (8 cm) to bury her 
eggs as deeply as possible. 


In tropical species the eggs hatch after three or 
four weeks, whereas in temperate climates eggs usually 
undergo diapause (suspended development) over the 
winter. Eventually, tiny larvae hatch and burrow to 
the surface, molting immediately to emerge as unde- 
veloped miniatures of the adult (nymphs). They may 
undergo as many as six molts before reaching maturity 
at an average age of three months. 


Grasshoppers and the environment 


Swarming grasshoppers and locusts can be 
extremely destructive to vegetation. A single swarm 
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KEY TERMS 


Cerci—A pair of “feelers” at the tip of the 
abdomen. 


Diapause—A period of delayed development. 
Ovipositor—Egg-laying organ on the tip of a 
female insect’s abdomen. 

Palps—Tiny appendages near the mouth sensitive 
to touch and chemical detection or taste. 


Pheromone—Hormonal chemical excretion used 
to attract a mate. 


Stridulation—Chirping, clicking or other audible 
sounds made by certain insects by rubbing body 
parts together. 


of African locusts (Schistocerca gregaria) can contain 
50 billion individuals, and consume as much food in 
one day as the daily food intake of all the people in 
New York, London, Paris, and Los Angeles com- 
bined. Clearly, such immense irruptions are capable 
of causing tremendous damage to agriculture. 
Insecticides and the introduction of pathogenic fungi 
deadly to the insects are methods used to try to control 
such plagues, but this is not always successful. 
Sometimes, less conventional methods prove effective. 
In Thailand, Mexico, parts of Africa, and other coun- 
tries, grasshoppers are edible delicacies, providing 
important dietary protein. During a locust plague in 
Thailand, government authorities encouraged citizens 
to catch the swarming masses. Domestic and commer- 
cial crops were saved from complete destruction and 
billions of grasshopper bodies were sold to restaurants 
and market places for seasoning, stir frying, and con- 
sumption by many a delighted connoisseur. 
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| Grasslands 


Grasslands are environments in which herbaceous 
species, especially grasses, constitute the dominant 
vegetation. Natural grasslands, commonly known as 
prairie, pampas, shrub steppe, palouse, and many 
other regional names, occur in regions where rainfall 
is sufficient for grasses and forbs but too sparse or too 
seasonal to support tree growth. Such conditions 
occur at both temperate and tropical latitudes around 
the world. In addition, thousands of years of human 
activity—for example, clearing pastures and fields or 
removing trees for materials or fuel—have extended 
and maintained large expanses of the world’s grass- 
lands beyond the natural limits dictated by climate. 


Precipitation in temperate grasslands (those lying 
between about 25° and 65° latitude) usually ranges from 
approximately 10-30 in (25-75 cm) per year. At tropical 
and subtropical latitudes, annual grassland precipita- 
tion is generally between 24-59 in (60-150 cm). Besides 
its relatively low volume, precipitation on natural grass- 
lands is usually seasonal and often unreliable. 
Grasslands in monsoon regions of Asia can receive 
90% of their annual rainfall in a few weeks; the remain- 
der of the year is dry. North American prairies receive 
most of their moisture in spring, from snow melt and 
early rains that are followed by dry and hot summer 
months. 


Grasses (family Gramineae) can make up 90% of 
grassland biomass. Long-lived root masses of perennial 
bunch grasses and sod-forming grasses can both endure 
drought and allow asexual reproduction when condi- 
tions make reproduction by seed difficult. These char- 
acteristics make grasses especially well suited to the dry 
and variable conditions typical of grasslands. However, 
a wide variety of grasslike plants (especially sedges, 
Cyperaceae) and leafy flowering forbs contribute to 
species richness in grassland flora. Small shrubs are 
also scattered in most grasslands, and fungi, mosses, 
and lichens are common in and near the soil. The height 
of grasses and forbs varies greatly, with grasses of more 
humid regions standing 7 ft (2 m) or more, while arid 
land grasses may be less than 1.6 ft (0.5 m) tall. Wetter 
grasslands may also contain scattered trees, especially in 


2000 


low spots or along stream channels. As a rule, however, 
trees do not thrive in grasslands because the soil is moist 
only at intervals and only near the surface. Deeper tree 
roots have little access to water, unless they grow deep 
enough to reach groundwater. 


Grassland animal communities are also very 
diverse. Most visible are large herbivores, from 
American bison and elk to Asian camels and horses 
to African kudus and wildebeests. Carnivores, espe- 
cially wolves, large cats, and bears, historically preyed 
on herds of the herbivores. Because these carnivores 
also threatened domestic herbivores that accompany 
people onto grasslands, they have been hunted, 
trapped, and poisoned. Now, most wolves, bears, 
and large cats have disappeared from the world’s 
grasslands. Smaller species also contribute the great 
wealth of grassland fauna. A variety of birds breed in 
and around ponds and streams. Rodents perform 
essential roles in spreading seeds and turning over 
soil. Reptiles, amphibians, insects, snails, worms, and 
many other less visible animals occupy important 
niches in grassland ecosystems. 


Grassland soils develop over centuries or millen- 
nia along with regional vegetation and in response to 
the local climate. Tropical grassland soils, like tropical 
forest soils, are highly leached by infiltration of heavy 
rainfall and have moderate to poor nutrient and 
humus contents. In temperate grasslands, however, 
generally light precipitation lets nutrients accumulate 
in thick, organic upper layers of the soil. Lacking the 
acidic leaf or pine needle litter of forests, these soils 
tend to be basic and fertile. Such conditions histori- 
cally supported the rich growth of grasses on which 
grassland herbivores fed. They can likewise support 
rich grazing and croplands for agricultural commun- 
ities. Either through crops or domestic herbivores, 
humans have long relied on grasslands and their fer- 
tile, loamy soils for the majority of their food. 


Along a moisture gradient, the margins of grass- 
lands gradually merge with moister savannas and 
woodlands or with drier, desert conditions. As grass- 
lands reach into higher latitudes or altitudes and the 
climate becomes to cold for grasses to flourish, grass- 
lands grade into tundra, which is dominated by mosses, 
sedges, willows, and other cold-tolerant plants. 


See also Savanna. 
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Lush grassland growth in autumn in the Mallee region of New South Wales, Australia. (Bil Bachman. National Audubon Society 
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I Gravitational lens 


Gravitational lenses are accidental natural 
arrangements of masses very distant from Earth and 
even more distant astronomical objects that create 
altered images of the those astronomical objects. 
Commonly, a lens is a piece of glass shaped so as to 
bend light passing through it. In the process, it alters 
the image of the light source as observed through the 
lens. A gravitational lens bends light using gravity 
rather than glass. Gravitational lensing is a useful 
tool for astronomers, allowing them to accurately 
determine the mass of distant galaxies and clusters of 
galaxies, including non-radiating (but gravitating) 
matter that cannot be observed directly. 
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Gravitational lensing is predicted by Einstein’s 
theory of general relativity, which states that a gravita- 
tional field will bend the path of a ray of light. 
(Newton’s older theory, according to which light is a 
stream of material particles, also predicted that light 
would be influenced by gravity; however, Einstein 
predicted a bending effect twice as great as Newton’s, 
and has been confirmed by observation.) This bending 
effect is generally slight. Therefore, to produce signifi- 
cant lensing (image focusing) a comparatively large 
mass, such as a black hole, galaxy, cluster of galaxies, 
or the like, is required. What is more, gravitational 
lensing requires not only a lensing mass, but also a 
light source behind the lensing mass. Quasars, for 
example, are among the most distant objects in the 
universe. If by chance a quasar is aligned with a galaxy 
(as seen from Earth), the galaxy may act as a gravita- 
tional lens and alter the image of the quasar. 


General relativity was dramatically confirmed in 
1919 when its prediction that starlight would be bent 
by passing near the sun was verified. However, grav- 
itational lensing of an entire image was not observed 
until 1979, when astronomers noticed that the two 
quasars, designated 0957+561A and 0957+561B, are 
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unusually close together in the sky. (The designation 
numbers refer to the quasars’ position in the sky, while 
the A and B distinguish the two nearby objects.) 
Investigating further, astronomers found that these 
quasars have nearly identical properties, as if they 
were a double image of the same quasar. Detailed 
photographs of the region revealed a fuzzy area near 
one of the quasar images. This fuzz, it turned out, was 
the faint image of an elliptical galaxy. This galaxy acts 
as a gravitational lens that bends the light from a single 
quasar, almost directly behind it as seen from Earth, to 
produce a double image. Since this initial discovery, 
dozens of other gravitational lenses have been discov- 
ered. Two of the most famous have been dubbed 
Einstein’s Ring and Einstein’s Cross. Einstein’s Ring 
is observed by radio telescopes to be a near perfect 
ring-image of a quasar. The Hubble Space Telescope 
reveals Einstein’s Cross as four images of a quasar, 
arranged in a cross pattern around a central image of 
the lensing galaxy. 


Objects other than single galaxies can also serve as 
gravitational lenses. Images of some clusters of gal- 
axies show bright arcs in their vicinity, the gravitation- 
ally lensed images of more distant galaxies. By 
studying these arcs, astronomers can determine the 
total mass of the lensing cluster. It turns out that 
only 10% of the total mass of the cluster of galaxies 
can be accounted for by the visible galaxies in the 
cluster; the other 90% of the mass is unseen “dark 
matter,” one of the standing mysteries of modern 
cosmology. Astronomers do not know what dark mat- 
ter is, but have observed that it constitutes 90% of the 
mass of the universe. 


One possible component of dark matter is massive 
compact halo objects (MACHOs). MACHOs are faint 
or nonradiating objects that may exist in large num- 
bers in a spherical halo surrounding each galaxy 
(including ours). An otherwise invisible MACHO 
passing in front of a star in a nearby galaxy such as 
the Andromeda galaxy will produce a small gravita- 
tional-lens effect. Because MACHOs are in rapid 
motion relative to the Earth, such a microlensing 
event would produce a transient brightening of the 
distant star rather then a drastic, semipermanent dis- 
tortion like that produced by a galactic lens. 
Numerous MACHO-type microlensing events have 
been observed, but their low rate shows that there 
are not enough MACHOs to account for the uni- 
verse’s dark matter. As of 2006, the favored theory 
was that dark matter consisted of a so-far-unknown 
fundamental particle. 


See also Gravity and gravitation. 
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fl Gravity and gravitation 


Gravity is a force of attraction that exists between 
every pair of objects in the universe. This force is 
proportional to the mass of each object in each pair, 
and inversely proportional to the square of the dis- 
tance between the two. Thus, F = Gmm/r?, where m, 
is the mass of the first object, m» is the mass of the 
second object, r is the distance between their centers, 
and G is a fixed number termed the gravitational con- 
stant. (If m, and mp are given in kilograms and r in 
meters, then G = 6.673 x 10~'N m?/kg”.) 


The history of gravity 


The Greek philosopher Aristotle (384-322 BC) 
posed, following earlier traditions, that the material 
world consisted of four elements: earth, water, air, and 
fire. For example, a rock was mostly earth with a little 
water, air, and fire, a cloud was mostly air and water 
with a little earth and fire. Each element had a natural 
or proper place in the universe to which it spontane- 
ously inclined; earth belonged at the very center, water 
in a layer covering the earth, air above the water, and 
fire above the air. Each element had a natural ten- 
dency to return to its proper place, so that, for exam- 
ple, rocks fell toward the center and fire rose above the 
air. This was one of the earliest explanations of grav- 
ity: that it was the natural tendency for the heavier 
elements, earth and water, to return to their proper 
positions near the center of the universe. 


Aristotle’s theory was for centuries taken as 
implying that objects with different weights should 
fall at different speeds; that is, a heavier object should 
fall faster because it contains more of the center- 
trending elements, earth and water. However, this is 
not correct. Objects with different weights fall, in fact, 
at the same rate. (This statement still only an approx- 
imation, however, for it assumes that the Earth is 
perfectly stationary, which it is not. When an object 
is dropped the Earth accelerates “upward” under the 
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The antenna (cylindrical bar, bottom center) of the 
gravitational wave detector Auriga under construction at 
Legnaro, Italy. Auriga is one of the first ultracryogenic 
antennas in the world. Gravitational waves will be detected by 
the 10 ft (3 m) long bar which will be suspended in the shell 
seen in the background on the left. The shell will shield it from 
external vibrations. The bar will also be cooled to a 
temperature of -459.2°F (-272.9°C [0.1K]) to minimize its own 
atomic vibrations. Auriga will be detecting gravitational 
waves from supernova explosions within the galaxies of the 
Local Group. (Tommaso Guicciardini. Photo Researchers, Inc.) 


influence of their mutual gravitation, just as the object 
“falls,” and they meet somewhere in the middle. For a 
heavier object, this meeting does take place slightly 
sooner than for a light object, and thus, heavier objects 
actually do fall slightly faster than light ones. In prac- 
tice, however, the Earth’s movement is not measurable 
for “dropped” objects of less than planetary size, and 
so it is accurate to state that all small objects fall at the 
same rate, regardless of their mass.) 


Aristotle’s model of the universe also included the 
moon, sun, the visible planets, and the fixed stars. 
Aristotle assumed that these were outside the layer of 
fire and were made of a fifth element, the ether or 
quintessence (the term is derived from the Latin 
expression quinta essentia, or fifth essence, used by 
Aristotle’s medieval translators). The celestial bodies 
circled Earth attached to nested ethereal spheres cen- 
tered on Earth. No forces were required to maintain 
these motions, since everything was considered perfect 
and unchanging, having been set in motion by a Prime 
Mover—God. 


Aristotle’s ideas were accepted in Europe and the 
Near East for centuries, until the Polish astronomer 
Nicolaus Copernicus (1473-1543) developed a heliocen- 
tric (sun-centered) model to replace the geocentric 
(Earth-centered) one that had been the dominant cos- 
mological concept ever since Aristotle’s time. (Non- 


GALE ENCYCLOPEDIA OF SCIENCE 4 


European astronomers unfamiliar with Aristotle, such 
as the Chinese and Aztecs, had developed geocentric 
models of their own; no heliocentric model existed 
prior to Copernicus.) Copernicus’s model placed the 
sun in the center of the universe, with all of the planets 
orbiting the sun in perfect circles. This development was 
such a dramatic change from the previous model that it is 
now called the Copernican Revolution. It was an ingen- 
ious intellectual construct, but it still did not explain why 
the planets circled the sun, in the sense of what caused 
them to do so. 


While many scientists were trying to explain these 
celestial motions, others were trying to understand 
terrestrial mechanics. It seemed to be a commonsense 
fact that heavier objects fall faster than light ones: 
drop a feather and a rock and see which hits the 
ground first. The fault in this experiment is that air 
resistance affects the rate at which objects fall. What 
about another experiment, one in which air resistance 
plays a smaller role: observing the difference between 
dropping a large rock and a small rock? This is an easy 
experiment to perform, and the results have profound 
implications. As early as the sixth century AD, 
Johannes Philiponos (c. 490-566) claimed that the 
difference in landing times was small for objects of 
different weight but similar shape. Galileo’s friend, 
Italian physicist Giambattista Benedetti (1530-1590), 
in 1553, and Dutch physicist Simon Stevin (1548- 
1620), in 1586, also considered the falling-rock prob- 
lem and concluded that rate of fall was independent of 
weight. However, the individual most closely associ- 
ated with the falling-body problem is Italian physicist 
Galileo Galilei (1564-1642), who systematically 
observed the motions of falling bodies. (It is unlikely 
that he actually dropped weights off the Leaning 
Tower of Pisa, but he did write that such an experi- 
ment might be performed.) 


Because objects speed up (accelerate) quickly 
while falling, and Galileo was restricted to naked-eye 
observation by the technology of his day, he studied 
the slower motions of pendulums and of bodies rolling 
and sliding down incline. From his results, Galileo 
formulated his law of falling bodies. This states that, 
disregarding air resistance, bodies in free fall speed up 
with a constant acceleration (rate of change of veloc- 
ity) that is independent of their weight or composition. 
The acceleration due to gravity near Earth’s surface is 
given the symbol g and has a value of about 32 ft per 
second per second (9.8 m/s”) This means that 1 second 
after a release a falling object is moving at about 10 m/ 
s; after 2 seconds, 20 m/s; after 10 seconds, 100 m/s. 
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That is, after falling for 10 seconds, it is dropping fast 
enough to cross the length of a football field in less 
than one second. Writing v for the velocity of the fall- 
ing body and ¢ for the time since commencement of 
free fall, we have v = gt. 


Galileo also determined a formula to describe the 
distance d that a body falls in a given time: d= “gr 


That is, if one drops an object, after 1 second it has 
fallen approximately 5 m; after 2 seconds, 20 m; and 
after 10 seconds, 500 meters. 


Galileo did an excellent job of describing the effect 
of gravity on objects on Earth, but it wasn’t until 
English physicist Isaac Newton (1642-1727) studied 
the problem that it was understood just how universal 
gravity is. An old story says that Newton suddenly 
understood gravity when an apple fell out of a tree and 
hit him on the head; this story may not be exactly true, 
but Newton did say that a falling apple helped him 
develop his theory of gravity. 


Newtonian gravity 


Newton’s universal law of gravitation states that 
all objects in the universe attract all other objects. 
Thus the sun attracts Earth, Earth attracts the sun, 
Earth attracts a book, a book attracts Earth, the book 
attracts the desk, and so on. The gravitational pull 
between small objects, such as molecules and books, 
is generally negligible; the gravitational pull exerted by 
larger objects, such as stars and planets, organizes the 
universe. It is gravity that keeps us on the Earth, the 
moon in orbit around the Earth, and the Earth in orbit 
around the sun. 


Newton’s law of gravitation also states that the 
strength of the force of attraction depends on the 
masses of the two objects. The mass of an object is a 
measure of how much material it has, but it is not the 
same as its weight, which is a measure of how much 
force a given mass experiences in a given gravitational 
field; a given rock, say, will have the same mass any- 
where in the universe but will weight more on Earth 
than on the moon. 


We do not feel the gravitational forces from objects 
other than the Earth because they are weak. For exam- 
ple, the gravitational force of attraction between two 
friends weighing 100 lb (45.5 kg) standing 3 ft (1 m) 
apart is only about 3 x 10° N = 0.00000003 lb, which 
is about the weight of a bacterium. (Note: the pound isa 
measure of weight—the gravitational force experienced 
by an object—while the kilogram is a measure of mass. 
Strictly speaking, then, pounds and kilograms cannot 
be substituted for each other as in the previous 
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sentence. However, near Earth’s surface weight and 
mass can be approximately equated because Earth’s 
gravitational field is approximately constant; treating 
pounds and kilograms as proportional units is therefore 
standard practice under this condition.) 


The gravitational force between two objects 
becomes weaker if the two objects are moved apart 
and stronger if they are brought closer together; that 
is, the force depends on the distance between the 
objects. If we take two objects and double the distance 
between them, the force of attraction decreases to one 
fourth of its former value. If we triple the distance, 
the force decreases to one ninth of its former value. 
The force depends on the inverse square of the 
distance. 


All these statements are derived from one simple 
equation: for two objects having masses m, and m, 
respectively, the magnitude of the force of gravity act- 
ing on each object is given by: F= Gmymp/r?, where r is 
the distance between the objects’ centers and G is the 
gravitational constant (6.673 x 10~''N m?/kg*.) Note 
that the gravitational constant is an extremely small 
number; this explains why we only feel gravity when 
we are near a large mass (e.g., the Earth). 


Newton also explained how bodies respond to 
forces (including gravitational forces) that act on 
them. His second law of motion states that a net force 
(i.e., force not canceled by a contrary force) causes a 
body to accelerate. The amount of this acceleration is 
inversely proportional to the mass of the object. This 
means that under the influence of a given force, more 
massive objects accelerate more slowly than less mas- 
sive objects. Alternatively, to experience the same 
acceleration, more massive objects require more force. 
Consider the gravitational force exerted by the Earth 
on two rocks, the first with a mass of 2 Ib (1 kg) anda 
second with a mass of 22 lb (10 kg). Since the mass of 
the second is 10 times the mass of the first, the gravita- 
tional force on the second will be 10 times the force on 
the first. But a 22-lb (10-kg) mass requires 10 times 
more force to accelerate it, so both masses accelerate 
Earthward at the same rate. Ignoring the Earth’s own 
acceleration toward the rocks (which is extremely 
small), it follows that equal falling rates for small 
objects are a natural consequence of Newton’s law of 
gravity and second law of motion. 


What if one throws a ball horizontally? If one 
throws it slowly, it will hit the ground a short distance 
away. If one throws it faster, it will land farther away. 
Since the Earth is round, the Earth will curve slightly 
away from the ball before it lands; the farther the throw, 
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the greater the amount of curve. If one could throw or 
launch the ball at 18,000 mi/h (28,800 km/h), the Earth 
would curve away from the ball by the same amount 
that the ball falls. The ball would never get any closer to 
the ground, and would be in orbit around the Earth. 
Gravity still accelerates the ball at 9.8 m/s* toward the 
Earth’s center, but the ball never approaches the 
ground. (This is exactly what the moon is doing.) In 
addition, the orbits of the Earth and other planets 
around the sun and all the motions of the stars and 
galaxies follow Newton’s laws. This is why Newton’s 
law of gravitation is termed “universal;” it describes the 
effect of gravity on all objects in the universe. 


Newton published his laws of motion and gravity 
in 1687, in his seminal Philosophiae Naturalis Principia 


Mathematica (Latin for Mathematical Principles of 


Natural Philosophy, or Principia for short). When we 
need to solve problems relating to gravity, Newton’s 
laws usually suffice. There are, however, some phe- 
nomena that they cannot describe. For example, the 
motions of the planet Mercury are not exactly 
described by Newton’s laws. Newton’s theory of grav- 
ity, therefore, needed modifications that would 
require another genius, Albert Einstein, and his theory 
of general relativity. 


General relativity 


German physicist Albert Einstein (1879-1955) 
realized that Newton’s theory of gravity had prob- 
lems. He knew, for example, that Mercury’s orbit 
showed unexplained deviations from that predicted 
by Newton’s laws. However, he was worried about a 
much more serious problem. As the force between two 
objects depends on the distance between them, if one 
object moves closer, the other object will feel a change 
in the gravitational force. According to Newton, this 
change would be immediate, or instantaneous, even if 
the objects were millions of miles apart. Einstein saw 
this as a serious flaw in Newtonian gravity. Einstein 
assumed that nothing could travel instantaneously, 
not even a change in force. Specifically, nothing can 
travel faster than light in a vacuum, which has a speed 
of approximately 186,000 mi/s (300,000 km/s). In 
order to fix this problem, Einstein had not only to 
revise Newtonian gravity, but to change the way we 
think about space, time, and the structure of the uni- 
verse. He stated this new way of thinking mathemati- 
cally in his general theory of relativity. 


Einstein said that a mass bends space, like a heavy 
ball making a dent on a rubber sheet. Further, Einstein 
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contended that space and time are intimately related 
to each other, and that we do not live in three spatial 
dimensions and time (all four quite independent of 
each other), but rather in a four-dimensional space- 
time continuum, a seamless blending of the four. It is 
thus not “space,” naively conceived, but space-time 
that warps in reaction to a mass. This, in turn, explains 
why objects attract each other. Consider the sun sit- 
ting in space-time, imagined as a ball sitting on a 
rubber sheet. It curves the space-time around it into 
a bowl shape. The planets orbit around the sun 
because they are rolling across through this distorted 
space-time, which curves their motions like those of a 
ball rolling around inside a shallow bowl. (These 
images are intended as analogies, not as precise 
explanations.) Gravity, from this point of view, is the 
way objects affect the motions of other objects by 
affecting the shape of space-time. 


Einstein’s general relativity makes predictions 
that Newton’s theory of gravitation does not. Since 
particles of light (photons) have no mass, Newtonian 
theory predicts that they will not be affected by grav- 
ity. However, if gravity is due to the curvature of 
space-time, then light should be affected in the same 
way as matter. This proposition was tested as follows: 
During the day, the sun is too bright to see any stars. 
However, during a total solar eclipse the sun’s disk is 
blocked by the moon, and it is possible to see stars that 
appear in the sky near to the sun. During the total 
solar eclipse of 1919, astronomers measured the posi- 
tions of several stars that were close to the sun in the 
sky. It was determined that the measured positions 
were altered as predicted by general relativity; the 
sun’s gravity bent the starlight so that the stars 
appeared to shift their locations when they were near 
the sun in the sky. The detection of the bending of 
starlight by the sun was one of the great early exper- 
imental verifications of general relativity; many others 
have been conducted since. 


Another surprising prediction made by general 
relativity is that waves can travel in gravitational 
forces just as waves travel through air or other 
media. These gravitational waves are formed when 
masses move back and forth in space-time, much as 
sound waves are created by the oscillations of a 
speaker cone. In 1974, two stars were discovered orbit- 
ing around each other, and scientists found out that 
the stars were losing energy at the exact rate required 
to generate the predicted gravity waves; that is, they 
were steadily radiating energy away in the form grav- 
itational waves. So far, gravitational waves have not 
been detected directly, but new detectors will be com- 
pleted in the United States, Japan, and Europe in 2003 
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KEY TERMS 


Acceleration—The rate at which the velocity of an 
object changes over time. 


Force—Influence exerted on an object by an out- 
side agent which produces an acceleration chang- 
ing the object’s state of motion. 


General relativity—Einstein’s theory of space and 
time, which explains gravity and the shape of 
space. 


Mass—A measure of the amount of material in an 
object. 


Velocity—The speed and direction of a moving 
object. 


Weight—The gravitational force pulling an object 
toward a large body, e.g., the Earth, that depends 
both on the mass of the object and its distance from 
the center of the larger body. 


and it is expected that these devices will detect gravita- 
tional waves produced by violent cosmic events such 
as supernovae. Scientists have already verified that 
changes in gravitation do propagate at the speed of 
light, as predicted by Einstein’s theory but not by 
Newton’s. 


Of all the predictions of general relativity, the 
strangest is the existence of black holes. When a very 
massive star runs out of fuel, the gravitational self- 
attraction of the star makes it shrink. If the star is 
massive enough, it will collapse it to a point having 
finite mass but infinite density. Space-time will be so 
distorted in the vicinity of this “singularity,” as it is 
termed, that not even light will be able to escape; 
hence the term “black hole.” Astronomers have been 
searching for objects in the sky that might be black 
holes, but since they do not give off light directly, they 
must be detected indirectly. When material falls into 
a black hole, it must heat up so much that it glows in 
x rays. Astronomers look for strong x-ray sources in 
the sky because these sources may be likely candidates 
to be black holes. Numerous black holes have been 
detected by these means, and it is now believed that 
many or most galaxies contain a supermassive black 
hole at their center, having a mass millions or billions 
of times greater than that of the sun. 


The greatest remaining challenge for gravity theory 
is unification with quantum mechanics. Quantum theory 
describes the physics of phenomena at the atomic and 
subatomic scale, but does not account for gravitation. 
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General relativity, which employs continuous variables, 
does not describe the behavior of objects at the quantum 
scale. Physicists therefore seek a theory of “quantum 
gravity,” a unified set of equations that will describe the 
whole range of known phenomena. Some theorists 
believe that the highly mathematical field known as string 
theory will be able to reconcile gravity and quantum 
mechanics, but as of 2006 no experimental test of string 
theory had yet been devised. 


See also Geocentric theory; Heliocentric theory; 
X-ray astronomy; Relativity, general; Relativity, 
special. 
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I Great Barrier Reef 


The Great Barrier Reef, which lies off the north- 
eastern coast of Australia, has been described as “the 
most complex and perhaps the most productive bio- 
logical system in the world.” The Great Barrier Reef is 
the largest structure ever made by living organisms, 
including human beings. It consists of the skeletons of 
coral polyps and hydrocorals bounded together by the 
soft remains of coralline algae and microorganisms. 


Location and extent 


The Great Barrier Reef is over 1,250 mi (2,000 km) 
long and occupies 80,000 sq mi (207,000 sq km) of 
surface area, which is larger than the island of Great 
Britain. It les off Australia, roughly parallel to the 
coast of the State of Queensland, at distances ranging 
from 10-100 mi (16-160 km) offshore. The reef is 
located on the continental shelf that forms the perime- 
ter of the Australian landmass, where the ocean water is 
warm and clear. At the edge of the continental shelf and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the reef, the shelf becomes a range of steep cliffs that 
plunge to great depths and colder water. The coral 
polyps require a temperature of at least 70°F (21°C), 
and the water temperature around the reef often 
reaches 100°F (38°C). 


Formation 


The Great Barrier Reef is, in reality, a string of 
2,900 reefs, cays, inlets, 900 islands, lagoons, and 
shoals, some with beaches of sand made of pulverized 
coral. Coral polyps began building the reef in the 
Miocene epoch, which began 23.7 million years ago 
and ended 5.3 million years ago. The continental shelf 
has subsided almost continually since the Miocene 
Epoch, so the reef has grown upward with the living 
additions to the reef in the shallow, warm water near 
the surface. Coral cannot live below a depth of about 
25 fathoms (150 ft or 46 m) and is also sensitive the salt 
content in seawater. As the hydrocorals and polyps 
died and became cemented together by algae, the 
spaces between the skeletons were filled in by wave 
action that forced in other debris, called infill, to create 
a nearly solid mass at depth. The upper reaches of the 
reef are open and are riddled with grottoes, canyons, 
caves, holes bored by molluscs, and other cavities that 
provide natural homes and breeding grounds for thou- 
sands of other species of sea life. 


Discovery and exploration 


The Aborigines (the native people of Australia) 
undoubtedly were the first discoverers of the Great 
Barrier Reef. The Chinese probably explored it about 
2,000 years ago while searching for marine creatures 
like the sea cucumber, which are believed to have medic- 
inal properties. During his voyage across the Pacific 
Ocean in 1520, Ferdinand Magellan (1480-1520) 
missed Australia and its reef. Captain James Cook 
(1728-1779), the British explorer credited with discov- 
ering Australia, discovered the Great Barrier Reef by 
accident when his ship, the Endeavour, ran aground on 
the reef on June 11, 1770. Cook’s crew unloaded ballast 
(including cannon now imprisoned in the coral growth) 
and waited for a high tide that dislodged the ship from 
the reef. After extensive repairs, it took Cook and his 
crew three months to navigate through the mazelike 
construction of the Great Barrier Reef. These obstacles 
did not discourage Cook from exploring and charting 
the extent of the reef and its cays, passages, and other 
intricacies on this first of three expeditions of discovery 
he undertook to the Reef. 


In 1835, Charles Darwin’s (1809-1882), voyage of 
scientific discovery on the British ship the Beagle 
included extensive study of the reef. Mapping 
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continued throughout the nineteenth century, and, in 
1928, the Great Barrier Reef Expedition began as a 
scientific study of coral lifestyles, reef construction, 
and reef ecology. The Expedition’s work concluded 
in 1929, but a permanent marine laboratory on 
Heron Island within the reef was founded for scientific 
explorations and environmental monitoring. The reef 
is also the final resting place of a number of ships that 
sank during World War II (1939-1945). 


Biology 


The Reef is the product of over 350 species of 
coral and red and green algae. The number of coral 
species in the northern section of the Reef exceeds the 
number (65) of coral species found in the entire 
Atlantic Ocean. Polyps are the live organisms inside 
the coral, and most are less than 0.3 in (8 mm) in 
diameter. They feed at night by extending frond-like 
fingers to wave zooplankton toward their mouths. In 
1981, marine biologists discovered that the coral pol- 
yps spawn at the same time on one or two nights in 
November. Their eggs and sperm form an orange and 
pink cloud that coats hundreds of square miles of the 
ocean surface. As the polyps attach to the Reef, they 
secrete calcium carbonate around themselves to build 
secure turrets or cups that protect the living organ- 
isms. The daisy-or feather-like polyps leave limestone 
skeletons when they die. The creation of a 1 in 
(2.5 cm)-thick layer of coral takes five years. 


The coral is a laboratory of the living and once- 
living. Scientists have found that coral grows in bands 
that can be read much like the rings in trees or the 
icecaps in polar regions. By drilling cores 25 ft (7.6 m) 
down into the coral, 1,000 years of coral history can be 
interpreted from the density, skeleton size, band thick- 
ness, and chemical makeup of the formation. The 
drilling program also proved that the reef has died 
and revived at least a dozen times during its 25- 
million-year history (although it must be understood 
that this resiliency predated human activities). The 
reef as we know it is about 8,000 years old and rests 
on its ancestors. In the early 1990s, study of the coral 
cores yielded data about temperature ranges, rainfall, 
and other climate changes in sufficient detail to use 
long-term rainfall data for design of a dam. 


Coral also shows considerable promise in the field 
of medicine. Corals produce chemicals that block 
ultraviolet rays from the sun, and the Australian 
Institute has applied for a patent to copy these chem- 
icals as potential cancer inhibitors. Chemicals in the 
coral may also yield analgesics (pain relievers) and 
anti-AIDS medications. 
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Great Barrier Reef 


KEY TERMS 


Aborigines—The native people of the continent of 
Australia. 


Algae—A group of aquatic plants (including sea- 
weed and pond scum) with chlorophyll and col- 
ored pigments. 


Biodiversity—The biological diversity of an area as 
measured by the total number of plant and animal 
species. 


Cay—A low-lying reef of sand or coral. 


Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Ecotourism—Ecology-based tourism, focused pri- 
marily on natural or cultural resources. 


El Niftio—The phase of the Southern Oscillation 
characterized by increased sea water temperatures 
and rainfall in the eastern Pacific, with weakening 
trade winds and decreased rain along the western 
Pacific. 


Phytoplankton—Minute plant life that lives in 
water. 


Polyp—The living organism in coral with an 
attached end and an open end with a mouth and 
fine tentacles. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 


Zooplankton—Minute animal life that lives in 
water. 


Animal life flourishes on and along the reef, but 
plants are rare. The Great Barrier Reef has a distinc- 
tive purple fringe that is made of the coralline or 
encrusting algae Lithothamnion (also called stony sea- 
weed), and the green algae Halimeda discodea that has 
a creeping form and excretes lime. The algae are 
microscopic and give the coral its many colors; this is 
a symbiotic relationship in which both partners, the 
coral and the algae, benefit. Scientists have found that 
variations in water temperature stress the coral caus- 
ing them to evict the resident algae. The loss of color is 
called coral bleaching, and it may be indicate global 
warming or other effects such as El Nifio. 


Other animal life includes worms, crabs, prawns, 
crayfish, lobsters, anemones, sea cucumbers, starfish, 
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gastropods, sharks, 22 species of whales, dolphins, eels, 
sea snakes, octopus, squid, dugongs (sea cows), 1,500 
species of fish including the largest black marlin in the 
world, and birds such as the shearwater, which migrates 
from Siberia to lay its eggs in the hot coral sand. The 
starfish Acanthaster planci, nicknamed the crown-of- 
thorns, is destructive to the reef because it eats live 
coral. The starfish ravages the coral during periodic 
infestations then all but vanishes for nearly twenty 
years at a time. The crown-of-thorns has lived on the 
Great Barrier Reef for ages (again according to the 
history shown in the drilling cores), but scientists are 
concerned that human activities may be making the 
plague-like infestations worse. Giant clams that grow 
to more than 4 ft (1.2 m) across and 500 Ib (187 kg) in 
weight are the largest molluscs in the world. Of the 
seven species of sea turtles in the world, six nest on 
Raine Island within the Reef and lay over 11,000 eggs 
in a single reproductive night. 


This biodiversity makes the reef a unique ecosys- 
tem. Fish shelter in the reef’s intricacies, find their food 
there, and spawn there. Other marine life experience the 
same benefits. The coastline is protected from waves and 
the battering of storms, so life on the shore also thrives. 


Tourism and environmental hazards 


In 1990, Conservation, Education, Diving, Arch- 
aeology, and Museums International (CEDAM Inter- 
national) gathered the opinions of marine experts and 
selected “seven underwater wonders of the world” 
including the Great Barrier Reef. The idea was inspired 
by the seven wonders of the ancient world, which were 
all manmade and of which only the Great Pyramid 
survives. 


Education is essential if the Great Barrier Reef is 
to survive. More than 1.5 million visitors per year visit 
the area, and development along the Australian coast 
to accommodate the tourists was largely uncontrolled 
until 1990. In the 1980s, the island resort of Hamilton 
was built following the dredging of harbors, leveling of 
hills, construction of hotels and an airport, and the 
creation of artificial beaches. About 25 resorts like this 
dot the Reef. Fishing has also decimated local fish 
populations; fish that are prized include not only 
those for food, but also tropical fish for home aquar- 
iums. Fishing nets, boat anchors, and waste from fish- 
ing and pleasure boats all do damage. Prospectors 
have mined the coral because it can be reduced to 
lime for the manufacture of cement and for soil 
improvement in the sugar cane fields. 


Environmental hazards such as oil spills have seri- 
ously threatened the reef. The maze of reefs includes a 
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narrow, shallow shipping channel that is used by oil 
and chemical tankers and that has a high accident rate. 
Lagoons have collected waste runoff from towns, agri- 
culture, and tourist development; and the waste has 
allowed algae (beyond the natural population) to 
flourish and strangle the live coral. Pesticides and 
fertilizers also change the balance between the coral 
and algae and zoo- and phyto-plankton, and the coral 
serves as an indicator of chemical damage by accumu- 
lating PCBs, metals, and other contaminants. 
Sediment also washes off the land from agricultural 
activities and development; it clouds the water and 
limits photosynthesis. Periodic burning off of the 
sugar cane fields fills the air with smoke that settles 
on reef waters, overfishing of particular species of fish 
shifts the balance of power in the undersea world, and 
shells and coral are harvested (both within and beyond 
legal limits) and sold to tourists. 


The Government of Australia has declared the 
Great Barrier Reef a national park, and activities like 
explorations for gold and oil and spearfishing were 
permanently banned with the Reef’s new status. The 
United Nations Educational, Scientific, and Cultural 
Organization (UNESCO) has named it a world herit- 
age site in attempts to encourage awareness and pro- 
tect the area. 


Resources 
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| Greatest common factor 


The greatest common factor (or greatest common 
divisor) of a set of natural numbers (positive integers) 
is the largest natural number that divides each member 
of the set evenly, that is, with no remainder. For 
example, 6 is the greatest common factor of 1246, 
1846, and 3046 because 1246 = 2, 1846 = 3, and 
3046 = 5, and no larger natural number divides all 
three of these numbers evenly. 


Similarity, the greatest common factor of a set of 
polynomials is the polynomial of highest degree that 
divides each member of th set with no remainder. For 
example, 3(x +2)*(x -4)?, 12(x +2)*(x -4)(x2 +x 
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+5), and 6(x +2)°(x -4) have 3(x +2)?(x -4) for the 
highest common factor. Polynomials is the polyno- 
mial of highest degree that divides each member of 
the set with no remainder. For example, 3(x + 2)°(x — 
4)*, 12(x +2)*(x-4)7(x2 +x +5), and 6(x +2)?(x—4) 
have 3(x +2)°(x -4) for the highest common factor. 


| Grebes 


Grebes are aquatic birds that make up the family 
Podicipedidae. This is the only family in the order 
Podicipediformes, a rather unique group of birds 
that is not closely related to other living orders, and 
has a fossil lineage extending back 70 million years. 
The 22 species of grebes range in size from the least 
grebe (Podiceps dominicus), with a body length of 
9.9 in (25 cm) and weight of 4 oz (115 g), to the great 
crested grebe (Podiceps cristatus), 18.9 in (48 cm) long 
and weighing 3.1 Ib (1.4 kg). The winter color of grebes 
is brown, gray, or black on top and white below, but 
during the breeding season most species develop a 
rather colorful plumage, especially around the head 
and neck. 


Grebes are well adapted to swimming, with feet 
placed far back on the body, and paddlelike, lobed 
toes that provide a greater surface area for propulsion 
and a very short tail. The dense plumage of these birds 
provides waterproofing and grebes are strong, direct 
flyers. However, once they are settled in a particular 
place for breeding or feeding, grebes tend not to fly 
much. 


Grebes breed on freshwater lakes and marshes on 
all of the continents except Antarctica. Some species 
winter in coastal marine waters or on large lakes. 
Grebes have a noisy courtship behavior, often accom- 
panied by a spectacular display. For example, courting 
western grebes (Aechmophorus occidentalis) run in tan- 
dem over the water surface, each bird striking a sym- 
metric, ritualized pose known as the penguin dance. 


The nests of most grebes are made of anchored, 
piled-up mounds of vegetation in shallow water. The 
young chicks often ride on the back of their parents, 
where they are brooded. The prey of these birds 
includes fish and aquatic invertebrates. 


Species of grebes 


Most species of grebes are found in the Americas, 
especially in Central and South America. Three spe- 
cies are flightless and confined to single lakes, these 
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Western grebes (Aechmophorus occidentalis) displaying across the water. (Phil Dotson/The National Audubon Society Collection/ 
Photo Researchers, Inc.) 


being the short-winged grebe (Rollandia microptera) of 
Lake Titicaca in Bolivia and Peru, the Junin grebe 
(Podiceps taczanowskii) of Lake Junin in Peru, and 
the giant pied-billed grebe (Podilymbus gigas) of 
Lake Atitlan in Guatemala. The latter species prob- 
ably became extinct in the mid-1980s as a result of 
hunting and development activities around its lake. 


Six species of grebes occur regularly in North 
America. The largest species is the western grebe 
(Aechmophorus occidentalis) of the western United 
States and southwestern Canada. The western grebe 
breeds on lakes and marshes, and winters in near- 
shore waters of the Pacific Ocean and on some large 
lakes. This is the only species of grebe that spears its 
prey of fish with its sharp beak. Other grebes catch 
their food by grasping with the mandibles. 


The red-necked grebe (Podiceps grisegena) breeds 
in northwestern North America, and winters on both 


the Atlantic and Pacific coasts. The horned grebe 
(Podiceps auritus) also breeds in the Northwest and 
winters on both coasts. A similar looking species, the 
eared grebe (Podiceps caspicus), breeds in southwest- 
ern North America. The pied-billed grebe (Podilymbus 
podiceps) has the widest distribution of any grebe in 
North America, breeding south of the boreal forest 
and wintering in Mexico and further south. 


Conservation of grebes 


Small species of grebes are not often hunted, 
because their meat is not very tasty, but the larger 
grebes have been hunted for their plumage. “Grebe 
fur’ is the patch of breast skin with plumage attached, 
which can be stripped from the dead bird. Grebe fur 
from the western grebe and great crested grebe was 
used to make hand muffs, capes, and hats for fashion- 
able ladies, while that of the short-winged grebe was 


used locally around Lake Titicaca to make saddle 
blankets. 


Grebe populations also suffer from pollution. 
Species that winter in coastal waters are highly vulner- 
able to oil spills, and grebes can be killed in large 
numbers when this type of pollution occurs. 


Grebes may also be affected by pesticides. One of 
the earliest, well documented examples of birds being 
killed by exposure to chlorinated-hydrocarbon insec- 
ticides occurred at Clear Lake, California. This lake is 
important for recreational use, but there were numer- 
ous complaints about a non-biting midge (a tiny, 
aquatic fly) that could sometimes be extremely abun- 
dant. In 1949, this perceived problem was dealt with 
by applying the insecticide DDT to the lake. This 
chemical was used again in 1954, and soon afterward 
about 100 western grebes were found dead on the lake. 
It took several years of study to determine that the 
grebes had been killed by the insecticide, which they 
had efficiently accumulated from the residues in their 
diet of fish, achieving unexpectedly large, toxic con- 
centrations in their bodies. This case study proved to 
be very important in allowing ecologists and toxicol- 
ogists to understand the insidious effects that persis- 
tent chlorinated hydrocarbons could achieve through 
food-web accumulation. 


Status of North American Grebes 


- Western grebe (Aechmophorus occidentalis). Plume 
hunters devastated the population in the beginning 
of the twentieth century. The species has apparently 
recovered, taking up residence in areas not histori- 
cally used. The population in Mexico may be 
declining. 


Clark’s grebe (Aechmophorus clarkii). Plume hunters 
contributed greatly to the decline in population. Past 
population counts are unreliable because of confu- 
sion of this bird with the western grebe. The popula- 
tion in Mexico may be declining due to loss of nesting 
habitat (i.e., tules on lakes). 


Red-necked grebe (Podiceps grisegena). Declines in 
population have resulted from damage to eggs and 
eggshells by pesticides and PCBs, and by raccoon 
predation. This species continues to be vulnerable 
to polluted wintering areas along the coast. In 2002, 
the global population was estimated at 150,000- 
370,000 birds. 


- Horned grebe (Podiceps auritus). Population may be 
declining, but is still large. 


-Eared grebe (Podiceps nigricollis). Feathers were 
once used for hats, capes, and muffs; and eggs were 
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gathered for food. Today the populations appear 
stable, but the species is considered vulnerable 
because large numbers depend on a very few lakes 
at certain seasons (for example, the Great Salt Lake, 
Mono Lake, and the Salton Sea). 


- Pied-billed grebe (Podilymbus podiceps). This species 
has proven adaptable, and is now found in developed 
areas. In 2002, the global population was estimated 
at 110,000-130,000 individuals. 


- Least grebe (Tachybaptus dominicus). Normally found 
in southern Texas in the United States. Sometimes 
killed by exceptionally cold Texas winters. 


See also Biomagnification. 


Resources 


BOOKS 

del Hoyo, J., A. Elliott, and J. Sargatal. Handbook of the 
Birds of the World. Vol. 1, Ostriches to Ducks. 
Barcelona: Lynx Edicions, 1992. 

Ehrlich, Paul R., David S. Dobkin, and Darryl Wheye. 

The Birder’s Handbook. New York: Simon & Schuster, 
1988. 

Fjeldsa, J. The Grebes: Podicipedidae. Oxford: Oxford 
University Press, 2004. 

Forshaw, Joseph. Encyclopedia of Birds. 2nd ed. New York: 
Academic Press, 1998. 

Freedman, B. Environmental Ecology 2nd ed. San Diego: 
Academic Press, 1994. 

O’Donnell, C., and J. Fjeldsa. Grebes—Status Survey and 
Conservation Action Plan. Cambridge, UK: IUCN/SSC 
Grebes Specialist Group, 1997. 

Peterson, Roger Tory. North American Birds. Houghton 
Mifflin Interactive (CD-ROM), Somerville, MA: 
Houghton Mifflin, 1995. 


Bill Freedman 
Randall Frost 


| Greenhouse effect 


The greenhouse effect is the retention by Earth’s 
atmosphere in the form of heat some of the energy that 
arrives from the sun as light. Certain gases, including 
carbon dioxide (CO) and methane (CHy), are trans- 
parent to most of the wavelengths of light arriving 
from the sun but are relatively opaque to infrared or 
heat radiation; thus, energy passes through the Earth’s 
atmosphere on arrival, is converted to heat by absorp- 
tion at the surface and in the atmosphere, and is not 
easily re-radiated into space. The same process is used 
to heat a solar greenhouse, only with glass, rather than 
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Greenhouse effect 


An atmosphere with natural levels of greenhouse gases (left) compared with an atmosphere of increased greenhouse effect 
(right). (Hans & Cassidy. Courtesy of Gale Group.) 


gas, as the heat-trapping material. The greenhouse 
effects happens to maintain Earth’s surface temper- 
ature within a range comfortable for living things; 
without it, the Earth’s surface would be much colder. 


The greenhouse effect is mostly a natural phenom- 
enon, but its intensity, according to a majority of 
climatologists, may be increasing because of increas- 
ing atmospheric concentrations of CO, and other 
greenhouse gases. These increased concentrations are 
occurring because of human activities, especially the 
burning of fossil fuels and the clearing of forests 
(which removes CO, from the atmosphere and store 
its carbon in cellulose. A probable consequence of an 
intensification of Earth’s greenhouse effect will be a 
significant warming of the atmosphere. Some scien- 
tists contend that this human-related atmospheric 
warming is already occurring and is accelerating. 
This in turn would result in important secondary 
changes, such as a rise in sea level and variations in 
the patterns of precipitation. 


The greenhouse effect 


The Earth’s greenhouse effect is a reasonably 
well-understood physical phenomenon. Scientists 
believe that in the absence of the greenhouse effect, 
Earth’s surface temperature would average about 
-0.4°F (-18°C), which is below the freezing point of 
water and more frigid than life on the surface of the 
Earth could tolerate over the longer term—except, 
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perhaps, organisms deriving their energy from hot 
deep-sea vents. The greenhouse effect maintains 
Earth’s surface at an average temperature of about 
59°F (15°C). This is about 59.5°F (33°C) warmer than 
it would otherwise be. 


On average, one-third of incident solar radiation 
is reflected back to space by the Earth’s atmosphere or 
its surface. Earth’s local reflectivity (albedo) is 
strongly dependent on cloud cover, the density of 
tiny particulates in the atmosphere, and the nature of 
the surface, especially vegetation and ice and snow. 


Another one-third of incoming solar radiation is 
absorbed by certain gases and vapors in Earth’s 
atmosphere, especially water vapor and carbon diox- 
ide. Upon absorption, the solar electromagnetic 
energy is transformed into thermal kinetic energy 
(i.e., heat or energy of molecular vibration). The 
warmed atmosphere then reradiates energy in all 
directions as longer-wavelength (7-14 em) infrared 
radiation. Much of this reradiated energy escapes to 
outer space. 


Much of the solar radiation that penetrates to 
Earth’s surface is absorbed by living and nonliving 
materials. This results in a transformation to thermal 
energy, which increases the temperature of the absorb- 
ing surfaces and of air in contact with those surfaces. 
Over days and years there is little net storage of energy 
as heat; almost all of the thermal energy is re-radiated 
by the surface as electromagnetic radiation of a longer 
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wavelength than that of the original, incident radia- 
tion. The wavelength spectrum of typical, reradiated 
electromagnetic energy from Earth’s surface peaks is 
within the long-wave infrared range. 


Some of the electromagnetic energy that pene- 
trates to Earth’s surface is absorbed and transformed 
to heat. Much of this thermal energy subsequently 
causes water to evaporate from plants and open- 
water surfaces, or melts ice and snow. A small amount 
(less than 1%) of the absorbed solar radiation causes 
mass-transport processes to occur in the oceans and 
lower atmosphere, which disperses of some of Earth’s 
unevenly distributed thermal energy. The most impor- 
tant of these physical processes are winds and storms, 
water currents, and waves on the surface of the oceans 
and lakes. 


If the atmosphere was transparent to the long- 
wave infrared energy that is reradiated by Earth’s 
atmosphere and surface, then that energy would travel 
unobstructed to outer space. However, so-called radi- 
atively active gases (also known as “greenhouse gases”) 
in the atmosphere are efficient absorbers within this 
range of infrared wavelengths, and these substances 
thereby slow the radiative cooling of the planet. 
When these atmospheric gases absorb infrared radia- 
tion, they develop a larger content of thermal energy, 
which is then dissipated by a reradiation (again, of a 
longer wavelength than the electromagnetic energy that 
was absorbed). Some of the secondarily reradiated 
energy is directed back to Earth’s surface, so the net 
effect is to slow the rate of cooling of the planet. 


This process has been called the “greenhouse 
effect” because its mechanism is analogous to that by 
which a glass-enclosed space is heated by solar energy. 
That is, a greenhouse’s glass and humid atmosphere are 
transparent to incoming solar radiation, but absorb 
much of the re-radiated, long-wave infrared energy, 
slowing down the rate of cooling of the structure. 


Water vapor (H2O) and CO, are the most impor- 
tant radiatively active constituents of Earth’s atmos- 
phere. Methane (CHy), nitrous oxide (N2O), ozone 
(O3), and chlorofluorocarbons (CFCs) play lesser roles. 


Other than water vapor, the atmospheric concen- 
trations of all of these gases have increased in the 
past century because of human activities. Prior to 
1850, the concentration of CO, in the atmosphere 
was about 280 parts per million (ppm), while 2002 it 
was over 360 ppm. During the same period, CHy4 
increased from 0.7 ppm to 1.7 ppm, N2O from 0.285 
ppm to 0.304 ppm, and CFCs from nothing to 0.7 
parts per billion. These increased concentrations are 
believed by climatologists to contribute to a significant 
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increase in the greenhouse effect. Overall, CO; is esti- 
mated to account for about 60% of this enhancement 
of the greenhouse effect, CH, for 15%, N2O for 5%, 
O; for 8%, and CFCs for 12%. 


The greenhouse effect and climate change 


The physical mechanism of the greenhouse effect 
is conceptually simple, and this phenomenon is 
acknowledged by scientists as helping to keep Earth’s 
temperature within the comfort zone for organisms. It 
is also known that the concentrations of CO, and 
other greenhouse relevant gases have increased in 
Earth’s atmosphere, and will continue to do so. 
However, it has proven difficult to demonstrate that 
the observed warming of Earth’s surface or lower 
atmosphere has been caused significantly by a stron- 
ger greenhouse effect rather than by some still- 
unknown process of natural climate change. 


Since the beginning of instrumental recordings of 
surface temperatures around 1880, almost all of the 
warmest years on record have occurred since the late 
1980s. Typically, these warm years have averaged 
about 1.5—2.0°F (0.8-1.0°C) warmer than occurred 
during the decade of the 1880s. Overall, Earth’s sur- 
face air temperature has increased by about 0.9°F 
(0.5°C) since 1850. 


However, the temperature data on which these 
apparent changes are based suffer from some impor- 
tant deficiencies. Firstly, air temperature is variable in 
time and space, making it difficult to determine stat- 
istically significant, longer-term trends. Secondly, 
older data are generally less accurate than modern 
records. Thirdly, many weather stations are in urban 
areas, and are influenced by “heat island” effects. 
Finally, climate can change for reasons other than a 
greenhouse response to increased concentrations of 
CO, and other greenhouse relevant gases, including 
albedo-related influences of volcanic emissions of sul- 
fur dioxide, sulfate, and fine particulates into the 
upper atmosphere. Moreover, it has long been thought 
that the interval 1350 to 1850, known as the Little Ice 
Age, was relatively cool, and that global climate has 
been generally warming since that time period. (The 
data one which this claim was based, however, have 
recently been called into question; no instrumental or 
global data at all are available from the period in 
question.) 


However, some studies have provided evidence 
for linkages between historical variations of atmos- 
pheric CO, and surface temperature. Important evi- 
dence comes, for example, from a core of Antarctic 
glacial ice that represents a 160,000-year period. 
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Greenhouse effect 


Concentrations of CO, in the ice are determined by 
analysis of air bubbles in ice layers of known age 
(determined by counting annual snowfall layers back 
from the present), while changes in air temperature 
are inferred from ratios of oxygen isotopes in the 
ancient ice. (Because atoms of various isotopes differ 
in weight, their rates of diffusion are affected by tem- 
perature differently; differences in diffusion rate, in 
turn, affect their relative abundance in the ice). 
Because changes in CO, and surface temperature are 
positively correlated, a greenhouse mechanism is 
suggested. However, this study could not determine 
causal direction—that is, whether increased CO, 
might have resulted in warming through an intensified 
greenhouse effect, or whether, conversely, warming 
(caused by something unknown) could have acceler- 
ated CO, release from ecosystems by increasing the 
rate of decomposition of biomass, especially in cold 
regions. 


Because of the difficulties in measurement and 
interpretation of climatic change using real-world data, 
computer models have been used to predict potential 
climatic changes caused by increases in atmospheric 
RAGs. The most sophisticated simulations are the 
so-called “three-dimensional general circulation mod- 
els” (GCMs), which are run on supercomputers. GCM 
models simulate the extremely complex mass-trans- 
port processes involved in atmospheric circulation 
and the interaction of these processes with other var- 
iables that contribute to climate. To perform a simu- 
lation “experiment” with a GCM model, components 
are adjusted to reflect the probable physical influence 
of increased concentrations of CO, and other green- 
house relevant gases. 


Many simulation experiments have been per- 
formed using a variety of GCM models. Their results 
have varied according to the specifics of the experi- 
ment. However, a central tendency of experiments 
using a common CO scenario (i.e., a doubling of 
CO, from its recent concentration of 360 ppm) is an 
increase in average surface temperature of 1.8—7.2°F 
(1-4°C). This warming is predicted to be especially 
great in polar regions, where temperature increases 
could be two or three times greater than in the tropics. 
CO, can cause global warming, whether or not the 
reverse process may also occur. 


Effects of climatic change 


It is likely that the direct effects of climate change 
caused by an intensification of the greenhouse effect 
would be substantially restricted to plants. The tem- 
perature changes might cause large changes in the 
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quantities, distribution, or timing of precipitation, 
and this would have a large effect on vegetation. 
There is, however, even more uncertainty about the 
potential changes in rainfall patterns than of temper- 
ature, and effects on soil moisture and vegetation are 
also uncertain. Still, itis reasonable to predict that any 
large changes in patterns of precipitation would result 
in fundamental reorganizations of vegetation on the 
terrestrial landscape. 


Studies of changes in vegetation during the warm- 
ing climate that followed the most recent, Pleistocene, 
glaciation, suggest that plant species responded in 
unique, individualistic ways. This results from the 
differing tolerances of species to changes in climate 
and other aspects of the environment, and their differ- 
ent abilities to colonize newly available habitat. In any 
event, the species composition of plant communities 
was different then from what occurs at the present 
time. Of course, the vegetation was, and is, dynamic, 
because plant species have not completed their post- 
glacial movements into suitable habitats. 


In any region where the climate becomes drier (for 
example, because of decreased precipitation), a result 
could be a decreased area of forest, and an expansion 
of savanna or prairie. A landscape change of this 
character is believed to have occurred in the New 
World tropics during the Pleistocene glaciations. 
Because of the relatively dry climate at that time, 
presently continuous rainforest may have been con- 
stricted into relatively small refugia (that is, isolated 
patches). These forest remnants may have existed 
within a landscape matrix of savanna and grassland. 
Such an enormous restructuring of the character of the 
tropical landscape must have had a tremendous effect 
on the multitude of rare species that live in that region. 
Likewise, climate change potentially associated with 
an intensification of the greenhouse effect would have 
a devastating effect on Earth’s natural ecosystems and 
the species that they sustain. 


There would also be important changes in the 
ability of the land to support crop plants. This would 
be particularly true of lands cultivated in regions that 
are marginal in terms of rainfall, and are vulnerable to 
drought and desertification. For example, important 
crops such as wheat are grown in regions of the west- 
ern interior of North America that formerly supported 
natural shortgrass prairie. It has been estimated that 
about 40% of this semiarid region, measuring 988 
million acres (400 million hectares), has already been 
desertified by agricultural activities, and crop-limiting 
droughts occur there sporadically. This climatic 
handicap can be partially managed by irrigation. 
However, there is a shortage of water for irrigation, 
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and this practice can cause its own environmental 
problems, such as salinization. Clearly, in many 
areas substantial changes in climate would place the 
present agricultural systems at great risk. 


Patterns of wildfire would also be influenced by 
changes in precipitation regimes. Based on the predic- 
tions of climate models, it has been suggested that 
there could be a 50% increase in the area of forest 
annually burned in Canada, presently about 2.5-4.9 
million acres (1-2 million hectares) in typical years. 


Some shallow marine ecosystems might be 
affected by increases in seawater temperature. Corals 
are vulnerable to large increases in water temperature, 
which may deprive them of their symbiotic algae 
(called zooxanthellae), sometimes resulting in death 
of the colony. Widespread coral “bleachings” were 
apparently caused by warm water associated with an 
El] Nino event in 1982-83. 


Another probable effect of warming could be an 
increase in sea level. This would be caused by the 
combination of a thermal expansion of the volume of 
warmed seawater and melting of polar glaciers. The 
IPCC models predicted that sea level in 2100 could be 
10.5-21 in (27-50 cm) higher than today. Depending on 
the rate of change in sea level, there could be substan- 
tial problems for low-lying, coastal agricultural areas 
and cities. 


Most GCM models predict that high latitudes will 
experience the greatest intensity of climatic warming. 
Ecologists have suggested that the warming of north- 
ern ecosystems could induce a positive feedback to 
climate change. This could be caused by a change of 
great expanses of boreal forest and arctic tundra from 
sinks for atmospheric COs, into sources of that green- 
house gas. In this scenario, the climate warming caused 
by increases in RAGs would increase the depth of 
annual thawing of frozen soils, exposing large quanti- 
ties of carbon-rich organic materials in the permafrost 
to microbial decomposition, and thereby increasing the 
emission of CO, to the atmosphere. 


It is likely that an intensification of Earth’s green- 
house effect would have large climatic and ecological 
consequences. Clearly, any sensible strategy for man- 
aging the causes and consequences of changes in the 
greenhouse effect will require substantial reductions in 
the emissions of CO, and other greenhouse relevant 
gases. 


It is important to recognize that any strategy to 
reduce these emissions will require great adjustments 
by society and economies. Because such large quanti- 
ties of CO, are emitted through the burning of fossil 
fuels, there will be a need to use different, possibly 
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KEY TERMS 


Albedo—The reflectivity of a surface. 


Carbon reserve—An ecosystem, such as a forest, 
that is managed primarily for its ability to store large 
quantities of organic carbon, and to thereby offset 
or prevent an emission of carbon dioxide to the 
atmosphere. 


Desertification—A _ climatic change involving 
decreased precipitation, causing a decreased or 
destroyed biological productivity on the landscape, 
ultimately leading to desert-like conditions. 


Electromagnetic energy—A type of energy involv- 
ing photons, which have physical properties of both 
particles and waves. Electromagnetic energy is div- 
ided into spectral components, which (ordered from 
long to short wavelength) include radio, infrared, 
visible light, ultraviolet, and cosmic. 


Energy budget—A physical accounting of the var- 
ious inputs and outputs of energy for some system, 
as well as the quantities and locations where 
energy is internally stored. 


Radiatively active gases (RAGs)—Within the con- 
text of the greenhouse effect, these gases absorb 
long-wave infrared energy emitted by Earth’s sur- 
face and atmosphere, and thereby slow the rate of 
radiative cooling by the planet. 


new, technologies to generate energy, and there may 
be a need for large decreases in total energy use. The 
bottom line will be a requirement to add considerably 
smaller quantities of greenhouse relevant gases to the 
atmosphere. Such a strategy of mitigation will be dif- 
ficult, especially in industrialized countries, because of 
the changes required in economic systems, resource 
use, investments in technology, and levels of living 
standards. The implementation of those changes will 
require enlightened and forceful leadership. 


Under the auspices of the United Nations 
Environment Program, various international negotia- 
tions have been undertaken to try to get nations to 
agree to decisive actions to reduce their emissions of 
RAGs. The most recent major agreement came out of a 
large meeting held in Kyoto, Japan, in 1997. There, 
most of the world’s industrial countries agreed to 
reduce their CO, emissions to 5.2% below 1990 levels 
by the year 2012. The United States, which has about 
5% of the world’s population but produces 24% of its 
CO; emissions, signed the Kyoto protocol in 1998 (that 
is to say, its ambassador to the United Nations signed 
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the plan) but never ratified it as a binding treaty; 
shortly after taking office in 2000, President George 
W. Bush repudiated the protocol entirely. (China, with 
about 23% of the world’s population, is the second- 
biggest CO, producer, at 14% of total emissions.) 


The development and maintenance of ecosystems 
that store large quantities of carbon to offset industrial 
emissions would require very large areas of land. 
These carbon reserves would preclude other types of 
economically important uses of the land. This strategy 
would therefore require a substantial commitment by 
society; however, so would any other possible means 
of decreasing greenhouse gases, and so would a deci- 
sion to do nothing at all (or to keep researching the 
problem indefinitely, which amounts to much the 
same thing). There are no easy solutions to problems 
of this type and magnitude. 
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I Groundhog 


The groundhog or woodchuck (Marmota monax) 
is a husky, waddling rodent in the squirrel family 
Sciuridae, order Rodentia. The groundhog is a type 
of marmot (genus Marmota), and is also closely 
related to the ground squirrels and gophers. The nat- 
ural habitat of the groundhog is forest edges and 
grasslands, ranging from the eastern United States 
and Canada through much of the Midwest, to parts 
of the western states and provinces. However, the 
groundhog is also a familiar species in agricultural 
landscapes within its range, occurring along roadsides, 
fence-rows, pastures, the margins of fields, and even in 
some suburban habitats. 
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The groundhog is a rather large marmot, typically 
weighing about 6.6-13.2 lb (3-6 kg). One captive ani- 
mal, however, managed to achieve a enormous 37.4 Ib 
(17 kg) just prior to its wintertime hibernation, when 
these animals are at their heaviest. The fur is red or 
brown, with black or dark brown feet. 


Groundhogs have a plump body, a broad head, 
and small, erect ears. The tail and legs are short, while 
the fingers and toes have strong claws, useful for dig- 
ging. When frightened, groundhogs can run as fast as a 
person, but they are normally slow, waddling animals, 
tending to stay close to the safety of their burrows. 
Groundhogs can climb rather well, and are sometimes 
seen feeding while perched in the lower parts of trees 
or shrubs. 


Groundhogs are enthusiastic diggers, and they 
spend much of their time preparing and improving 
their burrows and dens. Woodchucks dig their burrow 
complexes in well-drained, sandy-loam soils, generally 
on the highest ground available. Their sleeping dens 
are lined with hay-like materials, both for comfort, 
and to provide insulation during the winter. There 
are separate chambers for sleeping and defecation. 


Groundhogs are social animals, sometimes living 
in open colonies with as many as tens of animals living 
in a maze of interconnected burrows. Groundhogs are 
not very vocal animals, but they will make sharp whis- 
tles when a potential predator is noticed. This loud 
sound is a warning to other animals in the colony. 


Groundhogs are herbivorous animals, eating the 
foliage, stems, roots, and tubers of herbaceous plants, 
and sometimes the buds, leaves, flowers, and young 
shoots of woody species. Groundhogs also store food 
in their dens, especially for consumption during the 
winter. Groundhogs are very fat in the autumn, just 
prior to hibernation. If they are living in a colony, 
groundhogs snuggle in family groups to conserve 
heat during the winter. They occasionally waken 
from their deep sleep to feed. However, groundhogs 
lose weight progressively during their hibernation, and 
can weigh one-third to one-half less in the springtime 
than in the autumn. 


Groundhogs have a single mating season each 
year, usually beginning shortly after they emerge 
from their dens in the spring. After a gestation period 
of 30-32 days, the female usually gives birth to four or 
five young, although the size of the litter may vary 
from one to nine. Born blind and naked, young 
groundhogs acquire a downy coat after about two 
weeks. Soon the mother begins to bring soft plant 
stems and leaves back to the den for them to eat. 
Young groundhogs follow their mother out of the 
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A woodchuck sitting on its hind legs to view the surrounding area. (Leonard Lee Rue, III. Photo Researchers, Inc.) 


burrow after about a month and are weaned about 
two weeks later. 


Groundhogs are sometimes perceived to be pests. 
They can cause considerable damage by raiding vegeta- 
ble gardens, and can also consume large quantities of 
ripe grain and other crops. In addition, the excavations 
of groundhogs can be hazardous to livestock, who can 
break a leg if they step unawares into a groundhog hole, 
or if an underground burrow collapses beneath their 
weight. For these reasons, groundhogs are sometimes 
hunted and poisoned. However, groundhogs also pro- 
vide valuable ecological benefits as prey for a wide 
range of carnivorous animals, and because these inter- 
esting creatures are a pleasing component of the out- 
doors experience for many people. 


A Midwestern American folk myth holds that if a 
woodchuck comes out of its burrow on February 2, 
also known as Groundhog Day, and sees its shadow, 
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KEY TERMS 


Hibernation—A deep, energy-conserving sleep that 
some mammals enter while passing the wintertime. 
In groundhogs, hibernation is characterized by a 
slowed metabolic rate, and a decrease in the core 
body temperature. 


then the cold wintertime weather will soon be over. 
However, if that day is cloudy and the woodchuck 
does not see its shadow, it goes back into hibernation, 
and the winter weather will last a while longer. 
Of course, there is no basis in natural history to this 
belief. Nor, contrary to common wisdom, do wood- 
chucks chuck wood. 


See also Marmots; Rodents. 
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| Groundwater 


Groundwater refers to water that occupies space 
between particles underground. Generally ground- 
water is free from many contaminants, as it has per- 
colated down through the soil to reach its final 
location. However, groundwater can become conta- 
minated if a pollutant also percolates down to the 
water. Groundwater is recovered by pumping to the 
surface. One example is the well used by a homeowner 
who relies on groundwater for their drinking water 
supply. 

Groundwater is one element in the continuous 
process of moisture circulation on Earth, termed the 
hydrologic cycle. Almost all groundwater originates 
as surface water. Some portion of rain hitting Earth 
runs off into streams and lakes, and another portion 
soaks into the soil, where it is available for use by 
plants and subject to evaporation back into the atmos- 
phere. The third portion soaks below the root zone 
and continues moving downward until it enters the 
groundwater. Precipitation is the major source of 
groundwater. Other sources include the movement of 
water from lakes or streams and contributions from 
such activities as excess irrigation and seepage from 
canals. Water has also been purposely applied to 
increase the available supply of groundwater. Water- 
bearing formations called aquifers act as reservoirs for 
storage and conduits for transmission back to the 
surface. 


The occurrence of groundwater is usually dis- 
cussed by distinguishing between a zone of saturation 
and a zone of aeration. In the zone of saturation, the 
pores in the soil are entirely filled with water, while 
the zone of aeration has pores that are at least parti- 
ally filled by air. Suspended water does occur in this 
zone. This water is called vadose, and the zone of 
aeration is also known as the vadose zone. In the 
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zone of aeration, water moves downward due to 
gravity, but in the zone of saturation it moves in a 
direction determined by the relative heights of water 
at different locations. 


Water that occurs in the zone of saturation is 
termed groundwater. This zone can be thought of as 
a natural storage area or reservoir whose capacity is 
the total volume of the pores of openings in rocks. 


Formations within the saturated zone from 
which water can be obtained are called aquifers. 
Aquifers must yield water through wells or springs 
at a rate that can serve as a practical source of water 
supply. To be considered an aquifer the geological 
formation must contain pores or open spaces filled 
with water, and the openings must be large enough 
to permit water to move through them at a measur- 
able rate. Both the size of pores and the total pore 
volume depends on the type of material. Individual 
pores in fine-grained materials such as clay, for 
example, can be extremely small, but the total vol- 
ume is large. Conversely, in coarse material such as 
sand, individual pores may be quite large but total 
volume is less. The rate of movement for fine- 
grained materials, such as clay, will be slow due to 
the small pore size, and it may not yield sufficient 
water to wells to be considered an aquifer. However, 
the sand is considered an aquifer, even though they 
yield a smaller volume of water, because they will 
yield water to a well. 


The water table is not stationary but moves up or 
down depending on surface conditions such as excess 
precipitation, drought, or heavy use. Formations 
where the top of the saturated zone or water table 
define the upper limit of the aquifer are called uncon- 
fined aquifers. The hydraulic pressure at any level with 
an aquifer is equal to the depth from the water table, 
and there is a type known as a water-table aquifer, 
where a well drilled produces a static water level which 
stands at the same level as the water table. 


A local zone of saturation occurring in an aerated 
zone separated from the main water table is called a 
perched water table. These most often occur when 
there is an impervious strata or significant particle- 
size change in the zone of aeration, which causes the 
water to accumulate. A confined aquifer is found 
between impermeable layers. Because of the confining 
upper layer, the water in the aquifer exists within the 
pores at pressures greater than the atmosphere. This is 
termed an artesian condition and gives rise to an arte- 
sian well. 


Groundwater can be pumped from any aquifer 
that can be reached by modern well-drilling apparatus. 
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Once a well is constructed, hydraulic pumps pull the 
water up to the surface through pipes. As water from 
the aquifer is pulled up to the surface, water moves 
through the aquifer towards the well. Because water is 
usually pumped out of an aquifer more quickly than 
new water can flow to replace what has been with- 
drawn, the level of the aquifer surrounding the well 
drops, and a cone of depression is formed in the imme- 
diate area around the well. 


Groundwater can be polluted by the spilling or 
dumping of contaminants. As surface water percolates 
downward, contaminants can be carried into the aqui- 
fer. The most prevalent sources of contamination are 
waste disposal, the storage, transportation and han- 
dling of commercial materials, mining operations, and 
nonpoint sources such as agricultural activities. Two 
other forms of groundwater pollution are the result of 
pumping too much water too quickly, so that the rate 
of water withdrawal from the aquifer exceeds the rate 
of aquifer recharge. In coastal areas, salty water may 
migrate towards the well, replacing the fresh water 
that has been withdrawn. This is called saltwater intru- 
sion. Eventually, the well will begin pulling this salt 
water to the surface; once this happens, the well will 
have to be abandoned. A similar phenomenon, called 
connate ascension, occurs when a freshwater aquifer 
overlies a layer of sedimentary rocks containing con- 
nate water. In some cases, overpumping will cause the 
connate water to migrate out of the sedimentary rocks 
and into the freshwater aquifer. This results in a brack- 
ish, briney contamination similar to the effects of a 
saltwater intrusion. Unlike saltwater intrusion, how- 
ever, connate ascension is not particularly associated 
with coastal areas. 


Groundwater has always been an important 
resource, and it will become more so in the future as 
the need for good quality water increases due to urban- 
ization and agricultural production. Approximately 
half of the drinking water in the United States comes 
from groundwater. In rural areas almost all the drink- 
ing water is from groundwater sources. For these rea- 
sons every precaution should be taken to protect 
groundwater purity. Once contaminated, groundwater 
is difficult, expensive, and sometimes impossible to 
clean up. 
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[ Group 


A group is a simple mathematical system, so basic 
that groups appear wherever one looks in mathe- 
matics. Despite the primitive nature of a group, math- 
ematicians have developed a rich theory about them. 
Specifically, a group is a mathematical system consist- 
ing of a set G and a binary operation *, which has the 
following properties: 


[1] x*y is in G whenever x and y are in G (closure). 


[2] (x*y)*z = x*(y*z) for all x, y, and z in G 
(associative property). 


[3] There exists an element e in G such that 
e*x = x*e = x for all x in G (existence of an identity 
element). 


[4] For any element x in G, there exists an element 
y such that x*y = y*x = e (existence of inverses). 


Note that commutativity is not required. That is, 
it need not be true that x*y = y*x for all x and yin G. 


One example of a group is the set of integers, 
under the binary operation of addition. Here the sum 
of any two integers is certainly an integer, 0 is the 
identity, -a is the inverse of a, and addition is certainly 
an associative operation. Another example is the set of 
positive fractions, m/n, under multiplication. The 
product of any two positive fractions is again a pos- 
itive fraction, the identity element is 1 (which is equal 
to 1/1), the inverse of m/n is n/m, and, again, multi- 
plication is an associative operation. 


The two examples we have just given are examples 
of commutative groups. These are also known as 
Abelian groups in honor of Niels Henrik Abel (1802- 
1829), a Norwegian mathematician who was one of the 
early users of group theory. For an example of a non- 
commutative group consider the permutations on the 
three letters a, b, and c. All six of them can be described by 


Gea (ear eee eat 
abc/ \acb/ \bac/ \bca/ \cab/ \cba 


P Q R S T 
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I is the identity; it sends a into a, b into b, and c 
into c. P then sends a into a, b into c, and c into b. 
Q sends a into J, b into a, and c into c and so on. Then 
P* Q = R since P sends a into a and Q then sends 
that a into b. Likewise P sends b into c and Q then 
sends that c into c. Finally, P sends c into b and Q 
then sends that 5 into a. That is the effect of first 
applying P and then Q is the same as R. 


Following the same procedure, we find that 
* = S, which demonstrates that this group is not 
commutative. A complete “multiplication” table is: 


AOHAw-— v/s 
nHnAwws—-ALNDIO 
V-HAD AA 
OA -DANYH 
—-VvVOAwAHAlA 


AnnAHs- 
AnnANOwv-l|- 


From the fact that I appears just once in each row 
and column we see that each element has an inverse. 
Associativity is less obvious but can be checked. 
(Actually, the very nature of permutations allows 
us to check associativity more easily.) Among each 
group there are subgroups—subsets of the group 
which themselves form a group. Thus, for example, 
the set consisting of I and P is a subgroup since P* P 
= I. Similarly, I and T form a subgroup. 


Another important concept of group theory is that 
of isomorphism. For example, the set of permutations 
on three letters is isomorphic to the set of symmetries of 
an equilateral triangle. The concept of isomorphism 
occurs in many places in mathematics and is extremely 
useful in that it enables us to show that some seemingly 
different systems are basically the same. 


The term “group” was first introduced by the 
French mathematician Evariste Galois in 1830. His 
work was inspired by a proof by Abel that the general 
equation of the fifth degree is not solvable by radicals. 
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| Grouse 


Grouse (and ptarmigan) are medium-sized birds 
in the family Tetraonidae, order Galliformes. Grouse 
and ptarmigan are often hunted for food and sport, 
and are sometimes broadly referred to as upland 
gamebirds because they are not hunted in wetlands, 
as are ducks and geese. 


Grouse are ground-dwelling birds with a short, 
turned-down bill. They have long, heavy feet with a 
short elevated fourth toe behind the short, rounded 
wings. Grouse have feathered ankles, and most grow 
fringes of feathers on their toes in the winter. In addi- 
tion, the nostrils are feathered, and some species have 
a bright colored patch around the eyes. 


Grouse are found throughout the temperate 
and more northerly zones of Eurasia and North 
America. There are 10 species of grouse in North 
America: blue grouse (Dendragapus obscurus), spruce 
grouse (Canachites canadensis), ruffed grouse (Bonasa 
umbellus), sharp-tailed grouse (Pedioecetes phasianel- 
lus), sage grouse (Centrocercus urophasianus), greater 
prairie chicken (Tympanuchus cupido), lesser prairie 
chicken (7. pallidicinctus), willow ptarmigan (Lagopus 
lagopus), rock ptarmigan (L. mutus), and white-tailed 
ptarmigan (L. Jeucurus). These grouse utilize most of 
the major habitat types of North America, with partic- 
ular species being adapted to tundra, boreal forest, 
temperate forest, heathlands, or grasslands. The caper- 
callie (Tetrao urogallus) is found in coniferous forests in 
Europe and Asia. 


Throughout their range, grouse are hunted inten- 
sively. Fortunately, they have a high reproductive 
capability, and if conserved properly, can be harvested 
sustainably. In most areas, the most important threats 
to grouse are not from hunting, but from the more 
insidious effects of habitat loss. This effect on grouse is 
primarily associated with the conversion of their nat- 
ural and seminatural habitat to agricultural or urban 
use, or to extensive practice of plantation forestry. As 
a result, grouse and other wildlife are displaced. 


Wildlife biologists have been able to develop man- 
agement systems that can accommodate many types of 
agricultural and forestry activities, as well as the needs 
of most species of grouse. In North America, for 
example, economically productive forestry can be con- 
ducted in ways that do not degrade, and in fact can 
enhance, the habitat of certain species of grouse. 
Systems of comanagement for ruffed grouse and for- 
estry are especially well known. 


The ruffed grouse is the most commonly hunted 
upland gamebird in North America, with about six 


GALE ENCYCLOPEDIA OF SCIENCE 4 


million birds being harvested each year; an additional 
two million of other species of grouse and ptarmigan 
are also killed annually. Ruffed grouse prefer a tem- 
perate forest mosaic, with both mature stands and 
younger brushy habitats of various ages, with a great 
deal of edge habitat among these types. Ruffed grouse 
can utilize a wide range of habitat types, but they do 
best in hardwood-dominated forests with some coni- 
fers mixed in. The most favored variety of forest is 
dominated by poplars (especially trembling aspen, 
Populus tremuloides) and birches (especially white 
birch, Betula papyrifera), but stands of various ages 
are required. In Minnesota, it has been found that 
clear-cuts of aspen forest develop into suitable breed- 
ing habitat for ruffed grouse after 4-12 years of regen- 
eration. These maturing sites are utilized as breeding 
habitat for 10-15 years. Older, mature aspen stands are 
also important to ruffed grouse, especially as winter- 
ing habitat. In general, to optimize habitat for ruffed 
grouse over much of its eastern range, a forest can be 
managed to create a mosaic of stands of different ages, 
each fewer than about 25 acres (10 hectares) in size. 


In some circumstances, grouse hunting can be a 
more important use of the land than agriculture or 
forestry. In such instances, the needs of these birds 
are the primary consideration for landscape managers. 
This is the case where grouse hunting on large estates is 
a popular sport, for example, in Britain and some 
other European countries. In Scotland, upland heaths 
of red grouse (known as the willow ptarmigan in 
North America) are periodically burned by wildlife 
managers. This treatment stimulates the flowering 
and sprouting of fresh shoots of heather (Ca/luna 
vulgaris), an important food of the red grouse. The 
burnt patches are arranged to create a larger habitat 
mosaic that includes recently burned areas, older 
burns, and mature heather. 


Although some species of grouse can be effectively 
managed for sustainable hunting, and the effects of 
many types of forestry and agricultural practices can 
be mitigated, it should be pointed out that other spe- 
cies of grouse have fared less well. In North America, 
the greater prairie chicken was once abundant in tall- 
grass and mixed-grass prairies and coastal heathlands. 
However, this species is now rare and endangered over 
its remaining, very-much contracted range, because 
most of its original habitat has been converted to 
intensively managed agriculture. One subspecies, 
known as the heath hen (7. c. cupido), was once abun- 
dant in coastal grasslands and heath barrens from 
Massachusetts to Virginia. However, largely because 
of habitat loss in combination with overhunting, the 
heath hen became extinct in 1932. Another subspecies, 
Attwater’s greater prairie chicken (T. c. attwateri), was 
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formerly abundant in coastal prairies of Texas and 
Louisiana, but this endangered bird is now restricted 
to only a few isolated populations. 


Bill Freedman 


l Growth and decay 


Growth and decay refers to a class of problems in 
mathematics that can be modeled or explained using 
increasing or decreasing sequences (also called series). 
A sequence is a series of numbers, or terms, in which 
each successive term is related to the one before it by 
precisely the same formula. 


There are many practical applications of sequen- 
ces. One example is predicting the growth of human 
populations. Population growth or decline has an 
impact on numerous economic and environmental 
issues. When the population grows, so does the rate 
at which waste is produced, which in turn affects 
growth rate of landfill sites, nuclear waste dumps, 
and other sources of pollution. Various other growth 
rates also affect human lives. For instance, the growth 
rates of investments and savings accounts, affect a 
person’s economic well-being. Understanding the 
mathematics of growth is very important. For exam- 
ple, predicting the rate at which renewable resources, 
including the forests, marine life, and wildlife, natu- 
rally replenish themselves, helps prevent excessive har- 
vesting that can lead to population declines and even 
extinction. 


Arithmetic growth and decay 


Arithmetic growth is modeled by an arithmetic 
sequence. In an arithmetic sequence, each successive 
term is obtained by adding a fixed quantity to the 
previous term. For example, an investment that 
earns simple interest (not compounded) increases by 
a fixed percentage of the principal (original amount 
invested) in each period that interest is paid. A one- 
time investment of $1,000, in an account that pays 5% 
simple interest per year, will increase by $50 per year. 
The growth of such an investment, left in place for a 
10-year period, is given by the sequence, where the first 
entry corresponds to the balance at the beginning of 
the first year, the second entry corresponds to the 
balance at the beginning of the second year and so 
on. A sequence that models growth is an increasing 
sequence, one that models decay is a decreasing 
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sequence. For instance, some banks require depositors 
to maintain a minimum balance in their checking 
accounts, or else pay a monthly service charge on the 
account. If an account, with a required minimum of 
$500, has $50 in it, and the owner stops using the 
account without closing it, then the balance will 
decrease arithmetically each month, by the amount 
of the monthly service charge, until it reaches zero. 


Geometric growth and decay 


Geometric growth and decay are modeled with 
geometric sequences. A geometric sequence is one in 
which each successive term is multiplied by a fixed 
quantity. In general, a geometric sequence is one of 
the form, where P; = cPp, P2 = cP), P3 = cPo,..., Pa 
= cP,.,,andcisa constant called the common ratio. If 
cis greater than 1, the sequence is increasing. If c is less 
than 1, the sequence is decreasing. The rate at which an 
investment grows when it is deposited in an account 
that pays compound interest is an example of a geo- 
metric growth rate. Suppose an initial deposit of Po is 
made in a bank paying a fixed interest rate that is 
compounded annually. Let the interest rate in decimal 
form be r. Then, the account balance at the end of 
the first year will be P;} = (Pp + r Po) = (1 +r) Po. At 
the end of the second year, the account balance will be 
P, = (P; + rP;) = (1 + r)P;. By continuing in this 
way, it is easy to see that the account balance in any 
given year will be equal to (1 + r) times the previous 
years balance. Thus, the growth rate of an initial 
investment earning compound interest is given by the 
geometric sequence that begins with the initial invest- 
ment, and has a common ratio equal to the interest 
rate plus 1. 


This same compounding model can be applied to 
population growth. However, unlike the growth of an 
investment, population growth is limited by the avail- 
ability of food, water, shelter, and the prevalence of 
disease. Thus, population models usually include a 
variable growth rate, rather than a fixed growth rate, 
that can take on negative as well as positive values. 
When the growth rate is negative, a declining popula- 
tion is predicted. One such model of population 
growth is called the logistic model. It includes a vari- 
able growth rate that is obtained by comparing the 
population in a given year to the capacity of the envi- 
ronment to support a further increase. In this model, 
when the current population exceeds the capacity of 
the environment to support the population, the quan- 
tity in parentheses becomes negative, causing a subse- 
quent decline in population. 


Still another example of a process that can be 
modeled using a geometric sequence is the process 
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KEY TERMS 


Limit—A limit is a bound. When the terms of a 
sequence that are very far out in the series grow 
ever closer to a specific finite value, without ever 
quite reaching it, that value is called the limit of the 
sequence. 


Mathematical model—A mathematical model is 
the expression of a physical law in terms of a spe- 
cific mathematical concept. 


Rate—A rate is a comparison of the change in one 
quantity with the simultaneous change in another, 
where the comparison is made in the form of a ratio. 


Sequence—A sequence is a series of terms, in 
which each successive term is related to the one 
before it by a fixed formula. 


of radioactive decay. When the nucleus of a radio- 
active element decays, it emits one or more alpha, 
beta or gamma particles, and becomes stable (non- 
radioactive). This decay process is characteristic of 
the particular element undergoing decay, and depends 
only on time. Thus, the probability that one nucleus 
will decay is given by: Probability of Decay = At, 
where A depends on the element under consideration, 
and t is an arbitrary, but finite (not infinitesimally 
short), length of time. If there are initially No radio- 
active nuclei present, then it is probable that NoAt 
nuclei will decay in the time period t. At the end of 
the first time period, there will be N; = (No - NoAt) or 
N,; = No (1 - At) nuclei present. At the end of the 
second time period, there will be Ny = N, (1 - At), 
and so on. Carrying this procedure out for n time 
periods results in a sequence similar to the one describ- 
ing compound interest, however, i is such that this 
sequence is decreasing rather than increasing. 


In order to express the number of radioactive 
nuclei as a continuous function of time rather than a 
sequence of separated times, it is only necessary to 
recognize that t must be chosen infinitesimally small, 
which implies that the number of terms, n, in the 
sequence must become infinitely large. To accomplish 
this, the common ratio is written (1 - At/n), where t/n 
will become infinitesimally small as n becomes infin- 
itely large. Since a geometric sequence has a common 
ratio, any term can be written in the form T,+; = 
c"To, where Ty is the initial term, so that the number of 
radioactive nuclei at any time, t, is given by the 
sequence N = N,(1 - At/n)"” when n approaches infin- 
ity. It is well known that the limit of the expression 
(1 + x/n)" as n approaches infinity equals e*, where e is 
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the base of the natural logarithms. Thus, the number 
of radioactive nuclei present at any time, t, is given by 
N = Noe™*, where No is the number present at the time 
taken to bet = 0. 


Finally, not all growth rates are successfully mod- 
eled by using arithmetic or geometric sequences. Many 
growth rates are patterned after other types of sequen- 
ces, such as the Fibonacci sequence, which begins with 
two Is, each term thereafter being the sum of the two 
previous terms. (The Fibonacci sequence was named 
after Italian mathematician Leonardo of Pisa [c. 1170— 
1250], who was also known as Leonardo Fibonacci, or 
simply Fibonaccci.) The population growth of male 
honeybees is an example of a growth rate that follows 
the Fibonacci sequence. 


See also Fibonacci sequence. 


Resources 


BOOKS 

Bittinger, Marvin L, and Davic Ellenbogen. Intermediate 
Algebra: Concepts and Applications. 6th ed. Reading, 
MA: Addison-Wesley Publishing, 2001. 

Burton, David M. The History of Mathematics: An 
Introduction. New York: McGraw-Hill, 2007. 

Jeffrey, Alan. Mathematics for Engineers and Scientists. 
Boca Raton, FL: Chapman & Hall/CRC, 2005. 

Lyublinskava, Irina E. Connecting Mathematics with 
Science: Experiments for Precalculus. Emeryville, CA: 
Key Curriculum Press, 2003. 

Setek, William M. Fundamentals of Mathematics. Upper 
Saddle River, NJ: Pearson Prentice Hall, 2005. 


James Maddocks 


| Growth hormones 


Several polypeptide hormones play important roles 
in growth and cell reproduction in humans and other 
vertebrates. The major human growth hormone (hGH), 
sometimes also called somatotropin or somatropin, is a 
protein made up of 191 amino acids secreted by the 
anterior pituitary and coordinates normal growth and 
development. Human growth is characterized by two 
spurts, one at birth and the other at puberty. hGH plays 
an important role at both of these times. 


Normal individuals have measurable levels of 
hGH throughout life. Yet, levels of hGH fluctuate 
during the day and are affected by eating and exercise. 
Receptors that respond to hGH exist on cells and 
tissues throughout the body. The most obvious effect 
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of hGH is on linear skeletal development. However, 
the metabolic effects of hGH on muscle, liver, and fat 
cells are critical to its function. Humans have two 
forms of hGH, and the functional difference between 
the two is unclear. They are both formed from the 
same gene, but one lacks the amino acids in positions 
32 through 46. 


Additional hormones that affect growth are the 
somatomedins, thyroid hormones, androgens, estro- 
gens, glucocorticoids, and insulin. Somatomedins are 
small proteins produced in the liver in response to 
stimulation by hGH. The two major somatomedins 
are insulin-like growth factor I and H (IGF-I and 
IGF-II). IGF-I causes increased cartilage growth 
and collagen formation, and its plasma levels peak 
between the ages of 13 and 17 years. IGF-II is impor- 
tant during fetal development and is present at con- 
stant levels in adult brains; however, its neuronal role 
is unclear. IGH-II increases protein synthesis as well 
as RNA (ribonucleic acid) and DNA synthesis. Levels 
of all these hormones are measured in the plasma, 
which is the liquid, cell-free, portion of blood. 


Normal growth 


Normal growth is regulated by hormones, but is 
also greatly influenced by genetic makeup and nutri- 
tion. Parental stature and growth patterns are usually 
indicative of the same in their offspring. Poor nutrition 
will negatively affect the growth process. This nutri- 
tional boost to growth occurs at conception, and must 
continue through embryonic and fetal development. 


Newborn babies have high hGH levels, which 
continue through early infancy. Baseline plasma levels 
of hGH are normal, however, through childhood until 
puberty, when the resting plasma hGH level increases. 
Metabolically, hGH functions to increase the rate of 
protein synthesis in muscle, increase the rate of fat 
breakdown in fatty tissue, and decrease the rate of 
glucose use by tissues, resulting in an increase in glu- 
cose output by the liver. In the gastrointestinal tract, 
(GI) growth hormone increases absorption of calcium, 
an increase in metabolic rate, and a decrease in sodium 
and potassium excretion. The sodium and potassium 
are thought to be diverted to growing tissues. In essence, 
hGH frees up energy to build up tissues. hGH creates an 
increase in both cell sizes and numbers. 


hGH is produced in the anterior portion of the 
pituitary gland under the control of hormonal signals 
in the hypothalamus. Two hypothalamic hormones 
regulate hGH; they are growth hormone-releasing hor- 
mone (GHRH) and growth hormone-inhibiting hor- 
mone (GHIH). When blood glucose levels fall, GHRH 
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triggers the secretion of stored hGH. As blood glucose 
levels rise, GHRH release is turned off. Increases in 
blood protein levels trigger a similar response. As a 
result of this hypothalamic feedback loop, hGH levels 
fluctuate throughout the day. Normal plasma hGH 
levels are 1 to 3 ng/ml with peaks as high as 60 ng/ml. 
In addition, plasma glucose and amino acid availability 
for growth is also regulated by the hormones: adrena- 
line, glucagon, and insulin. 


Most hGH is released at night. Peak spikes of 
hGH release occur around ten in the evening, mid- 
night, and two in the morning. The logic behind this 
night-time release is that most of hGH’s effects are 
mediated by other hormones, including the somato- 
medins, IGH-I and IGH-II. As a result, the effects of 
hGH are spread out more evenly during the day. There 
is also evidence that GH secretion in humans follows a 
sexually dimorphic pattern, meaning that secretion 
patterns and levels of hormone are different in males 
and females. 


Other fluctuations in growth occur naturally or 
because of illness. Growth slows in sick children, so 
that resources are channeled to heal. However, most 
children experience a catch-up acceleration of growth 
after a sick period. This growth can be as much as 400 
above normal, but resumes normal levels once the 
child has caught up. Children given long treatments 
with steroids may experience hindered growth, as ste- 
roids stop growth. 


Factors influencing hGH secretion include diet 
(nutrition) and stressors. Inhibition of hGH secretion 
occurs with high blood glucose levels, steroid use, and 
during REM sleep. Human growth hormone secretion 
increases with ingestion of a protein meal, deep sleep, 
low blood glucose levels, fasting, exercise, physical 
stress (such as infection or trauma), and psychological 
stress. 


A second major growth spurt occurs at puberty 
with the coupled effect of sex hormones on growth. 
Puberty usually occurs earlier in girls (around the ages 
of age 10 to 12 years) than in boys (a few months later). 
During puberty, the epiphyseal ends of long bones 
begin to close, signaling the end of length growth. 
This closure is usually completed by the age of 20 
years. 


Abnormal growth 


A number of hormonal conditions can lead to 
excessive or diminished growth. Because of its critical 
role in producing hGH and other hormones, an 
aberrant pituitary will often yield altered growth. 
Dwarfism (very small stature) can be due to lack 
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or under-production of hGH, lack of IGH-I, abnor- 
malities in GH receptor or other changes leading to 
irresponsiveness of the target tissues to GH. 
Overproduction of hGH or IGH-I or an exaggerated 
response to these hormones can lead to gigantism or 
acromegaly both characterized by a very large stature. 


Short stature can result not only from total absence 
of hGH, but also from GH deficiency. Children defi- 
cient in hGH have normal size at birth, but their post- 
natal growth is decreased leading to short stature, 
delayed bone maturation and delayed puberty. In con- 
trast, absence of hGH can cause smaller birth lengths. 


Gigantism is the result of hGH overproduction in 
early childhood leading to a skeletal height up to 8 ft 
(2.5 m) or more. Another condition, called acromegaly 
results from overproduction of hGH in adulthood. In 
this condition, the epiphyseal plates of the long bones 
of the body do not close, and they remain responsive 
to additional stimulated growth by hGH leading to 
increased bone thickness and length. People diagnosed 
with acromegaly develop increasingly enlarged and 
exaggerated facial bones. Also, acromegalic patients 
have pronounced, enlarged joints such as in the hands, 
feet, and spine. 


Simple variation in height are due, in part, to a 
range of hGH levels due to factors already mentioned. 
However, parents concerned about their child’s 
growth should discuss this with a pediatrician. hGH 
levels can be evaluated, and hormone therapy using 
synthetic hGH is a possibility. The hGH that is ther- 
apeutically used is now produced using genetic engi- 
neering. Recombinant human growth hormone 
(rhGH) is a protein produced from genetically altered 
cells. General growth patterns vary normally, how- 
ever, and bone age is actually a more accurate reflec- 
tion of regular development than age itself. Some 
children can be as much as a year off of average 
development. These children’s growth rates may 
catch up or slow down compared to their peers. 
Growth patterns often follow family trends, such 
that if a boy’s father was relatively small until puberty, 
during which time he outgrew his peers, and then the 
boy may repeat this path. Some debate exists over the 
use of genetically engineered hGH to treat small stat- 
ure. Some have debated that using hGH simply to 
make people taller is unethical and an example of 
science tampering with processes best left untouched. 


Aging and growth hormone therapy in adults 


Studies on mouse models aberrant in GH signal- 
ing indicate that dwarf mice live longer than normal or 
oversized ones. It appears that the impairment of GH 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH2) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 


Epiphyseal closure—Closure of the epiphyses, the 
cartilaginous stretch next to a bone’s end, which 
signifies the end of linear growth. 


Hypothalamus—A region of the brain comprised of 
several neuronal centers, one of which regulates 
human growth hormone production in the pituitary. 


Plasma—The non-cellular, liquid portion of blood. 


Somatotrophs—Cells in the anterior pituitary 
which produce somatotropin, human growth hor- 
mone (hGH). 


signaling reduces IGF-1 levels dramatically, and 
implicates IGF-1 as regulator of aging. However, in 
presence of some other hormonal abnormalities in 
some of the mouse models it is impossible to dissect 
out the effects of GH and IGF-1 alone. 


Independent of the animal studies, the use of GH 
for fighting off obesity, increasing energy, and as an 
anti-aging hormone increases. As people age GH lev- 
els GH decrease. Some people want to prolong youth, 
so a market for drugs to prolong youth has been 
created, and it steadily increases as more people strive 
to stay young and active. Some people have a medical 
condition known as growth hormone deficiency. 
Defining it is problematic as there is not one universal 
definition. Growth hormone deficiency occurring in 
adults is associated with increased abdominal fatness, 
reduced muscle mass and strength, increased risk for 
cardiovascular disease, memory difficulties, and psy- 
chological problems. Treatment of adults with GH 
deficiency by hormone replacement is not universally 
accepted and is still being tested for efficacy and long- 
term side effects. The trials up to date indicate that 
patients treated with GH had reduced fat-mass and 
some improvements in quality of life. 


Recent advances 


Growth hormones that were made synthetically 
became available for the first time in the United States 
in 2005. The companies that offer such products claim 
that their synthetic counterparts to natural growth 
hormones are identical in characteristics. 


See also Physiology. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Resources 


BOOKS 

Anatomy & Physiology Made Incredibly Easy. Philadelphia, 
PA: Lippincott Williams & Wilkins, 2005. 

Campbell, Neil A. Essential Biology with Physiology. San 
Francisco, CA: Pearson/Benjamin CUmmings, 2004. 

Germann, William J. Principles of Human Physiology. San 
Francisco, CA: Pearson Benjamin Cummings, 2005. 

Van De Graaff, Kent M., and R. Ward Rhees, eds. Human 
Anatomy and Physiology: Based on Schaum’s Outline of 
Theory and Problems of Human Anatomy and 
Physiology. New York: McGraw-Hill, 2001. 


PERIODICALS 

Partridge, Linda, and David Gems, “Mechanisms of Aging: 
Public Or Private?” Nature Reviews: Genetics (March 
2002):165-175. 

Carter, Christy S., Ramsey, Melinda M., and William 
E. Sonntag, “A Critical Analysis of the Role of Growth 
Hormone and IGF-1 in Aging and in Lifespan.” Trends 
in Genetics (June 2002):295—301 


Louise Dickerson 


Guanacos see Camels 


Guava see Myrtle family (Myrtaceae) 


| Guenons 


Guenons are small to medium-sized monkeys wide- 
spread throughout sub-Saharan Africa. These primates 
are Classified in the infraorder of Old World simian 
primates (Cataffhina) and the family Cercopithecidae. 
Their genus, Cercopithecus, is large, very diverse, and 
successful. 


The Cercopithecidae family consists of two subfa- 
milies: the omnivorous Cercopithecinae (including 
guenons, talapoin, and baboons from Africa) and 
the vegetarian Colobinae. There are approximately 19 
species of monkeys in the genus Cercopithecus and more 
than 70 subspecies. These species are: L’Hoest’s 
monkey (C. /hoesti), the diana monkey (C. diana), 
DeBrazza’s monkey (C. neglectus), the mona monkey 
(C. mona), the crowned guenon (C. pogonias), the lesser 
white-nosed guenon (C. petaurista), the red-bellied gue- 
non (C. erythrogaster), the white-nosed guenon (C. nic- 
titans), the mustached guenon (C. cephus), the owl- 
faced guenon (C. hamilyni), Campbell’s monkey 
(C. campbelli), Dryas monkey (C. dryas), the red-eared 
monkey (C. erythrotis), the blue monkey (C. mitis), 
Preuss’s guenon (C. preussi), Sclater’s guenon 
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(C. sclateri), the sun-tailed monkey (C. solatus), the 
black-cheeked white-nosed monkey (C. ascanius), and 
Wolf's monkey (C. wo/fi). 


General characteristics 


While guenons vary greatly in coloring and facial 
characteristics, there are certain characteristics that 
they have in common. Generally, the guenon is a 
medium to large monkey, slender in build, measuring 
(head and body) 13-27.5 in (32.5-70 cm). Its tail is 
considerably longer than its body, ranging in length 
from 19.5-34 in (50-87.5 cm). Guenons are most active 
during the day, can be either terrestrial or arboreal, 
and walk on four feet, sometimes with slightly lifted 
wrists and ankles. While their jaws are short, they have 
well-developed cheek pouches. These pouches allow 
them to forage for food in open areas and then return 
to shelter to chew and swallow their food. 


All guenons are easily recognized by their colorful 
fur. They are usually grayish green on their backs and 
the tops of their heads, and get much lighter down their 
sides and on their stomachs and undersides—usually 
light gray to white. However, as many of their common 
names indicate, their coloring varies a great deal 
between species. Many species have ornamentation 
around their heads, such as white noses, white mus- 
taches, white beards, prominent side whiskers, white 
throats, and/or white or brown brow bands. Their legs 
can also be decorated, sometimes with white or beige 
stripes on their thighs or bright coloring on the insides 
of their legs. Furthermore, the coloring of the young is 
occasionally different from that of adults. 


The size and territory of guenon troops varies 
from species to species. Some species, such as the 
mustached guenons, stay within fairly strict territorial 
boundaries. Other species do not observe these boun- 
daries at all, and roam freely. Within guenon troops, 
the ranking system found with baboons is only very 
loosely established. 


The manner in which guenons feed is closely 
related to their habitat. For example, arboreal gue- 
nons primarily eat leaves and tree fruit. Reportedly, 
guenons in the wild will also eat eggs, although this has 
not been verified. In their natural habitats, they eat a 
wide variety of foods, such as fruits and vegetables, 
nuts, insects, birds, lizards, and other small animals. 


Breeding 


While guenons breed throughout the year, in some 
species, the births of the young are concentrated during 
specific times of the year. Pregnant for about seven 
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months, guenon mothers usually bear one baby, 
although twins sometime occur. The newborn clings 
to the mother’s stomachs, supported by the mother’s 
hand. According to scientists, some species of guenon 
newborns can walk after only a few days. At one or two 
months, they are active, and eat their first solid food. 
At four months, they can take care of themselves. 
Guenons mature sexually at the age of four years. 


Habitat 


While some guenons stray into the temperate cli- 
mates found in southern Africa or high altitudes, they 
mostly thrive in tropical conditions. To survive, these 
monkeys need a temperature of at least 70°F (21°C). 
They are most comfortable when the temperature is 
between 75—-85°F (24-29°C). 


Guenons live primarily in the tropical rainforest 
belt in Africa to the south of the Sahara Desert, but a 
few species have adapted to the forests along principle 
African rivers. Overall, the forest-dwelling species pre- 
fer to live deep within the shelter of forests. However, 
they often prefer to inhabit different types of forests. 
For example, some species like to live high in the can- 
opy and rarely come down to the lower branches or the 
forest floor. Other species are very active near the 
ground and commonly leave the trees. Interestingly, 
guenon distribution is heavily influenced by varying 
conditions. Population shifts sometimes cause migra- 
tions to areas previously uninhabited by guenons. 


Activity 


Like most monkeys, guenons are most active dur- 
ing the daytime. During the hottest part of the day, 
around noon, they rest, and groom themselves and 
each other. This is their only form of social contact. 
In the morning and late afternoon, they spend their 
time looking for food. While foraging, they communi- 
cate with each other through a series of peaceful calls. 
If a member of the troop encounters a dangerous 
situation, he emits a sharp barking sound, which is 
repeated by the troop members. On these occasions, 
all of the monkeys in the troop climb higher to get a 
better view of the danger. After doing so, the monkeys 
flee by running and jumping through the tree canopy. 
By extending their bodies vertically, guenons can leap 
very long distances from branch to branch. 


Guenon relatives 


The genus Cercopithecus has three offshoots that 
have adapted to other environmental conditions and 
evolved morphological traits that distinguish them 
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from other guenons. Consequently, some scientists 
have assigned them separate generic status. The first 
of these relatives, is the dwarf guenon. Known for- 
mally as Cercopithecus talapoin, the dwarf monkey has 
been classified by some scientists in a separate genus 
called Miopithecus. Other scientists place these gue- 
nons in a subgenus by the same name. This monkey is 
significantly smaller than all other guenons and has 
morphological traits (in body structure) are directly 
related to its reduced size. It is found is swampy forests 
and mangrove swamps near the coast. It eats plants, 
nuts, insects, and, on occasion, small animals. 


The second of these relatives is the swamp guenon 
(Cercopithecus nigroviridis). Like the dwarf guenon, it 
prefers to live in swampy forests. This monkey’s skull 
and other anatomical characteristics are similar to 
those of baboons. These differences, combined with 
significant behavioral and vocal differences, have 
caused some scientists to classify them in a separate 
genus (Allenopithecus). Other scientists, who allow a 
wide range of guenon characteristics, classify swamp 
guenons in the subgenus Allenopithecus within the 
genus Cercopithecus. Very little is known about these 
monkeys in the wild. In captivity, they are very agile 
and tireless. It is believed that they live in small groups 
and eat a vegetarian diet. 


The third relative of the guenon is the red guenon 
or dancing monkey, classified by taxonomists in the 
separate genus Erythrocebus. It is the only species of 
guenon that lives primarily in semi-arid savanna, 
avoiding forests even when threatened. Thus, it has 
made several adaptations distinguishing it from all of 
its relatives. These characteristics are: a rough coat, 
long and slender arms and legs, short hands and feet, 
and whiskers and mustaches on adult males. These 
guenons live in troops of 7-15, containing only one 
male. The male acts as a sentry, and is always looking 
for potential enemies. If something threatens the 
troop, the male red guenon distracts the animal while 
the others flee. Red guenons feed on plants, insects, 
and small animals. 


In captivity 


Often referred to as “organ grinder’s” monkeys, 
young guenons make gentle, trusting pets. If treated 
well, they usually have pleasing dispositions and like 
attention. However, as they mature or if they are mis- 
treated, they are large enough to become a threat. The 
dispositions of adult guenons can be unpredictable, 
sometimes bordering on aggressive. The males can 
inflict serious bites with their sharp canine teeth. 
Therefore, it is inadvisable to keep them as house pets. 
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In zoos, guenons are generally a public favorite. 
They are kept in family groups or pairs, and are fed a 
mixed diet of fruits, nuts, and vegetables. While gue- 
nons do not breed in captivity as readily as some other 
types of monkeys, breeding is not impossible. In fact, 
some zoos have been successful at interbreeding vari- 
ous guenon species. 


Rhesus monkeys have long been the staple to most 
scientist performing animal experiments. However, 
these monkeys have been getting more and more diffi- 
cult to secure. Consequently, guenons have increas- 
ingly been used for medical and pharmaceutical 
experiments. 


Guenons live a long time in captivity; some gue- 
nons have reportedly lived to be more than 20 years 
old in zoos. Indeed, one mona monkey lived to be 26 
years old in a United States zoo. While their life span 
may be as high as 25-30 years, guenons in the wild 
probably do not live to such an old age. 
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fl Guillain-Barre syndrome 


Guillain-Barre syndrome (GBS) is an acquired 
inflammatory, neurological disorder in which the 
immune system of the human body attacks portions 
of the body’s peripheral nervous system. The organ- 
ization National Institute of Neurological Disorders 
and Stroke (NINDS) classifies GBS as a syndrome 
rather than as a disease because no known disease- 
causing agent is associated with GBS. Also called 
acute inflammatory demyelinating polyneuropathy, 
among other terms, it causes progressive muscle weak- 
ness and paralysis (complete inability to use a partic- 
ular muscle or muscle group), which develops over 
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days or up to four weeks, and lasts several weeks or 
even months. About 85% of patients recover com- 
pletely, with no residual problems. 


Causes 


The classic scenario in GBS involves a patient who 
has just recovered from a typical, seemingly uncom- 
plicated viral infection. The most common preceding 
infection is a herpes infection (caused by cytomegalo- 
virus or Epstein-Barr virus), although a gastrointesti- 
nal infection with the bacteria Campylobacter jejuni is 
also common. About 5% of GBS patients have a 
surgical procedure as a preceding event, and patients 
with lymphoma or systemic lupus erythematosus have 
a higher than normal risk of GBS. In 1976-1977, a 
hugely increased number of GBS cases occurred, with 
the victims all patients who had been recently vacci- 
nated against the swine flu. The reason for this phe- 
nomenon has never been identified, and no other flu 
vaccine has caused such an increase in GBS cases. On 
average, in any given year, GBS affects about one to 
two people in every 100,000 people in the United 
States, a relatively rare rate. In 2006, that would relate 
to about 300 to 600 Americans. It is equally prevalent 
both genders, and in any age bracket. 


The cause of the weakness and paralysis of GBS is 
demyelination of the nerve pathways. Myelin is an insu- 
lating substance that is wrapped around nerves in the 
body, serving to speed conduction of nervous impulses. 
Without myelin, nerve conduction slows or ceases. GBS 
is considered an acute inflammatory demyelinating pol- 
yneuropathy (acute: having a short, severe course; 
inflammatory: causing symptoms of inflammation; 
demyelinating: destructive of the myelin sheath; poly- 
neuropathy: disturbance of multiple nerves). 


The basis for the demyelination is thought to be 
autoimmune (meaning that components of the 
patient’s own immune system go out of control, and 
direct themselves not against an invading virus or 
bacteria, but against parts of the body itself). Next to 
nothing is understood about why certain viruses, sur- 
gical events, or predisposing conditions cause a partic- 
ular patient’s system to swing into autoimmune 
overdrive. 


Symptoms 


Symptoms of GBS begin five days to three weeks 
following the seemingly ordinary viral infection 
(or other preceding event), and consist originally of 
weakness of the limbs (legs first, then arms, then 
face), accompanied by prickly, tingling sensations 
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(paresthesias). Symptoms are symmetric (affecting 
both sides of the body simultaneously), an important 
characteristic that helps distinguish GBS from other 
causes of weakness and paresthesias. Normal reflexes 
are first diminished, and then lost. The weakness ulti- 
mately affects all the voluntary muscles, eventually 
resulting in paralysis. Paralysis of the muscles of res- 
piration necessitates mechanical ventilation, occurring 
about 30% of the time. Very severely ill GBS patients 
may have complications stemming from other nervous 
system abnormalities that result in problems with fluid 
balance in the body, and blood pressure and heart 
rhythm irregularities. 


About 5% of all GBS patients die, most from 
cardiac rhythm disturbances. While the majority of 
patients recover fully, there are some patients (partic- 
ularly children) who have some degree of residual 
weakness, or even permanent paralysis. About 10% 
of GBS patients begin to improve, and then suffer a 
relapse. These patients suffer chronic GBS symptoms. 


Diagnosis 


Diagnosis of GBS is made by virtue of the cluster 
of symptoms (ascending muscle weakness and then 
paralysis) and by examining the fluid that bathes the 
brain and spinal canal (cerebrospinal fluid or CSF). 
This fluid is obtained by inserting a needle into the 
lumbar (lower back) region. When examined in a lab- 
oratory, the CSF of a GBS patient will reveal an 
increased amount of protein over normal, with no 
increase over the normal amount of white blood cells 
usually present in CSF. 


Treatment 


Treatment of GBS is usually only supportive in 
nature, consisting of careful monitoring of the poten- 
tial need for mechanical assistance in the event of 
paralysis of the muscles of respiration, as well as 
attention to the patient’s fluid and cardiovascular 
status. 


Plasmapheresis, performed early in the course of 
GBS, has been shown to shorten the course and 
severity of GBS, and consists of withdrawing the 
patient’s blood, passing it through a cell separator, 
and returning all the cellular components (red and 
white blood cells, platelets) along with either donor 
plasma or a manufactured replacement solution. This 
action is thought to rid the blood of the substances 
that are attacking the patient’s myelin. 


Recently, it has been shown that the use of high 
doses of immunoglobulin given intravenously (by drip 
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KEY TERMS 


Autoimmune—Immune response in which lym- 
phocytes mount an attack against normal body 
cells. 


Inflammatory—Having to do with inflammation. 
Inflammation is the body’s response to either 
invading foreign substances (such as viruses or bac- 
teria) or to direct injury of body tissue. 


Myelin—The substance that is wrapped around 
nerves, and that is responsible for speed and effi- 
ciency of impulses traveling through those nerves. 
Demyelination is when this myelin sheath is dis- 
rupted, leaving bare nerve, and resulting in slowed 
travel of nerve impulses. 


through a needle in a vein) may be just as helpful as 
plasmapheresis. Immunoglobulin is a substance natu- 
rally manufactured by the body’s immune system in 
response to various threats. It is interesting to note 
that corticosteroid medications (such as prednisone), 
often the mainstay of anti-autoimmune disease treat- 
ment, are not only unhelpful, but may in fact be 
harmful to patients with GBS. 


Patients with certain characteristics tend to have a 
generally worse outcome from GBS. These include 
people of older age, those who required breathing 
support with a mechanical ventilator, and those who 
had their worst symptoms within the first seven days. 
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[ Guinea pigs and cavies 


Guinea pigs, or cavies, are about 16 species of 
rodents in the family Caviidae. Guinea pigs are native 
to South America, occurring from Colombia and 
Venezuela in the north, to Brazil and northern 
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Argentina. These animals occur in rocky habitats, 
savannas, forest edges, and swamps, and can be rather 
common within their preferred habitat. 


Guinea pigs have a stout body, with a relatively 
large head, short limbs and ears, and a vestigial tail 
that is not visible externally. The molars of guinea pigs 
grow continuously, an adaptation to the tooth wear 
associated with their vegetarian diet. Guinea pigs 
weigh 16-25 oz (45-700 g), and have a body length 
of 9-14 in (22-36 cm). They have four digits on their 
fore feet, and three on the hind, with naked soles, and 
small but sharp nails. Females have a single pair of 
teats, or mammae. The fur of wild guinea pigs is 
coarse, long, dense, and generally brown or grayish. 
However, the fur of domesticated varieties can be 
quite variable in color and form—the fur can be 
short or angora-long, dense or thick, straight or 
curly, and colored white, brown, gray, red, or black, 
occurring in monotones or in piebald patterns. 


These nocturnal animals walk on four legs and are 
quick but not particularly fast runners. They live in 
burrows in small groups of several to ten individuals, 
and are rather vocal, emitting loud squeals, especially 
when warning the group of danger. Guinea pigs exca- 
vate their own dens, or they may take over diggings 
abandoned by other animals. They are vegetarian, 
eating a wide variety of plants. They tend to follow 
well-worn paths when they forage away from their 
burrows, and will quickly flee to the safety of their 
den at the first sign of potential danger. 


Guinea pigs give birth to one to four babies after a 
gestation period of 60-70 days. Wild animals can 
breed as often as twice each year, but pet guinea pigs 
will breed more frequently than this. The young are 
mobile within hours of birth, and are sexually mature 
after about 55-70 days. Guinea pigs have a potential 
longevity of eight years, but they average less than this 
in the wild, largely because they are important food for 
a wide range of predator species, including humans. 


The wild cavy (Cavia aperea tschudii) of Chile is 
believed to be the ancestor of the domestic guinea pig 
(Cavia aperea porcellus). The wild cavy is a montane 
and tundra species, living in habitats as high as 13,100 
ft (4,000 m). Other relatively common species include 
the Amazonian wild cavy (C. fulgida), the southern 
mountain cavy (Microcavia australis), and the rock 
cavy (Kerodon rupestris). The most widespread species 
is the aperea (Cavia aperea). 


The guinea pig was domesticated by Peruvian 
Incas in prehistoric times, and cultivated as a source 
of meat. They are still widely eaten in the highlands of 
Andean South America. The common name of the 
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domestic guinea pig is likely derived from their piggish 
squeals, their plump and round body form, and the 
likelihood that the first animals to arrive in Europe 
in the late sixteenth century were transported by an 
indirect route from the coast of West Africa (where 
Guinea is located), probably in slave-trading ships. 


Guinea pigs are widely used in medical and bio- 
logical research, and are commonly kept as pets. They 
are gentle animals that are easily tamed, do not bite, 
and fare well in captivity as long as they are kept 
warm. Guinea pigs live easily in an open-topped box 
(because they do not climb), with newspaper or saw- 
dust as bedding and to absorb their feces, a sleeping 
box, and a feeding bowl. If fed with a variety of grains 
and vegetables, guinea pigs do not need water to drink. 
Guinea pigs are social animals, and are happiest when 
kept with at least one other guinea pig. However, 
mature males will fight with each other, and are best 
maintained in separate cages. 


Bill Freedman 


| Guineafowl 


Guineafowl are six species of medium-sized terres- 
trial birds in the family Numididae, order Galliformes, 
which also includes other fowl-like birds, such as the 
grouse, ptarmigan, turkey, quail, peafowl, and pheas- 
ants. Guineafowl have sometimes been incorporated as 
a subfamily in the Phasianidae, the family that includes 
pheasants, grouse, prairie-chickens, and the wild 
turkey. 


The natural range of guineafowl is sub-Saharan 
Africa, the Arabian Peninsula, and Madagascar. 
However, these birds have been introduced to some 
other places, and are commonly kept in aviculture. 
The usual habitats of guineafowl are open forests, 
savannas, and grasslands. 


The range of body length of guineafowl is 17-29 in 
(43-75 cm). Their head and the upper part of their neck 
are devoid of feathers, but the skin is brightly colored 
in hues of blue, red, yellow, or gray. Some species have 
a bony structure known as a casque on the top of their 
head, while others have a wattle or other types of 
colored protuberances. Their bill is short but stout, 
the wings rather short and rounded, and the legs and 
feet are large and used for running and scratching in 
litter for their food of insects, seeds, roots, and rhi- 
zomes. The plumage is dark colored, but patterned 
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with white spots and bars. The sexes are similar in 
shape and color. 


Guineafowl are terrestrial birds. They are power- 
ful fliers, but only over a short distance. Guineafowl 
generally prefer to run swiftly from danger rather than 
fly. These birds do not migrate. 


The nests are crude scrapes on the ground, con- 
taining 2-20 eggs, which are brooded by the female. 
Both sexes care for the hatched young. Guineafowl are 
highly gregarious birds, occurring in large flocks, espe- 
cially during the non-breeding season, when they may 
also wander extensively. These flocks scatter readily 
when any bird perceives danger and utters an alarm 
call. The flock re-assembles later, as soon as one of the 
older, more-experienced males sounds an all-clear call. 


The largest and most ornamentally plumaged spe- 
cies is the vulturine guineafowl (Acryllium vulturinum) 
of central and east Africa. This is a relatively tall 
species, with long legs, an elongate neck, blue-skinned 
head, long downward hanging neck feathers known as 
hackles, a cobalt-blue breast, and a black body with 
white spots and stripes. 


The helmeted or domestic guineafowl (Numida 
meleagris) is originally from a wide range in sub- 
Saharan Africa, where it is commonly hunted as a 
game bird, as are other wild species of guineafowl. 
However, the helmeted guineafowl has also been 
domesticated. This species has long been kept in 
domestication in Africa and now more widely in trop- 
ical and south-temperate climates. Wild, naturalized 
populations also occur beyond the original range of 
this species, probably including the wild birds of 
Madagascar and smaller islands in the Indian Ocean, 
but also in Central America. The domestic guineafowl 
is kept as a source of meat and eggs, although it 
is used for these purposes much less commonly 
than the domestic chicken (Gallus gallus, family 
Phasianidae). The domestic guineafowl is also com- 
monly kept as a pet. 


| Gulls 


Gulls are 51 species of seabirds, in the subfamily 
Larinae of the family Laridae, which also includes the 
terns. Gulls occur in a wide range of coastal habitats, 
ranging from inland lakes, rivers, and wetlands, to 
marine shores and estuaries. Their distribution is vir- 
tually worldwide, but most species occur in the 
Northern Hemisphere. 
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A laughing gull (Larus atricilla) in flight. Laughing gulls have 
been known to perch on the head of a pelican and steal food 
when it opens its bill to shift its catch for swallowing. (Robert 
J. Huffman. Field Mark Publications.) 


Species of gulls range in body length from 8-32 in 
(20-81 cm). Their wings are long and pointed, and 
gulls have a short squared tail. The legs are short and 
stout, and the feet have webbing between the toes, 
useful for swimming. The bill is rather stout and 
hooked at the end. 


Gulls are typically white-colored, with the wings 
and back, known as the “mantle,” being colored gray 
or black. Some species have a black head during the 
breeding season. The sexes are alike in color and shape. 
Immature birds are usually much darker colored than 
the adults, but in a few species they are whiter. 


Gulls are strong fliers, and they can undertake long- 
distance movements for feeding or during their migra- 
tions. Gulls often soar and glide effortlessly, whenever 
possible using the wind and updrafts to transport them 
where they want to go. Gulls are gregarious animals, 
both during the breeding season when they nest in loose 
colonies and during the non-breeding season when they 
often occur in large foraging and roosting flocks. 


Gulls are highly omnivorous and opportunistic 
animals, eating a wide range of foods, depending on 
availability. However, they mostly feed on animal 
biomass, and less commonly on vegetation, especially 
fruits. Gulls are capable fishers, aerially spotting a fish 
as it swims near the surface and catching it in their 
beak. This is usually done either by picking the food 
off the surface of the water, or sometimes by catching 
the prey after a headlong, shallow plunge into the 
water. Gulls also predate on the young of other sea- 
birds when the opportunity presents itself. In addition, 
they scavenge carrion whenever it is available. Many 
species also scavenge the edible refuse of humans, near 
garbage dumps, fishing boats, fish-processing facto- 
ries, and similar sorts of places. 
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Gulls nest in loosely structured colonies, generally 
building a moundlike nest out of grasses and sea- 
weeds. Most species nest on the ground, but a few 
nest on cliff ledges. Gulls lay one to four greenish, 
speckled eggs. The eggs are incubated by both sexes 
of the pair, which also share the raising of the young. 
Depending on the species, gulls can take as long as 
four or five years to reach sexual maturity. Some 
species of gulls are long-lived, and leg-ringed individ- 
uals have reached ages greater than 40 years. 


Gulls in North America 


The name “sea-gull” does not really apply to any 
particular species of bird. However, this name would 
be most appropriately used to describe the herring gull 
(Larus argentatus), which is the world’s most widely 
distributed species of gull. The herring gull breeds 
extensively on the coasts of large lakes, rivers, and 
the oceans of North America and Eurasia. It spends 
the non-breeding season in the southern parts of its 
breeding range, and as far into the tropics as the 
equatorial coasts of Africa, the Americas, and 
Southeast Asia. The taxonomy of herring gulls has 
engendered some controversy among ornithologists 
due to confusion about the identity of subspecies and 
whether some of these should be considered as distinct 
species. Herring gulls breed freely with other seem- 
ingly distinct gulls, including the Iceland gull (Z. glau- 
coides), Thayer’s gull (LZ. thayeri), and even the 
considerably larger, glaucous gull (L. Ayperboreus). 


The world’s largest gull is the great black-backed 
gull (L. marinus). This large, black-mantled species 
breeds on the north Atlantic coasts of both North 
America and Europe. 


The glaucous-winged gull (L. glaucescens) is an 
abundant species on the west coast of North and 
Central America. The western gull (L. occidentalis) is 
a black-backed species of the west coast of North 
America and is rather similar to the lesser black-backed 
gull (L. fuscus) of Europe, which sometimes strays to 
North America during the non-breeding season. 


The ring-billed gull (L. delawarensis) is a common 
and widespread breeding gull, particularly on prairie 
lakes and on the Great Lakes, migrating to winter on 
the Atlantic and Pacific coasts. 


The California gull (L. californicus) breeds in large 
colonies on prairie lakes and winters along the Pacific 
coast. This is the species of gull that descended on 
the grasshopper-infested fields of the first Mormons 
in Utah, helping to save their new colony. When 
grasshoppers are abundant, these gulls will gorge 
themselves so thoroughly with these insects that they 
are temporarily unable to fly. 
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The laughing gull (L. atricilla) breeds on the coast of 
the Gulf of Mexico and the Atlantic states. Like other 
black-headed gulls, this species has a white head, with 
some black spots, during the non-breeding season. 
Franklin’s gull (ZL. pipixcan) is another black-headed 
species, breeding on small inland lakes, potholes, and 
marshes of the prairies, and migrating to the west coast 
of South America to spend the winter. Bonaparte’s gull 
(L. philadelphia) breeds beside lakes and in other wet- 
lands in the subarctic taiga and muskeg. This species 
commonly builds its nests in short spruce trees. 


The black-headed gull (Larus ridibundus) is a 
small, widespread European species, which has recently 
begun to breed in small numbers in eastern Canada, 
particularly in Newfoundland. 


Almost all species of gulls are in the genus Larus. 
One exception in North America is the kittiwake 
(Rissa tridactyla), a subarctic, highly colonial, cliff- 
nesting marine species that lacks the hind toe found 
in other species of gulls. The kittiwake breeds in large 
colonies in various places in the Canadian Arctic as 
well as in northern Eurasia. This species spends its 
non-breeding season feeding pelagically at sea, as far 
south as the tropics. 


Another non-Larus species is Sabine’s gull (Yema 
sabini), a fork-tailed gull that breeds in the arctic 
tundra of northern Canada, Greenland, Spitzbergen, 
and Siberia, and migrates down both the Atlantic and 
Pacific coasts to winter at sea off Peru and eastern 
South Africa. The ivory gull (Pagophila eburnea) is a 
rare, all-white species that only breeds in a few small 
colonies in the High Arctic of Canada and Siberia. 


Ross’s gull (Rhodostethia rosea) is another rare gull 
of the Arctic, breeding in a few places in eastern Siberia 
and, very rarely, at Hudson Bay in Canada. Ross’s gull 
is a particularly beautiful small-sized gull, with bright- 
red legs and subtly pink breast and face plumage. On 
rare occasions, individuals of Ross’s gull will wander to 
more southerly regions of North America, to the great 
excitement of many bird watchers. 


Gulls and people 


Because they are both omnivorous and opportun- 
istic in their feeding habits, some species of gulls have 
benefited greatly from certain human activities. In 
particular, gulls often feed on an amazing repertoire 
of foods at garbage dumps, especially if the daily 
refuse has not been covered over with a layer of dirt 
(as it would be in a sanitary landfill). Gulls also follow 
fishing boats, feeding on offal and by-catch as it is 
discarded overboard. In addition, gulls frequently 
patrol recently plowed agricultural land, where they 
feed on worms and other invertebrates that have been 
exposed by disturbance of the soil. 
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Offal—Wastes from the butchering of fish, mostly 
consisting of the head, spinal column with attached 
muscles, and the guts. Fishing boats that process 
their catch at sea commonly dispose of the offal by 
throwing it into the water. 

Pelagic—Refers to an animal that spends time at 
sea, far away from land. 


These and other opportunities provided to gulls 
by humans have allowed a tremendous increase in the 
populations and ranges of some species. Gulls whose 
populations in North America have shown especially 
large increases include the herring gull, great black- 
backed gull, ring-billed gull, laughing gull, and glau- 
cous-winged gull, among others. 


In places where they are common, gulls are often 
considered to be a significant nuisance. Gulls are most 
commonly regarded as pests at and near solid-waste 
disposal sites, where they generally pick over the gar- 
bage. The can also be considered a problem in parks 
and stadiums, where they forage for left-over foods. In 
cities and towns where municipal drinking water is 
stored in open reservoirs, the presence of large num- 
bers of gulls can result in fecal contamination of the 
water as a result of their copious defecations. Gulls are 
also a hazard to airplane navigation because of the 
risks of collisions. A single gull taken into a jet engine 
can easily ruin the machine and has resulted in air- 
plane crashes. However, some species of gulls benefit 
humans by feeding on large numbers of insects that 
might otherwise damage crops. 


The larger species of gulls, such as the herring and 
great black-backed gulls, can be formidable predators 
of the young of smaller seabirds. The increased pop- 
ulations of these predatory gulls have severely affected 
the breeding success and populations of some smaller 
species, especially terns. This is a serious conservation 
problem in many areas, and it may only be resolved by 
killing adult gulls with guns or poisons. The alterna- 
tive to this unsavory control strategy would likely be 
the local extirpation, and perhaps even global endan- 
germent of, the prey species. 


In many places gulls eggs are regarded as a deli- 
cacy and are collected as a subsistence food or to sell. 
To ensure freshness, all of the eggs in a colony are 
generally smashed on the first visit to the breeding site. 
Consequently, the age of any eggs that are collected on 
the second or subsequent visits is known. Adult or 
young gulls are also sometimes eaten by people, 
though this is not very common. 
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In spite of some of the problems with gulls, they are 
a favored group among bird-watchers. Numerous spe- 
cies of gulls can be seen in some places, especially during 
the non-breeding season. Birders often undertake field 
trips to those avian hot-spots, with the specific goal of 
identifying as many rare species of gulls as possible. 
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l Guppy 


One of the most popular species of freshwater 
topical fish is the guppy. The first specimens were 
brought to the British Museum in London for descrip- 
tion in 1859 by R. J. L. Guppy, a biologist from 
Trinidad (West Indies) after whom the fish is named. 
The species originally possessed the scientific name 
Lebistes reticulatus, but in 1963, the Latin name was 
changed to Poecilia reticulata and remains so today. 
While characteristically quite small in size, guppies 
display a wide range of colors and patterns, and 
many forms of elaborate fin and tail shapes. 


The modifications in color and fins create numer- 
ous varieties of the species. The brightest and most 
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ornate are termed fancy varieties and are highly prized 
as aquarium pets. Although colorful, male guppies 
average only 1.2 in (3 cm) in length, while the larger 
females average a mere 3 in (8 cm) long when mature. 


Guppies belong to the phylum Chordata within 
the kingdom Animalia. Like many evolutionarily 
advanced organisms (including birds, reptiles, and 
mammals), guppies are vertebrates, possessing spinal 
cords protected by a vertebral column. Guppies also 
belong to the class Osteichthyes, which is the group of 
organisms defined as “bony” fish. As members of this 
large group, guppies have a skeleton made of bone 
(unlike sharks which have skeletons made of carti- 
lage), homocercal tails (having equally sized upper 
and lower lobes), skin with embedded scales and 
mucus glands, and a swim bladder that helps control 
buoyancy. Guppies are also among the most evolutio- 
narily advanced group of bony fish, known as 
Teleosts. Teleosts have characteristically complex, 
extensible mouth to aid in prey capture. 


Guppies are tropical fish that prefer warm water 
temperatures between 73 and 83°F (22-28°C). They 
are a freshwater species native to Trinidad, 
Barbados, and Venezuela where they inhabit slow 
moving streams and relatively shallow lakes. In con- 
trast to other aquatic organisms, guppies give birth to 
live offspring. Displaying a characteristic termed ovo- 
viviparity, female guppies release live immature prog- 
eny (called fry) that developed from yolky eggs within 
the mother rather than deriving nourishment directly 
from the mother herself. Captive guppies feed readily 
on worms, small crustaceans, small insects, and plant 
matter in addition to commercially available flake 
food. The relative ease of care and breeding of gup- 
pies, in combination with their stunning varieties, 
make them very popular tropical tank species. 


Terry Watkins 


I Gutenberg discontinuity 


According to geophysicists, the Gutenberg disconti- 
nuity, also called D* (D double prime or D prime prime), 
occurs within the Earth’s interior at a depth of about 
1,800 mi (2,900 km) below the surface. At that depth 
there is an abrupt change in the seismic waves (generated 
by earthquakes or explosions) that travel through Earth. 
In addition, at this depth, primary seismic waves 
(P waves) decrease in velocity while secondary seismic 
waves (S waves) disappear completely. S waves shear 
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Gutta percha 


material, and cannot transmit through liquids, so it is 
conjectured that the unit above the discontinuity is solid, 
while the unit below is in a liquid, or molten, form. This 
distinct change marks the boundary between two sec- 
tions of Earth’s interior, known as the lower mantle 
(which is considered solid) and the underlying outer 
core (believed to be molten). 


The molten section of the outer core is thought to 
be about 1,292°F (700°C) hotter than the overlying 
mantle. It is also denser, probably due to a greater 
percentage of iron. This distinct boundary between 
the core and the mantle, which was discovered by the 
change in seismic waves at this depth, is often referred 
to as the core-mantle boundary, or the CMB. It is a 
narrow, uneven zone, and contains undulations that 
may be up to 3 to 5 mi (5-8 km) wide. These undula- 
tions are affected by the heat-driven convection activity 
within the overlying mantle, which may be the driving 
force of plate tectonics-motion of sections of Earth’s 
brittle exterior. These undulations in the core-mantle 
boundary are also affected by the underlying eddies 
and currents within the outer core’s iron-rich fluids, 
which are ultimately responsible for earth’s magnetic 
field. These irregularities have been discovered due to 
seismic tomography studies by scientists; that is, digital 
seismographic images of Earth’s interior. 


The boundary between the core and the mantle 
does not remain constant. As the heat of Earth’s inte- 
rior is constantly but slowly dissipating, the molten 
core within Earth gradually solidifies and shrinks, 
causing the core-mantle boundary to slowly move 
deeper and deeper within Earth’s core. Geophysicists 
believe that as the interior of Earth cools, the inner 
solid core increases in size by centimeters each year. 


The Gutenberg discontinuity was named after 
German-born American Beno Gutenberg (1889- 
1960) a seismologist who made several important con- 
tributions to the study and understanding of Earth’s 
interior. It has also been referred to as the Oldham- 
Gutenberg discontinuity, or the Weichhert-Gutenberg 
discontinuity. 


See also Earthquake; Tectonics. 


I Gutta percha 


Gutta percha is a rubberlike gum obtained from 
the milky sap of trees of the Sapotaceae family, which 
are found in Indonesia and Malaysia. Once of great 
economic value, gutta percha is now being replaced by 
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plastics in many items, although it is still used in some 
electrical insulation and dental work. The English 
natural historian John Tradescant (c. 1570-1638), 
introduced gutta percha to Europe in the 1620s, and 
its inherent qualities gave it a slow but growing place 
in world trade. By the end of World War II (1939- 
1945), however, many manufacturers switched from 
gutta percha to plastics, which are more versatile and 
cheaper to produce. 


Sumatra, one of the largest islands of Indonesia, is 
the world’s leading producer of gutta percha. The 
island is home to many plantations of Palaquium 
oblongifolia and Palaquium javense trees. The trees 
reach 66-81 ft (20-25 m) in height; the lance-shaped 
leaves, usually 6 in (15 cm) in length, have featherlike 
vein patterns called pinnate venation. The greenish 
flowers, about 0.4 in (1 cm) wide, contain pollen- 
bearing stamens and seed-bearing pistils. The seeds 
contain a butterlike fat that is used as food. 


Gutta percha sap is extracted from the leaves. The 
leaves are ground up and boiled in water, and the gum 
is removed. At room temperature, the resulting gum 
forms a hard brown substance that can be molded if 
softened by heat; the melting point of gutta percha is 
148°F (64°C). It is dielectric, which means that it can 
sustain an electric field but will not conduct electrical 
currents. This property, combined with its resistance to 
alkalies and many acids, made it a good insulator for 
undersea cables until better synthetic insulators were 
developed in the 1940s. Its resistance to acids also made 
it a good material for acid containers, but plastics have 
also replaced gutta percha in these products. 


Up until the 1990s, the primary use of gutta per- 
cha was in the manufacture of golf ball covers, for 
which hard, resilient qualities are desired to withstand 
the golfer’s strikes without shattering or chipping. 
However, plastics have replaced gutta percha in this 
product as well. 


[ Gymnosperm 


Gymnosperms are one of the two major groups of 
plants that produce seeds; the other is the angio- 
sperms. Gymnosperm literally means “naked seed,” 
which refers to the development of seeds exposed on 
a flat structure, that is, not within an ovary as in the 
angiosperms. 


Gymnosperms became common about 290 mil- 
lion years ago and although many of the earlier types 
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are now extinct, four kinds remain alive: the conifers, 
cycads, gnetophytes, and ginkgo, the maidenhair tree. 
Conifers are the most familiar, widespread, and abun- 
dant of the gymnosperms. Most conifers have needle- 
or scale-like leaves that persist for more than one year, 
that is, are evergreen. The conifers include species of 
pine, spruce, fir, hemlock, cedar, juniper, and red- 
wood. The latter is the largest plant, exceeding 328 ft 
(100 m) in height. Conifers dominate boreal forests of 
high latitudes and mature forests of high altitudes, and 
are extremely valuable commercially. Their wood is 
used to make houses, furniture, and paper products. 
Resin, an organic secretion of conifers, has various 
uses ranging from turpentine for thinning paint, to 
resin blocks for making violin bows sticky. Some 
pines produce edible nuts and juniper berries are 
used to give gin its distinctive taste. 


The other kinds of living gymnosperms are much 
less abundant, more geographically restricted, and less 
valuable than conifers. These gymnosperms are highly 
diverse, however, and sometimes quite strange. The 
cycads, or Sago palms, look like palms but are not 
(palms are flowering plants). Cycads are unusual 
among plants in that each individual is either a male or 
female, as in most animals. Most seed-producing plants 
are bisexual. The gnetophytes as a group are the oddest 
of the gymnosperms, and the oddest of these is 
Welwitschia. This species lives in sandy deserts of south- 
western Africa. Welwitschia has a saddlelike, central 
core that produces only two leaves during the life of 
the plant. These grow continuously, frequently splitting 
along their length to give a mop-headed appearance. 


Lastly, the ginkgo or maidenhair tree (Ginkgo 
biloba) is the only living species of a group that was 
most common about 170 million years ago. The 
ginkgo has distinctive, fan-shaped leaves that are 
sometimes cleft in the middle and, unlike the leaves 
of most gymnosperms, fall each autumn. Ginkgo trees 
also are either male or female. Because of its unusual 
and attractive leaves, this species is widely planted as 
an ornamental. Curiously, the ginkgo appears to be 
extinct in the wild, only having survived through culti- 
vation by Buddhist monks in China. 


See also Angiosperm; Conifer; Firs; Sequoia. 


l Gynecology 


Gynecology, from the Greek meaning the study of 
women, is a medical specialty dealing with the health 
of a woman’s genital tract. The genital tract is made up 
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of the reproductive organs including the vagina, cer- 
vix, uterus, ovaries, fallopian tubes, and their support- 
ing structures. 


Marked changes occur in a woman’s reproductive 
organs upon her reaching menarche (the age at which 
she begins to menstruate) and again during any preg- 
nancy that occurs in her life. Later, at the stage known 
as menopause, she experiences still other changes. It is 
the specialty of the gynecologist to guide women 
through these alterations and to ensure that they 
retain their health throughout each stage. 


Maturity of the reproductive organs has to do 
with hormonal regulation of the organs centering on 
the pituitary gland in the brain. This gland, the master 
endocrine gland, stimulates the ovaries to produce 
other hormones that encourage the maturity of an 
ovum (egg). The egg is released from the ovary, is 
carried down to the uterus (womb), and if the egg is 
not fertilized the woman has her period, or menses. 
This activity is the sloughing off of the lining of the 
uterus that is rebuilt each month in preparation to 
accept a fertilized ovum. 


This cycle occurs approximately once a month or 
so if the woman is not pregnant. Thus, each month the 
uterus and the ovaries go through a cycle of prepara- 
tion and dissolution and rebuilding far more profound 
than do any organs in the male body. 


History 


Until the late nineteenth century, physicians 
linked the female menstrual cycle to the phases of 
Earth’s moon. Of course, if that were so, every female 
would have her menstrual period at the same time. It 
was late in the nineteenth century that researchers 
attributed menstrual changes to hormones. Not until 
the early twentieth century were those hormones iso- 
lated in pure form and named. Female hormones as a 
group are called estrogens. 


The menstrual cycle 


Hormonal interaction during the menstrual cycle 
includes hormones from the pituitary, the ovaries, and 
the uterus itself. In a complicated, interwoven pattern 
the hormones become dominant and retiring in turn, 
allowing ovulation (release of the ovum), fertilization, 
implantation (lodging of the fertilized egg on the wall 
of the womb), or menstruation, and then beginning 
over again. 


The female reproductive organs are very suscep- 
tible to pathologic changes—those that constitute dis- 
ease. Hormonal disruption can alter the cycle or stop it 
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Gyroscope 


and other, as yet unknown causes can change cell 
development to a cancerous lesion. Also, at approx- 
imately 50 years of age, the woman undergoes what is 
commonly called the “change of life”, or menopause. 
Here the hormonal pattern changes so that eggs no 
longer are produced and the menstrual cycle no longer 
takes place. Again, at this stage the woman is suscep- 
tible to long-term pathologic changes leading to osteo- 
porosis (thinning of the bones), which renders her 
more likely to suffer fractures. 


Testing 


The gynecologist can monitor a woman’s stage 
in life and administer tests to determine whether 
her reproductive organs are healthy. Removing, stain- 
ing, and studying cells from the vagina and cervix 
each year can help to detect cancer early, when it is 
curable. This test, commonly called the Pap test (or 
the Papanicolaou’s smear), is named after the Greek- 
born American physician who developed it in the mid- 
twentieth century—George Nicholas Papanicolaou 
(1883-1962). In 1917, Papanicolaou began a micro- 
scopic study of vaginal discharge cells in pigs. After 
expanding his research to humans, he observed cell 
abnormalities in a woman with cervical cancer. 
Papanicolaou learned that by scraping cells from the 
vaginal walls at a certain stage in the woman’s cycle 
and staining the cells for viewing under a microscope, 
he could determine whether any abnormal cells were 
present that could be forerunners of cancer. This 
discovery inspired him to develop a method of detect- 
ing cancer through microscopic cell examination, or 
cytology. This technique had first been suggested by 
English physician Lionel Smith Beale (1828-1906) in 
1867. Papanicolaou began publishing reports on his 
cytologic method of uterine and cervical cancer detec- 
tion in 1928, but most of his colleagues remained com- 
mitted to the standard procedures of cervical biopsy 
and curettage. In 1939, Papanicolaou began collabo- 
rating with American gynecologist Herbert Traut. 
Their 1943 monograph, Diagnosis of Uterine Cancer 
by the Vaginal Smear, won wide acceptance for the 
procedure, and Papanicolaou began teaching it to 
physicians from around the world. 


Gynecologists can also investigate why a woman is 
unable to become pregnant. She may have obstructed 
fallopian tubes or a hormonal imbalance that prevents 
maturity and release of the ovum or prevents implan- 
tation of the fertilized ovum onto the uterine wall. In 
each case, steps can be taken to correct or bypass the 
problem so the woman can bear children. 


Gynecology has advanced to the point that the 
physician can force the ovaries to produce eggs, which 
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can then be removed and fertilized in a dish (called in 
vitro fertilization) and then implanted in the uterus. 
This technique is not guaranteed to produce an infant, 
but in many cases the implanted ovum will mature into 
the desired offspring—often into more than one baby. 
The science of gynecology continues to make advances 
against the pathology that may deny a woman the 
ability to have babies. 


See also Puberty; Reproductive system. 


Gyroscope 


A gyroscope is heavy disk placed on a spindle that 
is mounted within a system of rings such that it can 
turn freely. When the disk, called a flywheel, is made to 
spin, the gyroscope becomes extremely resistant to any 
change in its orientation in space. If it is mounted in 
gimbals, a set of pivot and frame mountings that allow 
it freedom of rotation about all three axes, a fast- 
spinning gyroscope will maintain the same position 
in space, no matter how the frame is moved. Once 
the flywheel is set spinning, the spindle of a gyro in a 
gimbal mount can be aimed toward true north or 
toward a star, and it will continue to point that direc- 
tion as long as the flywheel continues spinning, regard- 
less of any turning or tilting. This stability has allowed 
the gyroscope to replace the magnetic compass on 
ships and in airplanes. 


An interesting aspect of gyroscope motion occurs 
when a the flywheel is set rotating and one end of the 
spindle is set on a post using a frictionless mount. 
Intuitively, it would appear that the gyroscope should 
fall over, but it instead describes a horizontal circle 
about the post, flywheel still spinning. It is simply 
obeying one of the simplest laws of physics, that of 
conservation of angular momentum. To understand 
the motion of a gyroscope, one must first understand 
angular momentum and torque. Angular momentum 
can be thought of as a rigid body’s tendency to turn. 
Specifically, it tells how much a given bit of the gyro- 
scope flywheel contributes toward turning the flywheel 
about the spindle at any instant in time. For a small 
rotating object, angular momentum L is defined as 


L=rxmv 


where m is the mass of the object, r is the distance of 
between the mass and the origin of rotation, and v is 
the instantaneous velocity of the mass. For the gyro- 
scope, the angular momentum is obtained by consid- 
ering it to be composed of small sections, and adding 
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up the contributions of each section. Vectors have 
magnitude and a direction. 


Torque, in contrast, can be thought of as the rota- 
tional analog of force. Its effect depends upon the 
distance it is applied from the pivot point. Torque (t) 
is defined as t = r x f, where fis the applied force andr 
is the distance between the pivot and the point at 
which the force is applied. Newton’s second law states 
that force equals mass times acceleration (f = ma), so 
torque can be defined as as tT = r X ma = r X mg, 
where g is acceleration due to gravity. 


How does this apply to the gyroscope? When the 
flywheel spins at a high rate, the angular momentum 
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vector is pointing straight along the spindle. The vec- 
tor r points along the spindle also, until it reaches the 
flywheel, the center of mass m. On Earth’s surface, 
gravity g is acting on the flywheel, pulling it down- 
ward. According to the righthand rule, the fingers of 
your right hand point in the direction of r, then bend 
to point in the direction of g, and your thumb will 
point in the direction of the torque vector t. Notice 
that t is in a horizontal direction, the same direction 
that the gyroscope describes as it turns. To conserve 
angular momentum, the gyroscope will pivot about 
the support post, or precess, in an effort to align the 
angular momentum vector with the torque vector. 
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1 H5N1 


The HSN1 virus is classified as an influenza A 
virus. This type of virus is normally found in avian 
species (birds) and is both highly contagious and 
highly lethal to bird populations ranging from wild 
migrating birds to chickens on commercial poultry 
farms. 


Transmission to humans 


As of December 2006, HSN1 was not easily trans- 
missible to humans. Most of the cases of human infec- 
tion with HSN1 involved infections resulting from close 
contact with infected bird populations. Situations, for 
example, where people lived in proximity to infected 
birds (mostly poultry), handled infected birds, or had 
contact with HSN1-contaminated surfaces. Globally, 
epidemiologists (scientists who study the origin of dis- 
ease) had documented only a few cases of human-to- 
human transmission of H5NI1 and all of the docu- 
mented cases involved close contact (e.g., a family mem- 
ber caring for an infected relative, etc). 


The influenza in humans resulting from H5N1 
infection is highly lethal. High death rates are not 
uncommon, including cases where infection resulted 
in death in more than 75% of persons infected during 
an outbreak. 


Genetic testing of the HSN1 flu virus shows it to be 
a highly mutable virus. HSN1 has been documented to 
infected pigs and pigs serve as a host for flu viruses that 
historically mutate easily into a form that can infect 
humans. Accordingly, the World Health Organization 
(WHO) has made the study and containment of HSN1 
and other avian flu viruses originating in Asia its top 
priority. WHO officials fear a potentially devastating 
global pandemic if H5N1 is able to mutate into a form 
easier to transmit to humans or a form easier for 
humans to transmit to other humans. 
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Mechanism of action 


The avian flu viruses attack human cells by first 
attaching themselves to the outer cell membrane with 
pointed probelike hemagglutin (HA) molecules that are 
capable of binding to specific sites on the cell membrane. 


Hemagglutinin and neuraminidase (DNA) are 
glycoproteins (a protein that contains a short chain 
of sugar as part of its structure). Hemagglutinin and 
neuraminidase protrude from the outer surface of the 
influenza virus and neuraminidase is a constituent of 
the enveloping membrane that surrounds the viral 
contents. A typical influenza virus particle contains 
hundreds of molecules of hemagglutinin and neurami- 
nidase studded across the viral surface. 


Because the binding must be specific—that is, the 
HA molecule must be of a certain structure and con- 
figuration to bind to the membrane receptor sites—the 
vast majority of viruses that infect birds are not capa- 
ble of binding to human cell membranes. Small and 
subtle changes, driven by the process of mutation, in 
either the protein structure or in protein configuration 
(the protein’s shape in three dimensional space) can, 
however, permit binding to human cell membranes. 
This allows the virus to infect the human cell, and 
make the jump from birds to humans. 


Researchers and health officials find optimism for 
containing the current outbreaks of flu in the data 
obtained from comparative analysis of flu strains 
that show the structure of the HSN1 HA molecules 
from the strain responsible for the recent outbreaks in 
China and Vietnam is actually quite different from the 
structure of the HA molecules associate with the 1918 
flu pandemic. 


But scientists remain vigilant—and public health 
officials remain concerned—because the changes 
required to make the jump to humans also occurred 
in the viruses responsible for during global outbreaks 
of influenza in 1957 and 1968. 
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Governments of the affected countries (such as Vietnam) have often ordered the wholesale slaughter of sick, potentially infected, 
and exposed birds as a response to avian flu outbreaks (the disease H5N1 causes in avian populations). (AP/Wide World Photos.) 


Preventative and control measures 


Biologically, however, there is little that can be done 
to stop the virus from spreading and mutating, except to 
reduce its host environment. Governments of the 
affected countries (especially Thailand, Vietnam, Laos, 
Cambodia, Republic of Korea, Indonesia, and in more 
than a dozen provinces, municipalities and autonomous 
regions on the Chinese mainland) have often ordered the 
wholesale slaughter of sick, potentially infected, and 
exposed birds as a response to avian flu outbreaks (the 
disease H5N1 causes in avian populations). 


Millions of chickens, for example, have been culled 
in order to attempt to inhibit the spread to other flocks 
as governments imposed prompt and sometimes severe 
quarantine restrictions. In other countries chickens 
have been given vaccines (some with questionable 
effectiveness) against the disease, in an attempt to min- 
imize the potentially overwhelming negative economic 
impacts of HSN1 on commercial bird species. 


The specific HSN1 virus linked to human deaths is 
especially dangerous because it is resistant to both 
amantadine and rimantadine, two commonly used 
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antiviral drugs used to treat influenza. Other antiviral 
medications, oseltamavir (Tamiflu) and zanamavir, 
have shown effectiveness but the full extent (or limits 
of effectiveness) were, as of December 2006, still sub- 
ject to additional testing. Although research programs 
(and clinical trials) existed in several countries, as of 
December 2006, no vaccine against H5N1 was yet 
formally approved for use in humans. 
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A livestock vendor (R) prepares chicken for a customers at a market in Jakarta, in September 2006, after a 20-year-old man has 
contracted bird flu, after the death of his brother raising fears of possible human transmission. So-called cluster cases, where 
the H5N1 virus is spread from human to human rather than from poultry, increase the chance of the virus mutating to become 
easily transmissible between people. Such a development, scientists fear, could lead to a global pandemic with a potential death 
toll of millions. (Adek Berry/AFP/Getty Images.) 


| Habitat 


The term habitat refers to the type of environment 
in which an organism or species occurs. For plants, 
habitat is mostly defined by its physical attributes 
(e.g., rainfall, temperature, topographic position, soil 
texture, and moisture) and its chemical properties 
(e.g., soil acidity, concentrations of nutrients and tox- 
ins, and oxidation reduction status). For terrestrial 
animals, the habitat is defined by the physical structure 
(e.g., grassland, shrub-dominated, or forested for ter- 
restrial species) and the plant species composition. 
Habitat for aquatic organisms is mostly determined 
by physical factors (such as running versus still water, 
salinity, depth, and light availability) as well as climatic 
and chemical components (especially nutrients). Broad 
ecological characteristics may also be included in the 
characterization of habitat, for instance forest, prairie, 
or tundra habitats on land, and littoral or pelagic ones 
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in water. Within a given habitat there may be various 
micro-habitats, for example the hummocks and hol- 
lows in bogs, or patches of disturbance in forests. 


Hafnium see Element, chemical 


! Hagfish 


A primitive group of fish, hagfish (order 
Hyperotreti, family Myxinidae) resemble eels in their 
external appearance. These fish lack a backbone, jaws, 
true fins, and scales. Their body is tubelike and often 
covered in a slimy substance that is secreted from 
abundant glands in the skin. The body is often a pale 
fleshy pink, but is occasionally brown-gray above and 
pink below. They may reach up to 2 feet (60 cm) in 
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length, but most measure about 1.5 feet (40 cm); 
females are often larger than males. 


Hagfish are bottom-dwelling fish of soft, muddy 
substrates, living at a depth range of 65.5-1,968 feet 
(20-600 m). They feed on bottom-dwelling crustacea 
and polychaete worms, but may also scavenge on dead 
fish. The mouth is a simple slit surrounded by a ring of 
fleshy barbels that have a sensory role; other barbels 
are located around the nostrils and probably fulfill a 
similar role. The tongue is serrated and consists of two 
plates of gristle with many horny teeth that are con- 
tinuously replaced as they wear out with use. 


Hagfish have an unusual but simple system of 
obtaining oxygen from the surrounding water. Unlike 
most fish that have a complex arrangement of gills, 
hagfish have a simplified set of gills in a series of paired 
pouches that open to the pharynx and the exterior. 
Water enters the body through the snout, is com- 
pressed in the body and expelled through these breath- 
ing pouches. Under normal swimming conditions this 
does not present a problem, but when the fish is feed- 
ing, the flow of water is seriously reduced, if not com- 
pletely cut off. This has led to the speculation that 
hagfish may be able to tolerate temporary periods of 
oxygen deficiency and are later able to expel all meta- 
bolic body wastes when normal breathing resumes. 


Fifteen species of hagfish have been recognized to 
date, all of which are marine-dwelling with the major- 
ity living in temperate oceans; one species has been 
recorded from the tropical waters off Panama. Hagfish 
are completely blind, but have a very keen sense of 
smell, which is used to locate food. They are active 
hunters (although poor swimmers), and also attack 
sick and dead fish, latching onto their prey and 
absorbing the flesh of the other species through con- 
tinued rasping motions of their tongues. While hagfish 
play an important role in eliminating weak or ill fish, 
they can sometimes be a nuisance to commercial fish- 
eries, as they are known to attack captured fish on long 
line fisheries. 


Once they have reached sexual maturity—usually 
by the time they grow to 10-11 inches (25-28 cm)— 
hagfish may breed throughout the year. Some species 
are hermaphrodites (each fish has both male and 
female reproductive organs), but others are either 
male or female. Hagfish lay relatively large yolky 
eggs in a horny shell with hooked filaments at each 
end. The young are free-living and resemble the adults 
when they hatch. 


Hail see Precipitation; Thunderstorm 
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| Half-life 


The half-life of a diminishing substance is the time 
it takes for the amount of substance present to go half- 
way from some initial value to zero. It is thus an indi- 
cation of how fast the diminishment process proceeds 
or of the rate or rapidity of that process. The faster the 
process, the shorter the substance’s half-life is. 


The rates of some biological processes, such as the 
elimination of drugs from the body, can be character- 
ized by their half-lives, because it takes the same 
amount of time for half of the drug to disappear no 
matter how much there was to begin with. Processes of 
this kind are called first-order processes. On the other 
hand, the speeds of many chemical reactions depend 
on the amounts of the various substances that are 
present, so their rates cannot be expressed in terms of 
half-lives; more complicated mathematical descrip- 
tions are necessary. 


Half-lives are most often heard of in connection 
with radioactive decay. In this process, the number of 
atoms of a radioisotope (a radioactive isotope) is con- 
stantly diminishing because the atoms are transform- 
ing themselves into other kinds of atoms. (In this 
sense, the word “decay” does not mean to rot; it 
means to diminish in amount.) If a particular radio- 
isotope has a half-life of one hour, for example, then at 
3 PM there will be only half as many of the original 
species of radioisotope atoms remaining as there were 
at 2 PM; at 4 PM, there will be only half as many as 
there were at 3 PM, and so on. The amount of the 
radioactive material thus gets smaller and smaller, but 
it never disappears entirely. This is an example of what 
is known as exponential decay. 


The half-life of a radioisotope is a characteristic of 
its nuclear instability, and it cannot be changed by 
ordinary chemical or physical means. Known radio- 
isotopes have half-lives that range from tiny fractions 
of a second to quadrillions of years. Waste from the 
reprocessing of nuclear reactor fuel contains radioiso- 
topes of many different half-lives, and can still be at a 
dangerously high level after hundreds of years. 


The mathematical equation which describes how 
the number of atoms, and hence the amount of radio- 
activity, in a sample of a pure radioisotope decreases 
as time goes by, is called the radioactive decay law. It 
can be expressed in several forms, but the simplest is 
this: log P = 2 - 0.301 t/ty. In this equation, P is 
the percentage of the original atoms that still remain 
after a period of time t, and t,2 is the half-life of the 
radioisotope, expressed in the same units as t. In other 
words: To get the logarithm of the percentage 
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remaining, divide t by the half-life, multiply the result 
by 0.301, and subtract that result from 2. 


See also Radioactive waste. 


Robert L. Wolke 


Halibut see Flatfish 


[ Halide, organic 


Organic halides are organic compounds containing 
a halogen atom bonded to a carbon (C) atom. Fluorine 
(F), chlorine (Cl), bromine (Br), and iodine (J) are all 
types of halogen atoms. A compound that contains a 
carbon atom bonded to a fluorine atom (C—F) is called 
an organofluoride. If the carbon atom is part of a chain 
of carbon atoms, the organofluoride compound is 
referred to as an alkyl fluoride. If the carbon atom is 
contained in a benzene or phenyl ring, the organofluo- 
ride is called an aryl fluoride. Other halide compounds 
are named in a similar fashion. 


The reactivity of organic halides depends on the 
halogen atom that is bonded to the carbon atom in the 
particular compound. Organoiodides are the most 
reactive and can be converted into many other com- 
pounds. Organobromides are less reactive than orga- 
noiodides but more reactive than organochlorides. 
Organofluorides are the least reactive of the organic 
halides. 


Organofluorides 


Organofluorides are very stable compounds that 
are nonflammable, have very limited toxicity, and do 
not react with other chemicals. Perfluorocarbons 
(PFCs) are alkyl fluorides that consist of chains of 
carbon atoms bonded only to fluorine atoms. In 1966, 
scientists demonstrated that large amounts of oxygen 
could be dissolved in PFCs. Two years later, scientists 
replaced the blood in a laboratory rat with a solution of 
oxygen dissolved in PFCs. The animal lived and scien- 
tists began researching the use of PFCs as artificial 
blood. In 1990, the Food and Drug Administration 
(FDA) approved the use of Fluosol-DA, a PFC solu- 
tion licensed to Green Cross Corporation, as an oxygen 
carrier during the medical process of cleaning heart- 
arteries with a balloon. PFCs are also used as a tempo- 
rary replacement for eye fluid during surgery. PFC 
chains are the foundation of many products used to 
repel water, oil, and dirt from carpets and upholstery. 
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Many aryl fluorides are important pharmaceuti- 
cal and agricultural products. The anti-inflammatory 
agent dislunisal, the tranquilizer haloperidol, and the 
sedative flurazepam hydrochloride are examples of 
drugs that are also aryl fluorides. Fluometuron, an 
aryl fluoride herbicide, is used to kill weeds in grain 
and cotton fields. Flutriafol, another aryl fluoride, is a 
fungicide used to stop diseases on the grains used in 
the manufacture of various cereals. 


Organochlorides 


Because of their low chemical reactivity, alkyl 
chlorides are useful in dissolving other chemicals, 
greases, and oils. They are used as solvents for dry 
cleaning, removing oil from metal parts, and running 
chemical reactions. Methylene chloride (CH>Cl,) is an 
alkyl chloride with a low molecular weight that is used 
in many paint and varnish removers. It is also used as a 
solvent for removing caffeine from coffee. The well- 
known pesticide DDT is an aryl chloride that was first 
used in 1939 to kill the mosquitoes that transmitted 
malaria. This chemical was beneficial in eliminating 
the spread of malaria throughout the world. However, 
DDT is also poisonous to fish and birds; as a result, 
the Environmental Protection Agency (EPA) stopped 
its use in 1972. Aryl chlorides, such as chlozolinate and 
quintozene, are used to stop the growth of fungus on 
fruits and vegetables. 


Chlorofluorocarbons 


Chlorofluorocarbons (CFCs) are compounds that 
contain both chlorine atoms and fluorine atoms 
bonded to carbon atoms. These compounds are very 
stable and are usually gases at room temperature. 
Several types of CFCs are freons, a name trademarked 
by E.I. du Pont de Nemours & Co.); prior to being 
banned they were used in refrigerators and air condi- 
tioners. CFCs were also employed in the manufacture 
of various hard foams used under the siding in build- 
ings and around dish washers and refrigerators for 
insulation and sound proofing. Since CFCs are excel- 
lent at dissolving oil and grease, they were a primary 
component of dry cleaning solutions. They are also 
used to remove oil and grease from electronic parts. 
The chlorofluorocarbon, dichlorodifluoromethane 
(CCI,F3), is not poisonous and is employed as the 
carrier gas in asthma and allergy inhalers. This com- 
pound is mixed with ethylene oxide, and the resulting 
gas is used to sterilize medical equipment and materi- 
als that are sent into outer space. In 1971, scientists 
determined that CFCs were accumulating in the 
atmosphere; they later showed that this “build up” 
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Hall effect 


KEY TERMS 


Chlorofluorocarbons (CFCs)—Compounds | that 
contain both chlorine atoms and fluorine atoms 
bonded to carbon atoms. 


Halide, organic—An organic functional group that 
consists of a halogen atom bonded to a carbon 
atom. 


Montreal Protocol—An agreement initially between 
24 nations to limit and eventually stop the produc- 
tion of ozonedepleting chlorofluorocarbons. 


Organobromide—A compound that contains a car- 
bon atom bonded to a bromine atom (C-Br). 


Organochloride—A compound that contains a 
carbon atom bonded to a chlorine atom (C-Cl). 


Organofluoride—A compound that contains a car- 
bon atom bonded to a fluorine atom (C-F). 


Organoiodide—A compound that contains an carbon 
atom bonded to a iodine atom (C-1). 


Perfluorocarbons (PFCs)—Compounds that con- 
sist of chains of carbon atoms bonded exclusively 
to fluorine atoms. 


was destroying the ozone layer, a level of the strato- 
sphere that absorbs much of the harmful ultraviolet 
rays from the Sun. The Antarctic ozone hole was 
discovered in 1985, prompting the international com- 
munity to sign the Montreal Protocol to limit and then 
ban the use of CFCs in the manufacture and operation 
of prodcuts. The original agreement between 25 
nations limited the production of CFCs with the inten- 
tion of ceasing production by the year 2000. The pro- 
tocol went into effect on January 1, 1989. As of 2006 
more than 165 countries were signatories to the treaty 
to save the ozone layer. 


Organobromides 


Organobromides form highly reactive compounds 
when mixed with metals such as magnesium (Mg) or 
aluminum (Al); for this reason, they are used exten- 
sively in the manufacture of dyes, drugs, and other 
chemicals. The alkyl bromide, bromotrifluorome- 
thane (CBrF3) is not poisonous and will not burn. It 
is used in portable fire extinguishers and in airplanes 
to stop engine fires while in flight. Halothane 
(CF3CHCIBr), another organobromide, is used as a 
general medical anesthetic. Aryl bromides are colored 
and are used extensively as dyes and colorants. 


2044 


Alizarine Pure Blue B is an aryl bromide used to dye 
wool. The orange color in lipsticks is often D & C 
Orange number 5, another member of the organobro- 
mide family. 


Organoiodides 


The most chemically reactive of the organic hal- 
ides are those that contain carbon atoms bonded to 
iodine atoms. Organoiodides are not used as exten- 
sively as organobromides or chlorides because they 
are expensive. Alkyl iodides react with metals such 
as lithium (Li) or mercury (Hg) to make useful chem- 
icals in the manufacture of pharmaceutical and 
organic intermediates. The aryl iodide, thyroxin, is a 
thyroid hormone used to stimulate human metabo- 
lism. Erythrosin, or FD&C; Red No. 3, was used to 
add red color to maraschino cherries. This dye was 
removed from the market when researchers found that 
it caused cancer in laboratory animals. 


See also Dyes and pigments; Halogens; Halogenated 
hydrocarbons; Ozone layer depletion. 
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November 26, 2006). 
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Hall effect 


The Hall effect, in physics, is the potential differ- 
ence that occurs on opposite sides of a conducting 
material when an electric current is present, thus, cre- 
ating a magnetic field perpendicular to the current. 


A current-carrying body placed in a magnetic field 
(with the current direction unaligned with the field) 
experiences a force leading to a transient sidewise drift 
of the charge carriers of the current. This drift contin- 
ues until the force is balanced by an electric field 
produced by the charge accumulating at points on 
the body’s surface in the direction of the drift. At 
points on the body’s surface opposite the direction of 
the drift, there will clearly be an equal depletion of 
charge, which is equivalent to an accumulation of 
charge of opposite sign. The electric field created by 
this transient behavior is called the Hall field and 
results in a potential difference between corresponding 
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KEY TERMS 


Electric current—The flow of charge carriers, like 
electrons and holes, whose direction is defined as 
that of the carriers if positive and opposite that of the 
carriers if negative. 


Electric field—The force per unit charge acting ona 
charged body when placed in the vicinity of electric 
charges. The direction of the field is the same as that 
of the force on a positive charge or the opposite of 
that of the force on a negative charge. 


Hole—An electron vacancy in the lattice structure of 
a semiconductor caused by an impurity atom with 
one less electron than needed for complete bonding 
with the structure. Holes can drift through the lattice 
under the action of an electric field as though they 
were positively charged particles. 


points on the two oppositely charged surfaces. The 
sign of the charge carriers determine which of the 
two surfaces is at the higher potential. If the carriers 
are positive, the surface in the direction of their drift 
will be at the higher potential; if the carriers are neg- 
ative, the surface in the direction of their drift will be at 
the lower potential. The phenomenon thus described is 
called the Hall effect after Edwin Herbert (E.H.) Hall 
(1855-1938), who discovered it in 1879. 


A little over a century later, it was discovered by 
German physicist Klaus von Klitzing (1943-) that the 
Hall potential in a semiconducting material experien- 
ces quantum jumps as the magnetic field is increased 
when subjected to temperatures far below room tem- 
perature. This remarkable discovery has made it pos- 
sible to measure an important constant of physics, 
called the fine structure constant, to a heretofore unat- 
tainable accuracy. In addition, it provides scientists 
with a readily achieved standard for making accurate 
determinations of conductivity. For this discovery, 
von Klitzing was awarded the Nobel Prize in 1985. 


Importance of Hall effect 


Of monumental importance to today’s technology 
is a class of materials whose ability to conduct electric 
current increases with temperature and whose charge 
carriers can be either positive or negative, depending 
on the impurity introduced into them. These materials 
are called semiconductors, prime examples of which 
are the elements silicon and germanium. When these 
elements are given traces of the appropriate impurity 
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Magnetic field—The force per unit pole strength act- 
ing on a magnetic pole when placed in the vicinity of 
a magnet. The direction of the field is the same as that 
of the force on a north pole or the opposite of that of 
the force on a south pole. To provide a test pole to 
measure the field, a long magnet must be used so that 
its north and south poles are far enough apart to 
consider them isolated. 


Potential difference—The energy per unit charge 
that is necessary to move a positive charge from a 
point of low potential to a point of high potential. 


Semiconductor—A material whose electrical con- 
ductivity is midway between that of a conductor 
and an insulator and which increases with temper- 
ature, such as silicon or germanium. 


element, they can be made into either p-type (contain- 
ing positive carriers called holes) or n-type (containing 
negative carriers called electrons). The Hall effect is 
then used to confirm which type of material one is 
dealing with. Furthermore, by measuring the Hall 
potential, the current, the magnetic field, and the sam- 
ple geometry, it is easy to calculate the number of 
charge carriers per unit volume in the material tested. 


In the 1940s, it was found that junctions could be 
formed with these two different types of semiconduc- 
tors across which current could flow only in one direc- 
tion. Devices of this kind are called rectifiers or diodes 
and are vital for converting alternating current to 
direct current, adding or removing audio and video 
signals from their carrier waves, and many other appli- 
cations. It was also found that more than two junc- 
tions could be formed in one device, and these were 
called transistors. These devices were capable of being 
employed in amplifier and oscillator circuits in radios 
and televisions. Previously, rectifiers, amplifiers, and 
oscillators used vacuum tubes as their essential com- 
ponents, which were generally bulky, used lots of 
power, and burned out frequently. The new semicon- 
ductor devices had none of these problems. 


In the 1950s and 1960s, it was learned how to 
create many transistor circuits on a small chip using 
integrated circuitry. Without this new technology, the 
powerful computers that were used in the United States 
space program and are now found universally in the 
form of compact personal computers, cell phones, and 
other electronic devices would not have been possible. 
Even more importantly, without the discovery of the 
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Halley’s comet 


Hall effect and its use in the scientific investigation of 
semiconducting materials, this sequence of develop- 
ments could not have even begun. Finally, with the 
discovery of its large-scale quantum behavior, the 
future role of the Hall effect in the advancement of 
science and technology may eventually prove to be 
even greater than its past role. 
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l Halley’s comet 


Halley’s comet (also called Comet Halley and, offi- 
cially named, 1P/Halley) is a periodic comet appearing 
every 75 to 76 years. It is named after English astron- 
omer Edmond Halley (1656-1742), the first person to 
accurately predict the return of the comet. This famous 
comet follows a retrograde (east to west), elliptical 
orbit, providing a magnificent, astronomical spectacle. 
In 1910, the Earth passed through its brilliant, fan- 
shaped tail that soared 99 million mi (160 million km) 
into space. During its last apparition (appearance) in 
1986, space probes and ground-based technology gath- 
ered valuable scientific data on its size, shape, and 
composition. In 2024, the comet will reach aphelion 
(furthest point from the sun) millions of miles outside 
of Neptune’s orbit, and begin its thirty-first observed 
return to perihelion (point nearest the sun) inside the 
orbit of Venus, arriving in 2061. Observed by Chinese 
astronomers in 240 BC and maybe even 466 BC, 
Halley’s comet may make 3,000 more revolutions and 
survive another 225,000 years, if recent estimates calcu- 
lated from data collected by the space probe Giotto are 
correct. 


Edmond Halley’s prediction 


In the late seventeenth century, comets were 
believed to follow parabolic (U-shaped) orbits and 
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Halley’s comet as seen from Peru on April 21, 1910. (U.S. 
National Aeronautics and Space Administration (NASA).) 


appear only once. The gregarious, outgoing Edmond 
Halley boldly suggested to his reclusive but genius 
friend, English physicist and mathematician Sir Isaac 
Newton (1642-1727), that comets may travel in an 
ellipse and appear more than once. Newton initially 
rejected the idea, even though his laws of motion and 
gravitation clearly allowed for such orbits. Later, 
Newton accepted the possibility that comets can follow 
elliptical paths, orbiting the sun repeatedly. In 1695, 
basing his work on Newton’s laws of cometary motion, 
Halley computed the orbits of two-dozen comets, 
including the comet of 1682. He suggested the comets 
of 1531, 1607, and 1682 were the same, even venturing 
to predict its return in 1758. He was also the first to 
consider the perturbative (disruptive) effect of planets 
on a comet’s orbit. Allowing for Jupiter’s influence, he 
narrowed the comet’s return to late 1758 or early 1759. 
Astronomers around the world anxiously watched the 
sky, aspiring to be the first to recover (find) the comet. 
On Christmas eve, 1758, German farmer and amateur 
astronomer Johann Palitzch spotted the comet that 
would forever bear Halley’s name. 


Ancient and modern perspectives 


Throughout history, comets were viewed as omens. 
Halley’s comet is no exception, and almost every appa- 
rition is linked to a major world event: in 11 BC to 
Agrippa’s death; in AD 451 to Atilla the Hun’s only 
defeat; and in AD 1066 to William of Normandy’s 
conquest of England. Even in 1910, some people pan- 
icked, believing the comet’s tail contained poisonous 
gas that would exterminate all life on the Earth. 


A different picture preceded Halley’s 1986 appari- 
tion. Astronomers worldwide trained their telescopes 
on the sky and the International Halley Watch became 
the largest international scientific cooperative ever 
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KEY TERMS 


Aphelion—The point furthest from the Sun during 
orbit. 


Perihelion—Point closest to the Sun during orbit. 


Perturbation—Change in the orbit of an astronom- 
ical body by the gravitational influence of another 
body. 


Polymers—Identical molecules which join together 
to create different, more complex molecular chains. 


Recovery—First sighting of a returning comet. 


Retrograde orbit—Opposite direction to the path 
of the planets. 


planned. Ironically, the comet was first seen by 
California Institute of Technology graduate student 
David Jewitt and staff astronomer Edward Danielson, 
who borrowed a few hours’ viewing time through the 
200-in (508-cm) telescope on Palomar Mountain in 
California. 


In addition, six spacecraft, unofficially called the 
Halley Armada, soared to probe Halley’s secrets, col- 
lecting data that confirmed American astronomer 
Fred Lawrence Whipple’s (1906-2004) 1950 theory 
of a solid nucleus composed of ice and rocks and 
providing new information. The six spacecraft were: 
the Giotto space probe (European Space Agency), 
Vega 1 and Vega 2 (Soviet Union/France), and Suisei 
and Sakigake (Japan). Giotto came to within 370 mi 
(596 km) of Halley’s nucleus, capturing for the first 
time fascinating images of a potato-shaped, 9 x 5 x 5 
mi (15 x 8 x 8 km) core with an irregularly shaped, 
dark surface crust. Only about 4% of the ices were 
exposed, the vapors of which emit gas and dust that 
create the gigantic, glowing coma and tail. The comet 
was also observed by the International Cometary 
Explorer as it orbited the sun from space. 


Cometary dust particles consist primarily of sili- 
cates-silicon, magnesium, and iron; and CHON par- 
ticles—carbon, hydrogen, oxygen, and nitrogen— 
which were undetected until the Vega and Giotto 
space missions. CHON particles suggest organic mat- 
ter in the nucleus and, although providing no proof, 
the discovery renewed speculation that cometary mol- 
ecules may have provided the stimulus for living 
organisms on the Earth. 


Gas analysis suggests that about 78% of Halley’s 
nucleus is ice from water; 13% from carbon monoxide; 
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2% carbon dioxide (undetected until Vega /); 1 to 2% 
ammonia and methane (undetected until Giotto; while 
hydrocyanic acid, sulfur, and other gases combine for 
less than 1%. Giotto may also have detected the unex- 
pected presence of polymers, created by formaldehyde 
molecules. The comet’s basic chemical composition is 
similar to other solar system bodies. 
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l Hallucinogens 


Hallucinogens are substances that alter the user’s 
thought processes or mood to the extent that he/she 
perceives objects or experiences sensations that in fact 
have no reality. Many natural and some artificially 
made substances have the ability to bring about hallu- 
cinations. In fact, because of the ready market for such 
chemicals, they are manufactured in illegal chemical 
laboratories for sale as hallucinogens. LSD (lysergic 
acid diethylamide) and many so-called designer drugs 
have no useful clinical function. 


Hallucinogens have long been a component in the 
religious rites of various cultures, both in the New and 
Old Worlds. The tribal shaman or medicine man swal- 
lowed the hallucinogenic substance or inhaled fumes or 
smoke from a burning substance to experience halluci- 
nations. They believed that such a state, separated from 
reality, enabled them to better communicate with the 
gods or their ancestors. In fact, such rituals remain a 
central part of life for many peoples whose culture has 
been handed down from one generation to the next. Of 
course, these hallucinogens were natural substances or 
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Hallucinogens 


derivatives from them. Among the oldest are substan- 
ces from mushrooms or cactus that have been in use in 
Native American rites since before recorded time. Some 
Native American tribes have established the legality of 
their use of such compounds, which still form a central 
part of tribal ritual. 


Within the last sixty years, hallucinogens have been 
discovered and embraced by a subculture that cannot 
claim tribal history. The so-called hippies, a movement 
that burgeoned in the 1960s, adopted hallucinogens as 
a part of their culture. Artists, poets, and writers of the 
time believed that the use of hallucinogens enhanced 
their creative prowess. The use of these substances as 
recreational drugs resulted in a great number of psy- 
chological casualties because of the accumulation of 
substances in the user’s body or because of unforeseen 
adverse side effects such as flashbacks, which occurred 
after the user had ceased using the drug. 


True hallucinogens must be differentiated from 
other, less potent drugs such as the psychedelics. The 
latter can alter reality to some degree and may in 
certain circumstances push the user into experiencing 
hallucinations, but their primary effect is one of induc- 
ing euphoria, relaxation, stimulation, relief from pain, 
or relief from anxiety. Probably the most commonly 
used of the psychedelics is marijuana, which is available 
worldwide and constitutes one of the primary illegal 
money crops in the United States. Opiates such as 
heroin or morphine, phencyclidine (PCP), and certain 
tranquilizers such as diazepam (Valium®) also can have 
such a psychedelic effect. These drugs are not consid- 
ered true hallucinogens, though they remain a substan- 
tive part of the drug subculture ecology. 


LSD 


LSD (lysergic acid diethylamide) is a synthetic 
(not naturally occurring) substance first synthesized 
in 1938 by Dr. Albert Hofmann (1906), a Swiss chem- 
ist who was seeking a headache remedy. He first iso- 
lated lysergic acid from the ergot fungus that grows on 
wheat. In the laboratory, he manipulated the molecule 
to add the diethylamide molecule to the base com- 
pound. His initial tests on animals failed to elicit any 
outward sign that the substance was having any effect. 
Convinced that it was inactive he stored the chemical 
on his laboratory shelf. 


In 1943, Hofmann decided to work with the LSD 
again, but in the process of using it he ingested a small, 
unknown quantity. Shortly afterwards he was forced 
to stop his work and go home. He lay in a darkened 
room and later recorded in his diary that he was in a 
dazed condition and experienced “an uninterrupted 
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stream of fantastic images of extraordinary plasticity 
and vividness. ..accompanied by an intense kaleido- 
scope-like play of colors.” Three days later Hofmann 
purposely took another dose of LSD to verify that his 
previous experience was the result of taking the drug. 
He ingested what he thought was a small dose (250 
micrograms), but which in fact is about five times the 
amount needed to induce pronounced hallucinations 
in an adult male. His hallucinatory experience was 
even more intense than what he had experienced the 
first time. His journal describes the symptoms of LSD 
toxicity: a metallic taste, difficulty in breathing, dry 
and constricted throat, cramps, paralysis, and visual 
disturbances. 


American chemists, hearing of Hofmann’s expe- 
riences, imported LSD in 1949. Thereafter, they began 
a series of animal experiments in which the drug was 
given to mice, spiders, cats, dogs, goats, and an ele- 
phant. All of the animals showed dramatic outward 
changes in behavior, but few symptoms of toxicity. 
This led to an extension of research into the use of 
human subjects in an effort to find some therapeutic 
use for LSD. In the 1950s, such use of human subjects 
in drug experimentation was not under strict controls 
so scientists could give the drug as they wished. 


Early experiments on humans involved using LSD 
for the treatment of various psychiatric disorders such 
as schizophrenia, alcoholism, and narcotic addiction. 
The rationale was that LSD induced major changes in 
brain function and behavior and that the patient might 
better be able to gain insight into his illness or addic- 
tion while under the influence of the drug. After only a 
short time, however, it became evident that this line of 
research was fruitless and it was abandoned. 


LSD AS A RECREATIONAL DRUG. Lysergic acid 
diethylamide is one of the most potent hallucinogens 
known. That is, a dramatic effect can be elicited by 
only a tiny amount of the drug. The usual dose for an 
adult is 50 to 100 micrograms. A microgram is a 
millionth of a gram. Higher doses will produce more 
intense effects and lower doses will produce milder 
effects. The so-called acid trip can be induced by swal- 
lowing the drug, smoking it (usually with marijuana), 
injecting it, or rubbing it on the skin. Taken by mouth, 
the drug will take about 30 minutes to have any effect 
and up to one hour for its full effect to be felt, which 
will last two to four hours. 


Physiologically the user will experience blurred 
vision, dilation of the pupils of the eye, muscle weak- 
ness and twitching, and an increase in heart rate, blood 
pressure, and body temperature. He may also salivate 
excessively and shed tears, and the hair on the back of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


his arm may stand erect. Women who are pregnant 
and who use LSD or other of the hallucinogens may 
have a miscarriage because these drugs cause the 
muscles of the uterus (womb) to contract. Such a 
reaction in pregnancy would expel the fetus. 


To the observer, the user usually will appear to be 
quiet and introspective. Most of the time, however, the 
user will be unwilling or unable to interact with others, 
to carry on a conversation, or engage in intimacies. At 
times, LSD will have profoundly disturbing effects on 
an individual even at moderate doses. Although the 
physiologic effects will be approximately the same, 
the psychological result is a terrifying series of events. 
The distortions in reality, exaggeration of perception, and 
other effects can be horrifying, especially if the user is 
not aware that he/she has been given the drug. This 
constitutes what is informally called the “bad trip.” 


The psychological effects reported by LSD users 
consist of depersonalization, the separation from one’s 
self, yet with the knowledge that the separated entity is 
one’s self and is observing the passing scene. A con- 
fused body image in which the user cannot tell where 
his/her own body ends and the surroundings begin also 
is common. Removal from reality is the third most 
common experience. In this, the user’s perception of 
colors, distance, shapes, and sizes is totally distorted 
and constantly changing. Hallucinations in the form of 
perceiving objects that are not present or forms that 
have no substance also occur. He/she may be able to 
taste colors or smell sounds, a mixing of the senses 
called synesthesia. Sounds, colors, and taste are all 
greatly enhanced, though they may be an unrealistic 
and constantly changing tableau. 


The user often talks endlessly on social subjects, 
history, current events, philosophy, or other areas, 
often babbling meaningless phrases. On the other 
hand, the user may become silent and unmoving for 
long periods of time as he/she listens to music or con- 
templates something such as a flower or his/her thumb. 
As well, the user may become hyperactive and talk 
unendingly for long periods. Mood swings are fre- 
quent, with the user alternating between total euphoria 
and complete despair with no apparent reason. 


Some users will exhibit symptoms of paranoia. 
They become suspicious of persons around them and 
tend to withdraw from others. They become convinced 
that other people are talking about them and plotting 
against them. This mood may be one of many tempo- 
rary responses to the drug that the user will experience 
or it may be the only response. Feelings of anxiety can 
come to the fore when the user is removed from a quiet 
environment and placed in an active one. Feelings of 
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inability to cope can be elicited by no more than stand- 
ing in line with other people or being taken for a walk 
down a city sidewalk. 


All of these effects can be hazardous to the LSD 
consumer. With a distorted sense of reality and a belief 
that one is removed from everyday events the user 
may feel invincible. Users have been known to jump 
off buildings or walk in front of moving trucks, with 
fatal consequences, because their grasp on reality is 
gone. 


How LSD and the other hallucinogens produce 
these bizarre effects remains unknown. The drug 
attaches to certain chemical binding sites widely spread 
through the brain, but what ensues thereafter has yet to 
be described. A person who takes LSD steadily with 
the doses close together can develop a tolerance to the 
drug. That is, the amount of drug that once produced a 
pronounced high no longer is effective. A larger dose is 
required to achieve the same effect. However, if the 
individual keeps increasing his/her drug intake the 
user will soon pass over the threshold into the area of 
toxicity. The user’s experiences no longer will be per- 
ceived as pleasurable. 


Curiously, when an LSD user has attained a high 
threshold of tolerance for LSD, he/she also has one for 
other hallucinogens. He cannot change to psilocybin 
or peyote and be able to attain the desired high at a low 
dose. This indicates that the hallucinogenic drugs 
occupy the same receptors in the brain and must 
bring about their effects in a similar manner. 


Discontinuing LSD or the other hallucinogens, 
especially after having used them for an extended 
period of time, is not easy. The residual effects of the 
drugs produce toxic symptoms and flashbacks, which 
are similar to an LSD trip. Many LSD users do not 
take the drug at close intervals, but use it on weekends 
or other occasions. 


Currently, the most common form of LSD admin- 
istration is by licking the back of a stamp torn from a 
perforated sheet of homemade stamps. The design on 
the front of the stamp is unique to an individual LSD 
chemist and is a form of guarantee that the LSD is 
pure. The drug is coated on the back of the sheet of 
stamps or is deposited as a colored dot on the paper. 
Removing one stamp, the user places it on his tongue 
and allows the LSD to dissolve in his saliva. 


Some marijuana is sold with LSD mixed with it to 
enhance the psychedelic effects of the plant. Because 
LSD can produce such a potent reaction with a very 
small dose, the drug can be administered to an unsus- 
pecting person by placing it in a drink or other means 
by which it may be ingested. The person who does not 
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know he/she is being given the drug may experience a 
terrifying series of events over the next few hours. 


LSD is an illegal drug in the United States and 
most developed countries, and is sold on the street in 
various forms. LSD is produced by a chemical process, 
so the buyer is trusting that the seller knows how to 
manufacture the drug. The purity of such a product 
cannot be guaranteed, and the impurities or other 
drugs present in the LSD can cause serious side effects 
or even death. The subculture of steady users, called 
acid heads, remains a part of civilization in developed 
countries. Though the middle 1960s were the years of 
greatest use of LSD and the consumption of the drug 
dropped off somewhat thereafter, a fairly constant 
number of users has formed a market for LSD and 
other hallucinogens since then. 


Not everyone can consume LSD or other halluci- 
nogens and experience a moderate and short-lived 
response. Some people have a reaction far beyond 
what would be expected at a moderate dose of LSD 
for reasons unknown. There is no way to determine 
who will have such a reaction prior to his/her consum- 
ing the hallucinogen, so the first-time user may pro- 
vide a frightening experience for those around him/her 
as well as for himself/herself. Perhaps these people 
have more numerous receptor sites than do other peo- 
ple so they experience a more intense effect from the 
drug because it affects a greater portion of the brain. 
The explanation remains undetermined as yet. Once 
given, the LSD cannot be countered with any other 
drug. The user must simply endure the next several 
hours of alteration of his consciousness. Those who 
experience a bad trip can be helped through it by calm 
reassurance, but for individuals whose grasp on reality 
is completely gone, even that modest form of therapy 
is ineffective. 


Mushrooms 


Among the many species of mushrooms, edible, 
poisonous, and others, are certain species known to 
bring about hallucinations. Their usage far predates 
that of LSD or other modern hallucinogens. In fact, 
artifacts remaining from pre-Columbian eras often 
were sculpted with mushrooms surrounded by 
human figures. These small statues were the first indi- 
cation that mushrooms were a part of any kind of 
tribal rite. The significance of such a figure remained 
obscure for many years. Not until the twentieth cen- 
tury were scientists aware of the existence of halluci- 
nogenic mushrooms. Efforts were then made to collect 
them and analyze their content. 
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In 1936, ethnologist Roberto Weitlaner collected 
some mushrooms said to have hallucinogenic proper- 
ties and sent them to a commercial laboratory, but 
they were decomposed beyond the point of usefulness. 
Scientists collected the same mushrooms, preserved 
them carefully, and sent them for identification. They 
proved to be Panaeolus campanulatis. The first 
description of these fungi was published in 1939, alleg- 
ing to their prowess as hallucinogens. 


Not until the 1950s was another mushroom, Psi- 
locybe mexicana, discovered. In 1957, a dried specimen 
of the mushroom was sent to Sandoz Pharmaceuticals 
in Switzerland for analysis. An alkaloid in the mush- 
room was isolated, but its use in animals proved 
unequivocal. One of the laboratory chemists consumed 
0.08 oz (2.4 g) of the dried fungus, a moderate dose by 
standards of the Indians who regularly used it. He 
experienced vivid hallucinations. The active ingredient 
was named psilocybin. Additional analysis disclosed 
that its chemical structure is similar to serotonin, a 
neurotransmitter in the brain. A neurotransmitter is a 
chemical that provides the means of communication 
from one brain cell (neuron) to another. 


Yet another species of hallucinogenic mushroom 
was found in 1973 on the campus of the University of 
Washington. It was named Psilocybe stuntzii. 


Hallucinogenic mushrooms have been used for 
centuries in rites of medicine men to foresee the future 
or communicate with the gods. The privilege of using 
the mushroom may or may not be passed on to the 
other tribal members. The mushroom is consumed by 
eating it or by drinking a steeped beverage in which the 
mushroom has been boiled. The effects are similar to 
those experienced by an LSD user-enhancement of 
colors and sounds, introspective interludes, perception 
of objects or persons who are not present, and some- 
times terrifying visions that predict dire circumstances 
to come. 


Peyote 


Another ancient, natural hallucinogenic substance 
is derived from any of a number of Mexican cacti of the 
genus Lophophora. Relics dating back hundreds of years 
depict animals with a peyote button in their mouths. 
The part of the cactus used is the flowering head that 
contains a potent alkaloid called mescaline. The uses 
of peyote parallel those of the hallucinogenic mush- 
rooms. The peyote flower was used to induce a state of 
intoxication and happiness in the user. American 
Indians of the southwest often employed the cactus in 
their tribal rites. 
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Other hallucinogens 


A number of other plant species produce halluci- 
nogenic substances. Some also have uncomfortable 
side effects that go along with the hallucinations, so 
they seldom are used. 


Trees of the Barbados cherry family (Malpighi- 
aceae), which grow in the tropics contain certain alka- 
loids or beta-carboline. The bark of the tree is boiled 
or is squeezed and twisted in cold water and the water 
extract of the bark is drunk. The resulting liquid is 
bitter and, along with hallucinations, brings on pro- 
nounced nausea. It is seldom used because of its 
unpleasant side effects. 


The seeds of two species of morning glory of the 
family Convolvulaceae contain lysergic acid amide, a 
substance closely related to LSD. Chewing the seeds 
releases the hallucinogen. However some morning 
glory seeds are poisonous instead of hallucinogenic. 


Even some members of the bean family can pro- 
duce hallucinogens. Two species within the genus 
Anadinanthera contain tryptamines or beta-carbolins, 
which are hallucinogenic. Some of the 500 species of 
the genus Mimosa produce a hallucinogen used in 
ancient tribal rites. The tribes that used these plants 
no longer exist and the secret of extracting the halluci- 
nogen has gone with them. 


The belladonna plant, or deadly nightshade, pro- 
duces hyoscymamine and to a lesser extent scapol- 
amine, both of which are hallucinogens. Belladonna 
is a dangerous plant that can cause death, hence its 
nickname. Greatly diluted purified extracts from it 
have been used in clinical medicine. 


The illegal use of hallucinogens began to increase 
around 1965 with about 90,000 users and peaked in 
the United States in the late 1970s at about 900,000 
users. According to the U.S. Department of Health 
and Human Services (HHS), their use declined 
throughout the 1980s; however, surveys showed that 
hallucinogen use rose again during the 1990s, espe- 
cially among young adults. In 1990, there were 
approximately 600,000 new users of hallucinogens in 
the United States. By 2005, the number of new users 
rose to over 1.5 million. Many of these hallucinogens 
are relatively new synthetics and are referred to as 
designer drugs, such as MDMA, sometimes called 
Ecstasy. Ecstasy use has steadily risen since 1992. In 
1999, there were about 1.3 million new users in the 
United States. The number increased to over 1.9 mil- 
lion in 2005. These drugs are often made by combining 
a hallucinogen with some other drug, such as meth- 
amphetamine (or speed). As a result, they can have 
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Acid trip—The description for the sensations expe- 
rienced by a user of LSD. The trip may be a pleasant 
one, a good trip, or a terrifying experience, a bad 
trip. 

Alkaloid—A nitrogen-based chemical, usually of 
plant origin, also containing oxygen, hydrogen, 
and carbon. Many are very bitter and may be active 
if ingested. Common alkaloids include nicotine, 
caffeine, and morphine. 


Recreational drug—A substance used socially for 
artificially enhancing mood or feeling, but not 
for the treatment of any medical condition. LSD 
and marijuana are two of the most common such 
drugs. 


Synesthesia—A mixing of the senses so that one 
who experiences it claims to have tasted color or 
heard taste or smelled sounds. It is a common phe- 
nomenon among users of hallucinogens. 


dangerous side effects, sometimes even resulting in 
death. 


Hallucinogens have been known and used for 
centuries. They may be found in surprising sources, 
though the effective dose of a hallucinogen may 
closely border the lethal dose and the ability to select 
the proper source to extract the active drug is some- 
thing to be left to experts. Hallucinogens may leave a 
legacy of long-lasting toxicity that may permanently 
alter brain functions and render the user helpless. 
These potent substances are not as harmless or recrea- 
tional as one is led to believe by those in the drug 
subculture. 
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l Halogenated hydrocarbons 


Halogenated hydrocarbons are derivatives of 
hydrocarbons (that is, organic compounds that only 
contain carbon and hydrogenatoms) that include 
some halogen atoms within their chemical structure. 
The most commonly encountered halogens in halo- 
genated hydrocarbons are fluorine and chlorine, but 
sometimes bromine or iodine occur, or combinations 
of any of these. 


Some halogenated hydrocarbons are naturally 
synthesized by halogenation reactions during combus- 
tion of biomass containing the constituent atoms (that 
is, carbon, hydrogen, and halogens). For example, 
these syntheses occur commonly (but at low rates) 
during forest fires. However, most species of halogen- 
ated hydrocarbons are synthetic and are manufac- 
tured by humans as industrially useful materials, or 
are incidentally created either as a byproduct during 
industrial chemical reactions or when municipal waste 
is incinerated. 


Chlorinated hydrocarbons are a well known 
group, with a wide variety of uses. A number of these 
chemicals have been used as insecticides, including 
DDT, DDD, lindane, chlordane, aldrin, and dieldrin. 
Others have been used as herbicides, especially 2,4-D 
and 2,4,5-T. 


Polychlorinated biphenyls (PCBs) have been 
widely used as dielectric fluids in electrical transform- 
ers and for other purposes. Dioxins, including the 
deadly TCDD, are trace contaminants synthesized 
during the manufacture of other chlorinated hydro- 
carbons and in spontaneous chlorination reactions in 
incinerators and pulp mills. Chlorinated hydrocar- 
bons are associated with some well known environ- 
mental problems because most of these chemicals are 
persistent in the environment, and they accumulate in 
organisms, sometimes causing toxicity. 


Chlorofluorocarbons are another group of halo- 
genated hydrocarbons that have been used extensively 
in refrigeration, air-conditioning, and for dry clean- 
ing. After their use these chemicals are often dis- 
charged to the atmosphere, where they are very 
persistent, and react with sunlight to destroy ozone 
in the stratosphere. This is an important environmen- 
tal problem, because ozone helps screen harmful ultra- 
violet radiation, which can cause skin cancers, 
cataracts, and other problems. In recognition of the 
environmental problems associated with these chem- 
icals, the manufacture and use of chlorofluorocarbons 
has been eliminated through international agreements 
such as the Montreal Protocol. 
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Hydrochlorofluorocarbons; Ozone layer depletion. 
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l Halogens 


The halogens are a group of chemical elements 
that includes fluorine, chlorine, bromine, iodine, and 
astatine. Halogen comes from Greek terms meaning to 
produce sea salt. None of the halogens occur naturally 
in the form of elements, but, except for astatine, they 
are very widespread and abundant in chemical com- 
pounds where they are combined with other elements. 
Sodium chloride, common table salt, is the most 
widely known. 


All of the halogens exist as diatomic molecules 
when pure elements. Fluorine and chlorine are gases. 
Bromine is one of only two liquid elements, and iodine 
is a solid. Astatine atoms exist only for a short time 
and, then, decay radioactively. Fluorine is the most 
reactive of all known elements. Chemical activity, the 
tendency to form chemical compounds, decreases with 
atomic number, from fluorine through iodine. Simple 
compounds of these elements are called halides. When 
one of the elements becomes part of a compound its 
name is changed to an -ide ending, e.g., chloride. 


Chlorine 


Chlorine was the first halogen to be separated and 
recognized as an element. It was named in 1811 by 
English chemist Sir Humphry Davy (1778-1829) from 
a Greek term for its greenish yellow color. Huge depos- 
its of solid salt, mostly sodium chloride, and salts dis- 
solved in the oceans are vast reservoirs of chloride 
compounds. Salt is a general term for a metal and 
nonmetal combination; there are many different salts. 
To obtain chlorine an electrical current is applied to 
brine, a water solution of sodium chloride. Chlorine 
gas is produced at one electrode. The chlorine must be 
separated by a membrane from the other electrode, 
which produces sodium hydroxide. 


Chlorine gas itself is toxic. It attacks the respiratory 
tract and can be fatal. For this reason, it was used as a 
weapon during World War I (1914-1918). Chlorine in 
solutions has been used as a disinfectant since 1801. It 
was very effective in hospitals in the 1800s, particularly 
in an 1831 cholera epidemic in Europe. Chlorine 
bleaches are employed in most water treatment systems 
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in the United States as well as over much of the rest of 
the world and in swimming pools. 


Chlorine will combine directly with almost all 
other elements. Large amounts are used yearly for 
making chlorinated organic compounds, bleaches, 
and inorganic compounds. Organic compounds, ones 
that have a skeleton of carbon atoms bonded to each 
other, can contain halogen atoms connected to the 
carbon atoms. Low molecular weight organic chlorine 
compounds are liquids and are good solvents for many 
purposes. They dissolve starting materials for chemical 
reactions, and are effective for cleaning such different 
items as computer parts and clothing (dry cleaning). 
These uses are now being phased out because of prob- 
lems that the compounds cause in Earth’s atmosphere. 


Chlorine-containing organic polymers are also 
widely employed. Polymers are large molecules made 
of many small units that hook together. One is poly- 
vinyl chloride (PVC), from which plastic pipe and 
many other plastic products are made. Neoprene is a 
synthetic rubber made with another chlorine-contain- 
ing polymer. Neoprene is resistant to the effects of 
heat, oxidation, and oils, and so is widely used in 
automobile parts. 


Many medicines are organic molecules containing 
chlorine, and additional chlorine compounds are 
intermediate steps in the synthesis of a variety of 
others. Most crop protection chemicals, herbicides, 
pesticides, and fungicides have chlorine in them. 
Freon refrigerants are chlorofluorocarbons (CFCs). 
These perform well because they are volatile, that is, 
they evaporate easily, but they are not flammable. 
Freon 12, one of the most common, is CCl,F2, two 
chlorine atoms and two fluorine atoms bonded to a 
carbon atom. 


Chlorine is part of several compounds, such as the 
insecticide DDT (dichlorodiphenyltrichloroethane), 
that are soluble in fats and oils rather than in water. 
These compounds tend to accumulate in the fatty 
tissues of biological organisms. Some of these com- 
pounds are carcinogens, substances that cause cancer. 
DDT and other pesticides, polychlorinated biphenyls 
(PCBs), and dioxins are substances that are no longer 
manufactured. However, they are still present in the 
environment, and disposal of materials containing 
these compounds is a problem. 


Bromine 


The next heaviest element in the halogen family is 
bromine, named from a Greek word for stink, because 
of its strong and disagreeable odor. It was first isolated 
as an element in 1826. Bromine is a reddish brown 
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liquid that vaporizes easily. The vapors are irritating 
to the eyes and throat. Elemental bromine is made by 
oxidation, removal of electrons from bromide ions in 
brine. Brines in Arkansas and Michigan, in the United 
States, are rich in bromide. Other worldwide sources 
are the Dead Sea and ocean water. 


There are a variety of applications for bromine 
compounds. The major use at one time was in ethylene 
dibromide, an additive in leaded gasoline. This need 
has declined with the phase-out of leaded fuel. Several 
brominated organic compounds have wide utilization 
as pesticides or disinfectants. Currently, the largest 
volume organic bromine product is methyl bromide, 
a fumigant. Some medicines contain bromine, as do 
some dyes. 


Halons, or halogenated carbon compounds, have 
been utilized as flame retardants. The most effective 
contain bromine, for example, halon 1301 is CBrF3. 
Inorganic bromine compounds function in water san- 
itation, and silver bromide is used in photographic 
film. Bromine also appears in quartz-halide light 
bulbs. 


lodine 


The heaviest stable halogen is iodine. Iodine 
forms dark purple crystals, confirming its name, 
Greek for violet colored. It was first obtained in 1811 
from the ashes of seaweed. Iodine is purified by heat- 
ing the solid, which sublimes, or goes directly to the 
gas state. The pure solid is obtained by cooling the 
vapors. The vapors are irritating to eyes and mucous 
membranes. 


Iodine was obtained commercially from mines in 
Chile in the 1800s. In the twentieth century, brine from 
wells has been a better source. Especially important 
are brine wells in Japan, and, in the United States, in 
Oklahoma and Michigan. 


Iodine is necessary in the diet because the thyroid 
gland produces a growth-regulating hormone that con- 
tains iodine. Lack of iodine causes goiter. Table salt 
usually has about 0.01% of sodium iodide added to 
supply the needed iodine. Other compounds function 
in chemical analysis and in synthesis in a chemistry 
laboratory of organic compounds. Iodine was useful 
in the development of photography. In the daguerre- 
otype process, an early type of photography, a silver 
plate was sensitized by exposure to iodine vapors. 


Astatine 


Astatine could be described as the most rare ele- 
ment on the Earth. All isotopes, atoms with the same 
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number of protons in the nucleus and different num- 
bers of neutrons, are radioactive; even its name is 
Greek for unstable. When an atom decays its nucleus 
breaks into smaller atoms, subatomic particles, and 
energy. Astatine occurs naturally as one of the atoms 
produced when the uranium 235 isotope undergoes 
radioactive decay. However, astatine does not stay 
around long. Most of its identified isotopes have 
half-lives of less than one minute. That is, half of 
the unstable atoms will radioactively decay in that 
time. 


Astatine was first synthesized in 1940 in cyclotron 
reactions by bombarding bismuth with alpha par- 
ticles. The longest-lived isotope has a half-life of 
8.3 hours. Therefore, weighable amounts of astatine 
have never been isolated, and little is known about its 
chemical or physical properties. In a mass spectrom- 
eter, an instrument that observes the masses of very 
small samples, astatine behaves much like the other 
halogens, especially iodine. There is evidence of com- 
pounds formed by its combining with other halogens, 
such as Atl, AtBr, and AtCl. 


Fluorine 


Fluorine was the most difficult halogen to isolate 
because it is so chemically reactive. French chemist 
Henri Moissan (1852-1907) first isolated elemental 
fluorine in 1886, more than seventy years after the 
first attempts. Moissan received the 1906 Nobel Prize 
in chemistry for this work. The technique that he 
developed, electrolysis of potassium fluoride in anhy- 
drous liquid hydrogen fluoride, is still used today, with 
some modifications. The name fluorine comes from 
the mineral fluorspar, or calcium fluoride, in which it 
was found. Fluorspar also provided the term fluores- 
cence, because the mineral gave off light when it was 
heated. Hydrofluoric acid has been used since the 
1600s to etch glass. However, it, as well as fluorine, 
must be handled with care because it causes painful 
skin burns that heal very slowly. Fluorine and fluoride 
compounds are toxic. 


Fluorine is so reactive that it forms compounds 
with the noble gases, which were thought to be chemi- 
cally inert. Fluorine compounds have been extremely 
important in the twentieth century and, now, in the 
twenty-first century. Uranium for the first atomic 
bomb and for nuclear reactors was enriched in the 
235 isotope, as compared to the more abundant 238 
isotope, by gaseous diffusion. Molecules of a uranium 
atom with six fluorine atoms exist as a gas. Less mas- 
sive gases will pass through a porous barrier faster 
than more massive ones. After passage through 
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thousands of barriers the uranium hexafluoride gas 
was substantially enriched in the 235 isotope. 


Fluoride ions in low concentrations have been 
shown to prevent cavities in teeth. Toothpaste may 
contain stannous fluoride, and municipal water sup- 
plies are often fluoridated. However, too high a con- 
centration of fluoride will cause new permanent teeth 
to have enamel that is mottled. Chlorofluorocarbons 
were developed and used as refrigerants, blowing 
agents for polyurethane foam, and propellants in 
spray cans. Their use became widespread because 
they are chemically inert. Once the active fluorine is 
chemically bound the resulting molecule is generally 
stable and unreactive. The polymer polytetrafluoro- 
ethylene is made into Teflon®, a non-stick coating. 


Unexplored sources and problems 


Most of the organic halogen compounds men- 
tioned are made synthetically. However, there are 
also natural sources. In 1968, there were 30 known 
naturally occurring compounds. By 2006, over 2,000 
compounds had been discovered, and many biological 
organisms, especially marine species (those in the 
oceans), had not been looked at as yet. Halogenated 
compounds were found in ocean water, in marine 
algae, in corals, jelly fish, sponges, terrestrial plants, 
soil microbes, grasshoppers, and ticks. Volcanoes are 
another natural source of halogens, and they release 
significant amounts into the air during eruptions. 
Chlorine and fluorine are present in largest quantities, 
mostly as hydrogen chloride and hydrogen fluoride. 


In the 1980s, depletion of a portion of the layer of 
ozone (O3) high in Earth’s atmosphere was observed. 
Ozone absorbs much of the high energy ultraviolet 
radiation from the sun that is harmful to biological 
organisms. During September and October, in the 
atmosphere over the Antarctic, ozone concentration 
in a roughly circular area, the ozone hole, drops dra- 
matically. In fact, the ozone hole over the Antarctic 
was at its largest in September 2000. As of September 
2003, scientists have observed signs that the depletion 
of the ozone layer may be slowing due to the world 
bans on dangerous chemical compounds containing 
carbon, chlorine, and fluorine. 


Chlorine-containing compounds, especially CFCs, 
undergo reactions releasing chlorine atoms, which can 
catalyze the conversion of ozone to ordinary oxygen, 
O>. Bromine and iodine-containing carbon compounds 
may also contribute to ozone depletion. Countries sign- 
ing the Montreal Protocol on Substances that Deplete 
the Ozone Layer have pledged to eliminate manufac- 
ture and use of halocarbons. Since that year, the 
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KEY TERMS 


Chemical activity—The tendency to form chemi- 
cal compounds. Active elements are not usually 
found in elemental form because a more active 
elements will replace a less active element in a 
compound. 


Compound—A pure substance that consists of two 
or more elements, in specific proportions, joined 
by chemical bonds. The properties of the com- 
pound may differ greatly from those of the elements 
it is made from. 


Formula—A shorthand description for chemical 
substances. The number of atoms of each element 
is given as a subscript following the element sym- 
bol (except for 1, which is understood). For exam- 
ple, HF, Oz, CCloFo. 

Oxidation—A chemical process that removes elec- 
trons from a reacting substance. 


Radioactive—The nucleus of an atom that is not 
stable. It falls apart to lighter atoms, subatomic 
particles, and energy. 


Salt—A solid that is made from a combination of 
positive and negative ions but has no net charge 
itself. 


Synthesize—To prepare through human activity, in 
contrast to preparation in some naturally-occurring 
process. 


Protocol has been revised five times: in 1990, 1992, 
1995, 1997, and 1999. As of March 2005, 189 countries 
had signed the Montreal Protocol. However, natural 
sources, such as volcanic eruptions and fires, continue 
to add halogen compounds to the atmosphere. Finding 
substitutes that work as well as the banned compounds 
and do not also cause problems is a current chemical 
challenge. 


See also Elements, formation of; Halogenated 
hydrocarbons. 
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| Halosaurs 


A halosaur is a thin, elongated fish resembling an 
eel. The largest halosaurs grow to about 20 in (51 cm) 
long. Unlike the eels, halosaurs have a backbone com- 
posed of many vertebrae. It has somewhat large scales, 
numbering fewer than 30 horizontal rows on each of its 
sides. This fish lives close to or on the bottom of the sea 
and is thus referred to as a benthic fish. It feeds on the 
ocean floor; like many bottom-feeding fish, its mouth is 
inferior, meaning that its jaw is positioned under its 
projecting snout. The halosaur’s eyes, like those of the 
eel, are covered with transparent skin, called spectacles. 
It is believed that this membrane serves to protect the 
fish’s eyes while it feeds on the bottom. This fish has a 
single dorsal fin composed of 9-13 soft rays, pelvic fins 
on its abdomen, and a long anal fin that extends to the 
tip of its tail. It has no caudal (tail) fin. 


Scientists differ in their classification of the hal- 
osaur. Some scientists classify them in the order 
Albuliformes, the suborder Notacanthoidei, and the 
family Halosauridae. Others, however, classify halo- 
saurs in the order Notacanthiformes. All fish in this 
order have pectoral fins placed high on their sides, 
pelvic fins positioned on their abdomens, and anal fins 
that are long and tapering into their tails. All are deep 
water fish, inhabiting depths of between 656-17,062 ft 
(200-5,200 m). The order is distributed worldwide 
and contains 20 species and six genera. According to 
this classification, the order Notacanthiformes has 
three families; the most notable of which are the 
Halosauridae (halosaurs) and the Notacanthidae 
(spiny eels). 


Within the family Halosauridae, there are three gen- 
era with 15 species. The eight species in the genus 
Halosaurus live in the Atlantic, Indian, and Pacific 
Oceans, usually near the continental shelves. The six 
species in the genus A/drovandia occur throughout the 
Atlantic and Indian Oceans as well as in the central and 
western Pacific Ocean. There is only one species in the 
third genus, referred to as Halosauropsis macrochir, and 
it lives in the western Pacific, Atlantic, and Indian 
Oceans. 
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Hamsters 


Like its close relative, the spiny eel, the halosaur 
commonly moves slowly over the ooze covering the 
deep-sea floor in search of food. Because it has a long 
tapering tail which ends without a fin, it has modified 
its mode of locomotion. Like other deep-sea fish with 
its body type, it is believed that the halosaur moves by 
rolling its long anal fin or by using quick strokes of its 
pectoral fins. Furthermore, it may accomplish loco- 
motion by undulating its long body. 


This fish has been caught swimming at up to 5,200 
ft (1,585 m) below the ocean’s surface. Because it lives 
at such extreme depths, it is rarely seen, and little is 
known about its habits. 


Kathryn Snavely 


| Hamsters 


Hamsters are small rodents with dense fur, a short 
tail, and large cheek pouches. They belong to the mam- 
malian family Muridae, which also includes rats, mice, 
gerbils, voles, and lemmings. 


During foraging trips, hamsters use their cheek 
pouches to carry seeds and grains back to underground 
food stores that are sometimes quite large. Hamsters 
mostly eat plantmatter, especially seeds, nuts, soft 
fruits, tubers, and roots. However, they will also oppor- 
tunistically predate on insects, small reptiles, bird eggs 
and nestlings, and even other small mammals. 


Hamsters are aggressive animals. They are not 
very social, and generally live a solitary life. Soon 
after mating occurs, the male hamster is driven away 
by the female. Once the offspring are weaned, they are 
likewise driven away by their mother. 


Species of hamsters 


There are about 18 species of hamsters, all of 
which are found in the Old World. The common or 
black-bellied hamster (Cricetus cricetus) is an aggres- 
sive, solitary, burrowing animal. This species lives in 
grassy steppes and cultivated areas of temperate 
Europe and western Asia south to Iraq. The common 
hamster is the largest hamster. It has a body length of 
about 12 in (30 cm), and can weigh as much as a 
pound. The common hamster has a reddish coat with 
bold, white markings, and its fur is sometimes used by 
furriers. The underground burrows of this species 
include a relatively large, central chamber, with radi- 
ating galleries used to store food, or as a toilet. 
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A golden hamster. (Photo Researchers, Inc.) 


Remarkably, the winter burrows of the common ham- 
ster contain separate storage chambers for each type 
of food. 


The common hamster is an inveterate hoarder, 
and if the opportunity presents itself, it will store 
food far in excess of its actual needs. Stores weighing 
as much as 200 Ib (90 kg) have been found. People 
sometimes dig up the large winter hoardings of the 
common hamster to retrieve the grain they contain, 
usually for use as chicken feed. Like other hamsters, 
this species carries small items of food in its large cheek 
pouches, although some items, such as large tubers, 
are carried in the teeth. The pouches are stuffed, and 
emptied, using the fore paws. The common hamster 
hibernates in winter, when it blocks up the entrances 
to its burrow, and sleeps lightly in a bed of straw. 


The common hamster is sometimes considered an 
important pest of agriculture, partly because of its 
enthusiastic storing of food in amounts far beyond 
its requirements. As a result, farmers often try to kill 
these animals using poison, by digging or flooding 
them out of their burrows, or using dogs. 


The golden hamster (Mesocricetus auratus) 1s a 
very rare animal that is found in only a few places in 
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the Middle East. For about a century, the golden 
hamster was only known from a single specimen, col- 
lected in 1839. It was not seen again until 1930, when a 
single family of golden hamsters was discovered in 
their den in Syria. Three individuals from that group 
were taken into captivity, and were used as breeding 
stock for zoos. They were later used as laboratory 
animals and for the pet trade. It is likely that all of 
the golden hamsters presently in captivity are 
descended from that small, original, founder group. 


The head and body length of the golden hamster is 
about 6 in (17-18 cm) and it weighs about 4 oz 
(97-113 g). The golden hamster breeds quickly. It 
has a gestation period of only 15 days, and becomes 
sexually mature after only 8-11 weeks of age. This is 
the shortest gestation period of any non-marsupial 
mammal. 


Golden hamsters are also not very social or 
friendly animals, and in the wild they are thought to 
live in a solitary fashion. However, these animals can 
be tamed by frequent handling from an early age, and 
the golden hamster has become quite popular as a pet. 
Although this species is quite abundant in captivity 
and is not in danger of extinction, its little-known wild 
populations are endangered. 


The dwarf hamsters (Phodopus roboroyskii and P. 
sungorus) inhabit the deserts and semi-deserts of 
southern Siberia, Manchuria, and northern China. 
They have a head and body length of 2-4 in (5—10 cm) 
and are virtually tailless. When in captivity, they tame 
easily and are sometimes kept as pets. 


The rat-like or gray long-tailed hamsters in the 
genus Cricetulus inhabit dry agricultural fields and 
deserts in Eurasia. The head and body length of these 
hamsters is 3—10 in (8—25 cm) and the tail is 1-4 in (2.5— 
11 cm) long. Like other hamsters, the seven Cricetulus 
species sometimes have large, underground stores, and 
these stores are excavated by people to retrieve the 
grain in some areas. 


The mouse-like hamster (Calomyscus bailwardi) is 
another long-tailed hamster, occurring in rocky hab- 
itats in the mountains of western Asia south of the 
Caspian Sea. This species has a head and body length 
of 3-4 in (6-10 cm), a tail slightly longer than its body, 
and a weight of 0.5—1 oz (15-30 g). Its upper parts are 
buff, sandy brown, or grayish brown, its underparts 
and paws are white, and its tail is thickly haired and 
tufted. The mouse-like hamster has prominent ears 
and no cheek pouches. 


Bill Freedman 
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| Hand tools 


Hand tools are the various types of devices that 
have been designed and manufactured to perform spe- 
cific tasks, without the use of a motor—only with the 
power of the user. Examples of hand tools are ham- 
mers, saws, can openers, and screwdrivers. They can 
be as easily found as made, and the earliest tools used 
by people included sticks and rocks picked up and 
used as projectiles, or to pound or dig. The earliest 
fashioned hand tools date back to the Stone Age (the 
era generally from the start of human technology to 
the start of agriculture). Many hand tools have been 
converted into power tools (those that use some type 
of motor), such as circular saws and power drills. 
Currently new technologies make hand tools that are 
battery-powered, so they are still portable, yet easier 
to use than their precursors. 


Tools are an extension of human limbs and teeth, 
and were first inspired by human limitations. Things 
that would be torn by an animal with its teeth required 
sharp rocks or sticks as knife edges for less well- 
equipped humans. Sticks could also dig out what 
human hands could not pull out. They could be used 
as noisemakers or be thrown at intruders as an intim- 
idation tactic. Even today monkeys and apes use var- 
ious objects in these ways, so it is not difficult to 
imagine early humans exhibiting this same ingenuity. 


Earliest stone and metal tools 


Technology begins in human history when the 
first stone flints or spear tips were deliberately cut, 
which are known as Oldowan tools or eoliths. It is 
very difficult for archaeologists to prove that the 
sharpened edges of some stone artifacts are the work 
of human hands rather than the result of the shearing 
of one stone against another over eons. However, 
certain improvised tools such as pebbles and animal 
bones, show clear signs of the wear and tear associated 
with deliberate use. Chipped quartz tools are identi- 
fied as such because of the situation in which they were 
unearthed, accompanying human remains in areas 
clearly definable as settlements. 


About one and one-half million years ago, an 
improvement was made upon the basic carved tool, 
with the aid of better raw materials. The newer tools fall 
into three categories of standardized designs; mainly 
handaxes, picks, and cleavers. These Acheulian tools 
are the work of humans with larger brains than previous 
incarnations of the genus Homo. They first appeared 
during the Paleolithic or early Stone Age period. 
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Hand tools 


Handaxes from this period are flaked on both sides and 
often shaped carefully into teardrops. Picks are long 
tools, with either one sharp edge or two. Cleavers are 
smoothed into U-shapes with two sharp points on one 
side. With these inventions, humans began to consider 
how an object would fit the hand, and how it might be 
designed for optimum impact. 


Acheulean tools were made in great numbers 
across much of Africa and Europe, as well as India 
and the Near East. They were produced over thou- 
sands of years but such tools led to no modern coun- 
terparts. Archaeologists, therefore, have a long list of 
possible uses for these artifacts, which may have 
served more than one purpose. Butchering animals, 
digging for roots or water sources, and making other 
tools are the most common suggestions. More inven- 
tive ones include the ‘killer frisbee’ projectile, a use for 
disc-shaped objects proposed by two researchers at the 
University of Georgia. Iceman, a fully preserved 
human over 5,000 years old, was found with articles 
of clothing and tools and weapons on his person. This 
fortunate occurrence has given archaeologists a 
chance to theorize about the uses of particular tools, 
rather than piecing together scattered remains and 
surmising about possible uses for artifacts. 


The later periods of the Neolithic and Bronze 
Ages saw further developments in metallurgy and 
design. Axes were made in two pieces, a head and a 
shaft bound together by plant or animal fibers. Metal 
alloys like bronze were deliberately crafted to improve 
the durability and efficiency of hand tools. Smithing 
was an art as well as a science, well into the Iron Age. 
Handcrafted knives were important for nomadic peo- 
ples who hunted to survive, and swords especially 
became crucial tools in warfare. The invention of the 
metal plow brought agriculture a huge step forward, 
since it made systematic planting over wide areas pos- 
sible. This was a great improvement over digging holes 
one at a time. 


Development of modern tools 


Some hand tools have gone out of style or are used 
only rarely, but not all. The cobbler used to make shoes 
by hand, but now people buy mass produced shoes and 
only take them to a repair shop to be worked on by 
hand. However, a sewing needle has not changed in 
centuries, and is still acommon household object. Even 
though people now have access to big sewing machines, 
it is still easier to fix a button or darn a small tear with a 
plain needle. During colonial times only the metal parts 
of an implement would be sold to a user, who would 
then make his own handle out of wood to fit in his 
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KEY TERMS 


Acheulean—A term for the tools made by Homo 
erectus, which are recognizably standard designs. 
The name comes from a Paleolithic site discovered 
in St. Acheul, France during the 1800s. 


Cobbler—An old term for a shoemaker. 
Cooper—An old term for a barrel maker. 


Eolith—Chipped stones and flints made by humans, 
which give the Eolithic or Stone Age period its 
formal name. This period is further divided into the 
Paleolithic or Old Stone Age and the Neolithic or 
New Stone Age. 


Iceman—The body of a Stone Age man dug up in 
the Tyrolean Alps, preserved in ice. 


Oldowan—A term for tools made during the ear- 
liest several hundred thousand years of the Stone 
Age by Homo habilis, items which follow no dis- 
tinct patterns. 


Smith—Someone who works with metals or who 
makes things. A blacksmith uses iron primarily, 
while a gunsmith specializes in weaponry. 


hand perfectly. Many things made with metal, nowa- 
days, like nails and shovels, were fashioned from wood 
instead. This is why older buildings and tools have aged 
well, without problems like rusting or damage to adja- 
cent materials. 


Modern technology 


Simple hand tools, which cut or pound or assem- 
ble, may now be sold with attached metal or plastic 
handles, but their basic designs and operations have 
not changed over time. The plane and the file smooth 
down metal or wood surfaces. Drills and saws are now 
primarily electric, to save time and energy. Hammers 
come in all sizes, from the rock-breaking sledgeham- 
mer to the tiny jeweler’s model, which is used to stamp 
insignias into soft metals like sterling or gold. 
Screwdrivers attach screws and wrenches tighten nuts 
and bolts together in areas where larger tools would 
not reach as easily. Measuring tools are also included 
under the category of hand tools, since they include 
tape or folding measures that may be carried on a tool 
belt. Squares and levels now measure inclines and 
angles with liquid crystal digital displays, but they 
otherwise look and feel like their old-fashioned 
counterparts. 
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Current research and development applies com- 
puter-aided design (CAD) programs to simulate mod- 
els as if under stress of actual use, in order to test 
possible innovations without the expense of building 
real prototypes. Lightweight alloys, plastics, and engi- 
neered woods are used to improve versatility and con- 
venience. Poisonous heavy metals are being replaced 
with safer plating materials, and nickel-cadmium bat- 
teries may soon be replaced with rechargeable units 
that are easier to recycle. 
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| Hantavirus infections 


Hantavirus infections are the cause of two serious 
diseases, hantavirus pulmonary syndrome (HPS) and 
hemorrhagic fever with renal syndrome (HFRS). There 
are at least fourteen types of hantaviruses, which differ 
only slightly from one another, and scientists are work- 
ing to identify and classify previously unrecognised 
hantaviruses. Well-known hantaviruses are are: 
Hantaan, Seoul, Puumala, Prospect Hill, Khabarovsk, 
Bayou, and Sin Nombre. The Sin Nombre virus was the 
cause of a 1993 outbreak in the southwestern United 
States, which led to a greater understanding of the virus 
and its transmission to humans. 


The hantavirus are named for the Hantaan River in 
Korea. In 1976, a virus found near this river was shown 
to be the cause of a deadly disease, which was dubbed 
the Hantaan River disease. This same type of virus was 
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likely responsible for a disease that appeared in United 
Nations troops stationed in Korea in 1951. Indeed, a 
1990 study that examined serum that was collected and 
saved from Korean War (1950-1953) victims found 
that over 90% of the sera contained antibodies to 
hantavirus. 


Until the early 1990s, reports of hantavirus infec- 
tions were confined to the Far East and involved 
hemorrhagic fever and kidney failure. Then, in 1993, 
an illness outbreak occurred in the United States 
Southwest, where the states of Colorado, Arizona, 
New Mexico, and Utah meet (an area known as the 
Four Corners). A disease that initially appeared sim- 
ilar to the flu quickly progressed to a life-threatening 
illness within 24 hours to a few days. Lung function 
dramatically reduced as fluid accumulated in the 
lungs. Kidney failure also occurred in several victims. 
At least seven people died from the mysterious viral 
infections in the early stages of the Four Corners 
outbreak. 


After state health departments and Indian Health 
Services in the Four Corners area tested the victims for 
all known disease agents, the Special Pathogens branch 
of the United States Centers for Disease Control 
(CDC) assisted with the intense public health investi- 
gation into the 1993 Four Corners outbreak. The cause 
of the outbreak was found to be a previously unrecog- 
nized hantavirus dubbed Sin Nombre virus (from 
Spanish, meaning no name). The lung infection became 
known as hantavirus pulmonary syndrome. The virus 
was shown to live naturally in rodents, particularly the 
deer mouse. Mouse feces, urine, and saliva can contain 
the virus. 


The 1993 outbreak is suspected to have arisen 
because of a period of heavy rain that occurred in the 
Four Corners region. The wet conditions produced an 
explosion in the deer mouse population. The virus 
could then be spread from mice to humans more 
easily. 


Dusty environments are particularly important in 
the spread of hantavirus. The virus particles left 
behind upon the drying of feces or saliva can be dis- 
tributed into the air and inhaled into the lungs. 


Hantavirus pulmonary syndrome has also occurred 
in South America. Indeed, it is more common in South 
America than in North America. Additionally, the han- 
tavirus types found in North and South America cause 
a more serious disease than many of the hantavirus 
types that are found in the Far East. 


Treatment of hantavirus pulmonary syndrome is 
mostly supportive and can be difficult. The condition 
of a person with HPS often deteriorates so rapidly that 
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KEY TERMS 


Hantavirus—A virus carried by rodents, especially 
the deer mouse, that is responsible for the disease 
hantavirus pulmonary syndrome. 


Hantavirus pulmonary syndrome—A serious febrile 
illness associated with respiratory compromise or 
failure and caused by a hantavirus that is usually 
transmitted through inhalation of aerosolized 
rodent droppings. 


Hemodialysis—A method of mechanically cleans- 
ing the blood outside of the body, used when an 
individual is in relative or complete kidney failure, 
in order to remove various substances which would 
normally be cleared by the kidneys. 


Outbreak—The appearance of new cases of a dis- 
ease in numbers greater than the established inci- 
dence rate, or the appearance of even one case of 
an emergent or rare disease in an area. 


diagnosis and hospitalization must occur very quickly. 
Treatment mainly consists of clearing fluid from the 
lungs to preserve lung function, maintaining blood 
pressure and, if necessary, initiating kidney dialysis 
(hemodialysis) and mechanical ventilation. Anti-viral 
medications are more effective for treating the HFRS 
version of hantavirus infection than HPS. For those 
who survive, recovery is almost as rapid as was the 
progression of the infection. 


For the present time, the best defense against 
hantavirus is to avoid environments where exposure 
to rodents and their droppings could occur. People 
should particularly avoid entering or cleaning 
rodent-infested structures, such as old barns or stor- 
age sheds. 


See also Physiology; Respiratory diseases; Zoonoses. 
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] Hard water 


Hard water is water that contains large amounts 
of calcium (Ca), magnesium (Mg), or iron (Fe) ions; as 
opposed to soft water that does not contain large 
amounts of such minerals. Hard water is undesirable 
since it often has an unpleasant taste, interferes with 
the ability of soaps to dissolve (although some syn- 
thetic detergents dissolve well in hard water), and can 
cause scaling (the building up of insoluble precipitates) 
in pipes and hot water systems. On the other hand, 
hard water is generally not dangerous to human safety 
or health. 


Water hardness is most commonly the result of 
dissolved calcium or magnesium ions, often caused by 
limestone or dolomite dissolving slightly when acidic 
water containing carbon dioxide runs through these 
minerals. These dissolved minerals lead to an increase 
in the amounts of calcium and magnesium ions. Water 
hardness where the negative ion (anion) is bicarbonate 
(as in the cases above) is sometimes called temporary 
hardness, since the unwanted ions can be reduced by 
boiling the water. If the anion is not bicarbonate, but is 
instead sulfate or chloride, then permanent hardness is 
said to result, and this condition cannot be remedied 
by merely boiling the water. 


In either case, the calcium and carbonate ions (or 
calcium and sulfate ions) may deposit along the inside 
of pipes and water heating systems, leading to boiler 
scale. This scaling can significantly reduce the effi- 
ciency of a heating system and can build up to such 
an extent that the entire pipe is plugged, often leading 
to overheating of the boiler. 


Hard water can be treated either by boiling the 
water (a method effective only for small quantities) or 
by precipitating the calcium or magnesium ions from 
the water (this method is also not practical for large 
quantities of water). A more efficient method is to use 
ion exchangers, in which the unwanted calcium and 
magnesium ions are exchanged or traded for sodium 
ions that do not form any insoluble precipitates and, 
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thus, do not cause scaling. Most water softeners work 
by the ion exchange method. The soft water produced 
is not free of ions, only of undesirable ions. 


Other methods are available for removing ions, 
including reverse osmosis and magnetic water condi- 
tioning. Reverse osmosis removes almost 100% of 
undesirable materials from water, including the hard 
water ions. This method uses pressure to force water to 
flow from a solution of concentrated minerals to one of 
dilute mineral content, the reverse direction of natural 
osmosis. The water flows through a semi-permeable 
membrane, which allows the water molecules to pass 
while filtering out unwanted molecules. This procedure 
requires several steps and is not as common in the home 
as ion exchange. Magnetic water conditioning occurs 
when electromagnets are attached to water pipes. These 
electromagnets create a strong magnetic field within the 
pipe, which keeps the hard water minerals from precip- 
itating into the plumbing. This method has not been 
scientifically proven, and it is unknown if and how it 
actually works. Electromagnets have been installed in 
thousands of homes in the United States, but are not as 
common or reliable as ion exchange water softeners. 
One drawback to the ion exchange method is that the 
water produced is slightly acidic and contains a large 
amount of sodium ions. The acidic water can damage 
metal pipes over time, and there is an established link 
between sodium consumption and heart disease. 


See also Jon and Ionization. 


Hares see Lagomorphs 


l Harmonics 


The character of an audible sound is determined 
by several features. The volume of the sound, its loud- 
ness, is determined by the amplitude of the oscillations 
in the sound wave, the distance individual air molecules 
oscillate as the wave travels. A larger amplitude pro- 
duces a louder sound and transmits more energy. The 
pitch of a note is the frequency or number of oscilla- 
tions per second. A higher frequency produces a higher 
pitched note. The richness or quality of a sound is 
produced by the harmonics. 


A pure note, that is, one consisting of a perfect 
sinusoidal wave (single frequency), tends to sound bor- 
ing. A musical instrument that only produced such 
pure notes would not be pleasing. For a tone to be 
perceived as rich, the human ear demands harmonics. 
These are tones whose frequencies are integer multiples 
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of the fundamental frequency of the sound. For exam- 
ple, the first harmonic is the fundamental frequency, 
264 cycles per second for middle C. The second har- 
monic will be twice this frequency, 528 cycles per sec- 
ond, which is an octave higher. The third harmonic will 
be three times the fundamental frequency, 792 cycles 
per second, and so on. These harmonics are also called 
overtones—the second harmonic is the first overtone, 
the third harmonic the second overtone, and so on. 
Tones at simple fractional multiples of the fundamental 
frequency, such 3/4, are called inharmonics. These are 
also present in musical sounds. The sound we hear is a 
single sound wave, but it can be considered as being 
constructed by summing a fundamental note and a 
number of harmonics and inharmonics, each present 
at a different amplitude or loudness. 


The violin, piano, and guitar all produce sounds by 
vibrating strings. Playing the same note, say middle C, 
will produce a tone with a fundamental frequency of 
264 cycles per second. Yet all three instruments sound 
different because they have different harmonics. The 
amount of each harmonic present is what gives each 
musical instrument its own unique sound. A well-made 
instrument will sound richer than a poorly made one 
because it will have better harmonics. An instrument 
with no harmonics will sound like a tuning fork with 
only one fundamental frequency present. 


For reasons that we do not completely under- 
stand, sounds composed of harmonics whose frequen- 
cies are integer multiples of each other sound pleasing 
to the human ear. They are musical. On the other 
hand, musical composed of frequencies that are not 
integer multiples of each other are dissonant to the 
human ear. 


The foregoing is a simplification of the facts of 
sound perception: pleasing human voices are not sim- 
ple combinations of harmonic tones, for example, and 
a certain amount of distortion or nonharmonic, non- 
linear noise (as in some electric guitar sounds) can be 
pleasing to listeners. Indeed, few musical instruments— 
the French horn is one—produce tones that can be 
closely approximated as sums of pure harmonics. 


| Hartebeests 


Hartebeests are even-toed hoofed antelopes in the 
family Bovidae, which are found throughout Africa 
south of the Sahara. Included among the grazing ante- 
lopes in the subfamily Hippotraginae are the reedbucks, 
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Hartebeests 


A small herd of hartebeests in Kenya. (JLM Visuals.) 


waterbuck, rhebok, addax, oryx, bluebuck, gemsbok, 
and roan and sable antelopes. More closely related to 
hartebeests are the impala, topi, wildebeest, and bonte- 
bok. These are medium to large antelopes that forage for 
food in the grasslands and woodlands of Africa. 


Both males and females have characteristic hook- 
like horns ringed with ridges. Hartebeests range from a 
tan to a reddish brown color with distinctive markings 
denoting the different species. Females are slightly 
smaller than males. Hartebeests have long faces, raised 
high shoulders with strong legs in front, and a steep 
sloping back. Their legs are thin and they canter for 
long distances, which is made possible by their long 
forelegs. 


Social groups and behavior 


Hartebeestes graze in herds and are commonly seen 
with wildebeests, gazelles, and zebras. The home ranges 
of hartebeests can be from 800 to 1,400 acres (234-567 
hectares). Within this area a number of different rela- 
tionships exist. Small groups within the home range may 
occupy only the few acres that a male can defend. The 
female groups roam over many of the male-dominated 
smaller territories. Young hartebeests remain with their 
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mothers, who may have several offspring of different 
ages following her. Males leave around the age of two 
and a half years old and join bachelor herds. 


Females are sexually mature at two years of age. 
Pregnancy lasts about eight months and hartebeests 
give birth to one offspring at a time. Newborns lie out 
in the grass for about two weeks, and then join the 
maternal herd. Mothers will defend young males from 
threatening older males that claim the territory. 


Hartebeest males mark their territories with dung 
piles. They will also advertise their territorial claim by 
standing on mounds within the territory and marking 
grass with their preorbital glands, which are located in 
front of their eyes. They also have scent glands on their 
front hooves. 


Hartebeests may settle territorial differences by 
fighting or by ritualized behavior. This may include 
defecation, pawing the ground, and scratching and 
cleaning their heads and necks. Fighting can include 
something that looks like neck wrestling. One of the 
difficulties hartebeests encounter in maintaining con- 
trol of their territories is their need for water. If one 
leaves to drink, on his return he may find that another 
bull has claimed his territory. 
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KEY TERMS 


Forage—Vegetation that is suitable for grazing or 
browsing animals. 


Home range—tThe full territory that an animal 
occupies throughout its lifetime. 


Land competition—When two or more animal 
groups use the same natural growth on a land area 
and one population grows while the other declines. 


Land competition 


While hartebeests once occupied a large area over 
much of the African continent, their range has dimin- 
ished because of expanded farming in some of the 
areas they had once inhabited. Since domestic cattle 
graze on the same grasses that hartebeests prefer, the 
growth in cattle raising in Africa has resulted in a 
general decline in hartebeest populations. The most 
numerous species is the Kongoni or Coke’s hartebeest 
(Alcelaphus buscelaphus cokii) of Kenya, while the red 
hartebeest (A. b. caama) survives in protection on 
farms. The bastard hartebeests (Damaliscus spp.) are 
smaller than the Alcelaphus species, and include the 
hirola (D. hunteri), the topi (D. /unatus) of East and 
South Africa, and the blesbok (D. pygrus) of South 
Africa. 


Particularly vulnerable has been the hirola, or 
Hunter’s hartebeest. In a five year period from 1973 
to 1978, the hirola population in Kenya declined from 
10,000 to a little over 2,000. The bubal hartebeest 
(Alcelaphus buscelaphus buscelaphus) became extinct in 
1940 and in 1969 the Lake Nakuru hartebeest was lost 
to the continent. The Swayne’s hartebeest (Alcelaphus 
buscelaphus swaynei) was abundant in the early part of 
this century and is now considered the most vulnerable 
to extinction. The red hartebeest or caama has been 
rescued, replenished on farms and in game parks, and 
released again on natural ranges. 


In addition to the competition for land, harte- 
beests face threats from predators. They are particu- 
larly vulnerable to lions, leopards, cheetahs, and 
hyenas. Young animals are also vulnerable to attacks 
from jackals, pythons, and eagles. Hartebeests get 
their name from the South-African, Dutch-derived 
language of Afrikaans. It means “tough beast.” The 
early Dutch settlers of South Africa found them to be 
good runners that could not be easily overtaken by a 
horse. 


See also Antelopes and gazelles. 
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| Hawks 


Hawks (family Accipitridae) are one of the major 
groups of predatory birds that are active during the 
day. They are members of the order Falconiformes, 
which also includes the falcons, vultures, and osprey, 
and like the other Falconiformes, they have the char- 
acteristic sharp, strong claws and hooked beak suited 
for catching and tearing up prey. 


Found on all continents but Antarctica, hawks area 
diverse group. There are 26 species in North America 
alone that have been breeding successfully in recent 
times. They include four species of eagles, five species 
of kites, and 17 species called hawks. These North 
American hawks vary from the small, 3-8 oz (85-227 g) 
sharp-shinned hawk, with a wingspan of about 2 ft 
(0.6 m), to the ferruginous hawk (Buteo regalis), with a 
wingspan of 4.5 ft (1.5 m). Eagles are different primarily 
because of their huge size; they may weigh from 
8-20 Ib (4-9 kg), with wingspans up to 8 ft (2.4 m). 


Besides the hooked beak and strong claws already 
described, the hawks share several characteristics. 
Their wings are generally broad and rounded, well- 
suited for flying over land (kites’ wings are different, 
more like a falcon). Their nostrils are oval or slit-like, 
and open in the soft skin (the cere) where the upper 
mandible joins the head, which is round. The neck is 
short and strong. The large eyes are usually yellow, 
orange, red, or brown, and turn little in their sockets. 
Hawks move their heads to direct their vision, which is 
both monocular and binocular (especially when 
hunting). 
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Hawks 


A red-tailed hawk (Buteo jamaicensis.). The red-tail is North 
America’s most common hawk. (Robert J. Huffman. Field Mark 
Publications.) 


Hawks’ plumage is subdued, usually mottled 
browns and grays on the back and lighter, often barred 
or streaked, below. Color phases have been found in 
many species: albinos in 10 species, melanism (a black 
phase) in five, and erythrism (a red phase) in one. 


The North American hawks fall into four groups: 
the buteos, the accipiters, the kites, and the harriers. 


Buteos 


The buteos are like the eagles, but smaller. They 
have broad, rounded wings that are stubbier than 
those of the eagles, which help them cruise long dis- 
tances over land searching for prey. Common prey 
items include mice and rabbits, for the buteos gener- 
ally feed on mammals. A small prey item, such as a 
mouse, 1s swallowed whole. A larger item is brought to 
a secluded spot, held down with the feet, and pulled 
apart with the sharp beak. Representative buteos 
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include the red-tailed hawk (Buteo jamaicensis), the 
rough-legged hawk (B. lagopus), and Swainson’s 
hawk (B. swainsoni). 


Old World buteos include: 


+» Common buzzard (Buteo buteo). Resident of Eurasia, 
with some wintering in Africa. 


- African mountain buzzard (Buteo oreophilus). Resident 
of the mountains of east and southern Africa. 


« Madagascar buzzard (Buteo brachypterus). Resident 
of Madagascar. 


- Rough-legged buzzard (Buteo lagopus). Besides resid- 
ing in North America, this bird also makes it home in 
northern and arctic Eurasia. 


- Long-legged buzzard (Buteo rufinus). Resident of 
southeastern Europe, North Africa, and Central 
Asia. 


- African red-tailed buzzard (Buteo auguralis). Resident 
of West and Central Africa. 


« Jackal buzzard (Buteo rufofuscus). Resident of Africa, 
south of the Sahara. 


North American buteos include: 


- Crane hawk (Geranospiza caerulescens). Southwestern 
stray, normally resident of the tropical woodlands. 


«Common black-hawk (Buteogallus anthracinus). 
Rare and apparently declining in the United States 
due to disturbance and loss of habitat. Today there 
are possibly 250 pairs left in the United States. 
However, the species does have a large global pop- 
ulation of 10,000—-100,000 birds. 


Harris’ hawk (Parabuteo unicinctus). Has disappeared 
from some former areas, such as the lower Colorado 
River Valley. Declining in parts of its range, but 
recently re-introduced in some areas. Has been threat- 
ened by illegal poaching for falconry. 


Gray hawk (Buteo nitidus). It is estimated that no 
more than 50 pairs nest north of Mexico. It is vulner- 
able to loss of its lowland stream forest habitat, but it 
remains common and widespread in the tropics. 


Roadside hawk (Buteo magnitostris). Status in North 
America not well known, but the species has a large 
range and global populations. 


« Red-shouldered hawk (Buteo lineatus). Declining or 
now stabilized at low numbers. Accumulates organo- 
chlorine pesticides and PCBs, however, loss of habitat 
is the major threat. Although this bird is today far less 
numerous than historically in some areas, including 
the upper Midwest and parts of the Atlantic Coast, 
current populations are believed to be stable in most 
regions. 
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- Broad-winged hawk (Buteo platypterus). In the early 
years of the twentieth century, large numbers were 
sometimes shot during migration. Now legally pro- 
tected, and their numbers appear stable. 


Short-tailed hawk (Buteo brachyurus). May be threat- 
ened by destruction of breeding grounds (mature 
cypress swamps and riparian hardwoods). Today, 
this bird is rare in Florida (with a population probably 
no larger than 500), but its numbers appear stable. 
The population may be increasing in Mexico. 


Swainson’s hawk (Buteo swainsoni). Breeds in west- 
ern and central North America; winters mainly in 
southern South America. This species is relatively 
common in some areas, but pesticide use and habitat 
loss in breeding and nonbreeding range have resulted 
in declines. The population has declined seriously in 
California, for reasons that are not well understood 
but that probably include habitat loss, pesticide mor- 
tality, and declines in prey species populations. 


White-tailed hawk (Buteo albicaudatus). Marked 
decline from 1930s to 1960s largely due to loss of 
habitat. Significant eggshell thinning has been 
observed since 1947. Its decline in Texas from the 
1950s to the 1970s has been attributed to the use of 
pesticides, but the population in that state now 
appears to be stable. Numbers may be declining in 
Mexico due to overgrazing of its habitat. 


Zone-tailed hawk (Buteo albonotatus). This bird has 
disappeared from some of its former breeding areas. 
Loss of nesting sites, such as tall cottonwoods near 
streams, may have contributed to its decline. 


Red-tailed hawk (Buteo jamaicensis). Greatly 
reduced in the east by early bounties. Continued 
decline due to human persecution and loss of habitat. 
Some egg thinning. The population has increased in 
some areas since the 1960s. Today the population is 
stable or increasing. 


Ferruginous hawk (Buteo regalis). The population 
has been estimated at 5,800—14,000 individuals, and 
is thought to be declining in several areas, especially 
at the edges of the species’ range. Considered a near 
threatened species by the World Conservation Union 
(IUCN), the decline in population is largely due to 
habitat loss and degradation, and declines in prey 
species populations. 


Rough-legged hawk (Buteo lagopus). Inadvertently 
poisoned by bait intended for mammals. Often shot 
when feeding off road kills in the winter. Local pop- 
ulations in the Arctic rise and fall with the rodent 
population there. The overall numbers appear 
healthy. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Accipiters 


The accipiters are generally smaller than the 
buteos. Their shorter, rounded wings and long tails 
make them agile hunters of birds, which they catch on 
the wing. Familiar accipiters include Cooper’s hawk 
(Accipiter cooperii) and the sharp-shinned hawk (A. 
striatus). 


Old World accipiters include: 


«Japanese sparrowhawk (Accipiter gularis). Japan, 
China, and the eastern parts of the former Soviet 
Union. 


- Besra (Accipiter virgatus). Resident of the Himalayas, 
Southeast Asia, and the East Indies. 


- African goshawk (Accipiter tachiro). Resident of 
Africa, south of the Sahara. 


- Crested goshawk (Accipiter trivirgatus). Resident of 
southern Asia, the Philippines, and Borneo. 


- Australian goshawk (Accipiter fasciatus). Resident of 
Australia, New Guinea, Flores, Timor, and Christmas 
Island. 


- France’s sparrowhawk (Accipiter francessi). Resident 
of Madagascar. 


North American accipiters include: 


- Sharp-shinned hawk (Accipiter striatus). Dramatic 
decline in the eastern United States in the early 
1970s. Between 8% and 13% of the eggs showed 
shell thinning. Their numbers partially and in some 
portions of its range it us described as fairly common. 


« Cooper’s hawk (Accipiter cooperi). A serious decline 
underwent a slight reversal after the ban of DDT in 
1972. Their numbers appear to be stable in most areas. 


- Northern goshawk (Accipiter gentilis). Population 
formerly declined in the north, while expanding in 
the southeast. Not as vulnerable to eggshell thinning 
as some other hawk species. Today the range is 
expanding in the northeast, but populations in the 
southwestern mountains may be threatened by loss 
of habitat. 


Kites 


The kites are more graceful in flight than either the 
buteos or the accipiters. Although they are hawks, the 
kites have long, pointed wings similar to those of fal- 
cons, and long tails. Found in warm areas, kites have 
shorter legs and less powerful talons than other mem- 
bers of the hawk family, but are adept at catching prey 
such as frogs, salamanders, insects, and snails—in 
fact, the Everglade kites (Rostrhamus sociabilis) prey 
solely on snails of the genus Pomacea. Also found in 
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Hawks 


North America is a single species of harrier, the hen or 
marsh hawk (Circus cyaneus), which is common in 
Europe and in Asia, too. This slender little hawk (max- 
imum weight, 1.25 1b/0.5 kg) eats mice, rats, small 
birds, frogs, snakes, insects, and carrion. 


Old World kites include: 


- Black-breasted buzzard kite (Hamirostra melanoster- 
non). Resident of Australia. 


- Brahminy kite (Hamirostra indus). Resident of south- 
ern Asia, East Indies, New Guinea, northern Australia, 
and the Solomon Islands. 


« Black kite (Milvus migrans). Resident of Europe, Asia, 
Africa, and Australasia. 


- Black-shouldered kite (Elanus caeruleus). Resident 
of Spain, Africa, and southern Asia. 


Kites found in North America include: 


+ Hook-billed kite (Chondrohierax uncinatus). Decline 
in population with clearing of woods. Subspecies on 
Cuba has been listed as critically endangered. 


- American swallow-tailed kite (Elanoides forficatus). 
Marsh drainage, deforestation, and shooting have 
reduced the population and range. Formerly more 
widespread in the southeast, and north as far as 
Minnesota. Current population appears stable. 


« White-tailed kite (E/anus leucurus). The population 
has been increasing since the 1930s, and settling in 
places not known historically. Has also spread to 
American tropics with clearing of forest land. 


- Snail kite (Rostrhamus sociabilis). The United States 
population is listed as an endangered species under 
federal legislation. The population in Florida had 
been reduced to 20 by 1964, due to marsh draining 
and shooting. By 1983, they were recovering (with an 
estimated population of 700). The Florida population 
is remains endangered due to disruption of water flow 
(and impact on habitat and snail population). 
Although widespread in the tropics, the species there 
is vulnerable to loss of habitat. 


Mississippi kite (Uctinia mississippiensis). Increasing 
since 1950s. Breeding range has expanded westward, 
possibly due to tree planting for erosion control. Since 
about 1950, the population in some areas (such as the 
southern Great plains) has greatly increased. The 
range has extended to parts of the Southwest, where 
the species was previously unknown. 


Black-shouldered kite (Elanus caeruleus). Range has 
greatly expanded since 1960. This kite is probably the 
only raptor to have benefited from agricultural 
expansion. Its expansion has been aided by its ability 
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to adapt to habitat disruption and an increase in the 
number of rodents. 


Harriers 


Old World harriers include: 


- Spotted harrier (Circus assimilis). Found throughout 
most of Australia, and sometimes in Tasmania. 


- European marsh harrier (Circus ranivorus). Resident of 
northern Kenya, Uganda, eastern Zaire, and Angola. 


+ Marsh harrier (Circus aeruginosus). Resident of west- 
ern Europe, central Asia, and Japan; winters in 
Africa and southern Asia. 


- Black harrier (Circus maurus). Resident of southern 
Africa. 


Harriers in North America include: 


- Northern harrier (Circus cyaneus). Has disappeared 
from many of its former nesting areas. Decline attrib- 
uted to loss of habitat and effects of pesticides. Today 
the population appears to be declining in parts of 
North America. 


Characteristics and behavior 


Generally, hawks kill their prey with their claws, 
unlike the falcons, which catch prey with the claws but 
kill with a blow of their beak. However, despite their 
fierce reputations, some hawks are quiet and gentle. In 
addition to their familiar scream, hawks’ vocalizations 
include a high plaintive whistle like the wood pewee 
(broad-shouldered hawk); a musical kee-you, kee-you 
(red-shouldered hawk); and a high-pitched squeal 
(short-tailed hawk). 


Hawks are unusual among birds in that the female 
is generally larger than her mate. In some species, the 
females are twice the size of the males, as in the acci- 
piters. Some researchers have found a correlation 
between the size difference between the sexes and the 
diet of the species. For example, among Falconiformes 
like vultures, which eat carrion, the sexes are similarly 
sized. However, moving from there through the diets of 
insects, fish, mammals, and birds, the sexual dimor- 
phism increases. So many other factors correlate with 
sexual dimorphism, it is difficult to say which is the 
major contributing factor. For instance, another 
hypothesis holds that a larger female bird of prey is 
better equipped to protect herself during contact with 
the potentially dangerous and certainly well-armed 
male. Yet another theory suggests that size is related to 
the vulnerability of the prey pursued. That is, the more 
agile the prey, the less likely the success of each hunt. Or, 
perhaps the secret to sexual dimorphism lies in a simpler 
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explanation: that the larger female is better at catching 
some prey, and the male is better at catching others. 


Courtship among the hawks is among the most 
spectacular of all animals. In the case of the red-tailed 
hawk, for example, the pair soar, screaming at each 
other; then the male dives at the female, who may roll 
in the air to present her claws to him in mock combat. 
The male marsh hawk flies in a series of graceful 
U-shaped patterns over the marsh where the female 
is watching. Hawks generally mate for life, and are 
strongly attached to their nesting territory; one pair of 
red-shouldered hawks (and their offspring) used the 
same area for 45 years. 


Hawks usually build their nests high in trees. The 
nests are quite large, up to about 3-4 ft (0.9-1.2 m) 
across, and consist mostly of sticks, with twigs, bark, 
moss, and sprigs of evergreen. Nests are often used 
year to year, with the bird abandoning it only at death 
or when the nest has grown so large that it breaks the 
boughs it is built upon. 


Generally, the pair will defend their territory against 
all who approach, but some species, including the ferru- 
ginous hawk, will abandon their nest if disturbed by 
humans. Some hawks will dive at humans who approach 
too near their nests, as in the case of a pair of red-tailed 
hawks nesting in a park in Boston, Massachusetts, who 
injured several curious passers-by before park officials 
removed the raptors and their eggs to a more secluded 
spot. The territory defended can range from 650 ft 
(198 m) between nests in small hawks to up to 18.5 mi 
(29.8 km) in larger ones. Some species, including the 
kites, are more gregarious and nest in loose colonies of 
about 10 pairs. 


Female hawks lay between two and five eggs. 
Depending on the species, the female either incubates 
them alone or with the help of her mate. Incubation 
lasts about 28 days. The young hawks fledge at about 
40 days of age. 


Some young hawks may remain with their parents 
for a while after fledging, and these family groups have 
been observed hunting as a team. Generally, hunting 
buteos circle high in the air, watching the ground for 
any movement of prey. They then fold their wings and 
dive upon their prey. Accipiters are more likely to pur- 
sue their avian prey on the wing, darting into thickets 
and woods during the chase. Some accipiters are decried 
for their impact on the populations of songbirds; in fact, 
in the past some ornithologists considered the sharp- 
shinned hawk a “harmful” species because it preyed on 
“beneficial” songbirds. Such human prejudice is at the 
root of most human-raptor conflict. 


After the breeding season ends, many hawk 
species conduct spectacular migrations. The most 
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spectacular is that of the Swainson’s hawk. Huge 
flocks of these birds will travel overland from their 
North American summer range to their wintering 
grounds in South America, a total distance of 
11,000-17,000 mi (17,699-27,353 km) annually. The 
broad-winged hawk (B. platypterus) is also noted for 
its large migrations: in one day (September 14, 1979), 
21,448 broad-winged hawks passed over Hawk 
Mountain, Pennsylvania. Besides Hawk Mountain, 
other good sites to watch hawk migrations include 
Cape May, New Jersey; Duluth, Minnesota.; Port 
Credit and Amherstburg, Ontario; and Cedar Grove, 
Wisconsin. 


Hawks and humans 


Although more humans are enjoying watching 
these migrations and learning to appreciate these rap- 
tors, hawks still face persecution. Many are shot each 
year. Others die in traps set for fur-bearing animals. 
Still others are killed when they land on high-voltage 
power lines. Most species of hawks, like all other rap- 
tors, were hard hit by the effects of the pesticide DDT. 
Considered a miracle pesticide when it was introduced 
in the 1940s, DDT pervaded the environment, and 
became concentrated higher up in the food chain. The 
effect on the raptors was the production of eggs that 
were too thin-shelled to be incubated: when the female 
moved to sit on them, the eggs collapsed beneath her, 
killing the chicks inside. Recovery has been slow. 


All hawks are protected by federal and state laws. 
Some, like the red-tail, are successfully adjusting to 
living in urban areas. Hawks have been known to live 
almost 20 years. 
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Hazardous wastes 


I Hazardous wastes 


Hazardous wastes are byproducts of human activ- 
ities that can cause substantial harm to human health 
or the environment if improperly managed. The 
United States Environmental Protection Agency 
(EPA) classifies liquid, solid, and gaseous waste and 
emissions as hazardous if they are poisonous (toxic), 
flammable, corrosive, or chemically reactive at levels 
above specified safety thresholds. In the U.S., the term 
hazardous waste generally refers to potentially dan- 
gerous or polluting chemical compounds; other poten- 
tially hazardous industrial, military, agricultural, and 
municipal byproducts, including biological contami- 
nants and radioactive waste, are regulated by govern- 
ment agencies other than the EPA’s hazardous waste 
division. 

The handling of hazardous wastes became a major 
political issue in the late 1970s in the United States and 
other industrialized nations, when a number of high- 
profile human health and environmental pollution cri- 
ses focused public attention on the problem. Since then, 
many governments have greatly expanded regulation of 
hazardous waste management, disposal practices, and 
cleanup. In the U.S., the EPA oversees hazardous waste 
regulations that attempt to prevent new cases of envi- 
ronmental and human contamination, as well as the so- 
called Superfund program that addresses clean-up of 
sites contaminated in the past. 


Sources of hazardous wastes 


Hazardous wastes can be solids, gases, liquids, or 
semi-liquids like mining sludge and drilling mud. Most 
of the wastes listed by the EPA are liquids or semi- 
liquids. Thousands of waste materials are considered 
hazardous. These include familiar substances such as 
used motor oil and mercury, agricultural pesticides, 
and industrial materials such as asbestos and poly- 
chlorinated biphenyls (PCBs). United States industries, 
farms, mines, military facilities, cities, and small busi- 
nesses generate roughly 200 million tons of hazardous 
wastes each year. Furthermore, the EPA estimates 
that there are presently 6,500 facilities in the U.S. that 
require hazardous waste clean-up under the directives 
of the 1976 Resource Conservation and Reclamation 
Act (RCRA) and its 1984 Hazardous and Solid Waste 
Amendments (HSWA). 


Hazardous waste management is also an interna- 
tional issue. Each year, industrialized nations with 
strict environmental regulations export more than 


2068 


A hazardous waste dump site. The barrels are filled with 
chemical wastes. (Nancy J. Pierce. Photo Researchers, Inc.) 


two million tons of hazardous waste for disposal 
in poorer developing nations with less stringent 
waste disposal oversight. Developed nations also 
locate large corporate, industrial, and military facili- 
ties in countries that have lax environmental res- 
trictions. 


Hazardous wastes often cause problems for years 
after their disposal. Many industrial waste disposal 
sites were established, filled, and buried long before 
establishment of present-day standards for manage- 
ment and disposal of hazardous chemicals. Toxic, 
flammable, corrosive, and reactive chemicals are 
often long-lived, and sometimes the dangers they 
posed to the environment and to human health were 
unknown at the time of their disposal. The companies 
responsible for many pre-1970 hazardous waste sites 
are no longer in business, and sometimes the sites 
themselves are difficult to locate. Even modern legis- 
lation gives industries fairly broad leeway to produce 
chemicals, police their own waste disposal practices, 
and to contest cases of possible environmental or 
human health damage. It is often difficult to prove a 
scientific link between an incident of drinking water 
poisoning, or a human disease cluster, and a facility 
that improperly handles industrial chemicals. 
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Industrial hazardous wastes 


Four types of industry account for about 90% of 
industrial hazardous wastes generated in the United 
States: chemical manufacturing, primary metal produc- 
tion, metal fabrication, and petroleum processing. Large 
chemical plants and petroleum refineries, and other 
large quantity generators that produce more than 
2,200 Ib (1,000 kg) of hazardous wastes per month, are 
the most visible and heavily regulated facilities in the 
U.S. However, businesses of all sizes generate dangerous 
chemicals; the EPA currently lists more than 250,000 
facilities as small-quantity generators of hazardous 
waste. These diverse, smaller producers account for 
about 10% of the potentially harmful substances pro- 
duced each year. 


Pesticides like malathion, DDT, and diazanon 
are hazardous chemicals; some of them have been 
banned, but many are still manufactured and used in 
the United States. Pesticides are designed to kill insects, 
plants, and other organisms that threaten agricultural 
crops, destroy municipal and residential landscaping, 
and carry human diseases. Most pesticides are danger- 
ous chemicals themselves, and their manufacture produ- 
ces additional hazardous waste. The EPA’s Hazardous 
Waste division regulates handling, disposal, and cleanup 
of pesticides during their production, but environmental 
pollution and human health effects caused by pesticides 
after application are not included in hazardous waste 
regulations. (The EPA’s Office of Pesticide Programs 
oversees pesticide use and handles cases where pesticides 
in agricultural or landscaping runoff pollute air and 
water or compromise human health.) 


Other sources 


Other types of hazardous wastes are associated with 
military bases, mines, residential communities, and 
small businesses. Though large industry produces the 
majority of hazardous waste in the United States, the 
small quantity generators (SQGs) that produce between 
220 and 2,200 Ib (100-1,000 kg) of hazardous waste per 
month present particular regulatory challenges: (1) The 
chemicals used by auto garages, dry cleaners, construc- 
tion companies, scientific labs, photo developers, print- 
ers, large offices, and farmers are often toxic. (2) 
Hazardous wastes generated by SQGs are much more 
varied than those produced by large companies. Each 
chemical, be it a month’s supply of dry cleaning fluid or 
a house-worth of residential insulation, requires its own 
handling and disposal strategy. (3) SQGs, who do not 
have the legal and administrative support common at 
large companies, often have difficulty deciphering haz- 
ardous waste regulations. 
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United States military bases have some of the most 
serious hazardous waste problems in the nation, an issue 
only recently addressed by environmental agencies. 
About 19,000 sites at 1,800 military installations show 
some degree of soil or groundwater pollution. More 
than 90 military bases have been on the EPA’s 
Superfund list of high-priority, hazardous waste cleanup 
sites. Moreover, a law passed in 1992 allows federal and 
state regulatory agencies to levy fines against the mili- 
tary if their hazardous wastes are not properly managed. 
Before 1992, the armed forces were not subject to state 
or federal environmental laws. Consequently, the mili- 
tary now has a range of programs to clean up hazardous 
waste problems at its bases. 


Mining waste, a type of industrial waste, often 
includes hazardous substances. Mining operations com- 
monly use hazardous chemicals, and sometimes natu- 
rally toxic substances are released into the environment 
during mining and the disposal of its waste materials. 
For example, gold mining in the Amazon Basin of 
South America results in the release of 90-120 tons of 
mercury into rivers every year. This has resulted in 
elevated levels of mercury in fish and humans in the 
region. Mercury poisoning results in severe birth 
defects, neurological disorders, kidney failure, and a 
number of other serious health effects. Chemical sepa- 
ration of ore minerals like lead, iron, and zinc from their 
host rocks creates so-called acid-mine drainage that 
contains both the toxic chemicals used in the separation 
process like arsenic and sulfuric acid, and poisonous 
heavy metals like lead and mercury. Acid-mine drain- 
age from metal mining in the American West has con- 
taminated drinking water and caused serious ecological 
damage since the mid-1800s. 


Household hazardous wastes are discarded prod- 
ucts used in the home, which contain dangerous sub- 
stances. Examples include paint, motor oil, antifreeze, 
drain cleaner, and pesticides. In the 1980s, many local 
governments in North America began to set up regular 
collection programs for household hazardous wastes, 
to ensure that they are properly disposed or recycled. 
Local or state/provincial governments usually pay the 
costs of such programs. However, a system used in 
British Columbia, Canada, requires consumers to pay 
a fee on paint they buy. This, along with funds pro- 
vided by the paint industry, helps pay for a collection 
program for waste paint from households. 


Protection from hazardous wastes 


Beginning in the 1970s, a number of highly-publicized 
hazardous waste crises and advances in environmental 
science led the American people and public health 
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authorities to recognize hazardous wastes as a signifi- 
cant threat to health and the environment. Today, 
there is a public and political debate between those 
who believe that public perception of waste hazards is 
worse than the actual danger, and that adequate safe- 
guards exist to protect people from significant expo- 
sures, and those who insist that government and 
industry need to do a better job of managing hazard- 
ous wastes, considering the harm that can be caused by 
these chemicals. 


The case of chemical dumping by the Hooker 
Chemical Company at Love Canal in Niagara Falls, 
New York was a catalyst that dramatically increased 
public concern over hazardous wastes. The Love Canal 
community was built at the turn of the twentieth cen- 
tury as a residential subdivision centered on a small 
hydropower canal. The original developer never com- 
pleted the canal, and the Hooker Company used the 
half-finished ditch as a dump for more than 20,000 tons 
of chemical wastes during the 1940s and 1950s. In 1953, 
the Hooker Company covered the dumpsite with soil 
and sold it to the town of Love Canal for a dollar. By 
1976, residents and scientists had linked a series of 
public health problems including birth defects and 
childhood leukemia to teratogenic (birth defect-causing) 
and carcinogenic (cancer-causing) liquids, sludge, and 
gases seeping from the dumpsite. 


The media reported extensively on the problems 
at Love Canal. The resulting wave of public outrage at 
television pictures of black sludge seeping from the 
ground, and children suffering from cancer, triggered 
a political response. In 1978, President Jimmy Carter 
declared Love Canal a federal disaster area. Two years 
later, the U.S. Congress passed so-called Superfund 
legislation, which established a national cleanup pro- 
gram for hazardous waste sites. 


Activist groups such as Greenpeace and the 
Citizen’s Clearinghouse for Hazardous Wastes seek 
to increase public awareness of hazardous waste 
issues. Such groups frequently oppose government 
and industry policies and projects related to hazardous 
wastes. One outgrowth of the publicity surrounding 
hazardous waste is that it has become difficult to find 
locations for new treatment facilities because of local 
opposition. This is called the NIMBY, or “not in my 
backyard” syndrome. Civil rights groups in the United 
States have also called attention to the unequal distri- 
bution of hazardous waste dumpsites and handling 
facilities in poor and minority-dominated commun- 
ities. Studies have shown that a disproportionately 
large fraction of African Americans and Hispanic 
Americans—three out of five—live in communities 
with hazardous waste sites. 
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Government management strategies 


A complex web of federal agencies and legislation 
oversee and regulate storage, transportation, disposal, 
recycling, and use of hazardous wastes in the United 
States. State and local governments also have hazard- 
ous waste regulations. The private environmental con- 
sulting industry helps government agencies, industrial 
manufacturers, cities, and businesses assess their haz- 
ardous waste practices and compliance with the 
increasingly long list of federal, state and local hazard- 
ous waste laws. 


There are two main United States federal hazard- 
ous waste laws: the 1976 Resource Conservation and 
Recovery Act (RCRA), and the 1980 Comprehensive 
Environmental Response, Compensation and Liability 
Act (CERCLA), also known as the Superfund law. 


RCRA legislation focuses mainly on disposal of 
non-hazardous solid waste, and was enacted mainly 
to deal with unsightly garbage disposal practices. 
Hazardous waste disposal was a minor issue in the 
mid-1970s, but enough concern existed that Congress 
included a section on hazardous wastes in RCRA. 
Prior to the passage of RCRA, factories and plants 
typically dumped hazardous wastes in ponds, lagoons, 
or streams near their facilities. Many smaller waste 
generators sent their chemical by-products to out- 
dated municipal landfills that where they leaked into 
ground and surface water reservoirs. 


RCRA mandated creation of a system to track 
and monitor hazardous wastes from production to 
disposal, or from “cradle to grave.” Legislators also 
designed RCRA to regulate existing hazardous waste 
sites, and to improve hazardous waste management 
overall. RCRA’s goals have been partly accomplished, 
but problems have occurred along the way. For exam- 
ple, EPA has been slow to put some of the changes into 
effect. Some industrial polluters have discovered that 
it is less expensive to ignore the hazardous waste dis- 
posal recommendations, and to use their financial and 
legal resources to contest claims of environmental 
damage. Also, some of the legislation expected private 
industry to build expensive treatment facilities, hire 
environmental consultants to assess their practices, 
and to pay clean-up costs. In many cases, companies 
balked at the cost of self-regulation, and failed to meet 
the requirements. Community opposition to local sit- 
ing also delayed or prevented construction of many 
waste treatment and disposal facilities. 


The focus of RCRA has changed over the years. 
Amendments and enactment of related laws have 
moved the EPA’s focus from management and dis- 
posal practices to waste prevention. There is a growing 
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consensus that it is less expensive, and much less dan- 
gerous to prevent a spill, leak, or poisoning than it is to 
clean one up. Regulations now encourage industries to 
produce fewer hazardous wastes, to produce wastes 
that are less hazardous, and to develop alternative 
methods that do not require dangerous materials. 


In contrast to RCRA, which attempts to manage 
waste production, management, and _ treatment, 
CERCLA was designed to clean up sites that are already 
contaminated. The law established a National Priority 
List of the United States’ worst hazardous waste sites, 
and set up a fund, nicknamed Superfund, to augment 
remediation costs. CERCLA requires that the EPA, 
which enforces the law, try to find the parties, usually 
businesses or individuals, responsible for the hazardous 
waste problems, and make them pay for the cleanups. If 
responsible parties cannot be found, or if additional 
money is needed for a proper cleanup, then the govern- 
mental Superfund money may be used. The fund was 
started with $1.6 billion in 1980, and increased to $8.5 
billion in 1986. Most of the money in the fund comes 
from a federal tax on chemical and petroleum compa- 
nies, the industries responsible for many of the listed 
sites. Although the amount of money in the Superfund 
seems large, cleanup costs are high. The average cost 
to clean up a Superfund site is $30 million. There were 
1,550 sites on the Superfund National Priority List 
in 2005. 


The Superfund project and CERCLA have not 
been as effective as was initially hoped. Because of 
the technical difficulty, expense, and legal ramifica- 
tions of cleanup, fewer than 100 sites have been com- 
pletely cleaned up and removed from the National 
Priority List. CERCLA has also been widely criticized 
because of its liability provisions that require a poten- 
tially responsible party to pay cleanup costs. This 
party could, for example, be a business that trans- 
ported waste materials to a dumpsite years ago, even 
if the site was not considered a problem at that time, 
and even if the company did not break any relevant 
laws. Because businesses often object to the CERCLA 
liability provisions, these matters frequently end up in 
court, slowing up the cleanup process. 


Many developed nations have environmental regu- 
lations similar to RCRA and CERCLA. Some countries, 
Japan and Denmark for example, rely on partnerships of 
government and private industry to manage hazardous 
wastes. In both of these countries, industries receive sub- 
sidies or incentives to try new, innovative methods of 
handling their wastes. Ironically, the nations with the 
strictest environmental regulations end up exporting 
large quantities of hazardous wastes for recycling or 
disposal. Germany, for example, exported more than 
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500,000 tons of hazardous wastes to other countries 
each year in the 1980s. Non-governmental environmen- 
tal groups have campaigned against the export of hazard- 
ous wastes by industrialized countries. The United 
Nation Environment Programme’s (UNEP) 1989 Basel 
Convention attempts to restrict international transport 
of hazardous wastes and to encourage less developed 
nations to resist the economic temptation to take hazard- 
ous waste from developed nations. In 2002, 135 nations 
and the European Union had signed the Basel 
Convention. The convention, however, does not include 
the United States, one of the world’s largest hazardous 
waste producers. 


Treatment and disposal technologies 


Hazardous wastes that need treatment or disposal 
may be freshly generated from an industrial operation, 
they may be old stored chemicals, or they may have 
been sitting in a dump for many years. At a dump, 
component chemicals difficult to identify, they are 
likely to have reacted with one another, and they 
may have already affected the surrounding soil and 
water. Land disposal and incineration are two main 
dumpsite remediation methods. Types of waste treat- 
ment include physical, biological, and chemical neu- 
tralization or stabilization. Some treated hazardous 
wastes can even be reclaimed or recycled. 


Industries in the United States dispose of about 
60% of their hazardous waste using a land disposal 
method called deep well injection. Liquid wastes are 
injected into wells located in impervious rock forma- 
tions intended to keep the waste isolated from ground- 
water and surface water. Hydrogeologists now predict, 
however, that groundwater flow does occur in most 
previously designated impervious rock formations, 
and injected waste can migrate into groundwater res- 
ervoirs called aquifers. Other underground burial loca- 
tions for hazardous wastes include deep mines, natural 
caverns, and man-made deep pits. 


Landfilling is the other primary land disposal 
method for hazardous waste disposal in the United 
States. Hazardous waste landfills are similar to regular 
solid waste landfills, but they must meet much higher 
standards for safety and environmental protection. 
The EPA requires that most hazardous wastes be 
treated before being discarded in properly-designed, 
approved landfills and burial sites. 


Incineration, or burning, is a controversial, but 
still common, method of handling hazardous wastes. 
The EPA estimates that five million tons of hazardous 
wastes are burned each year in the United States. 
Various incineration technologies exist for a variety 
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of types of waste. For example, volatile chemicals like 
paint thinners, oils, and solvents are destroyed by 
combustion at cement plants whose furnaces, called 
kilns, reach temperatures of 2,700°F (1,500°C). 
Residents living near cement plants and other hazard- 
ous waste incinerators often have concerns about air 
pollution. In 1993, the EPA tightened its regulations 
on emissions from most hazardous waste incinerators, 
including cement kilns, after discovering that the emis- 
sions contained like dioxins, furans, and other sub- 
stances that cause cancer and other health problems in 
humans. Another recent EPA study noted that medi- 
cal waste incinerators that many hospitals use to burn 
hazardous wastes also emit dioxins. 


Some hazardous wastes, including certain tars, 
drilling muds, and mining sludges, are relatively well- 
suited for incineration. Some other wastes, however, 
should not be burned, such as those that contain heavy 
metals. Burning does not destroy the metals, and they 
end up in the incinerator ash. Ash from hazardous 
waste incinerators that contains high concentrations 
of metals is a dangerous material in its own right, and 
requires careful disposal. 


Stabilization, also called solidification, is a phys- 
ical treatment method sometimes used on incinerator 
ash and other hazardous wastes before landfilling or 
underground burial. In this method, additives are 
combined with the waste material to make it more 
solid, or to prevent chemical reactions. Other physical 
treatment methods include soil washing at hazardous 
waste dumpsites, filtering hazardous waste solids out 
of liquids, and distillation. 


Various biological treatments utilize microbes to 
break down wastes through a series of organic chem- 
ical reactions. Through these methods, substances that 
could cause damage to humans or the environment 
can be rendered harmless. New substances created by 
microbial reactions may be suitable for reuse or recy- 
cling. Research in genetic engineering, though contro- 
versial, could lead to breakthroughs in biological 
treatment. In chemical treatment, materials are 
added to or removed from the hazardous waste to 
produce new, less hazardous chemicals. Chemical neu- 
tralization, for example, involves mixing a corrosive 
acid with carbonate lime or another high-pH material 
until it is no longer acidic. 


Waste prevention 


In the 1990s, government regulators and others 
recognized the strengths of waste prevention as a tool 
for managing hazardous wastes. Waste prevention 
means using smaller quantities of potentially harmful 
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KEY TERMS 


Superfund—A fund created by the U.S. Congress to 
help clean up hazardous waste dumpsites. 


Toxic waste—A type of hazardous waste that is 
capable of killing or injuring living creatures. 


Waste prevention—A waste management method 
that involves preventing waste from being created, 
or reducing waste. 


materials or ptproducts, or using materials that are less 
toxic. The obstacles encountered by CERCLA under- 
scored a need to manage hazardous waste by prevent- 
ing its creation in the first place. Waste prevention is 
less expensive than treatment or disposal because it 
does not require transportation, processing or cleanup. 
It also can save on product production costs because 
fewer resources are needed. Furthermore, much of the 
environmental and human health damage caused by 
hazardous waste contamination is irreversible. 


Businesses can prevent hazardous waste problems 
in a number of ways: they can reuse hazardous chem- 
icals, improve storage and transportation methods, 
substitute less dangerous chemicals for more danger- 
ous one, redesign production methods to eliminate 
the need for hazardous materials, and improve 
record-keeping and labeling of materials. Prevention 
measures often carry a significant up-front expense, 
but such waste prevention projects usually pay for 
themselves. Sometimes the financial benefit of preven- 
tion takes years to become apparent, but often the gain 
is almost immediate. Exxon Corporation, for exam- 
ple, spent about $140,000 to redesign several chemical 
storage tanks. The improvement allowed the company 
to reduce its chemical use by 700,000 Ib (318,000 kg), 
and to save more $200,000 a year. Lower disposal, 
treatment, and shipping costs aren’t the only benefits 
to companies that instate waste prevention practices. 
More efficient record-keeping, reduced legal liability, 
safer employee work conditions, and improved 
public image all promote a business’s economic 
success. 


See also Bioremediation; Chlordane; Landfill. 
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| Hazel 


Hazels or filberts are shrub-sized woody plants in 
the birch family (Betulaceae) found in temperate for- 
ests of North America and Eurasia. Hazels have sim- 
ple coarse-toothed hairy leaves that are deciduous in 
the autumn. 


Hazel species native to North America include the 
American hazel (Corylus americana) of the east and 
beaked hazel (C. cornuta) of a wider distribution. The 
giant filbert (C. maxima) is a European species that is 
sometimes cultivated as an ornamental. 


The nuts of all wild hazels can be gathered and 
eaten raw or roasted. The hazel or cobnut (C. avellana) 
of Eurasia is grown commercially in orchards for the 
production of its fruits. These nuts can be eaten 
directly, or their oil may be extracted for use in the 
manufacture of perfumes and oil-based paints. 


The Y-shaped forked branches of various species 
of hazel have long been used to find underground water 
by a method known as dowsing, or water witching. The 
dowser walks slowly about holding two ends of the Y 
in his or her hands. The place where the free end of the 
dowsing rod is attracted mysteriously downwards is 
believed to be a good location to dig or drill a well. 
One of the common names of the American hazel is 
witch hazel and is presumably derived from the use of 
the species to find accessible groundwater. 


HDTV see Television 


l Hearing 


Hearing is the ability to collect, process, and inter- 
pret sound. Sound vibrations travel through air, 
water, or solids in the form of pressure waves. When 
a sound wave hits a flexible object such as the eardrum 
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it causes it to vibrate, which begins the process of 
hearing. The process of hearing involves the conver- 
sion of acoustical energy(sound waves) to mechanical, 
hydraulic, chemical, and finally electrical energy 
where the signal reaches the brain and is interpreted. 


Sound 


The basis of sound is simple: There is a vibrating 
source, a medium in which sound travels, and a receiver. 
For humans the most important sounds are those that 
carry meaning, for example speech and environmental 
sounds. Sounds can be described in two ways, by 
their frequency (or pitch), and by their intensity (or 
loudness). 


Frequency (the number of vibrations or sound 
waves per second) is measured in Hertz (Hz). A 
sound that is 4,000 Hz (like the sound the letter “F” 
makes) has 4,000 waves per second. Healthy young 
adults can hear frequencies between 20 and 20,000 Hz. 
However, the frequencies most important for under- 
standing speech are between 200 and 8,000 Hz. As 
adults age, the ability to hear high frequency sounds 
decreases. An example of a high-frequency sound is a 
bird chirping, while a drum beating is a low-frequency 
sound. 


Intensity (loudness) is the amount of energy of a 
vibration, and is measured in decibels (dB). A zero- 
decibel sound (like leaves rustling in the wind), can 
barely be heard by young healthy adults. In contrast, a 
120 dB sound (like a jet engine at 20 feet [7 m]) is 
perceived as very loud and/or painful. Extremes in 
both loudness and/or pitch may seriously damage the 
human ear and should be avoided. 


The difference between frequency (pitch) and 
intensity (loudness) can be illustrated using the piano 
as an analogy. The piano keyboard contains 88 keys 
that represent different frequencies (or notes). The low 
frequencies (bass notes) are on the left, the higher 
frequencies (treble notes) are on the right. Middle 
C on the keyboard represents approximately 256 Hz. 
The intensity or loudness of a note depends on how 
hard you hit the key. A light touch on middle C may 
produce a 30 dB, 256 Hz note, while a hard strike on 
middle C may produce a 55 dB, 256 Hz note. The 
frequency (or note) stays the same, but the intensity 
or loudness varies as the pressure on the key varies. 


Animal hearing 


The difference between hearing in humans and 
animals is often visible externally. For example some 
animals (e.g., birds) lack external ears/pinnas, but 
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maintain similar internal structures to the human ear. 
Although birds have no pinnas they have middle ears 
and inner ears similar to humans, and like humans, 
hear best at the frequencies around 2,000 to 4,000 Hz. 
All mammals (the animals most closely related to the 
human) have outer ears/pinnas. Many mammals have 
the ability to move the pinna to help with localization 
of sounds. Foxes, for example, have large bowl- 
shaped pinnas that can be moved to help locate faint 
or distant sounds. In addition to sound localization, 
some animals are able to manipulate their pinnas 
to regulate body temperature. Elephants do this 
by using their huge pinnas as fans and for heat 
exchange. 
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Human hearing 


Human hearing involves a complicated process of 
energy conversion. This process begins with two ears 
at opposite sides of the human head. The ability to 
use two ears for hearing is called binaural hearing. The 
primary advantages to binaural hearing are the 
increased ability to localize sounds and the increased 
ease of listening in background noise. Sound waves 
from the world around us enter the ear and are proc- 
essed and relayed to the brain. The actual process 
of sound transmission differs in each of the three 
parts of the human ear (the outer, middle and inner 
ears). 
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Outer ear and hearing 


The pinna of the outer ear gathers sound waves 
from the environment and transmits them through the 
external auditory canal and eardrum to the middle ear. 
In the process of collecting sounds, the outer ear also 
modifies the sound. The external ear, or pinna, in com- 
bination with the head, can slightly amplify (increase) or 
attenuate (decrease) certain frequencies. This amplifica- 
tion or attenuation is due to individual differences in the 
dimensions and contours of the head and pinna. 


A second source of sound modification is the 
external auditory canal. The tube-like canal is able to 
amplify specific frequencies in the 3,000 Hz region. An 
analogy would be an opened, half-filled soda bottle. 
When you blow into the bottle there is a sound, the 
frequency of which depends on the size of the bottle 
and the amount of space in the bottle. If you empty 
some of the fluid and blow into the bottle again the 
frequency of the sound will change. Since the size of 
the human ear canal is consistent the specific fre- 
quency it amplifies is also constant. Sound waves 
travel through the ear canal until they strike the tym- 
panic membrane (the eardrum). Together, the head, 
pinna and external auditory canal amplify sounds in 
the 2,000 to 4,000 Hz range by 10-15 dB. This boost is 
needed since the process of transmitting sound from 
the outer ear to the middle ear requires added energy. 


Middle ear and hearing 


The tympanic membrane or eardrum separates the 
outer ear from the middle ear. It vibrates in response to 
pressure from sound waves traveling through the exter- 
nal auditory canal. The initial vibration causes the mem- 
brane to be displaced (pushed) inward by an amount 
equal to the intensity of the sound, so that loud sounds 
push the eardrum more than soft sounds. Once the ear- 
drum is pushed inwards, the pressure within the middle 
ear causes the eardrum to be pulled outward, setting up 
a back-and-forth motion that begins the conversion and 
transmission of acoustical energy (sound waves) to 
mechanical energy (bone movement). 


The small connected bones of the middle ear (the 
ossicles—malleus, incus, and stapes) move as a unit, in 
a type of lever-like action. The first bone, the malleus, 
is attached to the tympanic membrane, and the back- 
and-forth motion of the tympanic membrane sets all 
three bones in motion. The final result of this bone 
movement is pressure of the footplate of the last 
(smallest) bone (the stapes), on the oval window. The 
oval window is one of two small membranes that allow 
communication between the middle ear and the inner 
ear. The lever-like action of the bones amplifies the 
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mechanical energy from the eardrum to the oval win- 
dow. The energy in the middle ear is also amplified due 
to the difference in surface size between the tympanic 
membrane and the oval window, which has been cal- 
culated at 14 to 1. The large head of a thumbtack 
collects and applies pressure and focuses it on the pin 
point, driving it into the surface. The eardrum is like 
the head of the thumbtack and the oval window is the 
pinpoint. The overall amplification in the middle ear is 
approximately 25 dB. The conversion from mechan- 
ical energy (bone movement) to hydraulic energy 
(fluid movement) requires added energy since sound 
does not travel easily through fluids. We know this 
from trying to hear under water. 


Inner ear and hearing 


The inner ear is the site where hydraulic energy 
(fluid movement) is converted to chemical energy (hair 
cell activity) and finally to electrical energy (nerve 
transmission). Once the signal is transmitted to the 
nerve, it will travel up to the brain to be interpreted. 


The bone movements in the middle ear cause 
movement of the stapes footplate in the membrane of 
the oval window. This pressure causes fluid waves 
(hydraulic energy) throughout the entire two and a 
half turns of the cochlea. The design of the cochlea 
allows for very little fluid movement, therefore the 
pressure at the oval window is released by the inter- 
action between the oval and round windows. When 
the oval window is pushed forward by the stapes foot- 
plate, the round window bulges outward and vice 
versa. This action permits the fluid wave motion in 
the cochlea. The cochlea is the fluid filled, snail shell- 
shaped coiled organ in the inner ear that contains the 
actual sense receptors for hearing. 


The fluid motion causes a corresponding, but not 
equal, wave-like motion of the basilar membrane. 
Internally, the cochlea consists of three fluid filled 
chambers: the scola vestibuli, the scola tympani, and 
the scala media. The basilar membrane is located in the 
scala media portion of the cochlea, and separates the 
scala media from the scala tympani. The basilar mem- 
brane holds the key structure for hearing, the organ of 
Corti. The physical characteristics of the basilar mem- 
brane are important, as is its wave-like movement, from 
base (originating point) to apex (tip). The basilar wave 
motion builds slowly to a peak and then dies out quickly. 
The distance the wave takes to reach the peak depends 
on the speed at which the oval window is moved. For 
example, high-frequency sounds have short wave- 
lengths, causing rapid movements of the oval window, 
and peak movements on the basilar membrane near the 
base of the cochlea. In contrast, low-frequency sounds 
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Hearing 


KEY TERMS 


Amplify—To increase. 
Attenuate—To decrease. 


Bilateral—Both sides of an object divided by a line 
or plane of symmetry. 


Binaural—Using two ears. 


Decibel—A unit of measurement of the intensity of 
sound, abbreviated dB. 


Equilibrium—Balance, the ability to maintain body 
position. 

Frequency—Pitch, the number of vibrations (or 
sound waves) per second. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Hydraulic—Fluid in motion. 


Intensity—Loudness, the amount of energy of a 
vibration or sound wave. 


Localization—Ability to identify where a sound is 
coming from. 


have long wavelengths, cause slower movements of the 
oval window, and peak movements of the basilar mem- 
brane near the apex. The place of the peak membrane 
movements corresponds to the frequency of the sound. 
Sounds can be “mapped” or located on the basilar mem- 
brane; high-frequency sounds are near the base, middle- 
frequency sounds are in the middle, and low-frequency 
sounds are near the apex. In addition to the location on 
the basilar membrane, the frequency of sounds can be 
identified based on the number of nerve impulses sent to 
the brain. 


The organ of Corti lies upon the basilar membrane 
and contains three to five outer rows (12,000 to 15,000 
hair cells) and one inner row (3,000) of hair cells. The 
influence of the inner and outer hair cells has been 
widely researched. The common view is that the numer- 
ous outer hair cells respond to low intensity sounds 
(quiet sounds, below 60 dB). The inner hair cells act as 
a booster, by responding to high intensity, louder 
sounds. When the basilar membrane moves, it causes 
the small hairs on the top of the hair cells (called stereo- 
cilia) to bend against the overhanging tectorial mem- 
brane. The bending of the hair cells causes chemical 
actions within the cell itself creating electrical impulses 
(action potentials) in the nerve fibers attached to the 
bottom of the hair cells. The nerve impulses travel up 
the nerve to the temporal lobe of the brain. The intensity 
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of a sound can be identified based on the number of hair 
cells affected and the number of impulses sent to the 
brain. Loud sounds cause a large number of hair cells to 
be moved, and many nerve impulses to be transmitted to 
the brain. 


Each of the separate nerve fibers join and travel to 
the lowest portion of the brain, the brainstem. Nerves 
from the vestibular part (balance part) of the inner ear 
combine with the cochlear nerves to form the VIII 
cranial nerve (auditory or vestibulocochlear nerve). 
Once the nerve impulses enter the brainstem, they fol- 
low an established pathway, known as the auditory 
pathway. The organization within the auditory path- 
way allows for a large amount of crossover. This means 
that the sound information (nerve impulses) from one 
ear do not travel exclusively to one side of the brain. 
Some nerve impulses cross over to the opposite side of 
the brain. The impulses travel on both sides (bilaterally) 
up the auditory pathway until they reach a specific 
point in the temporal lobe called Heschl’s gyrus. 
Crossovers act like a safety net. If one side of the 
auditory pathway is blocked or damaged, the impulses 
can still reach Heschl’s gyrus to be interpreted as sound. 


See also Neuron. 
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[| Heart 


A heart is a means to circulate blood through 
the body of an animal. Among the lower species such 
as insects, arachnids, and others, the heart may simply 
be an expanded area in a blood vessel and may occur a 
number of times. The earthworm, for example, 
has 10 such “hearts.” These areas contract rhythmically 
to force the blood through the aorta, or blood vessel. 


Not until the evolution of the higher vertebrates 
does the heart achieve its ultimate form, that of a 
chambered organ with differentiated purposes. Even 
the lower chordates, such as amphioxus, possess hearts 
not more advanced than those in the earthworm. It is 
simply a pulsating blood vessel that moves blood 
through the body. 


Blood 


In a complex organism such as a vertebrate, with 
multiple cell layers and complex organ systems, blood 
distributes nourishment and oxygen to the cells and 
removes waste products. Cells within the blood, such as 
the red blood cells (erythrocytes) and white blood cells 
(leukocytes) serve specialized functions. The red cells hold 
and distribute oxygen to release in the cells and return 
carbon dioxide to the lungs to be eliminated. The white 
cells carry out immune functions to destroy invading 
bacteria and other foreign material. Still other compo- 
nents of the blood are involved in forming clots when a 
blood vessel is opened. The liquid medium, the plasma, 
carries vitamins and other nutrients throughout the body. 


Animals require a means for the blood to obtain 
oxygen, whether through gills or lungs, and a means to 
propel the blood through those structures. The heart is 
central to that purpose. 


The multiform heart 


The heart is a pulsating organ that pushes a liquid 
medium throughout the body. It may be as simple as 
one chamber or as complex as four, as in the higher 
mammals. In all animals, however, it is an organ that 
must function day after day without pause to keep the 
blood moving. 


In general, blood from the body or from the oxy- 
gen-exchanging structures returns to an atrium, which 
is simply a holding chamber. The atrium (plural is 
atria) empties into another chamber called the ven- 
tricle, a muscular chamber that contracts rhythmically 
to propel the blood through the body. Movement of 
the blood between chambers and in and out of the 
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A scanning electron micrograph (SEM) of the aortic valve. It 
lies between the left ventricle of the heart and the aortic arch 
and consists of a fibrous ring with three semilunar pockets 
attached to it. (Prof. P. Motta/G. Macchiarelli University "La 
Sapienza," Rome/Science Photo Library, National Audubon 
Society Collection/ Photo Researchers, Inc.) 


heart is controlled by valves that allow movement 
only in one direction. 


Lower vertebrates such as hagfish and other fish 
have two-chambered hearts. The ventricle pumps blood 
forward through the gills to obtain oxygen and dispose 
of carbon dioxide. From there blood enters the dorsal 
aorta and is carried through the body. The blood 
returns to the heart by means of the sinus venosus, 
which empties into the auricle or atrium. From there it 
is passed into the ventricle and the cycle begins again. 


Terrestrial vertebrates such as amphibians have 
three-chambered hearts and a more complex circula- 
tory system. The third chamber is another auricle or 
atrium. Unoxygenated blood from the body of the 
animal returns to the right auricle and the oxygenated 
blood from the lungs goes into the left auricle. Both 
contract simultaneously and empty their contents into 
the single ventricle. The oxygenated and unoxygen- 
ated blood does not mix to any degree because of 
specialized muscle strands in the ventricle. Also, the 
ventricle contracts immediately after the auricles so 
the bloods do not have time to mix. When the ventricle 
contracts, the unoxygenated blood is forced from the 
heart first and enters the pulmocutaneous vessels lead- 
ing to the lungs and skin for oxygen exchange. The 
oxygenated blood enters the truncus arteriosus and 
flows to the head, arms, body, and hind legs. 


Reptiles demonstrate a further step in heart devel- 
opment—a divided ventricle. The wall in the ventricle 
dividing left from right is incomplete except in crocodiles 
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A cutaway view of the anatomy of the heart. (Hans & Cassidy. Courtesy of Gale Group.) 


and alligators. Blood from the body enters the right Among the crocodilia, however, a peculiar struc- 
auricle from which it passes into the right side of the __ ture of the aortae allows mixing of arterial and venous 
ventricle and is pumped through the lungs.Oxygenated — blood. The left aortic arch rises from the right side of 
blood from the lungs enters the left auricle and passes _ the heart, as does the pulmonary artery. Thus, unoxy- 
into the left side of the ventricle. From there it moves out genated blood pumped from the right ventricle goes to 
through the two aortic arches to the body. the lungs through the pulmonary artery and also into 
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the aortic arch and out into the body where it will mix 
with oxygenated blood. The right aortic arch rises 
from the left ventricle and carries only oxygenated 
blood. 


Birds also possess four-chambered hearts, in this 
case with complete separation of the two ventricles. 
They have only one aortic arch, however, and that is 
the right arch. 


Mammals, including humans, also have a four- 
chambered heart, but the aortic arch curves up and to 
the left as it leaves the heart. Here, as with birds, there 
is no mixing of venous and arterial blood (under nor- 
mal circumstances). Though the heart appears to be a 
simple organ, it requires a complex series of nerve 
stimulations, valve openings, and muscle contractions 
to achieve its purpose. 


The human heart 


Located in the thoracic cavity, the heart is a four- 
chambered muscular organ that serves as the primary 
pump or driving force within the circulatory system. 
The heart contains a special form of muscle, appropri- 
ately named cardiac muscle, that has intrinsic contrac- 
tility (i.e., is able to beat on its own, without nervous 
system control). 


The Chinese were aware more than 2,000 years 
ago that the heart is a pump that forces blood through 
a maze of arteries. The Greeks, however, believed the 
blood did not circulate at all, and their ideas domi- 
nated medical science until the seventeenth century. 
The Greek physician Galen (c. 130-c. 200) published a 
great deal on the human body and its functions, much 
of which was incorrect, but his doctrines held sway for 
hundreds of years. Not until the 1600s did William 
Harvey (1578-1657), through human and animal 
experiments, discover that the heart circulates the 
blood. He published his findings in 1628, thus bringing 
Western medical science in line with that of the ancient 
Chinese. 


The human heart on the average weighs about 
10.5 oz (300 g). It is a four-chambered, cone-shaped 
organ about the size of a closed fist that lies in the mid- 
thorax, under the breastbone (sternum). Nestled 
between the lungs, the heart is covered by a fibrous 
sac called the pericardium. This important organ is 
protected within a bony cage formed by the ribs, ster- 
num, and spine. 


In its ceaseless work, the heart contracts some 
100,000 times a day to drive blood through about 
60,000 mi (96,000 km) of vessels to nourish each of 
the trillions of cells in the body. Each contraction of 
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the ventricles forces about 2.5 oz (0.075 1) of blood into 
the circulation, which adds up to about 10 pt (4.7 1) of 
blood every minute. On average, the heart will pump 
about 2,500 gal (9,475 1) of blood in a day, and that 
may go up to as much as 5,000 gal (18,950 1) with 
exertion. In a lifetime the heart will pump about 100 
million gal of blood. 


The chambers of the human heart are divided into 
two upper (superior) atrial chambers and two thicker- 
walled, heavily muscular inferior ventricular cham- 
bers. The right and left sides of the heart are divided 
by a thick septum. The right side of the heart is on the 
same side of the heart as is the right arm of the patient. 
The atrial and ventricular chambers on each side of the 
septum constitute separate collection and pumping 
systems for the pulmonary (right side) and systemic 
circulation (left side). The coronary sulcus or grove 
separates the atria from the ventricles. The left and 
right side atrial and ventricular chambers each are 
separated by a series of one way valves that, when 
properly functioning, allow blood to move in one 
direction, but prohibit it from regurgitating (flowing 
back through the valve). 


Deoxygenated blood—returned to the heart from 
the systemic circulatory venous system—enters the 
right atrium of the heart through the superior and 
inferior vena cava. Auricles lie on each atrium and are 
most visible when the atria are drained and deflated. 
The auricles (so named because they resembled ear 
flaps) allow for greater atrial expansion. Pectinate 
muscles on the auricles assist with atrial contraction. 
Small contractions within the right atrium, and pres- 
sure differences caused by evacuation of blood in the 
lower (inferior) right ventricle, cause this deoxygenated 
blood to move through the tricuspid valve during 
diastole (the portion of the heart’s contractile cycle 
between contractions, and a period of lower pressure 
as compared to systole) into the right ventricle. When 
the heart contracts, a sweeping wave of pressure forces 
open the pulmonic semilunar valve that allows blood to 
rush from the right ventricle into the pulmonary artery 
where it is travels to the lungs for oxygenation and 
other gaseous exchanges. 


Freshly oxygenated blood returns to the heart 
from the pulmonary circulation through the pulmo- 
nary vein the empties into the left atrium. During 
diastole, the oxygenated blood moves from the left 
atrium into the left ventricle through the mitral 
valve. During systolic contraction, the oxygenated 
blood is pumped under high pressure through the 
semilunar aortic valve into the aorta and thus, enters 
the systemic circulatory system. 
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As the volume and pressure rise during the filling 
of the right and left ventricles, the increased pressure 
snaps shut the flaps of the atrioventricular valves (tri- 
cuspid and mitral valves) anchored by fibrous connec- 
tion to the left and right ventricles. The pressure in the 
ventricles seals the valves and as the pressure increases 
during systole, the valves seal becomes further com- 
pressed. A prolapse in one of the valves (a pushing 
through of one of the cusps) leads to blood flow back 
through the valve. The cusps are held against prolapse 
by the chordae tendineae, thin cords that attach the 
cusps to papillary muscles. 


The heart and great vessels attached to it are 
encased within a multi-layered pericardium. The 
outer layer is fibrous and covers a double mem- 
braned inner sac-like structure termed the pericar- 
dial cavity that is filled with pericardial fluid. The 
pericardial fluid acts to reduce friction between the 
heart, the pericardial membranes, and the thoracic 
wall as the heart contracts and expands during the 
cardiac cycle. 


The heart muscle is composed of three distinct 
layers. The outermost layer, the outer epicardium, is 
separated from the inner endocardium by the middle 
pericardium. The outer epicardium is continuous and 
in some places the same as the visceral pericardium. 
Epicardium protects the heart and is invested with 
capillaries, nerves, and lymph vessels. The middle 
myocardium is a thick layer of cardiac muscle. The 
innermost endocardium contains connective tissue 
and Purkinje fibers. The endocardium is continuous 
with the lining of the great vessels attached to the heart 
and it lines all valve and cardiac inner surfaces. 


Heart muscle does not directly take up oxygen 
from the blood it pumps. A specialized set of vessels 
(e.g., the left and right coronary arteries and their 
branches) supply oxygenated blood to the heart muscle 
and constitute the coronary circulation. A heart attack 
occurs whenever blood flow is occluded (blocked). 


The fossa ovalis is a remnant or the embryonic 
foramen ovale that allows blood to flow between the 
left and right atria in the developing fetus. 


Regulation of the heart 


Various intrinsic, neural, and hormonal factors 
act to influence the rhythm control and impulse con- 
duction within the heart. The rhythmic control of the 
cardiac cycle and its accompanying heartbeat relies on 
the regulation of impulses generated and conducted 
within the heart. Regulation of the cardiac cycle is also 
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achieved via the autonomic nervous system. The sym- 
pathetic and parasympathetic divisions of the auto- 
nomic system regulate heart rhythm by affecting the 
same intrinsic impulse conducting mechanisms that lie 
within the heart in opposing ways. 


Cardiac muscle is self-contractile because it is 
capable of generating a spontaneous electrochemical 
signal as it contracts. This signal induces surrounding 
cardiac muscle tissue to contract and a wave-like con- 
traction of the heart can result from the initial con- 
traction of a few localized cardiac cells. 


The cardiac cycle describes the normal rhythmic 
series of cardiac muscular contractions. The cardiac 
cycle can be subdivided into the systolic and diastolic 
phases. Systole occurs when the ventricles of the heart 
contract and diastole occurs between ventricular con- 
tractions when the right and left ventricles relax and 
fill. The sino-atrial node (S-A node) and atrioventric- 
ular node (AV node) of the heart act as pacemakers of 
the cardiac cycle. 


The contractile systolic phase begins with a local- 
ized contraction of specialized cardiac muscle fibers 
within the sinoatrial node. The S-A node is composed 
of nodal tissue that contains a mixture of muscle and 
neural cell properties. The contraction of these fibers 
generates an electrical signal that then propagates 
throughout the surrounding cardiac muscle tissue. In 
a contractile wave originating at the S-A node, the 
right atrium muscle contracts (forcing blood into the 
right ventricle) and then the left atrium contracts 
(forcing blood into the left ventricle). 


Intrinsic regulation is achieved by delaying the 
contractile signal at the atrioventricular node. This 
delay also allows the complete contraction of the atria 
so that the ventricles receive the minimum amount of 
blood to make their own contractions efficient. A spe- 
cialized type of neuromuscular cells, named Purkinje 
cells, form a system of fibers that covers the heart and 
which conveys the contractile signal from S-A node 
(which is also a part of the Purkinje system or suben- 
docardial plexus). Because the Purkinje fibers are 
slower in passing electrical signals (action potentials) 
than are neural fibers, the delay allows the atria to 
finish their contractions prior to ventricular contrac- 
tions. The signal delay by the AV node lasts about a 
tenth (0.1) of a second. 


The contractile signal then continues to spread 
across the ventricles via the Purkinje system. The sig- 
nal travels away from the AV node via the bundle of 
His before it divides into left and right bundle 
branches that travel down their respective ventricles. 
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Extrinsic control of the heart rate and rhythm is 
achieved via autonomic nervous system (ANS) 
impulses (regulated by the medulla oblongata) and 
specific hormones that alter the contractile and or 
conductive properties of heart muscle. ANS sympa- 
thetic stimulation via the cervical sympathetic chain 
ganglia acts to increase heart rate and increase the 
force of atrial and ventricular contractions. In con- 
trast, parasympathetic stimulation via the vagal nerve 
slows the heart rate and decreases the vigor of atrial 
and ventricular contractions. Sympathetic stimulation 
also increases the conduction velocity of cardiac 
muscle fibers. Parasympathetic stimulation decreases 
conduction velocity. 


The regulation in impulse conduction results from 
the fact that parasympathetic fibers utilize acetylcho- 
line, a neurotransmitter hormone that alters the trans- 
mission of an action potential by altering membrane 
permeability to specific ions (e.g., potassium ions 
[K*]). In contrast, sympathetic postganglionic neu- 
rons secrete the neurotransmitter norepinephrine 
that alters membrane permeability to sodium (Na*) 
and calcium ions (Ca**). 


The ion permeability changes result in parasym- 
pathetic induced hypopolarization and sympathetic 
induced hyperpolarization. 


Additional hormonal control is achieved princi- 
pally by the adrenal glands (specifically the adrenal 
medulla) that release both epinephrine and norepi- 
nephrine into the blood when stimulated by the sym- 
pathetic nervous system. As part of the fight or flight 
reflex, these hormones increase heart rate and the 
volume of blood ejected during the cardiac cycle. 


The electrical events associated with the cardiac 
cycle are measured with an electrocardiogram (EKG). 
Disruptions in the impulse conduction system of the 
heart result in arrhythmias. 


Variations in the electrical system can lead to 
serious, even dangerous, consequences. When that 
occurs an artificial electrical stimulator, called a pace- 
maker, must be implanted to take over regulation of 
the heartbeat. The small pacemaker can be implanted 
under the skin near the shoulder and long wires from it 
are fed into the heart and implanted in the heart 
muscle. The pacemaker can be regulated for the num- 
ber of heartbeats it will stimulate per minute. Newer 
pacemakers can detect the need for increased heart 
rate when the individual is under exertion or stress 
and will respond. 


See also Angiography; Artificial heart and heart 
valve; Heart diseases; Heart-lung machine; Thoracic 
surgery; Transplant, surgical. 
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Heart attack see Heart 


| Heart diseases 


Heart disease (cardiovascular disease) is any 
abnormal organic condition of the heart or the heart 
and circulation. 
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Age-standardized death rate attributed to ischemic heart 
disease (narrowing or blockage of the coronary arteries) 
for various countries. (Hans & Cassidy. Courtesy of Gale 
Group.) 


Coronary artery disease, which involves athero- 
sclerosis (hardening of the arteries) that supply the 
heart with blood, is the most common cause of heart 
attacks in the United States. As of 2006, an estimated 
13 million Americans suffer from coronary artery dis- 
eases. The build-up of material (plaque) on the inner 
walls of arteries that supply blood to the heart restricts 
the amount of blood that reaches the heart, and 
increases the pressure needed to pump the blood. 
This can result in heart damage, altered heart rhythm, 
and even heart attack. 


The primary risk factors for coronary artery dis- 
ease are diabetes, being male, having a family history 
of the disease (especially at an early age), smoking, 
elevated blood pressure (hypertension), and an ele- 
vated amount of low-density cholesterol (popularly 
dubbed “bad” cholesterol). Cholesterol is not actually 
a damage mechanism but is more an indicator of 
compromised liver function, and increased risk of 
heart attack. 


While the heart was once considered a part of the 
body that could never be improved surgically, the 
twentieth century brought a revolution in surgical 
treatment for heart disease. Blocked coronary arteries 
can now be bypassed using new tissue and failing 
hearts can be replace with transplants. Yet heart dis- 
ease remains the primary cause of death in the United 
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States. Preventive health measures, such as improved 
diet and regular exercise, have become fundamental 
tools in the battle against heart disease. 


The massive body of evidence linking various 
types of risk factors to heart disease is derived from a 
series of ambitious twentieth-century studies of heart 
disease in large groups of people over a long period of 
time. One of the best known of these efforts is the 
Framingham study, which has traced thousands of 
residents of that area since 1949. This and other stud- 
ies have led to findings that individuals are at a greater 
risk of heart disease if they have high levels of certain 
types of cholesterol in the blood, if they smoke ciga- 
rettes, if they are obese, if they have high blood pres- 
sure, and if they are male. Blood cholesterol, a fatlike 
substance found in all human and animal tissue, is a 
primary focus of efforts to prevent heart disease. High 
cholesterol levels are shaped, in part, by diet and can 
be lowered. Experts suggest limiting consumption of 
foods high in saturated fats, such as cream, meat, and 
cheese. Such a diet reduces the risk of high levels of 
low-density lipoprotein, or LDL, the type of choles- 
terol which increases the risk of heart disease. 


Exercise has also been promoted as a protection 
against heart disease. Numerous studies have shown 
that individuals who do not exercise are more likely to 
develop coronary heart disease. Exercise reduces 
blood pressure and eases blood flow through the 
heart. In addition, people who exercise are less likely 
to be overweight. 


Individuals who burn more calories are also more 
likely to have higher levels of what has been called the 
“good” cholesterol—high-density lipoprotein, or HDL. 
This type of cholesterol is believed to reduce the risk of 
heart disease. Other activities that boost the level of 
HDL include maintaining average weight and not 
smoking cigarettes. 


The conventional treatment for cardiovascular 
disease includes specific therapy for any underlying 
causes and may also include drugs such as angioten- 
sis-convertin enzyme (ACE) inhibitors (examples 
included captopril, enalapril, and lisinopril), blood 
thinners such as aspirin and warfarin, the combination 
of hydralazine and isosorbide dinitrate, digitalis, 
nitroglycerin, diuretics, and beta-blockers (e.g., pro- 
pranolol). The last few decades of the twentieth cen- 
tury witnessed the introduction of numerous drugs 
that could prolong life and activity for individuals 
with heart disease. For example, beta blockers are 
used to treat angina, high blood pressure, and arrhyth- 
mia. They are also given to individuals who have had 
heart attacks. These drugs block the neurohormone 
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Angina pectoris—Chest pain that occurs when 
blood flow to the heart is reduced, causing a short- 
age of oxygen. The pain is marked by a suffocating 
feeling. 

Auricular fibrillation—Atrial fibrillation; a condi- 
tion marked by the irregular contraction of the atrial 
heart muscle. 


Coronary artery disease, or ischemic heart disease— 
Common cause of death due to heart attack, which 
results from narrowing or blockage of the coronary 
arteries. The disease can also cause angina. 


Coronary thrombosis—A potentially fatal event in 
which the coronary artery is blocked by a throm- 
bus, a clot of platelets and other blood factors 
which can prevent the passage of blood. 


Electrocardiogram (ECG)—A picture of the opera- 
tion of the heart, obtained by measuring the electric 
potential of the heart muscle. 


Heart block—Impairment of the electrical signal 
which controls the heart’s activity. 


Heart failure—A clinical syndrome which takes 
place when the heart’s activity no longer meets 
the body’s needs. Congestive heart failure is 
marked by water retention and breathlessness. 


Stenosis—The narrowing of a canal or duct. 


norepinephrine from stimulating the organs of the 
body. This makes the heart beat more slowly and 
slows the dilation of certain blood vessels. 


Another important class of drugs for the treat- 
ment of heart disease is the vasodilators, which cause 
blood vessels to dilate, or increase in diameter. These 
drugs, including ACE inhibitors, are used to ease the 
symptoms of angina by easing the work of the heart, to 
forestall complete congestive heart failure, and to pro- 
long life in people who have had heart attacks. 


A third important type of drug reduces cholesterol 
in the blood. The process by which these drugs elimi- 
nate cholesterol from the blood varies, but several 
work by preventing the reabsorption of bile salts by 
the body. Bile salts play a role in digestion, and they 
contain cholesterol. 


Diagnostic advances have also made a difference 
in the treatment of heart disease. Cardiac catheteriza- 
tion enables doctors to see how the heart works with- 
out surgery. The process, which was first explored in 
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humans in 1936, involves sending a tube through an 
existing blood vessel and filling the tube with a con- 
trast material that can be tracked as it circulates 
through the heart. 


Diet can reduce the risk of heart disease. For exam- 
ple, consumption of omega-3 fatty acids can lessen the 
risk of a heart attack. The most common natural source 
of omega-3 is fish, although eggs enriched in omega-3 
are now sold. 


The use of biochemical markers has proved useful 
in revealing those who could be at risk to develop heart 
disease. For example, a protein in the blood known as 
known as C-reactive protein (CRP) increases in the 
presence of systemic (throughout the body) inflamma- 
tion, and increased CRP levels have been linked to 
heart attack and stroke. With elevated levels of CRP 
indicating blood vessel inflammation, the white blood 
cells are stimulated and may cause fatty cholesterol 
deposits to break from the vessel walls and clog 
arteries. Inflamed artery walls may also release greater 
portions of the weakened plaques, causing stroke. 
Elevated CRP is considered a predictor of heart disease 
even in the absence of other risk factors such as obesity, 
high blood pressure, or smoking, and may indicate 
heart disease even before symptoms are present. A 
blood test can determine the amount of CRP. 
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I Heart, embryonic develop- 


ment and changes at birt 


The developing fetal heart accounts for a large 
percentage of the volume of the early thorax. About 
20 days after fertilization, the heart develops from the 
fusion of paired endothelial tubes into a single tube. 
Heart growth subsequently involves the growth, 
expansion, and partitioning of this tube into four 
chambers separated by thickened septa of cardiac 
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muscle and valves. Atrial development is initially more 
advanced than ventricular development. The left and 
right atria develop while the primitive ventricle 
remains a single chamber. As atrial separation nears 
completion, the left and right ventricles begin to form, 
then continue until the heart consists of a fully devel- 
oped four-chambered structure. 


Although the majority of the heart develops from 
mesoderm (splanchnic mesoderm) near the neural 
plate and sides of the embryonic disk, there are also 
contributions from neural crest cells that help form the 
valves. 


Three systems initially return venous blood to the 
primitive heart. Regardless of the source, this venous 
blood returns to sinus venosus. Vitelline veins return 
blood from the yolk sac; umbilical veins return oxy- 
genated blood from the placenta. The left umbilical 
vein enlarges and passes through the embryonic liver 
before continuing on to become the inferior vena cava 
that fuses with a common chambered sinus venosus 
and the right atrium of the heart. Especially early in 
development, venous return also comes via the cardi- 
nal system. The anterior cardinals drain venous blood 
from the developing head region. Subcardinal veins 
return venous blood from the developing renal and 
urogenital system, while supracardinals drain the 
developing body wall. The anterior veins empty into 
the common cardinals that terminate in the sinus 
venosus. 


Movement of blood through the early embryonic 
vascular system begins as soon as the primitive heart 
tubes form and fuse. Contractions of the primitive 
heart begin early in development, as early as the initial 
fusion of the endothelial channels that fuse to form the 
heart. 


The heart and the atrial tube that form the aorta 
develop by the compartmentalization of the primitive 
cardiac tube. Six separate septae are responsible for 
the portioning of the heart and the development of the 
walls of the atria and ventricles. A septum primum 
divides the primitive atria into left and right chambers. 
The septum secundum (second septum) grows along 
the same course of the primary septum to add thick- 
ness and strength to the partition. There are two holes 
in these septae through which blood passes, the fora- 
men secundum and the foramen ovale. Specialized 
endocardinal tissue develops into the atrioventricular 
septum that separates the atrium and ventricles. The 
mitral and tricuspid valves also develop from the 
atrioventricular septum. 


As development proceeds, the interventricular 
septum becomes large and muscular to separate the 
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ventricles and provide strength to these high-pressure 
contractile chambers. The interventricular septum 
also has a membranous portion. 


Initially, there is only a common truncus arterio- 
sus as a channel for ventricular output. The truncus 
eventually separates into the pulmonary trunk and the 
ascending aorta. 


Blood oxygenated in the placenta returns to the 
heart via the inferior vena cava into the right atrium. A 
valvelike flap in the wall at the juncture of the inferior 
vena cava and the right atrium directs the majority of 
the flow of oxygenated blood through the foramen 
ovale, then allows blood to flow from the right atrium 
to the left. Although there is some mixing with blood 
from the superior vena cava, the directed flow of oxy- 
genated blood across the right atrium caused by the 
valve of the inferior vena cava means that deoxygen- 
ated fetal blood returning via the superior vena cava 
still ends up moving into the right ventricle. 


While in the uterus, the lungs are nonfunctional. 
Accordingly, another shunt, the ductus arteriosis (also 
spelled ductus arteriosus) provides a diversionary 
channel that allows fetal blood to cross between the 
pulmonary artery and aorta and thus largely bypass 
the rudimentary pulmonary system. 


Because only a small amount of blood returns 
from the pulmonary circulation, almost all of the 
blood in the fetal left atrium comes through the fora- 
men ovale. The relatively oxygen-rich blood then 
passes through the mitral value into the left ventricle. 
Contractions of the heart, whether in the single prim- 
itive ventricle or from the more developed left ven- 
tricle, then pump this oxygenated blood into the fetal 
systemic arterial system. 


In response to inflation of the lungs and pressure 
changes within the pulmonary system, both the fora- 
men ovale and the ductus arteriosis normally close at 
birth to establish the normal adult circulatory pattern 
whereby blood flows into the right atrium, though the 
tricuspid valve into the right ventricle. The right 
atrium pumps blood into the pulmonary artery and 
pulmonary circulation for oxygenation in the lungs. 
Oxygenated blood returns to the left atrium by pulmo- 
nary veins. After collecting in the left atrium, blood 
flows through the mitral value into the left atrium 
where it is then pumped into the systemic circulation 
via the ascending aorta. 


See also Action potential; Birth defects; Cardiac 
cycle; Circulatory system; Embryo and embryonic 
development; Embryology; Heart diseases; Heart, 
rhythm control and impulse conduction. 
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l Heart-lung machine 


The heart-lung machine (HLM) is a device used to 
provide blood circulation and oxygenation while the 
heart is stopped. It is a means of keeping a patient alive 
while his/her heart is stopped or even removed from 
the body. Usually called the heart-lung machine, the 
device also is referred to as cardiopulmonary bypass, 
indicating its function as a means to substitute for the 
normal functions of the heart (cardio) and lungs 
(pulmonary). 


It is the function of the heart to provide circula- 
tion of blood at all times. It pushes blood out into the 
body and through the lungs. It must function every 
minute of every day of life to maintain the health of the 
tissues throughout the body. 


The heart can malfunction at times, and require 
surgery to correct the problem. Surgeons searched for 
a means to stop the heart so they could correct defects 
yet keep the patient alive by circulating blood by 
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another means. For many years, no such means 
could be found. Some heart surgery was carried out 
while the organ still pumped, making delicate surgery 
virtually impossible. Surgeons then discovered that 
they could stop the heart by lowering the patient’s 
body temperature, a condition called hypothermia, 
and by flooding the heart with a cold solution. In its 
state of artificial hibernation the body needed less 
blood circulation, but at best that gave surgeons only 
a few brief moments to carry out the surgery. They 
were still limited as to the procedures they could do 
because of the severe time constraints. 


History 


At the beginning of the twentieth century, German 
scientists were studying isolated animal organs such as 
the liver and kidney and the effects that various drugs 
had on them. To do this they required the organ to 
be kept alive, meaning supplied with blood. They 
attempted various contrivances using syringes and 
pumps to maintain the viability of the organs. They 
experienced severe problems with blood clotting and 
changes in blood composition when the pumps dam- 
aged the blood cells. The researchers searched vainly 
for a means to provide oxygenated blood to their organ 
preparations. They filtered the blood through various 
screens and membranes and even pumped it through 
the lungs of dogs or monkeys, but their problem was 
not to be solved for decades, though this may be con- 
sidered the beginning of research into a heart-lung 
device. 


In 1931, American surgeon John H. Gibbon, Jr. 
(1903-1974) decided to build a heart-lung machine 
after a young female patient died of blocked lung 
circulation. At the time, experimental devices existed 
for pumping and oxygenating blood during perfusion 
(artificial circulation). Gibbon, who received his bach- 
elor’s degree from Princeton University (New Jersey) 
in 1923 and his medical degree in 1927 from Jefferson 
Medical College (Philadelphia, Pennsylvania), began 
his heart-lung work in 1934 at Massachusetts General 
Hospital in Boston (Massachusetts). The work 
involved a research fellowship in which Gibbon had 
assistance from research technician Mary Hopkinson. 
They found the action of roller pumps gentle enough 
to minimize both clotting and damage to blood cells, 
and they employed centrifugal force to spread the 
blood in a layer thin enough to absorb the required 
amounts of oxygen. In 1935, the Gibbons went to the 
University of Pennsylvania’s School of Medicine and 
continued their experiments, reporting successful 
results with animals by 1939. In 1946, Gibbon became 
head of the surgical department at his alma mater and 
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soon secured the backing of Thomas J. Watson, chair- 
person of International Business Machines Corporation 
(IBM). With the use of IBM laboratories and engi- 
neers, Gibbon’s heart-lung machine was perfected 
after the introduction of wire-mesh screens to enhance 
oxygenation, filters to block air bubbles or clots, and 
monitoring devices. 


In 1953, at Jefferson Medical College, Gibbon 
connected the circulatory system of an 18-year-old 
female to a new machine, stopped the woman’s heart, 
and for 26 minutes performed surgery to close a hole in 
the wall of the heart between the left and right atria. It 
was the first successful use of a heart-lung machine and 
the beginning of a new era in cardiac surgery. The 
machine was not a sudden inspiration by anyone, but 
rather was the culmination of many years of dedicated 
research in many laboratories to find the means to 
oxygenate the blood and circulate it through the body. 


That early machine, while functional, still was open 
to improvement. For one thing, it required many pints 
of blood to prime the machine and it was bulky and 
took up much of the room in the operating room. Since 
then, the size of the machine has been reduced and the 
need for blood to prime the machine has been dramat- 
ically reduced to only a few pints. In addition, the heart- 
lung machine was rapidly improved in other areas. 
Oxygenation, for example, was accomplished by more 
sophisticated methods. Once patients could be kept alive 
during heart surgery, a whole new range of operations 
became possible. Congenital heart defects could be 
repaired, diseased or damaged valves could be replaced, 
and coronary bypass surgery became possible through 
sewing in a replacement blood vessel to carry blood flow 
around a blocked section of artery. Thanks to Gibbon’s 
heart-lung machine, open-heart surgery—especially cor- 
onary bypass—has become routine throughout the 
world. 


Function 


To function, the heart-lung machine must be con- 
nected to the patient in a way that allows blood to 
be removed, processed, and returned to the body. 
Therefore, it requires two hook-ups. One is to a large 
artery where fresh blood can be pumped back into the 
body. The other is to a major vein where used blood 
can be removed from the body and passed through the 
machine. 


In fact, connections are made on the right side of 
the heart to the inferior and superior vena cavae (sin- 
gular: vena cava). These vessels collect blood drained 
from the body and head and empty into the right 
atrium. They carry blood that has been circulated 
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Atrium (plural: atria)—One of two upper cham- 
bers of the heart. They are receiving units that 
hold blood to be pumped into the lower chambers, 
the ventricles. 


Isolated organs—Organs removed from an ani- 
mal’s body for study. In this way, their function 
can be determined without influence by other 
organs. 


Oxygenation—Supplying oxygen to blood to be 
circulated throughout the body. 


through the body and is in need of oxygenation. 
Another connection is made by shunting into the 
aorta, the main artery leading from the heart to the 
body, or the femoral artery, a large artery in the upper 
leg. Blood is removed from the vena cavae, passed into 
the heart-lung machine where it is cooled to lower the 
patient’s body temperature, which reduces the tissues’ 
need for blood. The blood receives oxygen which 
forces out the carbon dioxide and it is filtered to 
remove any detritus that should not be in the circula- 
tion such as small clots. The processed blood then goes 
back into the patient in the aorta or femoral artery. 


During surgery the technician monitoring the 
heart-lung machine carefully watches the temperature 
of the blood, the pressure at which it is being pumped, 
its oxygen content, and other measurements. When the 
surgeon nears the end of the procedure the technician 
will increase the temperature of the heat exchanger in 
the machine to allow the blood to warm. This will 
restore the normal body heat to the patient before he 
is taken off the machine. 


See also Respiratory system; Thoracic surgery. 


I Heart, rhythm control and 


impulse conduction 


The rhythmic control of the cardiac cycle and its 
accompanying heartbeat relies on the regulation of 
impulses generated and conducted within the heart. 
Regulation of the cardiac cycle is also achieved via 
the autonomic nervous system. The sympathetic and 
parasympathetic divisions of the autonomic system 
regulate heart rhythm by affecting the same intrinsic 
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An x-ray showing a pacemaker. (© Charles O’Rear/Corbis.) 


impulse conducting mechanisms that lie within the 
heart in opposing ways. 


Cardiac muscle is self-contractile because it is 
capable of generating a spontaneous electrochemical 
signal as it contracts. This signal induces surrounding 
cardiac muscle tissue to contract and a wave-like con- 
traction of the heart can result from the initial con- 
traction of a few localized cardiac cells. 


The cardiac cycle describes the normal rhythmic 
series of cardiac muscular contractions. The cardiac 
cycle can be subdivided into the systolic and diastolic 
phases. Systole occurs when the ventricles of the heart 
contract and diastole occurs between ventricular con- 
tractions when the right and left ventricles relax and 
fill. The sino-atrial node (S-A node) and atrioventric- 
ular node (AV node) of the heart act as pacemakers of 
the cardiac cycle. 


The contractile systolic phase begins with a local- 
ized contraction of specialized cardiac muscle fibers 
within the sino-atrial node. The S-A node is composed 
of nodal tissue that contains a mixture of muscle and 
neural cell properties. The contraction of these fibers 
generates an electrical signal that then propagates 
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throughout the surrounding cardiac muscle tissue. In 
a contractile wave originating at the S-A node, the 
right atrium muscle contracts (forcing blood into the 
right ventricle) and then the left atrium contracts 
(forcing blood into the left ventricle). 


Intrinsic regulation is achieved by delaying the con- 
tractile signal at the atrioventricular node. This delay 
also allows the complete contraction of the atria so that 
the ventricles receive the minimum amount of blood to 
make their own contractions efficient. A specialized type 
of neuro-muscular cells, named Purkinje cells, form a 
system of fibers that covers the heart and which conveys 
the contractile signal from S-A node (which is also a part 
of the Purkinje system or subendocardial plexus). 
Because the Purkinje fibers are slower in passing elec- 
trical signals (action potentials) than are neural fibers, 
the delay allows the atria to finish their contractions 
prior to ventricular contractions. The signal delay by 
the AV node lasts about a tenth (.1) of a second. 


The contractile signal then continues to spread 
across the ventricles via the Purkinje system. The sig- 
nal travels away from the AV node via the bundle of 
His before it divides into left and right bundle 
branches that travel down their respective ventricles. 
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Extrinsic control of the heart rate and rhythm is 
achieved via autonomic nervous system (ANS) 
impulses (regulated by the medulla oblongata) and 
specific hormones that alter the contractile and or 
conductive properties of heart muscle. ANS sympa- 
thetic stimulation via the cervical sympathetic chain 
ganglia acts to increase heart rate and increase the 
force of atrial and ventricular contractions. In con- 
trast, parasympathetic stimulation via the vagal nerve 
slows the heart rate and decreases the vigor of atrial 
and ventricular contractions. Sympathetic stimulation 
also increases the conduction velocity of cardiac 
muscle fibers. Parasympathetic stimulation decreases 
conduction velocity. 


The regulation in impulse conduction results from 
the fact that parasympathetic fibers utilize acetylcho- 
line, a neurotransmitter hormone that alters the trans- 
mission of an action potential by altering membrane 
permeability to specific ions (e.g., potassium ions 
(K*). In contrast, sympathetic postganglionic neurons 
secrete the neurotransmitter norepinephrine that 
alters membrane permeability to sodium (Na‘) and 
calcium ions Ca?"). 


The ion permeability changes result in parasym- 
pathetic induced hypopolarization and sympathetic 
induced hyperpolarization. 


Additional hormonal control is achieved princi- 
pally by the adrenal glands (specifically the adrenal 
medulla) that release both epinephrine and norepi- 
nephrine into the blood when stimulated by the sym- 
pathetic nervous system. As part of the fight or flight 
reflex, these hormones increase heart rate and the 
volume of blood ejected during the cardiac cycle. 


The electrical events associated with the cardiac 
cycle are measured with an electrocardiogram (EKG). 
Disruptions in the impulse conduction system of the 
heart result in arrhythmias. 


See also Heart; Heart diseases; Heart, embryonic 
development and changes at birth; Nerve impulses and 
conduction of impulses. 


K. Lee Lerner 


| Heat 


Heat, within the science of physics, is defined as 
the transfer of thermal energy from one part of a 
material to another part of a material, or from one 
body to another body. 
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Heat exchange reflects and drives changes in 
energy state between two objects—or more generally 
systems—in thermal contact due to a difference in 
temperature. Heat flows from a system at higher tem- 
perature to one at lower temperature until both sys- 
tems are at the same temperature. Systems at the same 
temperature are said to be in thermal equilibrium. 


The term heat is sometimes used, incorrectly, to 
refer to a form of energy that a system contains. Heat 
is a form of energy-in-transit; it is not energy-in-resi- 
dence. The energy contained in a system (exclusive of 
energy depending on external factors) is called internal 
energy and, unlike heat, is a property of a system like the 
volume or mass. 


The concept of heat has always been an important 
consideration in scientific thought as well as with 
everyday life. Some things are hot, while others are 
warm and still others are cold. When hot or warm 
objects are placed in contact with cold ones, the 
warmer object cools down as the colder one heats up. 
Apparently, something causes an object to be warm 
and that something flows from warm objects to cold 
ones. This something is called heat. 


The controversy over whether heat is a material 
substance or is due to the kinetic motion of particles 
continued into the early twentieth century. English phys- 
icist and mathematician Sir Isaac Newton (1642-1727), 
Dutch mathematician Christiaan Huygens (1629-1695), 
English scientist Robert Hooke (1635-1703), English 
chemist and physicist Henry Cavendish (1731-1810), 
English chemist Sir Humphry Davy (1778-1829), and 
American physicist Benjamin Thompson, Count 
Rumford (1753-1814) supported the kinetic interpreta- 
tion. Dutch chemist and physician Hermann Boerhaave 
(1668-1738), French chemist Antoine-Laurent Lavoisier 
(1743-1794) and French mathematician Pierre-Simon 
Laplace (1749-1827) favored the material interpretation. 


Scottish chemist and physicist Joseph Black (1728- 
1799) and Swedish physicist Johann Wilcke (1732-1779) 
developed the concept of specific heat capacity, defined as 
the amount of heat that raises the temperature of a sub- 
stance by one degree. The empirical definition of heat is 
based on this concept: the amount of heat involved in a 
process is equal to the product of the specific heat of the 
substance multiplied by the change in temperature that 
occurs when heat is added to or taken away from the 
substance. The unit given to the amount of heat is the 
calorie, a metric unit, defined as the amount of heat that 
raises the temperature of one gram of water by one degree 
of Celsius. It is also represented by the British thermal unit 
(Btu), an English unit. One Btu is defined as the amount of 
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heat that raises the temperature of one pound of water by 
one degree Fahrenheit. Specific heat is the same for any 
substance, whether it is defined by the calorie or the Btu. 
In addition, scientists often represent heat with respect to 
the joule, a unit used to represent all types of energy. 


English physicist James Joule (1818-1889) showed 
that, unlike material substances, heat can be created 
and destroyed by changing it into work. One calorie 
of heat is equivalent to about 4.2 joules of work. 
Subsequently, the kinetic theory proposed by German 
scientists August K. Krénig (1822-1879) and Rudolf 
Clausius (1822-1888) explained heat as the result of 
translational, rotational, and vibrational motions of 
molecules: the faster they move, the higher the temper- 
ature. The work of German-American Albert Einstein 
(1879-1955) finally settled the argument in favor of the 
kinetic interpretation of heat. 


The first law of thermodynamics states that the 
internal energy of a system can change only if energy 
flows into or out of the system. This flow, or energy-in- 
transit, appears as heat or as work (or a combination), 
and the change in internal energy is equal to the total 
of heat and work appearing during the change. After 
the change, however, the system contains neither heat 
nor work; it contains internal energy. 


Units of heat are units of energy. One classical 
unit, the calorie, is defined as the amount of energy 
required to raise the temperature of one gram of water 
one degree Celsius. A more precise definition recog- 
nizes that this energy depends slightly on the temper- 
ature of the water, so the interval was specified as 14.5 
to 15.5°C (58.1-59.9°F). The dietary calorie (capital 
C) is a kilocalorie (1,000 calories). The energy avail- 
able from the metabolism of a given amount of food is 
commonly given in calories. 


In the International System of Units (SI or 
extended metric system) the joule is the unit of energy. 
Although based on mechanical rather than thermal 
considerations, the joule is now the preferred energy 
unit for both mechanical and thermal applications. 
The joule is about 1/4 of a calorie and, now, formally 
defines the calorie. One calorie is by definition exactly 
4.184 joules, although the practical difference between 
this definition and the original one is negligible. 


The specific heat capacity, or specific heat, is the 
heat required to raise the temperature of one gram of 
substance one degree Celsius. The specific heats of a 
few substances in joules per gram per degree Celsius 
are listed in Table 1. 


For example, to raise the temperature of equal 
amounts of all four of these substances, the water 
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Specific heat 


Specific heat 


Substance (d/g°C) at 25°C 


Water 4.18 
Iron 0.45 
Mercury 0.14 
Ethyl alcohol 2.46 


Table 1. (Thomson Gale.) 


would require considerably more heat than the others 
(over 9 times as much as the iron, for example, because 
4.18 divided by 0.45 is 9.3). Alternatively, if one added 
the same amount of heat to equal amounts of all four 
of these substances, the temperature of the water 
would rise least. In short, it is more difficult to change 
the temperature of water than most other substances. 
This is one of the main reasons coastal climates usually 
have smaller seasonal temperature variations than 
inland climates. Because of its relatively high specific 
heat, water is a good thermal moderator. 


tl Heat capacity 


Heat capacity (often abbreviated Cp) is defined as 
the amount of heat required to raise the temperature of 
a given mass of a substance by one degree Celsius. Heat 
capacity may also be defined as the energy required to 
raise the temperature of one mole of a substance by one 
degree Celsius (the molar heat capacity) or to raise one 
gram of a substance by one degree Celsius (the specific 
heat capacity). 


Heat capacity is related to a substance’s ability 
to retain heat and the rate at which it will heat up or 
cool down. For example, a substance with a low heat 
capacity, such as iron, will heat and cool quickly, while a 
substance with a high heat capacity, such as water, heats 
and cools slowly. This is why on a hot summer day the 
water in a lake stays cool even though the air above it 
(which has a low heat capacity) heats quickly, and why 
the water stays warm at night after the air has cooled. 


Heat capacity and calorimetry 


Calorimetry is the study of heat and heat energy. 
A calorie is a unit of heat energy in the British system 


2089 


Ayioeded yeay 


Heat index 


of measurement. In the metric system, energy is meas- 
ured in joules, and one calorie equals 4.184 joules. 
When any substance is heated, the amount of heat 
required to raise its temperature will depend on 
the mass of the object, the composition of the object, 
and the amount of temperature change desired. It 
is the temperature change, and not the individual 
starting and final temperatures, that matters when 
considering heat. The equation that relates these 
quantities is: 


q = mCpAT 


where q is the quantity of heat (in joules), m is the mass 
of the object (usually in grams), Cp is the heat capacity 
(usually in joules/gram degree) and AT is the change in 
temperature (in degrees Celsius). 


The amount of heat required depends on the mass 
to be heated (1.e., it takes more heat energy to warm a 
large amount of water than a small amount); the iden- 
tity of the substance to be heated (water, for example, 
has a high heat capacity and heats up slowly, while 
metals have low heat capacities and heat up quickly); 
and the temperature change (it requires more energy 
to heat up an object by 60 degrees than by 20 degrees). 


Heat capacity and the law of conservation 
of energy 


Calculations using heat capacity can be used to 
determine the temperature change that will occur if 
two objects at different temperatures are placed in 
contact with each other. For example, if a 50 g piece 
of aluminum metal (Cp = 0.9 J/g C) at a temperature 
of 100°C is put in 50 g of water at 20°C, it is possible to 
calculate the final temperature of the aluminum and 
water. The aluminum will cool and the water will 
warm up until the two objects have reached the same 
temperature. The water will gain all of the heat lost by 
the aluminum as it cools. This is a result of law of 
conservation of energy, which states that energy can 
neither be created nor destroyed. The heat lost by the 
metal will be 


ost = (50 grams) x (0.9J/g°C) x (100-T) 
and the heat gained by the water will be 
gained = (50 grams) x (4.184J/g°C) x (T-20) 


These two equations are equivalent since heat 
lost equals heat gained; the final temperature of 
the mixture will be 27.8°C. This final temperature is 
much closer to the initial temperature of the water 
because water has a high heat capacity and aluminum 
a low one. 
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Significance of the high heat capacity of 
water 


Water has one of the highest heat capacities of all 
substances. It takes a great deal of heat energy to 
change the temperature of water compared to metals. 
The large amount of water on the Earth means that 
extreme temperature changes are rare on the Earth 
compared to other planets. Were it not for the high 
heat capacity of water, human bodies (which also 
contain a large amount of water) would be subject to 
a great deal of temperature variation. 


See also Thermodynamics. 
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Heat of combustion see Combustion 
Heat of fusion see States of matter 


| Heat index 


The heat index (HI) is a measure that uses air 
temperature and relative humidity to determine 
how warm an average person feels (an apparent 
temperature) as a consequence of moisture in the air, 
when compared to the actual temperature measured 
by a thermometer at the same time and location. 
Generally speaking, the higher the relative humidity, 
the warmer the temperature will seem to be to a per- 
son. The reason for this relationship is that the human 
body normally loses heat through the process of per- 
spiration (sweating). As the relative humidity rises, the 
rate at which perspiration occurs decreases, and the 
body loses heat less efficiently. Therefore, at high 
levels of relative humidity, the outside temperature 
appears to be higher than it actually is. The heat 
index is similar to the wind chill index, which measures 
the apparent temperature that is felt on exposed 
human skin due to air temperature and wind speed. 
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The heat index can be expressed as a graph with 
the true air temperature charted on the vertical axis 
and the relative humidity on the horizontal axis. On 
this graph, the apparent temperature perceived by a 
person is expressed as a sloping line that decreases 
from left to right (from 0 to 100% relative humidity). 
As an example, a true temperature of 100°F (38°C) is 
likely to be perceived by the human body as 90°F 
(32°C) at a relative humidity of 0%. But at 50% 
relative humidity, that same true temperature is per- 
ceived to be about 120°F (49°C), and at 100% relative 
humidity, well over 140°F (60°C). 


One use for the heat index is as an early warning 
system for possible heat problems. The U.S. National 
Weather Service has defined four categories on the 
heat index graph with increasingly serious health con- 
sequences. The lowest category (IV) covers the range 
of perceived temperatures from 81 to 90°F (27 to 
32°C). In this range, the average human can expect 
to experience some fatigue because of prolonged expo- 
sure and physical activity. In category I, covering 
temperatures greater than 130°F (54.4°C), heat stroke 
or sunstroke is regarded as imminent. 


l Heat transfer 


Heat transfer, in thermal physics, is the net pas- 
sage of energy as a result of temperature differences. 
This energy is transferred in the direction of decreasing 
temperature until thermal equilibrium (equality of 
temperatures) is achieved. When such a heat transfer 
occurs, from a hot to a cold body, it is based on the 
second law of thermodynamics. German mathemati- 
cal physicist Rudolf Clausius (1822-1888) stated this 
law as “Heat cannot of itself pass from a colder to a 
hotter body” and, more technically as, “The entropy 
of an isolated system not at equilibrium will tend to 
increase over time, approaching a maximum value.” 


The basic mechanisms involved in this process 
include radiation (the transfer of energy in the form 
of electromagnetic waves) and conduction (the trans- 
fer of kinetic energy). Heat transfer in fluids can occur 
at a faster rate, because large masses of a fluid can 
be displaced and can mix with other fluid masses of 
different temperatures. This process is considered a 
distinct mechanism called convection. In many heat 
transfer processes, radiation and convection or 
conduction work together, although one is often 
dominant. 
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Radiation 


Every object emits electromagnetic radiation in a 
wave spectrum related to its own temperature. An 
object that is cooler than its surroundings will absorb 
more energy in the form of radiation than it emits. 
This radiation can pass through both free space and 
transparent media. Heat transfer by radiation helps 
sustain life on Earth—energy received from the sun is 
an example of this process. 


The electromagnetic radiation associated with heat 
transfer is sometimes referred to as blackbody radia- 
tion (where blackbody is an ideal emitter and absorber) 
or as thermal radiation. Thermal radiation is often 
associated with infrared radiation, although more ther- 
mal energy is received from the visible potion of the 
sun’s spectrum than from the infrared portion. 


Conduction and convection 


The molecules of a hotter material move faster and, 
therefore, have higher kinetic energy than the molecules 
of a cooler material. When molecules collide with slower 
neighboring molecules, kinetic energy is transferred 
from one molecule to another. The rate of heat transfer 
is high for metals (which, therefore, are said to have 
higher conductivity) and quite low for gases like air. 


The process of convection occurs when groups of 
molecules are displaced to the vicinity of slower or 
faster molecules and mix with them. Forced convection 
occurs when hotter or cooler parts of a fluid are moved 
by way of forces other than gravity, such as a pump. 
Natural or free convection occurs when fluids are 
heated from below (like a pot on a kitchen stove) or 
cooled from above (like a drink with ice cubes on top). 
Hotter portions of the fluid expand, become lighter, and 
move upwards, while cooler, heavier portions descend. 
Convection can be many times faster than conduction 
alone. Vertical and horizontal convection plays a major 
role in the distribution of heat on Earth through the 
movements of atmospheric and oceanic masses. 


See also Thermodynamics. 


Heat of vaporization see States of matter 


l Heath family (Ericaceae) 


The heath family, or Ericaceae, contains about 
100-125 genera of vascular plants comprising 3,000- 
3,500 species. These plants are widespread in North 
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Heath family (Ericaceae) 


A rhododendron. (JLM Visuals.) 


and South America, Eurasia, and Africa, but are rare 
in Australasia. Species of heaths are most diverse and 
ecologically prominent in temperate and subtropical 
regions. 


The most species-rich genus in the heath family are 
the rhododendrons (Rhododendron spp.), of which 
there are 850-1,200 species. The exact number is not 
known because species are still being discovered in 
remote habitats, and because the taxonomy of these 
plants is quite difficult and somewhat controversial 
among botanists. The “true” heaths (Erica spp.) are 
also diverse, containing 500-600 species. The blueber- 
ries and cranberries (Vaccinium spp.) include about 450 
species, a few of which are cultivated for their fruits. 


Plants in the heath family are woody shrubs, trees, 
or vines. Their leaves are simple, usually arranged in an 
alternate fashion along the stem, and often dark-green 
colored. The foliage of many species is sometimes 
referred to as “evergreen,” meaning it persists and 
remains functional in photosynthesis for several 
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growing seasons. Other species have seasonally decidu- 
ous foliage. The flowers are radially symmetric, and are 
perfect, containing both staminate and pistillate organs. 
The fused petals (most commonly five in number) of 
many species give their flowers an urn- or bell-shaped 
appearance. The flowers may occur singly, or as inflor- 
escences of numerous flowers arranged along the stem. 
The flowers of most species of heaths produce nectar 
and pleasant scents, and are pollinated by insects such 
as bees and flies. The fruits are most commonly a multi- 
seeded berry, a single-seeded drupe, or a capsule. 


Species of heaths typically grow in acidic, nutrient- 
impoverished soils. Habitats range from closed to open 
forests, shrub-dominated communities, bogs, and tund- 
ras. All species of heaths have a heavy reliance on 
mycorrhizal fungi to aid in the acquisition of mineral 
nutrients, especially phosphorus. 


Species in North America 


Species in the heath family are prominent in some 
types of habitats in North America, particularly in 
forests, shrubby places, bogs, and alpine and arctic 
tundras. The most important of the North American 
heaths are described below. 


The most diverse group is the blueberries and 
cranberries (Vaccinium spp.), the delicious fruits of 
which are often gathered and eaten fresh or used in 
baking and jams. Widespread species include the blue- 
berry (V. angustifolium), hairy blueberry (V. myrtil- 
loides), tall blueberry (V. corymbosum), farkelberry 
(Vaccinium arboreum), deerberry (V. stamineum), bog- 
bilberry (V. uliginosum), (V. macrocarpon), and small 
cranberry or lingonberry (V. oxycoccos). Huckleberries 
also produce edible, blueberry-like fruits, including the 
black huckleberry (Gaylussacia baccata), dangleberry 
(G. frondosa), and dwarf huckleberry (G. dumosa). 


Various species of rhododendrons occur in North 
America, especially in moist or wet forests, heathy 
shrublands, and bogs in the eastern part of the conti- 
nent. The white laurel or rose bay (Rhododendron max- 
imum) grows as tall as 32.8 ft (10 m), and has beautiful, 
large-sized, white or rose-colored flowers. The red laurel 
or rose bay (R. catawbiense) grows to 19.7 ft (6 m), and 
has beautiful, lilac or purple flowers. Shorter species 
include the pinksterflower (R. nudiflorum), mountain- 
azalea (R. roseum), swamp-azalea (R. viscosum), flame- 
azalea (R. calendulaceum), and rhodora (R. canadense). 
The California mountain laurel (R. californicum) is 
native to coastal forests of the western United States. 


Various species of the heath family are commonly 
known as “wintergreens,” because their foliage stays 
green through the winter, becoming photosynthetic 
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again in the following spring. The shinleafs or winter- 
greens include Pyrola americana and P. elliptica, and 
occur in forests. One-flowered wintergreen (Moneses 
uniflora) occurs in damp forests and bogs. The spotted 
wintergreen (Chimaphila maculata) and pipsissewa 
or prince’s pine (C. umbellata) occur in dry woods, 
especially on sandy soils. The common wintergreen 
(Gaultheria procumbens) is a common, creeping species 
of the ground vegetation of coniferous and mixed- 
wood forests of eastern North America, while shallon 
(G. shallon) is a shrub of Pacific forests. 


The May-flower or trailing arbutus (Epigaea 
repens) is a low-growing, attractive, fragrant wild- 
flower, and one of the first species to bloom in the 
springtime. The bear-berry (Arctostaphylos uva-ursi) is 
a low-growing, evergreen shrub, especially common in 
open, sandy woods. 


Labrador-tea (Ledum groenlandicum) is a shrub 
that grows in northern forests, tundras, and bogs of 
North America and Eurasia. Laurels are shrubs with 
attractive flowers, including the mountain-laurel 
(Kalmia latifolia) and sheep-laurel (K. angustifolia). 
The madrone or arbutus (Arbutus menziesii) is a beau- 
tifully red-barked tree of the Pacific coast. 


The Indian pipe (Monotropa uniflora) and pinesap 
(M. hypopithys) occur widely in rich woods in North 
America, and also in Eurasia. These species lack chlor- 
ophyll, and their tissues are a waxy, whitish yellow or 
sometimes pinkish in color, and the plants are incapa- 
ble of feeding themselves through photosynthesis. 
Instead, they are parasitic on their mycorrhizal fun- 
gus, which provides these plants with organic nutrients 
through the saprophytic food web, which derives its 
flow of fixed energy from the decay of organic litter 
and detritus. Other chlorophyll-lacking, parasitic spe- 
cies include pine-drops (Pterospora andromeda) and 
sweet pinesap (Monotropsis odorata). 


Several Eurasian species have been introduced as 
horticultural plants and have established wild, self- 
maintaining populations, although none of these has 
become extensively invasive in North America. These 
include the purple-flowered Scotch heather (Ca/luna 
vulgaris) and several species of true heath, including 
Erica tetralix. 


Economic importance 


Some species in the heath family are cultivated as 
ornamentals in horticulture. The most commonly grown 
genera are the madrone or arbutus (Arbutus spp., includ- 
ing A. menziesii of North America), heather (Calluna 
spp.), heath (Erica spp.), and rhododendron (Rhodo- 
dendron spp.). Cultivated rhododendrons include the 
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white laurel or rose bay (Rhododendron maximum) and 
red laurel (R. catawbiense), native to eastern North 
America, and California mountain laurel (R. californi- 
cum), as well as the Asian azalea (R. indicum) and garden 
azalea (R. sinense). 


The fruits of most species of blueberries and cran- 
berries (Vaccinium spp.) are important crops in some 
areas, as are huckleberries (especially Gaylussacia bac- 
cata of eastern North America). Any of these may be 
gathered from the wild, or they may be intensively 
cultivated in monocultures. 


Various species of blueberries are cultivated in 
agriculture, including the so-called lowbush blueber- 
ries (Vaccinium angustifolium, V. canadense, V. penn- 
sylvanicum, and V. vacillans), and the taller, high-bush 
blueberries (V. atrococcum and V. corymbosum). These 
are typically grown on acidic, nutrient-poor, sandy 
soils, and the fields are burned every several years in 
order to stimulate the sprouting of new twigs and 
branches, which then flower profusely. Blueberry fields 
may also be fertilized, but only at a relatively small rate. 
This is because agricultural weeds usually respond more 
vigorously to nutrient addition than do blueberries, 
so that excessive fertilization can cause problems. 
When they are ripe, the fruits are usually picked 
with a hand-held implement called a rake, which is 
a scoop-like device with numerous prongs on its 
underside, which can harvest the blueberries without 
collecting excessive quantities of leaves. 


Cranberries are also cultivated, usually on sandy, 
wet, acidic soils. The most commonly grown species is 
Vaccinium macrocarpon. During the autumn harvest, 
cranberry fields are often flooded, and when the ber- 
ries float to the surface, the fields provide a spectacu- 
larly red vista. Cranberries are also harvested using a 
rake-like device. 


The mountain cranberry or cowberry (Vaccinium 
vitis-idaea) is collected in the wild, and is used in 
Scandinavia to make jams and a distinctive wine and 
liquor. All other cranberries and blueberries may be 
used to make jams, pies, and other cooked foods. 


The common wintergreen or  checkerberry 
(Gaultheria procumbens) is a natural source of oil-of- 
wintergreen (or methyl salicylate), which can be distilled 
from the leaves of this plant, and also from the twigs and 
inner bark of some species of birches (especially Betula 
lenta of eastern North America). Oil-of-wintergreen 
is commonly used as a flavoring for gums, candies, 
and condiments. This substance is also sometimes 
applied by massage as an analgesic for sore muscles. 
Oil-of-wintergreen is apparently pleasantly sweet to 
drink, which is unfortunate, because this material is 
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Hedgehogs 


KEY TERMS 


Mycorrhiza—A “fungus root” or mycorrhiza (plu- 
ral: mycorrhizae) is a fungus living in a mutually 
beneficial symbiosis (or mutualism) with the roots 
of a vascular plant. 


Perfect—in the botanical sense, this refers to flow- 
ers that are bisexual, containing both male and 
female reproductive parts. 


highly toxic if ingested in large quantities, so that children 
have been killed by drinking this medicinal product. The 
smaller doses obtained from drinking a pleasant-tasting 
tea, made by boiling a small quantity of leaves, is said to 
relieve certain pains and discomforts of rheumatism. 


A relatively minor use of a member of the heath 
family is that of briar wood (Erica arborea) of Europe, 
the wood of which has been used to make pipes for 
smoking tobacco. 


See also Mycorrhiza. 
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Heather see Heath family (Ericaceae) 


Heavy water see Deuterium 


l Hedgehogs 


Hedgehogs are small, often spine-covered mem- 
bers of the insectivore family Erinaceidae. The spiny 
hedgehogs are 13 species in subfamily Erinaceidae. 
Most famed is the European hedgehog, Erinaceus euro- 
paeus, which is also a resident of New Zealand, where it 
was introduced. Not all members of the hedgehog 
family have tough spines. The moonrats, or gymnures, 
of Southeast Asia have coarse hair instead of spines. 


The common European hedgehog looks rather 
like a large pine cone with eyes. Its rounded body is 
covered from nose to tail with inch-long spines, up to 
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5,000 of them. The animal’s size is variable, from 5-12 
in (12-36 cm) long. While the spines of a hedgehog are 
often sharp, they are not nearly so dangerous as those 
of a porcupine. They lack the barbs on the end that can 
catch in an animal’s flesh, anchoring there. Instead, 
the spines just provide a tough covering that very few 
predators are willing to try to penetrate. Some animals 
have learned that hedgehogs have soft underbellies 
that can be attacked. In defense against this, hedge- 
hogs can curl up into a ball, protecting their softer, 
more vulnerable parts. If attacked, a hedgehog will 
fight quite noisily, screaming in fury. 


Both hedgehogs and moonrats are geared strictly 
for eating insects and other small invertebrates, espe- 
cially earthworms. Their narrow pointed snouts and 
their strong claws are useful for digging insects out 
of the ground. However, the Daurian hedgehog 
(Hemiechinus dauuricus) of the Gobi Desert has taken 
to eating small rodents. This species has longer ears than 
other hedgehogs. 


Some species live in deserts, where they normally 
breed only once a year. Inhabitants of moister areas, 
such as the European hedgehog, normally breed twice a 
year. Except when mating, hedgehogs are solitary ani- 
mals. The female produces usually three or four young 
after a gestation period of about four or five weeks. 
When they are born, the blind babies’ spines are white 
and soft. They harden as they grow during their first three 
weeks. By that time, they can see and they are beginning 
to explore beyond the burrow with the mother. 


Hedgehogs, like all insectivores, are very active 
animals that require a lot of food to survive. When 
confronted by food scarcity or cold weather, many 
hedgehogs will enter a period of dormancy, or even 
genuine hibernation in order to conserve energy. They 
retreat into a protected section of the burrow in which 
they normally live. During a mild winter, however, they 
may not sleep at all. Residents of tropical areas do not 
hibernate. And even European hedgehogs, when trans- 
planted to warmer countries, do not hibernate. 


Hedgehogs are active at night, eating earthworms, 
various insects, and even snakes. This makes them 
popular in gardens, where they often eat insect pests. 
Perhaps one of the reasons they are called hedgehogs is 
that these animals snuffle and snort, pig-like, as they 
go after their food. During the day in warm weather, 
they rest ina small temporary nest of leaves at the base 
of the hedges they frequent. During colder weather, 
they burrow into the ground. 


European hedgehogs burrow under hedges all 
over Europe, even in busy cities, and they have long 
been chosen as pets. However, the animals are so 
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infested by fleas that only tiny babies raised in captiv- 
ity can become flea-free pets. 


Hedgehogs perform a curious activity that has 
been described as self-anointing. They find a fluid 
substance, such as sap, and then lick on it enough to 
develop saliva. Then, moving from one side to the 
other, they lick the surface of their spines. It has been 
suggested that somehow the use of any irritating sub- 
stance to self-anoint might keep predators at bay. 


If hedgehogs could shed their spines, they would 
look like the other members of the family: gymnures, 
also called moonrats and thought of as spineless 
hedgehogs. There are seven species of these small, 
little-known animals of Asia. 


The Philippine gymnure, or wood shrew 
(Podogymnura truei), of the Philippine island of 
Mindanao lives at high altitudes. Up to 9 in (22 cm) 
long (head to tail tip), this gray-brown animal is 
regarded as endangered because its forest habitat is 
being destroyed. The females of the much larger moon- 
rat of Malaysia (Echinosorex gymnurus) are larger than 
the males. This species is the largest insectivore in the 
hedgehog family, reaching up to 2 ft (66 cm) long from 
head to tip of the tail. It has coarse, shaggy fur that is 
black on the body and pale on the face and neck. The 
several species of lesser gymnures (Hylomys) are so 
small that they are easily mixed up with shrews, 
which live exactly the same kind of lifestyle. 
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fl Heisenberg uncertainty 
principle 


The Heisenberg uncertainty, principle first formu- 
lated by German physicist Werner Heisenberg 
(1901-1976), is basic to quantum theory. The principle 
asserts that it is physically impossible to measure both 
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the exact position and the exact momentum of a par- 
ticle (such as an electron) at the same time. The more 
precisely one quantity is measured, the less precisely 
the other is known. 


Heisenberg’s uncertainty principle, which also 
helps to explain the existence of virtual particles, is 
most commonly stated as follows: It is impossible to 
exactly and simultaneously measure both the momen- 
tum p (mass times velocity) and position x of a particle. 
In fact, it is not only impossible to measure simultane- 
ously the exact values of p and x; they do not have exact, 
simultaneous values. There is always an uncertainty in 
momentum (Ap) and an uncertainty in position (Ax), 
and these two uncertainties cannot be reduced to zero 
together. Their product is given by Ap x Ax > A /4n, 
where / is Planck’s constant (6.63 x 10° joulesé sec- 
ond). Thus, if Ap — 0, then Ax — oo, and vice versa. 


Heisenberg’s uncertainty principle is not equiva- 
lent to the statement that it is impossible to observe a 
system without perturbing it at least slightly; this is a 
true, but is not uniquely true in quantum mechanics (it 
is also true in Newtonian mechanics) and is not the 
source of Heisenberg’s uncertainty principle. 


Heisenberg’s uncertainty principle applies even to 
particles that are not interacting with other systems, 
that is are not being “observed.” 


One consequence of Heisenberg’s uncertainty 
principle is that the energy and duration of a particle 
are also characterized by complementary uncertain- 
ties. There is always, at every point in space and time, 
even in a perfect vacuum, an uncertainty in energy AF 
and an uncertainty in duration At, and these two 
complementary uncertainties, like Ap and Ax, cannot 
be reduced to zero simultaneously. Their product is 
given by AE x At>h /4n. 


Electrons and other subatomic particles exist in a 
dual particle and wave state and so one can only speak 
of their positions in terms of probability as to location 
when their velocity (energy state) is known. In fact, 
these properties apply not only to subatomic particles 
but to all objects; however, their effects on objects 
larger than atomic size are too small to measure. 
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l Heliocentric theory 


The heliocentric theory argues that the sun is the 
central body of the solar system and perhaps of the 
universe. Everything else (planets and their satellites, 
asteroids, comets, etc.) revolves around it. 


The first evidence of the theory is found in the 
writings of ancient Greek philosopher-scientists. By 
the sixth century BC they had deduced that Earth is 
round (nearly spherical) from observations that dur- 
ing lunar eclipses Earth’s shadow on the moon is 
always a circle of about the same radius wherever the 
moon is on the sky. Only a round body can always cast 
such a shadow. 


Despite this discovery, the prevailing theory at 
that time was that of a geocentric (Earth-centered) 
universe, in which all celestial bodies were believed 
torevolve around Earth. This was seen as more plau- 
sible than the heliocentric theory because to a casual 
observer, all celestial bodies seem to move around a 
motionless Earth at the center of the universe. 


Over 200 years later Aristarchus of Samos 
(310-230 BC) attempted to measure the sun’s distance 
from Earth in Earth-moon distance units by measur- 
ing lunar intervals. Observing the new moon to the 
first quarter and the first quarter to full moon, then 
using geometry and several assumptions, Aristarchus 
used the time-interval differences to calculate the sun’s 
distance from Earth. The smaller the difference 
between the intervals, the more distant the sun. From 
this value he determined the sun’s distance and the 
relative sizes of Earth, the moon (about 1/4 that of 
Earth), and the sun. Aristarchus concluded that the 
sun was several times larger than Earth, and thought it 
reasonable that the smaller Earth revolved around the 
larger sun. 


Because the stars are all located on an enormous 
celestial sphere (the entire sky) centered on the sun, 
Earth’s yearly motion around the sun is reflected in the 
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stars. Those most likely to show the effect of this 
yearly motion are those in Gemini, especially its 
brightest stars: Castor and Pollux, which are about 
4.56° apart and close to the ecliptic, the sun’s yearly 
path among the stars. In heliocentric theory, the eclip- 
tic is the projection of Earth’s orbit onto the sky. If one 
views the heliocentric model from the north ecliptic 
pole in Figure | we see the sun, Earth (E) in several 
positions in its orbit, Castor (C), and Pollux (P) on the 
celestial sphere. If Castor and Pollux are fixed on the 
celestial sphere, then the distance CP between them is a 
fixed length. 


Because they are fixed objects, the distance CP in 
this case appears largest when closest, and smallest 
when most distant. This effect was not detected with 
even the best astronomical instruments during the 
time of the ancient Greeks. 


Copernican revival of the heliocentric 
theory 


Nicholas Copernicus (1472-1543) revived the heli- 
ocentric theory in the sixteenth century, after hun- 
dreds of years of building on Claudius Ptolemy’s 
(c. AD 90-168) geocentric cosmological model (“prov- 
ing” Earth is at the center of the universe). In his book, 
De revolutionibus orbium coelestium (On the revolu- 
tions of the celestial spheres), he placed the sun at the 
center of the universe with the planets revolving 
around it in epicycles (a circle around which a planet 
moves) and deferents (the imaginary circle around 
Earth in whose periphery the epicycle moves). He 
argued that the planets in order from the sun are 
Mercury, Venus, Earth (with the Moon orbiting it), 
Mars, Jupiter, and Saturn. The celestial sphere with 
the stars is far beyond Saturn’s orbit. The apparent 
daily westward rotation of the celestial sphere, the sun, 
moon, and of the planets is the result of Earth’s daily 
eastward rotation around its axis. 


If one assumes that the orbital velocities decrease 
with increasing distance from the sun, then the appa- 
rent retrograde (backward) motion of the planets on 
the zodiac could be explained by Earth overtaking 
Mars, Jupiter, and Saturn near opposition (when 
they are 180° from the sun on the zodiac), and by it 
being overtaken by the faster-moving Mercury and 
Venus when they pass between the sun and Earth 
(inferior conjunction). Copernicus’s heliocentric 
model achieved a simpler cosmology than did the 
modified (although not more accurate) Ptolemaic geo- 
centric model that existed in the sixteenth century. 


The major advantage of Copernicus’s system was 
the aesthetic appearance of a system of concentric 
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Figure 1. Illustration of how the PEC angle “opens up” as Earth approaches Castor (C) and Pollux (P) as it moves from position 
E, in its orbit around the sun in September to E, in January, then PEC “closes up” as Earth moves from Ez to its position E3 in 
early June. The distance PC between Castor and Pollux is assumed to be fixed on the celestial sphere. (//lustration by Hans & 


Cassidy. Courtesy of Gale Group.) 


orbits with ever-widening separations and, ironically, 
the return to some of the ancient Greek fundamentals, 
including purely circular motions. Copernicus’s helio- 
centric model, however, did not accurately represent 
the observed planetary motions over many centuries. 
His model had many critics and was generally not 
accepted. An interesting variant of a geocentric 
model was developed at the end of the sixteenth cen- 
tury by the Danish astronomer Tycho Brahe (1546- 
1601), who placed Earth at the center of the solar 
system, except for Mercury and Venus, which revolved 
around the sun, which in turn revolved with them 
around Earth. 


The triumph of the heliocentric theory 


Johannes Kepler’s (1571-1630) work enabled the 
heliocentric solar system model to match and predict 
planetary positions on the zodiac for many centuries. 
After trying many geometric curves and solids in 
Copernicus’s heliocentric model to match earlier 


GALE ENCYCLOPEDIA OF SCIENCE 4 


observations of planetary positions, Kepler found 
that the model would match the observed planetary 
positions if the Sun is placed at one focus of elliptical 
planetary obits. This is Kepler’s first of three laws of 
planetary motion, which allow accurate matches and 
predictions of planetary positions. 


Almost simultaneously, Galileo Galilei (1564- 
1642) built a small refracting telescope and began 
astronomical observations in 1609. Several of his obser- 
vations lent support to Kepler’s heliocentric theory: 


1. Galileo discovered the four satellites of Jupiter 
(lo, Europa, Ganymede, and Callisto in order of 
increasing distance from Jupiter) in 1610. Their orbits 
showed that both Jupiter and Earth were centers of 
orbital motion for celestial bodies—refuting geocen- 
tric theory, which assumed that celestial bodies 
revolve only around Earth. 


2. Galileo observed the disks (visible surfaces 
of celestial objects) of at least several planets. His 
observations of Venus’s disk were especially important 
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Figure 2. Diagram showing the phases of the disk of Venus in the Ptolemaic geocentric model of the solar system. Notice that 
only the new moon (dark disk) or bright crescent phases are possible. (I//ustration by Hans & Cassidy. Courtesy of Gale Group.) 


for determining whether the geocentric or heliocentric 
model was correct. Ptolemy’s geocentric model pre- 
dicts that Venus’s disk will show only the new moon 
(dark) and crescent phases as it orbits Earth on its 
epicycle(s) and deferent (see Figure 2). Kepler’s modi- 
fied Copernican heliocentric model predicted that 
Venus’s disk will show all the phases of the moon 
(including the half-moon, gibbous, and full moon 
phases; see Figure 3) as Venus and Earth both orbit 
the sun. galileo observed the second possibility for 
Venus’s disk, which supported the heliocentric theory. 
The enormous variations in the angular size of Mars 
could not be explained by a circular orbit about Earth, 
but were easily understood if Mars orbits the Sun 
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instead, thus varying its distance from Earth by a 
factor of five from the closest approach to the most 
distant retreat. 


On the basis of these observations, Galileo began 
to teach the modified Copernican heliocentric model 
of the solar system as the correct one. He even used 
Kepler’s laws to calculate parameters for the orbits of 
Jupiter’s moons. However, direct proof that Earth 
moves around the sun was still lacking. Furthermore, 
the Church considered Galileo’s heliocentric theory 
heretical. It placed Copernicus’s book on its Index 
librorum prohibitorum (Index of forbidden books) 
and tried Galileo before the Inquisition. Galileo was 
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Figure 3. Diagram of the phases of Venus’s disk as it gains on Earth in their orbits around the sun in the heliocentric model of the 
solar system. Notice that, in theory, Venus’s disk should show all the phases of the moon. This is what Galileo observed with his 


telescope. (I/iustration by Hans & Cassidy. Courtesy of Gale Group.) 


forced to recant the heliocentric theory and was placed 
under house arrest for the last eight years of his life. 
(The Catholic Church finally removed Copernicus’s 
book from the Index in 1835.) 


The next major development was the generalization 
of Kepler’s laws in 1687 by Isaac Newton (1642-1727), 
who showed that the sun and planets all revolve around 
the solar system’s center of mass. Telescopic observa- 
tions of solar system objects gave indications of their 
size, and, when used in the generalized Kepler’s laws, 
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soon showed that the sun is much larger and more 
massive than even Jupiter (the largest and most massive 
planet). Thus the center of the solar system, around 
which Earth revolves, is always in or near the sun. 


Another demonstration of Earth’s orbital motion 
is the aberration of starlight. Astronomical observa- 
tions and celestial mechanics indicate that Earth should 
have a 16-19 mi/sec (25-30 km/sec) orbital velocity 
around the solar system’s center which continuously 
changes its direction due to the sun’s gravitational 
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effect. James Bradley’s (1693-1762) attempt to deter- 
mine the parallaxes of stars starting in 1725 using a 
telescope rigidly fixed in a chimney soon found that the 
apparent positions of the stars shifted along elliptical 
paths. These ellipses were 90° out of phase with the 
parallax ellipse for a nearby star on a distant back- 
ground that is expected to be produced by Earth’s 
motion around the sun. Moreover the ellipses’ semi- 
major axes were always 20.5”, with no variation from 
the stars’ different distances. These same size ellipses 
were soon understood to be the yearly paths of the 
aberrations of the apparent positions of the stars 
caused by the addition of Earth’s constantly changing 
orbital velocity to the vacuum velocity of the light 
arriving from the stars (whose true positions are at 
the centers of the aberrational ellipses). These ellipses 
show that Earth does indeed have the expected orbital 
velocity around the solar system’s center of mass. 


Final proof of the heliocentric theory for the solar 
system came in 1838, when F.W. Bessel (1784-1846) 
determined the first firm trigonometric parallax for the 
two stars of 61 Cygni (Gliese 820). Their parallax (differ- 
ence in apparent direction of an object as seen from two 
different points) ellipses were consistent with orbital 
motion of Earth around the sun. While Bessel’s success- 
ful measurement of a parallax ellipse established the sun 
as the central body of the solar system, it was not certain 
that the sun was at or near the center of the universe. 


The heliocentric theory and the universe 


Astronomers seem to have been of differing opin- 
ions on this aspect of the heliocentric theory. Thomas 
Wright (1711-86) and William Herschel (1738-1822) 
thought that the sun was at or near the center of the 
Milky Way, which most astronomers believed to com- 
prise most or all of the universe. Herschel arrived at this 
conclusion by making star counts in different directions 
(parts of the sky) but he did not allow for the absorption 
of starlight by interstellar dust. J.H. Lambert (1728-77) 
concluded that the sun was somewhat away from its 
center on the basis of the Milky Way’s geometry. As 
long as there seemed to be evidence that the sun was at 
or near the Milky Way’s center and the Milky Way 
comprised most of the universe, a case could be made 
that the sun was at or near the center of the universe. 


Immanuel Kant (1724-1804) suggested that some of 
the nebulae seen in deep space were other Milky Ways, 
or “island universes,” as he termed them. If his specula- 
tion proved correct, this would almost certainly mean 
that the sun is nowhere near the center of the universe. 


Astrometry (measurement and position of celestial 
objects) also showed that the sun and other stars move 
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KEY TERMS 


Celestial sphere—The entire sky on which are sit- 
uated the Sun, Moon, planets, stars, and all other 
celestial bodies for a geocentric observer. 


Constellation—A region of the celestial sphere 
(sky). There are 88 officially recognized constella- 
tions over the entire celestial sphere. 


Parallax (parallactic shift)—The apparent shift of 
position of a relatively nearby object on a distant 
background as the observer changes position. 


Semimajor axis—The longest radii of an ellipse. 


Zodiac—The zone 9° on each side of the ecliptic 
where a geocentric observer always finds the Sun, 
Moon, and all the planets except Pluto. 


relative to each other. The sun is not at rest relative to 
the average motions of the nearby stars, but is moving 
relative to them at about 12 mi/sec (20 km/sec) towards 
the constellations Lyra and Hercules, indicating that 
the sun is only one of perhaps billions of ordinary stars 
moving through the Milky Way. 


Harlow Shapley (1887-1972) postulated the first 
fairly correct idea about the sun’s location in the Milky 
Way. He found that the system of the Milky Way’s 
globular star clusters is arranged in a halo around the 
Milky Way’s disk (within which the sun is located). These 
clusters are concentrated towards its nucleus and center, 
which are beyond the stars of the constellation 
Sagittarius. He found about 100 globular clusters in the 
hemisphere of the celestial sphere centered on the direc- 
tion to the center of the Milky Way in Sagittarius, while 
there were only about a dozen globular clusters in the 
opposite hemisphere centered in the constellation Auriga. 
Shapley reported this research in 1918 and estimated that 
the sun is about 2/3 from the Milky Way’s center to the 
edge of its disk—which is very far from its center. 


Edwin Hubble (1889-1953) confirmed Kant’s 
hypothesis that the spiral and elliptical nebulae are 
other galaxies similar to the Milky Way in 1924. He 
also discovered that all the distant galaxies have spectra 
whose spectral lines are Doppler shifted towards the red 
end of their visible spectra, indicating that all distant 
galaxies are moving away from the Milky Way and its 
neighboring galaxies. Furthermore, the more distant 
such a galaxy seems to be, the faster it seems to be 
receding. This indicates that our universe seems to be 
expanding. One result of this discovery has been to make 
the concept of a “center” questionable, perhaps mean- 
ingless, in a universe with three spatial dimensions. 
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Present estimates indicate that the sun is between 
25,000 to 30,000 light years from the Milky Way’s 
center. The sun revolves around this center with an 
orbital velocity of about 155 mi/sec (250 km/sec). One 
revolution around the Milky Way’s center takes about 
200,000,000 years. The sun is only one star among 
100,000,000,000 or more other ordinary stars that 
revolve around the Milky Way’s center. 


Heliocentric theory is valid for our solar system, but 
its relevance extends only a few light-years from the sun 
to the vicinity of the three stars of the Alpha Centauri 
system (Gliese 551, Gliese 559A, and Gliese 559B). 


See also Astronomy; Doppler effect. 
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Helium see Rare gases 


! Hematology 


Hematology is the study of blood and its basic 
biological components, including red blood cells 
(erythrocytes), white blood cells (leukocytes), and 
blood platelets (erythrocytes). Hematologists study 
and help treat a variety of hematological malfunctions 
and diseases, one of the primary being the various 
anemias. Anemias, like sickle cell anemia, result in a 
loss of erythrocytes, which reduces the blood’s ability 
to transport oxygen to tissues. 


The vital importance of blood to life has been 
known since at least 400 BC However, there were 
many early misconceptions concerning blood’s func- 
tions and activities. It was once thought that distur- 
bances in blood “humors” caused diseases. As a result, 
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bloodletting was thought to eliminate contaminated 
fluids from the body and became a primary, though 
misguided, therapy for almost every disease. It was not 
until the seventeenth century that the microscope was 
invented and the science of hematology moved into 
the modern era. With this technology, the cellular 
components of blood were first discovered. In 1852, 
Karl Vierordt quantitatively analyzed blood cells, 
which led to correlations between blood cells counts 
and various diseases. 


Blood helps the body to function in many ways. It 
is the main connection between different body tissues, 
transferring substances produced by one organ for use 
by other tissues. As a result, blood is a primary com- 
ponent in proper organ functioning. For example, it 
transports oxygen from the lungs and releases it in 
various tissues, providing the essential nourishment 
for tissue survival and growth. 


One of the primary areas of study within hematol- 
ogy is hematopoiesis, or the formation and development 
of blood cells. Blood is formed by various hematopoietic 
tissues or organs depending on the stage of life. In 
humans, the embryo yolk sack begins producing blood 
usually within 20 days after fertilization. In the third 
month of embryonic life, the liver takes over with help 
from the spleen, kidney, thymus, and lymph nodes. 
Although lymph nodes continue to play a role in 
blood formation throughout life, bone marrow becomes 
the primary source of blood production in the embryo at 
about six months and continues this role after birth. 


In contrast to the early theory of blood’s relation- 
ship to disease, hematologists came to understand that 
changes in specific blood components are the result, 
not the cause, of disease. Anemias, for example, are 
the result of other body organ or tissue malfunctions. 
In addition to studying and treating various types of 
anemias, hematologists are concerned with a variety of 
other blood disorders, like leukemias (cancerous 
malignancies that occur in the blood and lymph 
nodes) and blood clotting, which can lead to an embo- 
lism (obstruction of a blood vessel). 


See also Anemia; Circulatory system. 


fl Hemoglobin 


Hemoglobin is a protein formed of two subunits 
(alpha and beta) that are found in red blood cells. The 
protein functions to pick up oxygen and distribute it 
throughout the body. 
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Hemoglobin 


Both the alpha and beta subunits need to be 
present for the acquisition of oxygen, as does an iron 
molecule. Indeed, it is the presence of the iron that 
gives red blood cells the distinctive color that inspired 
their name. 


The presence of iron enables hemoglobin to alter- 
natively bind oxygen and carbon dioxide. As blood is 
pumped through the myriad of tiny channels that per- 
meate the lung, oxygen can diffuse across the mem- 
brane of the channel to the red blood cell-containing 
fluid within the channels. There, the binding of oxygen 
to the iron-containing hemoglobin occurs. The oxy- 
genated red blood cells pass out of the lungs and 
circulate throughout the body, transporting the oxy- 
gen along with them to cells. 


Once oxygen has been released from hemoglobin, 
the vacated binding site is able to bind carbon dioxide 
and other waste products of cellular metabolism. This 
process is vital to maintain a body in a proper equili- 
brium. If otherwise allowed to accumulate, these 
products would reach toxic concentrations. The 
hemoglobin bound carbon dioxide is transported 
back to the lungs, where it is released from the red 
blood cells and expired. Completing the cycle, the 
once-aging vacant iron site can bind another molecule 
of oxygen. 


The alpha and beta subunits of hemoglobin are 
encoded by separate genes. Normally, an individual 
has four alpha-encoding genes and two beta-encoding 
genes. Despite the different number of genes, protein 
production is coordinated so that precisely equal 
amounts of the subunits are made during red blood 
cell manufacture. The subunits are incorporated into 
the developing blood cells, where they remain 
throughout the days-to-weeks lifespan of the cells. 


In the majority of people, both hemoglobin itself 
and the genes encoding the subunits are invariant. 
This aspect would seemingly rule out the routine use 
of hemoglobin as a tool to identify someone in a 
forensic investigation. However, in people with sickle 
cell disease (in which the abnormally-shaped red blood 
cell cannot easily pass through all blood vessels, pro- 
ducing an oxygen shortage) and thalassemia (a group 
of related maladies, in which hemoglobin production 
is low) the mutated hemoglobin gene that is the root of 
the malady can be detected in now-routine molecular 
biological test procedures such as gene sequencing 
(where the order of the bases that make up a gene is 
determined). 


As a component of blood, hemoglobin can be an 
important facet of a forensic investigation, especially 
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to help detect the illegal practice known as “blood 
doping” in sports, and in helping to identify if a 
blood sample was from someone with a blood abnor- 
mality such as sickle cell disease. 


In addition to the well-known hemoglobin disor- 
ders that underlie sickle cell anemia and thalassemia, 
there are several hundred other forms of abnormal 
hemoglobin. These forms, which usually do not 
cause harm to a person, can be detected using speci- 
alized molecular examination techniques, and so can 
be useful forensically. 


In the case of a blood stain at a crime or accident 
scene, determination of the amount of hemoglobin can 
be useful in indicating the approximate age of a person 
as well as their sex. Hemoglobin content can be deter- 
mined in a less sophisticated fashion than hemoglobin 
disorders. Blood cells are broken apart in automated 
blood analyzers to free the hemoglobin. Upon expo- 
sure to a cyanide-containing compound, free hemo- 
globin binds the cyanide. The resulting compound 
(cyanmethemoglobin) specifically absorbs light at a 
wavelength of 540 nanometers, permitting the amount 
of hemoglobin to be determined. Normal ranges for 
hemoglobin (expressed as grams per deciliter; a deci- 
liter being 100 milliliters) are 17—22 for newborns, 11—13 
for children, 14-18 for adult males and 12-16 for 
adult females, as a few examples. While not by itself 
definitive, hemoglobin content determinations of a 
blood sample can be another useful piece of forensic 
evidence. 


When hemoglobin levels in blood or the red blood 
cells are low, as in the aforementioned cases of sickle 
cell anemia and thalassemia, an individual is described 
as being anemic. Anemia can also arise from loss of 
blood in a traumatic injury or internal blood loss, a 
nutritional deficiency, or compromised bone marrow. 
Thus, hemoglobin analysis can provide clues concern- 
ing the health of a victim or suspect. 


Higher than normal levels of hemoglobin can be 
encountered in people who routinely live or work at 
high altitude, due to the increased production of red 
blood cells to maximize the blood’s oxygen carrying 
capacity. Athletes who have artificially increased this 
capacity through blood doping by infusing their own 
previously collected red blood cells, or injecting the 
drug erythropoetin, which triggers the body to 
increase its red blood cell supply, can be found out in 
this way. 


See also Blood; Hemophilia. 


Brian Hoyle 
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l Hemophilia 


Hemophilia is an inheritable disorder of the mech- 
anism of blood clotting. Depending on the degree of 
the disorder present in an individual, excess bleeding 
may occur only after specific, predictable events (such 
as surgery, dental procedures, or trauma), or may 
occur spontaneously, with no initiating event. 


Suffering an occasional cut, scratch, or bruise is a 
normal consequence of life. When there is damage to 
the skin and a blood vessel ruptures, bleeding occurs. 
The human body is then able to initiate a series of 
reactions that cause the bleeding to stop. First, platelet 
cells in the blood move toward and attach to the site of 
the wound. The platelets are further held in place by 
strands of fibrin. The formation of the strands is the 
key event in a complex series of enzymatic reactions 
that are still somewhat of a mystery today. Without 
this cascade clotting process, people would be in dan- 
ger of bleeding to death from very minor injuries. 


However, the scenario described above could be 
fatal for a person afflicted with hemophilia. The term 
hemophiliac, coined by German physician Johann 
SchGnlein (1793-1864) in 1828, is made up of Greek 
and Latin terms that refer to one who loves to hemor- 
rhage or bleed. First described by the Islamic surgeon 
Abu al-Qasim in the tenth century, this genetic disease 
has existed for several hundred years and has directly 
influenced history. Queen Victoria (1819-1901) had 
several hemophilic sons that died before they had the 
opportunity to become King of England. As early as 
the nineteenth century, scientists suspected that hemo- 
philia may be passed from parents to offspring, or 
inherited. They also noticed that generally only males 
showed the uncontrolled bleeding that is a major 
symptom of the disease. 


Normal blood clotting 


The normal mechanism for blood clotting is a 
complex series of events involving the interaction of 
the injured blood vessel, blood cells called platelets, 
and over 20 different proteins that also circulate in the 
blood. 


When a blood vessel is injured in a way to cause 
bleeding, platelets collect over the injured area, and 
form a temporary plug to prevent further bleeding. 
This temporary plug, however, is too disorganized to 
serve as a long-term solution, so a series of chemical 
events result in the formation of a more reliable plug. 
The final plug involves tightly woven fibers of a mate- 
rial called fibrin. The production of fibrin requires the 
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interaction of a variety of chemicals, in particular a 
series of proteins which are called clotting factors. At 
least 13 different clotting factors have been identified. 


The clotting cascade, as it is usually called, is the 
series of events required to form the final fibrin clot. 
The cascade uses a technique called amplification to 
rapidly produce the proper sized fibrin clot from the 
small number of molecules initially activated by the 
injury. 


The defect in hemophilia 


In hemophilia, certain clotting factors are either 
decreased in quantity, absent, or improperly formed. 
Because the clotting cascade uses amplification to rap- 
idly plug up a bleeding area, absence or inactivity of 
just one clotting factor can greatly increase bleeding 
time. 


Hemophilia A is the most common type of bleed- 
ing disorder, and involves decreased activity of factor 
VIII. Three levels of factor VIII deficiency exist, 
and are classified based on the percentage of normal 
factor VIII activity present. Half of all people with 
hemophilia A have severe hemophilia. This means 
that their factor VIII activity level is less than 1% of 
the normal level. Such individuals frequently experi- 
ence spontaneous bleeding, most frequently into their 
joints, skin, and muscles. Surgery or trauma can result 
in life-threatening hemorrhage, and must be carefully 
managed. Individuals with 1 to 5% of normal factor 
VIII activity level have moderate hemophilia, and are 
at risk for heavy bleeding after seemingly minor trau- 
matic injury. Individuals with 5 to 40% of normal 
factor VIII activity level have mild hemophilia, and 
must prepare carefully for any surgery or dental 
procedures. 


Individuals with hemophilia B have very similar 
symptoms, but the deficient factor is factor IX. 
Hemophilia C is very rare, and much more mild than 
hemophilias A or B; it involves factor XI. 


How hemophilia is inherited 


Hemophilia A and B are both caused by a genetic 
defect present on the X chromosome (hemophilia C is 
inherited in a different fashion). About 70% of all 
individuals with hemophilia A or B inherited the dis- 
ease. The other 30% have hemophilia because of a 
spontaneous genetic mutation. 


In order to understand the inheritance of these 
diseases, a brief review of some basic human genetics 
is helpful. All humans have two chromosomes that 
determine their gender: females have XX, males have 
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XY. When a trait is carried only on the X chromo- 
some, it is called sex-linked. 


Because both factors VIII and IX are produced by 
direction of the X chromosome, hemophilia A and B 
are both sex-linked diseases. Because a female child 
always receives two X chromosomes, she nearly 
always will receive at least one normal X chromosome. 
Therefore, she will be capable of producing a sufficient 
quantity of factors VII and IX to avoid the symptoms 
of hemophilia. If, however, she has a son who receives 
her flawed X chromosome, he (not having any other X 
chromosome) will be unable to produce the correct 
quantity of factors VII or IX, and he will suffer 
some degree of hemophilia. 


In the rare event of a hemophiliac father and a 
carrier mother, the right combination of parental 
chromosomes will result in a hemophiliac female 
child. This situation, however, is extraordinarily rare. 
The vast majority of individuals with either hemo- 
philia A or B, then, are male. 


As mentioned earlier, about 30% of all individu- 
als with hemophilia A or B are the first members of 
their families to ever present with the disease. These 
individuals had the unfortunate occurrence of a spon- 
taneous genetic mutation, meaning that early in devel- 
opment, some random genetic accident befell their X 
chromosome, resulting in the defect causing hemo- 
philia A or B. 


Symptoms of hemophilia 


In the case of severe hemophilia, the first bleeding 
event usually occurs prior to 18 months of age. In fact, 
toddlers are at particular risk, because they fall so 
frequently. 


Some of the most problematic and frequent bleeds 
occur into the joints, particularly into the knees and 
elbows. Repeated bleeding into joints can result in 
permanent deformities. Mouth injuries can result in 
compression of the airway, and therefore can be life- 
threatening. A blow to the head, which might be 
totally insignificant in a normal individual, can result 
in bleeding into the skull and brain. Because the skull 
has no room for expansion, the hemophiliac individ- 
ual is at risk for brain damage due to blood taking up 
space and exerting pressure on the delicate brain 
tissue. 


Diagnosis 


Various tests are available to measure, under very 
carefully controlled conditions, the length of time it 
takes to produce certain components of the final fibrin 
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KEY TERMS 


Amplification—A process by which something is 
made larger. In clotting, very few chemical 
released by the initial injury, result in a cascade 
that produces increasingly larger quantities of dif- 
ferent chemicals, resulting in an appropriately- 
sized, strong fibrin clot. 


Fibrin—The final substance created through the 
clotting cascade, which provides a strong, reliable 
plug to prevent further bleeding from the initial 
injury. 

Hemorrhage—Very severe, massive bleeding that 
is difficult to control. 


clot. Tests can also determine the percentage of factors 
VIII and IX present compared to known normal per- 
centages. Families with a positive history of hemo- 
philia can have tests done during a pregnancy to 
determine whether the fetus is hemophiliac. 


Treatment 


Various types of factors VII and IX are available 
to replace a patient’s missing factors. These are admin- 
istered intravenously (directly into the patient’s veins 
by needle). These factor preparations may be obtained 
from a single donor, by pooling the donations of as 
many as thousands of donors, or by laboratory crea- 
tion through highly advanced genetic techniques. 


The frequency of treatment with factors depends 
on the severity of the individual patient’s disease. 
Patients with relatively mild disease will only require 
treatment in the event of injury, or to prepare for 
scheduled surgical or dental procedures. Patients 
with more severe disease will require regular treatment 
to avoid spontaneous bleeding. 


While appropriate treatment of hemophilia can 
both decrease suffering and be life-saving, complica- 
tions of treatment can also be quite serious. About 
20% of all patients with hemophilia A begin to pro- 
duce chemicals within their bodies that rapidly destroy 
infused factor VIII. The presence of such a chemical 
may greatly hamper efforts to prevent or stop a major 
hemorrhage. 


Individuals who receive factor prepared from pooled 
donor blood are at risk for serious infections that may be 
passed through blood. Hepatitis, a severe and potentially 
fatal viral liver infection, is frequently contracted from 
pooled factor preparations. Most frighteningly, pooled 
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factor preparations in the early 1980s were almost all 
contaminated with human immunodeficiency virus 
(HIV), the virus that causes acquired immunodeficiency 
syndrome (AIDS). Currently, careful methods of donor 
testing, as well as methods of inactivating viruses present 
in donated blood, have greatly lowered this risk, but not 
before huge numbers of hemophiliacs were infected with 
HIV. In fact, some statistics show that, even today, the 
leading cause of death among hemophiliacs is AIDS. 
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! Hemorrhagic fevers and 


diseases 


Hemorrhagic diseases are caused by infection with 
certain viruses or bacteria. Viruses cause virtually all 
the hemorrhagic diseases of microbiological origin 
that arise with any frequency. The various viral dis- 
eases are also known as viral hemorrhagic fevers. 
Bacterial hemorrhagic disease does occur, but rarely. 
One example of a bacterial hemorrhagic disease is 
scrub typhus. 


Bleeding is the hallmark of a hemorrhagic disease. 
The onset of a hemorrhagic fever or disease can pro- 
duce mild symptoms that clear up quickly. However, 
most hemorrhagic diseases are infamous because of 
the speed that some infections take hold, and the 
ferocity of their symptoms. Many hemorrhagic mal- 
adies, such as Ebola, have high mortality rates. 


Viral types and characteristics 


Four main groups of viruses exist that cause hemor- 
rhagic disease or fever: arenaviruses, filoviruses, bunya- 
viruses, and flaviviruses. Arenaviruses cause Argentine 
hemorrhagic fever, Bolivian hemorrhagic fever, Sabia- 
associated hemorrhagic fever, Lymphocytic choriome- 
ningitis, Venezuelan hemorrhagic fever, and Lassa 
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fever. Members of the filovirus group cause Ebola hem- 
orrhagic fever and Marburg hemorrhagic fever. 
Bunyaviruses cause Crimean-Congo hemorrhagic fever, 
Rift Valley fever, and Hantavirus pulmonary syndrome. 
Lastly, Flaviviruses cause tick-borne encephalitis, yellow 
fever, Dengue hemorrhagic fever, Kyasanur Forest dis- 
ease, and Omsk hemorrhagic fever. 


These viruses differ in structure and in the severity 
of the symptoms they can cause. They all, however, 
share common features. All hemorrhagic viruses con- 
tain ribonucleic acid (RNA) as their genetic material. 
The RNA is protected and confined in a membrane 
called the viral envelope. The envelope is typically 
made of lipid. Another feature of hemorrhagic viruses, 
and indeed of all viruses, is the requirement for a host 
in which to live and produce new viral particles. 
Hemorrhagic viruses can live in some non-human 
mammals, such as primates, and in insects. The pri- 
mates and insects are described as being natural reser- 
voirs of the particular virus. Humans are not a natural 
reservoir. Epidemiologists (disease trackers) suspect 
that initial infections of humans occurs only acciden- 
tally when humans and the primate or insect come into 
close contact. 


In contrast to the reservoir host, the presence of 
the hemorrhagic virus in humans typically produces a 
serious illness. The symptoms can rapidly progress 
from mild to life-threatening (1.e., in only hours). 
While catastrophic for the victims and difficult for 
health personnel to treat, the rapid nature of the out- 
breaks has an advantage. Because victims succumb 
quickly, the transmission of the virus from human to 
human is limited. An outbreak can appear in a local 
population and run its course through susceptible vic- 
tims within a relatively short time, days or a few weeks. 


The viruses that cause the various hemorrhagic 
fevers and diseases do not survive in the host following 
the disease (the Human Immunodeficiency Virus, in 
contrast, is able remain latent in the host and survive 
for prolonged periods of time before symptoms of 
infection appear). However, people who are recover- 
ing from infections caused by Hantavirus and 
Argentine hemorrhagic fever can excrete infectious 
viruses in their urine. 


The sporadic appearance of hemorrhagic out- 
breaks and the fact that they often occur in geograph- 
ically isolated regions (e.g., interior of Africa) has 
made the study of the diseases difficult. It is known 
that there is not any timetable to the appearance of a 
hemorrhagic fever, such as in one season of the year 
relative to another season. The only factor that is 
known clearly is that the viruses are passed from the 
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natural host to humans. For many hemorrhagic 
fevers, how this transfer occurs and why it occurs 
sporadically are not known. 


In some cases, the viruses do not damage their 
primate or insect hosts as they do a human who acquires 
the microorganisms. The reasons for this difference are 
unknown. Researchers are attempting to discover the 
basis of the natural resistance, as this would help in 
finding an effective treatment for human hemorrhagic 
diseases. 


The speed at which hemorrhagic fevers appear 
and end in human populations, combined with their 
frequent occurrence in relatively isolated areas of the 
globe has made detailed study difficult. Even though 
some of the diseases, such as Argentine hemorrhagic 
fever, have been known for almost 50 years, knowl- 
edge of the molecular basis of the disease is lacking. 
For example, while it is apparent that some hemor- 
rhagic viruses can be transmitted through the air as 
aerosols, the pathway of infection once the microor- 
ganism has been inhaled is still largely unknown. 


Hemorrhagic diseases are zoonotic diseases; ones 
that occur by the transfer of the disease causing agent 
from a non-human to a human. For some of the hem- 
orrhagic viruses, the reservoir host is known. They 
include the cotton rat, deer mouse, house mouse, 
arthropod ticks, and mosquitoes. However, for viruses 
such as the Ebola and Marburg viruses, the natural 
host still is not known. Outbreaks with these two 
viruses have involved transfer of the virus to human 
via primates. Whether the primate is the natural reser- 
voir host, or whether primates acquire the virus as the 
result of contact with the true natural reservoir host, is 
yet another aspect of hemorrhagic diseases that is not 
clear. 


As mentioned, hemorrhagic fevers can rapidly 
spread through a human population. This is due to 
human-to-human transmission. This transmission 
occurs easily, often via body fluids that accidentally 
contact a person who is caring for the afflicted person. 
Funeral practices of handling and washing the bodies 
of the deceased have contributed to human-to-human 
transmission of Ebola during outbreaks in Sub- 
Saharan Africa. 


Hemorrhagic diseases typically begin with a fever, a 
feeling of tiredness, and a generalized aching of muscles. 
In rare instances, symptoms may not progress any fur- 
ther, in which case recovery is rapid. For unknown 
reasons, however, more serious damage often occurs. 
Here, symptoms include bleeding from the mouth, eyes, 
and ears. Internal bleeding also occurs, as organs are 
attacked and destroyed by the infection. Death is 
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typically the result of the overwhelming damage to the 
organs, and from the failure of the nervous system. 
Often, victims have seizures and lapse into a coma 
prior to death. 


Hemorrhagic diseases are difficult to treat. One 
reason is because of the rapid progression of the dis- 
ease. Another reason is because vaccines exist for only 
a few of the diseases (i.e., yellow fever and Argentine 
hemorrhagic fever). For the remaining diseases, sup- 
portive care such as keeping the infected person 
hydrated is often the only course of action. 


To prevent outbreaks, the most effective policy is 
to curb human interaction with the natural reservoir 
of the microbe. For example, in the case of hantavirus 
pulmonary syndrome, scientists discovered in the 
1990s that the responsible virus was resident in rodent 
populations, and that these populations exploded in 
numbers after rainy periods. Thus, limiting contact 
with places where the rodents live (i.e., barns), partic- 
ularly after a rainy period, is a wise practice. Insect 
vectors are controlled by a spraying and common 
sense steps, such as use of insect repellent, proper 
clothing, insect netting over sleeping areas. 


Hemorrhagic fevers are significant, not only 
because of the human suffering they cause, but 
because some of the viral agents could be exploited 
as bioweapons. For these reasons, a great deal of 
research effort is devoted towards understanding the 
origins and behaviors of the viruses. 


Ebola and other hemorrhagic diseases 


The Ebola virus is named after a river located in 
the Democratic Republic of the Congo, where the 
virus was discovered in 1976. This outbreak occurred 
in the western part of the African nation of Sudan 
and in nearby Zaire. In 1979, another outbreak 
occurred in Zaire. In 1995, an outbreak that involved 
316 people occurred in Kikwit, Zaire. Outbreaks have 
also occurred in the African regions of Gabon and the 
Ivory Coast. 


There are four species of Ebola virus. These differ 
in their arrangement of their genetic material and in 
the severity of the infection they cause. Ebola-Zaire, 
Ebola-Sudan, and Ebola-Ivory Coast cause disease in 
humans. The fourth species, Ebola-Reston, causes dis- 
ease in primates. 


Ebola-Reston inspired public awareness of hem- 
orrhagic diseases. This virus is named for the United 
States military primate research facility where the 
virus was isolated during a 1989 outbreak of the dis- 
ease in research primates. At that time, there was fear 


GALE ENCYCLOPEDIA OF SCIENCE 4 


that Ebola-Reston could spread to neighboring 
Washington, DC. Study of the cause of this outbreak 
determined that these particular Ebola viruses could 
remain infectious after becoming dispersed in the air. 
Four researchers at the facility tested positive for 
Ebola-Reston antibodies, but showed no signs of ill- 
ness. Later it was determined that Ebola-Reston, 
unlike other forms of Ebola, does not cause disease 
in humans. 


Other hemorrhagic viruses can be spread by air. 
These include the Marburg, Lassa, Congo-Crimean, 
and hanta viruses. In 2005, one of the largest out- 
breaks of hemorrhagic fever ever recorded occurred 
in the Uige province of Angola, where more than 300 
people died of Marburg hemorrhagic fever, including 
mostly children, 14 nurses, and two physicians. 


The Junin virus causes the hemorrhagic fever 
known as Argentine hemorrhagic fever. The virus was 
discovered in 1955, during a disease outbreak among 
corn harvesters in Argentina. It was later determined 
that the virus was spread to the workers by contact 
when rodent feces that had dried in the cornfields. The 
same route of transmission is used by the Machupo 
virus, which causes Bolivian hemorrhagic fever. 


Congo-Crimean hemorrhagic fever is transmitted 
to people by ticks. The tick is likely not the natural 
reservoir host of the virus, but acquires the virus when 
it feeds on the natural reservoir host. This identity of 
the host is not known. This hemorrhagic fever occurs 
in the Crimea and in regions of Africa, Asia, and 
Europe. 


Another hemorrhagic fever called Rift Valley fever 
occurs mainly in Africa. Like Ebola, it cause explosive 
outbreaks of disease. 


Hantavirus disease was first described around the 
time of World War II (1939-1945), in Manchuria. 
United Nations troops stationed in Korea during the 
Korean War (1950-1953) in the 1950s were sickened 
with the disease. A lung infection caused by the virus, 
which can rapidly progress to death, became promi- 
nent because of an outbreak in the southwestern 
region of the United States in the mid-1990s. Like 
some of the other hemorrhagic fevers, hantavirus pul- 
monary syndrome is caused by inhalation of dried 
rodent feces. 


Many of the above hemorrhagic fevers were dis- 
covered only in the past 50 to 75 years. Other hemor- 
rhagic fevers have a longer history. For example, the 
causative agent for yellow fever was discovered in the 
first decade of the twentieth century, when a disease 
outbreak occurred among workers who were con- 
structing the Panama Canal. 
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KEY TERMS 


Hemorrhagic—Involving life-threatening bleeding. 


Reservoir host—The animal or organism in which 
the virus or parasite normally resides. 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


Zoonoses—The transmission of disease to humans 
from an animal. 


The diagnosis of hemorrhagic fevers often 
requires knowledge of the recent travel of the patient. 
This helps to clarify what natural hosts the patient 
may have come in contact with. 


Vaccine and treatment 


As of 2006, only licensed vaccines for yellow fever 
and Argentine hemorrhagic fever were available. A 
vaccine is currently being tested for dengue fever, 
which should in turn, reduce the occurrence of dengue 
hemorrhagic fever. Dengue hemorrhagic fever is con- 
tracted by repeated infection with differing dengue 
viruses. The yellow fever vaccine consists of live virus 
particles that have been modified so as not to be capa- 
ble of growth or of causing an infection. The virus is 
capable of stimulating the immune system to produce 
antiviral antibodies. The vaccine must be taken by 
those who are traveling to areas of the world where 
yellow fever is actively present (areas of Africa and 
South America). The vaccine may have some potential 
in protecting people from the virus that causes Bolivian 
hemorrhagic fever. 


Vaccines to Rift Valley fever are under develop- 
ment. But these are still undergoing testing and so are 
not publicly available. Vaccines have not been devel- 
oped to the other hemorrhagic fevers. An antiviral 
drug called ribavirin shows potential against Lassa 
fever. 


At the present time, the best methods for prevent- 
ing the spread of infection for hemorrhagic fevers are 
minimizing contact with the source of infection, iso- 
lation of the infected person, and care when handling 
the patient. For example, health care workers should 
be dressed in protective clothing, including gloves and 
protective facemasks. Also, any material or equipment 
that comes into contact with the patient should be 
sterilized to kill any virus that may have adhered to 
the items. 
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The devastating infection caused by the hemorrha- 
gic viruses is remarkable given the very small amount of 
genetic material that the viruses contain. For example, 
Ebola viruses can produce fewer than 12 proteins. 
Exactly how the viruses are able to evade the host 
immune responses, and establish infections is unknown, 
but two cellular enzymes Ebola virus must have to 
reproduce were found in 2005. The virus may comman- 
deer the host’s genetic material to produce proteins that 
it is unable to produce. Or, hemorrhagic viruses may be 
exquisitely designed infection machines, containing 
only the resources needed to evade the host and estab- 
lish an infection. Sequencing of the genetic material of 
Ebola-Sudan, Ebola-Zaire, and Ebola-Reston is com- 
plete, and clues in the genomes of these hemorrhagic 
viruses could help distinguish between these two 
possibilities. 


See also Immunology; Zoonoses. 
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I Hemp 


Hemp, or Cannabis sativa, is a tall, annual plant 
that thrives in temperate and subtropical climates. It is 
native to central and western Asia, and is one of the 
oldest cultivated plants. The word “hemp” is derived 
from the old English word “henep,” and refers to both 
the plant and the long fibers that are processed from its 
stems. The most common use of hemp has been as a 
source of fiber for manufacturing rope, canvas, other 
textiles, and paper. Hemp is also the source of mar- 
ijuana, a psychoactive drug banned in most countries. 
It contains more than 400 biochemicals, and has been 
used for medicinal purposes for at least 3,000 years. 
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Even today, it is useful as a treatment for cancer and 
AIDS patients, because its stimulatory effect on the 
appetite can help victims of these diseases to avoid 
weight loss. 


Hemp is a dioecious plant, meaning there are 
separate male and female plants. It is an annual herba- 
ceous plant that can grow as tall as 10-20 feet (3-6 m). 
Hemp can be cultivated in a wide range of climates 
that have adequate amounts of sun and moisture dur- 
ing the summer. Hemp has a relatively short growing 
season, and, in the Northern Hemisphere, is planted in 
May and harvested in September. As hemp grows it 
improves soil quality somewhat, and reduces the 
abundance of weeds by casting a dense shade over 
the ground surface. 


Hemp has been grown for at least 5,000 years to 
obtain its stem fibers for weaving cordage and textiles. 
Its fibers can be used to make rope, canvas, and other 
materials. Its seeds can be pressed for oil, which is used 
in paint, heating and lubricating oils, animal feed, and 
pharmaceutical products. The plant also produces a 
sap rich in silica, which can be used for making 
abrasives. 


For centuries, hemp was the largest cash crop in the 
world. As recently as 1941, farmers in the United States 
were encouraged by the federal government to grow 
hemp, because of the need for its fibers to make rope, 
parachutes, backpacks, hoses, and other necessities dur- 
ing World War IT (1939-1945). 


The cultivation of hemp has been outlawed in the 
United States and many other countries because its 
flowering buds, and to a lesser degree its foliage, are 
the source of the drug marijuana. The buds produce a 
yellow resin that contains various cannabinoid chem- 
icals. Of these, delta-9-tetrahydrocannabinol, or 
THC, has the most psychoactive activity. THC com- 
bines with receptor sites in the human brain to cause 
drowsiness, increased appetite, giddiness, hallucina- 
tions, and other psychoactive effects. Although the 
causative mechanisms are not fully understood, cur- 
rent research indicates that THC ingestion results in 
THC binding to receptor sites associated with meas- 
urable memory loss. Other studies correlate THC 
binding to receptors in the cerebellum and correlated 
decreases in motor coordination and/or the ability to 
maintain balance. 


Plant breeders have now produced varieties of 
hemp with concentrations of THC that are too low 
for the plants to be used as a medicine or recreational 
drug. In Canada and many other countries, permits 
are being granted to allow farmers to grow low-THC 
hemp as a source of valuable fiber. Although United 
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States federal law prohibits hemp growth, as of 2002 
eight states had passed state legislation authorizing 
industrial hemp research. 


In 2002 a United States federal appeals court 
blocked a Drug Enforcement Administration (DEA) 
rule that attempted to ban food and personal products 
made from hemp. Prior to the ruling the DEA—telying 
on the Controlled Substances Act—banned food prod- 
ucts containing tetrahydrocannabinol (THC). After the 
DEA was denied a reahearing by the court in 2004, the 
agency declined to take the case to the Supreme Court, 
handing a victory to the hemp industry. 


See also Natural fibers. 
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| Henna 


Henna, species Lawsonia intermis of the family 
Lythracea, is a perennial shrub that grows wild in 
northern Africa and southern Asia. The name henna, 
which comes from the Arabic word al kenna, refers to 
both the plant and the dye that comes from the leaves. 
The henna plant has narrow grayish-green leaves and 
small sweet-smelling clustered flowers that are white, 
yellow, or rose in color. 


One of the oldest-known hair dyes, henna is still 
used worldwide. The leaves are dried, pulverized, 
mixed with hot water, and then made into a paste 
that is applied to the hair, and later rinsed out, leaving 
a reddish tint. Women in Muslim countries use henna 
to color their nails, hands, feet, and cheeks. In India, 
some brides use henna to stain a beautifully intricate 
design on their hands. The Berbers of North Africa 
believe henna represents blood and fire, and that it 
links humankind to nature. Henna is used in Berber 
marriage ceremonies because it is thought that henna 
has special seductive powers and that it symbolizes 
youth. Henna dye is used to stain leather and horses’ 
hooves and manes. Some mummies have been found 
wrapped in henna-dyed cloth. 
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The active dye ingredient in henna is hennotannic 
acid, or lawsone. Henna powder is available commer- 
cially; the quality depends on where the plant was 
grown and what part of the plant was used to make 
the dye. Sometimes henna is mixed with other plant 
dyes, such as indigo or coffee, to obtain other hues. 
The henna plant also produces an aromatic oil used as 
perfume. Henna is now grown commercially in 
Morocco, China, and Australia. 


See also Dyes and pigments. 


[ Hepatitis 


Hepatitis is inflammation of the liver, a poten- 
tially life-threatening disease most frequently caused 
by viral infections but which may also result from liver 
damage caused by toxic substances such as alcohol 
and certain drugs. 


Hepatitis viruses identified to date occur in five 
types: hepatitis A (HAV), hepatitis B (HBV), hepatitis 
C (HCV), hepatitis D (HDV), and hepatitis E (HEV). All 
types are potentially serious and, because clinical symp- 
toms are similar, positive identification of the infecting 
strain is possible only through serologic testing (analyz- 
ing the clear, fluid portion of the blood). Symptoms may 
include a generalized feeling of listlessness and fatigue, 
perhaps including mental depression, nausea, vomiting, 
lack of appetite, dark urine and pale feces, jaundice 
(yellowing of the skin), pain in the upper right portion 
of the abdomen (where the liver is located), and enlarge- 
ment of both the liver and the spleen. Severe cases of 
some types of hepatitis can lead to scarring and fibrosis 
of the liver (cirrhosis), and even to cancer of the liver. 
Epidemics of liver disease were recorded as long ago as 
Hippocrates’ time and, despite major advances in diag- 
nosis, treatment, and prevention methods over the past 
two decades, viral hepatitis remains one of the most 
serious global health problems facing humans today. 


Hepatitis A virus 


The incidence and spread of HAV is directly 
related to poor personal and social hygiene and is a 
serious problem not only in developing countries where 
sanitation and water purification standards are poor, 
but also in developed, industrialized nations—including 
the United States, where it accounts for 30% of all 
incidences of clinical hepatitis. Except in 1% to 4% of 
cases where sudden liver failure may result in death, 
chronic liver disease and serious liver damage very 
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rarely develop, and “chronic carrier state,” in which 
infected people with no visible symptoms harbor the 
virus and transfer the disease to non-infected individuals, 
never occurs. Also, reinfection seldom develops in recov- 
ered HAV patients because the body eventually develops 
antibodies, cells that provide a natural immunity to the 
specific virus attacking the host. Although HAV is self- 
limiting (after time, ends as a result of its own progress), 
there is no specific treatment once it is contracted. 


Symptoms and transmission 


Apart from the symptoms described above, HAV 
commonly produces a medium-grade fever, diarrhea, 
headaches, and muscle pain. The primary route of 
HAV transmission is fecal-oral through ingestion of 
water contaminated with raw sewage, raw or under- 
cooked shell-fish grown in contaminated water, food 
contaminated by infected food handlers, and close phys- 
ical contact with an infected person. Heterosexual and 
homosexual activities with multiple partners, travel 
from countries with low incidences to countries with 
high rates of infected population, and, less frequently, 
blood transfusions and illicit intravenous drug use also 
spread infection. 


During the infectious stage, large numbers of viruses 
are eliminated with the stool. Although HAV infection 
occurs in all age groups, high rates of disease transmis- 
sion occur in day-care centers and nursery schools where 
children are not yet toilet trained or able to wash their 
hands thoroughly after defecating. The disease may then 
be transmitted to day-care workers and carried home to 
parents and siblings. In areas of the world where living 
quarters are extremely crowded and many people live in 
unhygienic conditions, large outbreaks of HAV threaten 
people of all ages. Because during the viruses’ incubation 
period—from 14 to 49 days—no symptoms are observ- 
able, and because symptoms seldom develop in young 
children, particularly those under the age of two, the 
disease is often unknowingly but readily transmitted 
before infected people can be isolated. 


Prevention and control 


A vaccine against HAV is available. It appears to 
provide good protection, if the first immunization has 
been received at least four weeks prior to exposure. 
Two immunizations about six months apart are rec- 
ommended. High-risk groups who should receive 
HAV vaccine include childcare workers, military per- 
sonnel, Alaskan natives, frequent travelers to HAV 
endemic areas, laboratory technicians where HAV is 
handled, and people who work with primates. The 
immunization lasts for at least 20 years. 
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If someone who is unimmunized is exposed to HAV, 
or if a traveler cannot wait four weeks prior to departure 
for an HAV endemic area, then immune globulin may be 
utilized to avoid infection. Immune globulin is a natu- 
rally occurring substance harvested from the plasma in 
human blood, then injected into an individual exposed to 
the HAV. Immune globulin prevents disease develop- 
ment in 80% to 90% of cases in clinical trials. It also 
seems to be effective in reducing the number of cases 
normally expected after outbreaks in schools and other 
institutions. As yet, the most effective control mecha- 
nisms are public education regarding the importance of 
improved personal hygiene, which in many instances is as 
simple as washing hands thoroughly after using the toilet 
and before handing food, and concerted worldwide 
efforts to purify water supplies (including rivers and 
oceans) and improve sanitation methods. 


Hepatitis B virus 


Acute HBV is the greatest cause of viral hepatitis 
throughout the world. World Health Organization fig- 
ures released in 2003 indicate that as many as 2 billion 
people worldwide have been infected with the HBV 
and 400 million people are chronic carriers of the dis- 
ease. Ten to thirty million people each year become 
infected with HBV, and about one million people die 
from HBV complications, such as resultant liver cancer 
or cirrhosis. HBV-related liver cancer deaths are second 
only to tobacco-related deaths worldwide. Infected 
children who survive into adulthood may suffer for 
years from the damage caused to the liver. In the 
United States alone, as many as 100,000 people become 
infected with HBV every year and resultant medical 
costs amount to more than $1 million per day. 


If serology (blood) tests detect the presence of 
HBV six months or more from time of initial diagno- 
sis, the virus is then termed “chronic.” Chronic persis- 
tent hepatitis may develop following a severe episode 
of acute HBV. Within a year or two, however, this type 
usually runs its course and the patient recovers with- 
out serious liver damage. Chronic active hepatitis also 
may follow a severe attack of acute HBV infection, or 
it may simply develop almost unnoticed. Unlike per- 
sistent hepatitis, the chronic active type usually con- 
tinues until fatal liver damage occurs. In limited long- 
term studies of patients with chronic active hepatitis, 
more than half developed cirrhosis of the liver within 
two to five years. Fortunately, this type of hepatitis is 
seldom seen in children. Newer treatments have 
offered hope for those with chronic HBV; five drugs 
have received approval to treat adults and two were 
approved for children, all since 1990. 
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Symptoms and transmission 


Symptoms are similar to those manifested by HAV 
and may include weight loss, muscle aches, headaches, 
flulike symptoms, mild temperature elevation, and con- 
stipation or diarrhea. By the time jaundice appears, 
which is often quite noticeable and prolonged in older 
women, the patient may feel somewhat better overall 
but the urine becomes dark, stools light or yellowish, 
the liver and possibly the spleen enlarged and painful, 
and fluid may accumulate around the abdominal area. 
Early in the disease’s course, however, symptoms may 
be very slight or even virtually nonexistent—particu- 
larly in children—facilitating infection of others before 
isolation is implemented. 


The incubation period for HBV varies widely— 
anywhere from four weeks to six months. Primary 
routes of transmission are blood or blood product 
transfusion; body fluids such as semen, blood, and 
saliva (including a bite by an infected human), organ 
and/or tissue transplants; contaminated needles and 
syringes in hospitals or clinical settings; contaminated 
needles or syringes in illegal intravenous drug use; and 
“vertical” transmission—from mother to baby during 
pregnancy, birth, or after birth through breast milk. 
Even though they may not develop symptoms of the 
disease during childhood, and will remain healthy, 
almost all infected newborns become “chronic carriers,” 
capable of spreading the disease. Many of these 
infected yet apparently healthy children—particularly 
the males—will develop cirrhosis and liver cancer in 
adulthood. Where the incidence of the disease is rela- 
tively low, the primary mode of transmission appears to 
be sexual and strongly related to multiple sex partners, 
particularly in homosexual men. In locations where 
disease prevalence is high, the most common form of 
transmission is from mother to infant. 


Prevention and control 


Controlling HBV infection is a challenging task. In 
spite of the development of safe and effective vaccines 
capable of preventing HBV in uninfected individuals, 
and regardless of programs designed to vaccinate adults 
in high-risk categories such as male homosexuals, pros- 
titutes, intravenous drug users, health-care workers, and 
families of people known to be carriers, the disease still 
remains relatively unchecked, particularly in developing 
countries. 


Although effective vaccines have been available 
since the mid-1980s, the cost of mass immunization 
world-wide, and particularly in developing countries, 
was initially prohibitive, while immunizing high-risk 
adult populations did little to halt the spread of infec- 
tion. Authorities now believe the most effective disease 
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control method will be immunization of all babies 
within the first few weeks following birth. Concerted 
efforts of researchers and health authorities world- 
wide, including the formation of an International 
Task Force for Hepatitis B Immunization are inves- 
tigating various avenues for providing cost-effective, 
mass vaccination programs. These include incorporat- 
ing HBV vaccination into the existing Expanded 
Program of Immunization controlled by the World 
Health Organization. Methods of cost containment, 
storing the vaccine, and distribution to midwives 
in remote villages (60% of the world’s births occur at 
home), have been designed and are continually being 
refined to ultimately attain the goal of universal infant 
immunization. This will not only drastically decrease the 
number of babies infected through vertical transmission 
(which constitutes 40% of all HBV transmission in Asia), 
preventing them from becoming adult carriers, it pro- 
vides immunity throughout adulthood. 


Finding an effective treatment for those infected 
with HBV presents a major challenge to research- 
ers—a challenge equal to that posed by any other 
disease which still remains unconquered. And HBV 
may present yet another challenge: mutated forms of 
the virus seem to be developing resistance to the 
current vaccines, thus finding a way to survive, repli- 
cate, and continue its devastating course. Necessary 
measures in disease control include: education pro- 
grams aimed at health care workers to prevent acci- 
dental HBV transfer—from an infected patient to an 
uninfected patient, or to themselves; strict controls 
over testing of blood, blood products, organs, and 
tissue prior to transfusion or transplantation; and the 
“passive” immunization with immunoglobulin con- 
taining HBV antibodies as soon as possible after 
exposure to the active virus. 


Hepatitis C virus 


HCV exists in more than 200 million carriers 
worldwide. In the United States, there are about 
four million people who have been infected with 
HCV, and over three million of these people remain 
chronically infected. 


Not until 1990 were tests available to identify 
HCV. Research since then has determined that HCV 
is distributed globally and, like HBV, is implicated in 
both acute and chronic hepatitis, as well as liver cancer 
and cirrhosis. Eighty-five percent of all transfusion- 
related hepatitis is caused by HCV, and mother-baby 
and sexual transmission are also thought to spread the 
disease. Symptoms are similar but usually less severe 
than HBV; however, it results in higher rates of 
chronic infection and liver disease. 
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Hepatitis 


Prevention and control 


Control and prevention of HCV is a serious prob- 
lem. First, infected people may show no overt symptoms 
and the likelihood that infection will become chronic 
means that many unsuspecting carriers will transmit 
the disease. Second, HCV infection does not appear to 
stimulate the development of antibodies, which not only 
means infected people often become reinfected, it creates 
a major challenge in the development of an effective 
vaccine. Third, HCV exists in the same general high- 
risk populations, as does HBV. Combined, these factors 
make reducing the spread of infection extremely diffi- 
cult. On a positive note, the development of accurate 
blood screening for HCV has almost completely elimi- 
nated transfusion-related spread of hepatitis in devel- 
oped countries. Immunoglobulin injections do not 
protect people who have been exposed to HCV; the 
search is on for an adequate immunization, although 
this effort is hampered by characteristics of HCV, which 
include rapid mutation of the virus. 


Hepatitis D virus 


Because it is a “defective” virus requiring “coin- 
fection” with HBV in order to live and reproduce, 
HDV alone poses no threat in the spread of viral 
hepatitis. It also poses no threat to people vaccinated 
against HBV. However, when this extremely infec- 
tious and potent virus is contracted by unsuspecting 
carriers of HBV, rapidly developing chronic and even 
fatal hepatitis often follows. The coexistent require- 
ments of HDV as yet remain unclear. Research into 
development of an effective vaccine is ongoing, and 
genetic cloning may aid in this effort. 


Hepatitis E virus 


Undiscovered until 1980, HEV is transmitted in a 
similar fashion to HAV. HEV is most prevalent in India, 
Asia, Africa, and Central America. Contaminated water 
supplies, conditions that predispose to poor hygiene (as 
in developing countries), and travel to developing coun- 
tries all contribute to the spread of HEV. Symptoms 
are similar to other hepatitis viruses and, like HAY, it 
is usually self-limiting, does not develop into the 
chronic stage, and seldom causes fatal liver damage. It 
does seem, however, that a higher percentage of preg- 
nant women (from 10% to 20%) die from HEV than 
from HAV. 


Prevention and control 
Research into the virus was slow because of the 


limited amounts that could be isolated and collected 
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Carrier—An individual who has a particular bac- 
teria present within his/her body, and can pass this 
bacteria on to others, but who displays no symp- 
toms of infection. 


Coinfection—Infecting together requiring at least 
one other infectious organism for infection. 


Self-limiting—Runs its course, ends or dies out as a 
result of its own progress. 


from both naturally infected humans and experimen- 
tally infected primates. Recently, successful genetic 
cloning (duplication of genes) is greatly enhancing 
research efforts. Surprisingly, research found that 
antibodies exist in between 1% and 5% of people 
who have never been infected with hepatitis. Until 
an effective vaccine is developed, sanitation remains 
the most important factor in preventing the spread 
of HEV. 


Hepatitis G virus 


Little is currently known about a relatively 
recently discovered hepatitis virus, G (the virus that 
was first identified in the 1990s as Hepatitis F was not 
confirmed, and was thus purged from the list of 
Hepatitis viruses). HGV appears to be passed through 
contaminated blood, as is HCV. In fact, many infec- 
tions with HVG occur in people already infected with 
HBV, HCV, or HIV. HGV, however, does not seem to 
change the disease course in people infected with both 
HCV and HGV. In cases of isolated HGV infection, 
little liver injury is noted, and there does not appear to 
be a risk of chronic liver injury. 


See also Epstein-Barr virus; Tuberculosis; Vaccine. 
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il Herb 


An herb is an aromatic plant used for cooking, 
medicinal purposes, insect repellants, dye sources, and 
sometimes for their attractive qualities. Herbs are not 
necessarily plants that are taxonomically related to 
each other—what these plants share is a usefulness to 
humans, not an evolutionary lineage. 


In general, herbs are nonwoody plants grown 
from seed, and they can be annual, biennial, or per- 
ennial species. Plants that grow from bulbs, such as the 
species of crocus (Crocus sativus) from which is saffron 
derived, are not considered herbs. Nor are aromatic 
woody plants, such as the sweet bay (Laurus nobilis) or 
common pepper (Piper nigrum), which are spices. 


A wide variety of herbs that are commonly culti- 
vated. A few that are frequently used as foods are 
briefly described below. 


The parsley (Petroselinum hortense) is a biennial 
plant in the carrot family (Umbelliferae or Apiaceae). 
The original range of this species was the Mediterranean 
region, from Spain to Greece. This aromatic plant is 
commonly used to flavor cooked foods, and as an 
attractive garnish of other foods. A variety known as 
the turnip parsley (P. h. tuberosum) is cultivated for its 
thick aromatic root, which is used in soups and stews. 


Dill (Anethum graveolus) is another member of the 
carrot family, also native to the Mediterranean region. 
It is an annual plant, and is used to flavor a wide range 
of cooked dishes, as well as pickled cucumbers and 
other vegetables. 


Caraway (Carum carvi) is a biennial umbellifer. 
The seeds of caraway are mostly used to flavor cheeses 
and breads, and also a liqueur known as kummel. The 
seeds of anise or aniseed (Pimpinella anisum) are used 
to flavor foods, to manufacture candies, and a liqueur 
known as anisette. 


A number of herbs are derived from species in the 
mint family (Menthaceae). The common mint (Mentha 
arvensis), spearmint (M. spicata), and peppermint 
(M. piperita) are used to flavor candies, chewing gum, 
and toothpaste, and are sometimes prepared as condi- 
ments to serve with meats and other foods. Sweet mar- 
joram (Origanum majorana) is used to flavor some 
cooked meats and stews. Common sage (Salvia offici- 
nalis) is used to flavor cooked foods, and in toothpaste 
and mouthwash. 


Other herbs are derived from plants in the mus- 
tard family (Brassicaceae). The seeds of mustard 
(Brassica alba), garden cress (Lepidium sativum), and 
white mustard (Sinapis alba) are ground with vinegar 
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to produce spicy condiments known as table mustard. 
The root of horse radish (Cochlearia armoracea) is also 
ground with vinegar to produce a sharp-tasting condi- 
ment, often served with cooked meats. 


Although they may be nutritious in their own 
right, most herbs are too strong tasting to be eaten in 
large quantities. However, these plants provide a very 
useful service by enhancing the flavor of other foods. 
Many people are great fans of the use of herbs, and 
they may grow a diversity of these plants in their own 
herb gardens, to ensure a fresh supply of these flavor- 
ful and aromatic plants. 


Bill Freedman 


I Herbal medicine 


Modern medicine has provided many _break- 
through treatments for serious diseases. Some condi- 
tions, however, have eluded the healing grasp of 
contemporary western medicine, which emphasizes rig- 
orous scientific investigation of therapies. In addition, 
rising costs of some treatments have placed modern 
healthcare beyond the reach of many people. The 
drugs that routinely fill pharmacy shelves of post- 
industrialized nations remain inaccessible to the major- 
ity of the people in the world. Instead, populations in 
many areas of the globe use herbal medicine, also called 
botanical medicine or phytotherapy, as the principal 
means of healthcare. Herbal medicine is the use of 
natural plant substances to treat illness. In fact, the 
World Health Organization (WHO) of the United 
Nations estimates that as much as 80% of the world 
population relies on the use of various forms of tradi- 
tional (herbal) medicine for its primary healthcare. 


Based upon hundreds, even thousands, of years of 
experience, herbal medicine provides an alternative to 
modern medicine, making healthcare more available. 
In fact, the majority of the world’s population uses 
herb products as a primary source of medicine. While 
some regulating authorities fear the consequences of 
unrestricted herbal remedy use, herbal medicine offers 
a degree of hope to some patients whose disease states 
do not respond favorably to modern pharmaceuticals. 
More often, however, herbal remedies are used to treat 
the common ailments of daily living like indigestion, 
sleeplessness, or the common cold. 


A resurgence in interest in herbal medicine has 
occurred in the United States as medical experts have 
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Woman herbalist preparing Chinese herbal medication. 
(© 1995 Eric Nelson. Custom Medical Stock Photo, Inc.) 


begun to recognize the potential benefit of many 
herbal extracts. So popular has herbal medicine 
become that scientific clinical studies of the effective- 
ness and proper dosing of some herbal medicines are 
being investigated. 


Herbal medicine recognizes the medicinal value of 
plants and plant structures such as roots, stems, bark, 
leaves, and reproductive structures like seeds and 
flowers. To some, herbal medicine may seem to be on 
the fringes of medical practice. In reality, herbal med- 
icine has been in existence since prehistoric time and is 
far more prevalent in some countries than is modern 
healthcare. The use of herbs ground into powders, 
filtered into extracts, mixed into salves, and steeped 
into teas has provided the very foundation upon which 
modern medicine is derived. Indeed, herbal medicine is 
the history of modern medicine. 


Many modern drugs are compounds that are 
derived from plants whose pharmacological effects 
on humans had been observed long before their mech- 
anisms of action were known. A common example is 
aspirin. Aspirin, or acetylsalicylic acid, is a compound 
found in the bark of the willow tree belonging to the 
taxonomic genus Salix. Aspirin, now sold widely with- 
out prescription, is an effective analgesic, or pain 
reliever, and helps to control mild swelling and fever. 
While aspirin is synthetically produced today, willow 
bark containing aspirin was used as an herbal remedy 
long before chemical synthesis techniques were avail- 
able. Similarly, the modern cardiac drug digitalis is 
derived from the leaves of the purple foxglove plant, 
Digitalis purpurea. Foxglove was an herbal known to 
affect the heart long before it was used in modern 
scientific medicine. 


A prime example of the prevalence of herbal med- 
icine in other cultures is traditional Chinese medicine. 
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Herbal remedies are a central aspect of traditional 
Asian medical practices that have evolved from ancient 
societies. The philosophical and experimental back- 
ground of Chinese herbal medicine was established 
more than two thousand years ago. Large volumes of 
ancient Chinese medical knowledge, largely concerning 
herbs, have been preserved which chronicle wisdom 
gathered throughout periods of history. Some of the 
information is dated to about 200 BC. One Chinese 
legend tells of how Shen Nung, an ancient Chinese 
emperor, tested hundreds of herbs for medical or nutri- 
tional value. Many herbs from Chinese traditional 
medicine have documented pharmacological activity. 
Ma Huang, also called Chinese ephedra, is an example. 
This herb, Ephedra sinica has a potent chemical within 
its structures called ephedrine. Ephedrine is a powerful 
stimulant of the sympathetic nervous system, causing 
widespread physiological effects such as widening of 
breathing passages, constriction of blood vessels, 
increased heart rate, and elevated blood pressure. 
Ephedrine, whether from Ma Huang or modern med- 
ication preparations, mimics the effects of adrenaline 
on the body. Modern medicine has used ephedrine to 
treat asthma for years. Chinese traditional herbal med- 
icine has been using Ma Huang to treat disease for 
many hundreds of years. 


The term alternative medicine is often used to 
describe treatments for disease that do not conform 
to modern medical practices, including herbal medi- 
cine. Alternative medicine includes things such as api- 
therapy, the use of bee stings to treat neurological 
diseases. Some use apitherapy to treat multiple sclero- 
sis, which is a degenerative nerve disease that can 
cripple or blind its victims. In addition, alternative 
medicine includes scientifically unfounded therapies 
such as kinesiology (the healing properties of human 
touch), acupuncture, aromatherapy, meditation, mas- 
sage therapy, and homeopathy. 


Aromatherapy and homeopathy are closely related 
to herbal medicine because they both use botanical, or 
plant, extracts. Aromatherapy uses the strong odors 
from essential oils extracted from plants to induce heal- 
ing and a sense of well-being. Homeopathy is the art of 
healing the sick by using substances capable of causing 
the same symptoms of a disease when administered to 
healthy people. Many homeopathic remedies are herbal 
extracts. Homeopathic medicine has been practiced for 
over 200 years. German physician Samuel Hahnemann 
(1755-1843) began the practice of homeopathy using 
herbs in 1796. The philosophy behind this form of 
herbal medicine is to induce the body to heal itself. 
The use of herbals in homeopathic treatment follows 
the unscientific principle of “Let likes be cured by likes.” 
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KEY TERMS 


Aromatherapy—The use of odorous essential oils 
from herbs to heal and induce feelings of well-being. 


Homeopathy—A system in which diluted plant, 
mineral, or animal substances are given to stimu- 
late the body’s natural healing powers. Homeopathy 
is based upon three principles: the law of similars, 
the law of infinitesimal dose, and the holistic 
medical model. 


Pharmacopoeia—An official, and legal listing of 
approved drugs, drug manufacture standards, and 
use enforced by legislation. 


Homeopathic remedies, and herbal remedies in 
general, are primarily used in alleged self-care, without 
the help of a physician. Because many remedies have 
genuine effects, the United States government regu- 
lates the homeopathic substances. The Homeopathic 
Pharmacopoeia of the United States (HPUS) is the 
official list of accepted remedies that the law uses as 
standard. Along with the United States Pharmacopoeia 
and National Formulary (USP/NF) that lists all regu- 
lated drugs and drug products, the HPUS is the legal 
source of information for the U.S. Federal Food, Drug, 
and Cosmetics Act. Standards for manufacture, purity, 
and sale of drugs are listed in these documents, enforced 
by law. 


Most people are concerned that herbal medicine 
products that are currently widely available are a dan- 
ger to public health, safety, and welfare because an 
official federal pharmacopoeia for herbals does not yet 
exist. Therefore, few legal requirements exist for the 
manufacture, dose standardization, labeling, and sale 
of preparations for herbal medicines. Yet, herbal rem- 
edies are the fastest growing segment of the supple- 
mental health product industry. Such problems with 
purity and dosage only add to skepticism regarding 
the therapeutic value of many herbals. Many of the 
health claims made by advertisements have not been 
evaluated scientifically. 


For drugs to be sold, the Food and Drug 
Administration (FDA) requires manufacturers to con- 
duct lengthy studies to prove the safety and efficiency 
of both prescription and over-the-counter drugs. 
However, manufacturers of herbal medicines are held 
to no such rigorous standard. By placing herbal med- 
icines in the same category as dietary supplements, like 
vitamins and minerals, the FDA effectively exempts 
them from having to be rigorously tested. Further, the 
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1994 Dietary Supplement Health and Education 
Act allows herbal manufacturers to make limited 
claims on their labels as long as they do not claim to 
“diagnose, prevent, mitigate, treat or cure a specific 
disease.” 


Examples of herbal medicine products in wide use 
today are St. Johns wort for depression, echinacea for 
increased immune function, saw palmetto for prostate 
gland problems in men, and ginkgo biloba for 
improved mental functioning and headaches. Other 
forms of herbal medicine in popular culture include 
herbal teas, like chamomile tea used to help people 
who have trouble sleeping and peppermint tea to calm 
stomach and digestive problems. 
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| Herbicides 


Herbicides are chemicals that kill plants consid- 
ered to be pests; usually weeds. Some herbicides act 
against a wide variety of weeds; they are described as 
having a broad spectrum of activity. Other herbicides 
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Herbicides 


having a narrow spectrum of activity, and act against 
only one or several weeds. 


The reason for the use of herbicides is that weeds 
compete with desired crop plants for light, water, 
nutrients, and space. This ecological interaction may 
decrease the productivity and yield of crop plants, 
resulting in economic damage. Plants may also be 
judged to be weeds if they interfere with some desired 
aesthetic effect, as is the case of weeds in lawns. 


To reduce the intensity of the negative effects of 
weeds on the productivity of desired agricultural or 
forestry crops, fields may be sprayed with a herbicide 
that is toxic to the weeds, but not to the crop species. 
The commonly used herbicide 2,4-dichlorophenoxy- 
acetic acid (2,4-D), for example, is toxic to many 
broad-leaved (that is, dicotyledonous) weeds, but not 
to wheat, maize or corn, barley, or rice, all of which are 
members of the grass family (Poaceae), and therefore 
monocotyledonous. Consequently, the pest plants are 
selectively eliminated, while maintaining the growth of 
the desired plant species. 


Modern, intensively managed agricultural sys- 
tems rely on the use of herbicides and other pesticides 
(compounds that kill pests). Some high-yield varieties 
of crop species are not very tolerant of competition 
from weeds. Therefore, if those crops are to be success- 
fully grown, herbicides must be used. However, the 
use of biocontrol in the form of insects and the use of 
herbicides that are less toxic is growing in popularity. 


The most important chemical groups of herbicides 
are chlorophenoxy acids such as 2,4-D and 2,4,5-tri- 
chlorophenoxyacetic acid (2,4,5-T), triazines such as 
atrazine, hexazinone, and simazine; organic phospho- 
rus chemicals such as glyphosate; amides such as 
alachlor and metolachlor; thiocarbamates such as 
butylate; dinitroanilines such as trifuralin; chloroali- 
phatics such as dalapon and trichloroacetate; and 
inorganic chemicals such as various arsenicals, cyan- 
ates, and chlorates. The first three of these groups are 
described in more detail below. 


Chlorophenoxy acid herbicides are toxic to plants 
because they mimic the plants’ natural hormonelike 
auxins, and so cause lethal growth abnormalities. 
These herbicides are selective for broad-leaved or 
angiosperm plants, and are tolerated by monocots 
and conifers at the spray rates normally used. These 
chemicals are moderately persistent in the environ- 
ment, with a half-life in soil typically measured in 
weeks, and a persistence of a year or so. The most 
commonly used compounds are 2,4-D; 2,4,5-T; 
2-Methyl-4-chlorophenoxyacetic acid (MCPA); and 
2-(2,4,5-Trichlorophenoxy)-propionic acid (silvex). 
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Triazine herbicides are mostly used in corn agri- 
culture, and sometimes as soil sterilants. These chem- 
icals are not very persistent in surface soils, but 
they are mobile and can cause a contamination of 
groundwater. Important examples of this class of 
chemicals are: atrazine [2-Chloro-4-(ethylamino)- 
6-(isopropylamino)-s-triazine]; cynazine [2-(4-Chloro-6- 
ethylamino-5-triazin-2-ylamino)-2-methylpropionitrile]; 
hexazinone [3-Cyclohexyl-6-(dimethyl-amino)-1-methyl- 
1,3,5-triazine-2,4(1H,3H)-dione]; metribuzin [4-Amino- 
6-tert-butyl-3-(methylthio)-as-triazin-5(4H)-one]; and 
simazine [2-chloro-4,6-bis-(ethyl-amino)-s-triazine]. 


Only a few organic phosphorus herbicides are in 
use; they include the commonly used chemical, glyph- 
osate (N-phosphonomethyl-glycine). Glyphosate has 
a wide range of agricultural uses, and it is also an 
important herbicide in forestry. To kill plants, glyph- 
osate must be taken up and transported to perennating 
tissues, such as roots and rhizomes, where it interferes 
with the synthesis of certain amino acids. Because 
glyphosate can potentially damage many crop species, 
its effective use requires an understanding of seasonal 
changes in the vulnerability of both weeds and crop 
species to the herbicide. Glyphosate is not mobile in 
soils, has a moderate persistence, and is not very toxic 
to animals. Recently, varieties of certain crops, nota- 
bly the oilseed canola, have been modified through 
genetic engineering (transgenics) to be tolerant of 
glyphosate herbicide. Previously, there were no effec- 
tive herbicides that could be applied to canola crops to 
reduce weed populations, but now glyphosate can be 
used for this purpose. However, this has become con- 
troversial because many consumers do not want to eat 
foods made from transgenic crops. 


In terms of quantities applied, by far the major 
usage of herbicides is in agriculture. Intensive systems 
of cultivation of most major species of annual crops 
requires the use of herbicides. This is especially true of 
crops in the grass family. For example, the great 
majority of the North American acreage of corn 
involves treatment with herbicides. The amounts of 
herbicide used has been declining as more acreage is 
planted with genetically engineered, herbicide resist- 
ant corn. 


Herbicides are also widely used in landscaping, 
mostly to achieve grassy lawns that are relatively 
free of broad-leaved weeds, which many people find 
unattractive. Herbicides are commonly used in this 
way by individual landowners managing the lawns 
around their home, and by authorities responsible 
for maintaining lawns around public buildings, along 
roadways, and in parks. Some municipalities have 
banned the use of certain herbicides, and require 
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environmentally friendly alternatives, if such lawn 
care is used at all. Golf courses rely heavily on inten- 
sive use of herbicides, although increasingly the use of 
more environmentally friendly herbicide formulations 
is occurring. 


Forestry also uses herbicides. Usually, silvicul- 
tural herbicide use is intended to achieve a greater 
productivity of the desired conifer trees, by reducing 
the abundance of unwanted weeds. However, in most 
regions forestry usage of herbicides is much smaller 
than agriculture and lawn uses, typically less than 5% 
of the total use. 


Herbicides were used extensively by the U.S. mili- 
tary during the Vietnam War (1954-1975). Large quan- 
tities of these chemicals were sprayed in Vietnam as a 
military tactic intended to deprive enemy forces and 
their supporters of agricultural production and forest 
cover. So-called “Agent Orange,” a 1:1 mixture of 
2,4,5-T and 2,4-D, was the most commonly used her- 
bicide. Because the intention was to destroy forests and 
agricultural productivity, herbicides were used at about 
ten times the rate typically used in forestry for manage- 
ment purposes. This tactical strategy of war was labeled 
“ecocide” by its opponents, because of the severe dam- 
age that was caused to natural and agricultural ecosys- 
tems, and possibly to people (there is ongoing debate 
about whether scientific evidence actually demonstrates 
the latter damage). For these reasons, and also because 
Agent Orange was significantly contaminated by a very 
toxic chemical in the dioxin family, called TCDD, the 
military use of herbicides in Vietnam was extremely 
controversial. 


As exemplified in Vietnam, if herbicides are not 
used properly, damage may be caused to crop plants, 
especially if too large a dose is used, or if spraying 
occurs during a time when the crop species is sensitive 
to the herbicide. Unintended but economically impor- 
tant damage to crop plants is sometimes a conse- 
quence of the inappropriate use of herbicides. 


In addition, some important environmental 
effects are associated with the use of herbicides. 
These include unintended damage occurring both on 
the sprayed site, and offsite. For example, by changing 
the vegetation of treated sites, herbicide use also 
changes the habitat of animals such as mammals and 
birds. This is especially true of herbicides use in for- 
estry, because biodiverse, semi-natural habitats are 
involved. This is an indirect effect of herbicide use, 
because it does not involve toxicity caused to the 
animal by the herbicide. Nevertheless, the effects can 
be severe for some species. In addition, not all of the 
herbicide sprayed by a tractor or aircraft deposits onto 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the intended spray area. Often there is drift of herbi- 
cide beyond the intended spray site, and unintended, 
offsite damages may be caused to vegetation. There 
are also concerns about the toxicity of some herbi- 
cides, which may affect people using these chemicals 
during the course of their occupation (i.e., when spray- 
ing pesticides), people indirectly exposed through drift 
or residues on food, and wildlife. For these and other 
reasons, there are many negative opinions about the 
broadcast spraying of herbicides and other pesticides, 
and this practice is highly controversial. 


The intention of any herbicide treatment is to 
reduce the abundance of weeds to below some eco- 
nomically acceptable threshold, judged on the basis of 
the amount of damage that can be tolerated to crops. 
Sometimes, this objective can be attained without 
causing significant damage to non-target plants. For 
example, some herbicides can be applied using spot 
applicators or injectors, which minimize the exposure 
to non-pest plants and animals. Usually, however, the 
typical method of herbicide application is some sort of 
broadcast application, in which a large area is treated 
all at once, generally by an aircraft or a tractor-drawn 
apparatus. 


An important problem with broadcast applica- 
tions is that they are non-selective—they affect many 
plants and animals that are not weeds—the intended 
target of the treatment. This is especially true of her- 
bicides, because they are toxic to a wide variety of 
plant species, and not just the weeds. Therefore, the 
broadcast spraying of herbicides results in broad 
exposures of non-pest species, which can cause an 
unintended but substantial mortality of non-target 
plants. For example, only a few species of plants in 
any agricultural field or forestry plantation are abun- 
dant enough to significantly interfere with the produc- 
tivity of crop plants. Only these competitive plants are 
weeds, and these are the only target of a herbicide 
application. However, there are many other, non- 
pest species of plants in the field or plantation that 
do not interfere with the growth of the crop plants, and 
these are also affected by the herbicide, but not to any 
benefit in terms of vegetation management. In fact, 
especially in forestry, the non-target plants may be 
beneficial, by providing food and habitat for animals, 
and helping to prevent erosion and leaching of 
nutrients. 


This common non-target effect of broadcast 
sprays of herbicides and other pesticides is an unfor- 
tunate consequence of the use of this non-selective 
technology to deal with pest problems. So far, effective 
alternatives to the broadcast use of herbicides have 
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not been discovered for the great majority of weed 
management problems. However, there are a few 
examples that demonstrate how research could dis- 
cover pest-specific methods of controlling weeds that 
cause little non-target damage. These mostly involve 
weeds introduced from foreign countries, and that 
became economically important pests in their new 
habitats. Several weed species have been successfully 
controlled biologically, by introducing native herbi- 
vores of invasive weeds. For example, the klamath 
weed (Hypericum perforatum) is a European plant 
that became a serious pasture weed in North 
America, but it was specifically controlled by the 
introduction of two species of herbivorous leaf beetles 
from its native range. In another case, the prickly pear 
cactus (Opuntia spp.) became an important weed in 
Australia after it was introduced there from North 
America, but it has been successfully controlled by 
the introduction of a moth whose larvae feed on the 
cactus. Unfortunately, few weed problems can now be 
dealt with in these specific ways, and until better 
methods of control are discovered, herbicides will con- 
tinue to be used in agriculture, forestry, and for other 
reasons. 


Most herbicides are specifically plant poisons, and 
are not very toxic to animals. (There are exceptions, 
however, as is the case with the herbicide paraquat.) 
However, by inducing large changes in vegetation, 
herbicides can indirectly affect populations of birds, 
mammals, insects, and other animals through changes 
in the nature of their habitat. 


For example, studies in Britain suggest that since 
the 1950s, there have been large changes in the pop- 
ulations of some birds that breed on agricultural land. 
These changes may be partly caused by the extensive 
use of herbicides, a practice that has changed the 
species and abundance of non-crop plants in agroeco- 
systems. This affects the structure of habitats, the 
availability of nest sites, the food available to graniv- 
orous birds, which mostly eat weed seeds, and the food 
available for birds that eat arthropods, which rely 
mainly on non-crop plants for nourishment and hab- 
itat. During the time that herbicide use was increasing 
in Britain, there were also other changes in agricultural 
practices. These include the elimination of hedgerows 
from many landscapes, changes in cultivation method- 
ologies, new crop species, increases in the use of insec- 
ticides and fungicides, and improved methods of seed 
cleaning, resulting in fewer weed seeds being sown 
with crop seed. Still, a common opinion of ecologists 
studying the large declines of birds, such as the gray 
partridge (Perdix perdix), is that herbicide use has 
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Active ingredient—The particular chemical within 
a pesticidal formulation that causes toxicity to 
the pest. Pesticide formulations also contain non- 
pesticidal chemicals, known as inert ingredients. 
These may be used to dilute the active ingredient, 
to improve its spread or adherence on foliar surfa- 
ces, or to otherwise increase the efficacy of the 
formulation. 


Agroecosystem—Any agricultural ecosystem, com- 
prised of crop species, non-crop plants and animals, 
and their environment. 


Drift—Movement of sprayed pesticide by wind 
beyond the intended place of treatment. 


Half-life—The time required for disappearance of 
one-half of an initial quantity of a pesticide. 


Non-target effects—Effects on organisms other 
than the intended pest target of pesticide spraying. 


Persistence—The length of time that a pesticide 
occurs in some component of the environment 
(e.g., in soil). Persistence is influenced by the rate 
of chemical breakdown and by mass-transport 
processes such as volatilization, erosion of pesti- 
cide-containing particles, and the flushing of water 
in streams or ponds. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


played a central but indirect role by causing habitat 
changes, especially by decreasing the abundance of 
weed seeds and arthropods available as food for the 
birds. 
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| Herbivore 


An herbivore is an animal that eats plants as its 
primary source of sustenance. Examples of herbivores 
include large mammals such as cattle, deer, sheep, and 
kangaroos, as well as smaller creatures such as leaf- 
eating insects and crustaceans that graze upon aquatic 
algae. However, many animals are not exclusively 
herbivorous. In addition to feeding mostly upon live 
plants, omnivorous animals such as pigs and bears 
may also kill and eat other animals, opportunistically 
feed upon dead creatures, or eat dead plant biomass. 


Herbivores are often subdivided into such groups 
as: frugivores (primarily fruit eaters); folivores (leaves); 
granivores (seeds); mucivores (plant fluid); nectarivores 
(nectar); palynivores (pollen); rhizophages (roots); and 
xylophages (wood). 


In the language of trophic ecology, herbivores are 
known as heterotrophic creatures, which means that 
they must ingest biomass to obtain their energy and 
nutrition. In contrast, autotrophs such as green plants 
are capable of assimilating diffuse sources of energy 
and materials, such as sunlight and simple inorganic 
molecules, and using these in biosynthetic reactions to 
manufacture complex biochemicals. Herbivores are 
known as primary consumers, because they feed 
directly on plants. Carnivores that feed on herbivores 
are known as secondary consumers, while predators of 
other carnivores are tertiary consumers. 


A fact of ecological energetics is that within any 
ecosystem, herbivores are always much less productive 
than the green plants that they feed upon, but they are 
much more productive than their own predators. This 
ecological reality is a function of the pyramid-shaped 
structure of productivity in ecological food webs, 
which is itself caused by thermodynamic inefficiencies 
of the transfer of energy between levels. 


However, this ecological law only applies to 
production, and not necessarily to the quantity of bio- 
mass (also known as standing crop) that is present at a 
particular time. An example of herbivores having a 
similar total biomass as the plants that they feed upon 
occurs in the open-ocean, planktonic ecosystem, where 
the phytoplankton typically maintains a similar bio- 
mass as the small animals, called zooplankton, that 
graze upon these microscopic plants. In this case, the 
phytoplankton cells are relatively short-lived, but their 
biomass is regenerated quickly because of their produc- 
tivity. Consequently, the phytoplankton has a much 
larger total production than the longer-lived zooplank- 
ton, even though at any particular time their actual 
biomasses may be similar. Similarly, the densities of 
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animals are not necessarily less than those of the plants 
that they eat, as occurs, for example, if insects are the 
major herbivores in a forest of large trees. 


Following further along the above line of reason- 
ing, because herbivores eat lower in the ecological food 
web, there is a relatively large quantity of food resource 
available to sustain them, compared with what is avail- 
able to sustain carnivores. This fact has implications for 
humans, which can choose to sustain themselves by 
eating various ratios of food obtained directly from 
plants, or from animals that feed upon plants (such as 
cows, pigs, sheep, or chickens). In a world in which food 
for humans is often present in a supply that is less than 
the demand, at least in some regions, many more her- 
bivorous (or vegetarian) people could be sustained than 
if the predominant feeding strategy was carnivorous. 


See also Carnivore; Ecological productivity; Food 
chain/web; Heterotroph; Omnivore. 


Bill Freedman 


Heredity see Genetics 


! Hermaphrodite 


A hermaphrodite is any organism with both male 
and female reproductive organs that produce both male 
gametes (sperm) and female gametes (ova). In simulta- 
neous hermaphrodites, both male and female organs 
are functional at the same time. In sequential hermaph- 
rodites, the individual first develops as one sex and later 
changes into the other sex. Examples of both strategies 
are found naturally, especially in the invertebrates. 


Simultaneous hermaphrodism 


Sponges, sea anemones, tapeworms, snails, earth- 
worms and most barnacles are all simultaneous herma- 
phrodites possessing both male and female reproductive 
organs at the same time. These animals are either 
sedentary species (remaining in one place all their life) 
or they are mobile, but do not range widely. In these 
animals, hermaphrodism solves the problem of meeting 
member of the opposite sex of the same species in order 
to mate. When two simultaneous hermaphrodites, such 
as two slugs, meet and mate, each one can fertilize the 
eggs of the other. 


Most species of simultaneous hermaphrodites do 
not self-fertilize, and many are physically incapable of 
self-fertilization. For example, sponges have external 
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fertilization, but they release both eggs and sperm into 
the plankton at different times, so that gametes 
encounter, and are likely to be fertilized by, gametes 
from other individuals. The reproductive organs of 
earthworms are positioned at different ends of their 
bodies, so that fertilization of the eggs is only possible 
when the worms are aligned in opposite directions. 
Some simultaneous hermaphrodites even have alter- 
native reproductive methods. The larvae of digenetic 
trematodes, such as the liver fluke, are simultaneous 
hermaphrodites, and reproduce asexually, while the 
adults reproduce sexually. 


Sequential or serial hermaphrodites 


A few species of vertebrates (mostly fish), and 
some species of crustaceans (shrimps) change sex dur- 
ing their lifetime. 


Sequential hermaphroditic fish, such as the blue- 
head wrasse, undergo protogyny, changing sex from 
female to male. Other species, such as the sea perch, 
Pagellus acurne, undergo protandry, changing sex 
from male to female. A third group of fish, such as 
the sea bass, undergoes both protogyny and protan- 
dry, and can do so repeatedly. One of the most dra- 
matic sights in nature is the mating of the sea bass 
Serranus subligarins. When two female sea bass meet 
to mate, one undergoes protogyny, changing color 
from a deep blue to bright orange with a white stripe. 
After fertilization, both fish then switch sex (and col- 
oring) and then mate again. 


The sex changes of sequential hermaphrodites 
depend on social factors. For example, bluehead wrasse 
live in large colonies where only the largest fish are 
males. The others must remain female until the males 
die. Only then can some of the females (usually the 
largest) change from female to male. Other factors influ- 
encing protogyny and protandry are hunger, the 
amount of salt in the water (salinity), social behaviors, 
and the ratio of males to females in the population. 


Hermaphrodism in humans 


True hermaphroditic humans do not exist, but 
pseudohermaphrodism does, where an individual has 
both male and female external genital organs, some- 
times at the same time. Female embryos exposed to 
high levels of androgens (the male hormones) develop 
female internal reproductive organs but male external 
genitalia. Alternately, genetic defects cause children to 
be born with female external genital organs, which 
change at puberty, with the development of a penis 
and the closure of the false vagina. 
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Gonad—An organ that produces sex cells. 
Protandry—A change in sex from male to female. 
Protogyny—A change in sex from female to male. 


Pseudohermaphrodite—A person who has the 
physical traits of one sex, while having the genetic 
instructions of the other. 


Sequential hermaphrodite—An organism that has 
male or female reproductive organs at one time, 
and which develops the opposite sex organs. 


Simultaneous hermaphrodite—An organism which 
develops both male and female reproductive organs 
at the same time. 
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tl Hernia 


A hernia is a bulge or protrusion of an organ or 
part of an organ through the structure or muscle that 
normally contains it. There are many different types of 
hernias. All are named according to the part that 
protrudes or by the area through which the protrusion 
occurs. Such areas include the brain, abdomen, groin, 
spine, and chest. 


The most familiar types of hernias are those in 
which part of the intestines protrude through the 
abdominal wall. According to the National Center 
for Health Statistics, about five million people in the 
United States are afflicted with an abdominal hernia 
at any one time. An inguinal hernia appears as a bulge 
in the groin. It can occur with or without pain. 
Inguinal hernias account for 80% of all hernias and 
are more common in men, in whom they may descend 


GALE ENCYCLOPEDIA OF SCIENCE 4 


An illustration of an epigastric (abdominal) hernia in an adult 
male. The torso is shown with its skin removed. Epigastric 
hernia is caused commonly by a congenital weakness in 
muscles of the central upper abdomen; the intestine bulges 
out through the muscle at a point between the navel and 
breastbone. (I/liustration by John Bavosi. National Audubon 
Society Collection/ Photo Researchers, Inc.) 


into the scrotum. The American Medical Association 
states that the inguinal hernias is the most common 
type of hernia, affecting about 2% of men in the 
United States. 


Hernias can be either congenital or acquired. 
Congenital means that the individual was born with 
an abnormal opening, allowing the hernia to occur. 
Such a hernia may show up immediately after birth, 
may cause no symptoms for years to come, or may 
never result in symptomatology. An acquired hernia is 
one that was not present at birth, but that occurred 
later, either due to some other anatomical abnormal- 
ity, or due to weakening of an area with use and aging. 


Hernias that involve loops of intestine, or other 
abdominal contents, may be reducible, meaning that 
the individual can push on the bulging area with a 
hand to move the intestine back into the abdomen. 
When a hernia cannot be reduced, it is said to be 
incarcerated. The greatest risk with any hernia con- 
taining intestine is strangulation, in which the hernia is 
incarcerated, and blood supply to the intestine is cut 
off. This is a medical emergency, and without surgical 
intervention, an area of the intestine may well die off. 
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Groin hernias 


Most people, when they hear or use the word 
hernia, are referring to an inguinal hernia (the inguinal 
area, also called the groin, is that area where the thigh 
and the abdomen meet), in which a loop of the intes- 
tine has passed through a weak muscular area. There 
are three main types of groin hernias: direct inguinal, 
indirect inguinal, and femoral. These are classified 
according to the anatomical route that the hernia 
takes. In men, a herniated loop of intestine may enter 
the scrotum. This is the type of hernia that the physi- 
cian is testing for when giving the dreaded command: 
“Cough!” Pregnancy, obesity, heavy lifting, and med- 
ical conditions that increase the pressure within the 
abdomen (emphysema or other lung conditions caus- 
ing frequent coughing; constipation; swelling of pros- 
tate causing difficulty urinating) can all predispose to 
hernia, or worsen an already existing hernia. Most 
physicians favor surgical repair of groin hernia, even 
those which are reducible, to avoid future incarcera- 
tion and strangulation, which can lead to dangerous 
complications. 


Abdominal hernias 


Abdominal hernias include umbilical hernias, 
hernias through the scar left by a previous surgical 
incision, and hernias through the muscles of the 
abdominal wall. All of these types of hernias involve 
abdominal contents (often a loop of intestine) that pop 
through a weakened area. Some umbilical hernias are 
present at birth, particularly in premature infants, and 
are due to incomplete closure of an area called the 
umbilical ring, which should close before birth. Most 
of these umbilical hernias do not require surgery, 
because the ring usually decreases in size and then 
closes on its own within the first two to four years of 
life. 


Hiatal hernia 


A hiatal hernia occurs when a portion of the 
stomach protrudes above the diaphragm (the dia- 
phragm is the large, sheet-like muscle which should 
separate the contents of the chest from the contents of 
the abdomen). The majority of hiatal hernias (90%) 
are of a type causing reflux, which occurs when the 
acidic contents of the stomach wash up the esophagus 
(the esophagus is the tube that should only carry swal- 
lowed substances down into the stomach). Presence of 
these acidic contents burn the esophagus, resulting in 
the symptom commonly referred to as heartburn. 
Most of these types of hernias do not require surgical 
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repair. Symptoms are helped by various medications 
that decrease the acidity of the stomach contents, and 
thwarting the effects of gravity that can exacerbate the 
problem at night (patients should go to sleep propped 
up on an angle by a sufficient number of pillows). This 
other type of hiatal hernia more frequently requires 
surgical repair, because its complications include hem- 
orrhage (massive bleeding), incarceration, and stran- 
gulation (which can result in death of stomach tissue). 
Furthermore, in this more serious type of hiatal her- 
nia, other abdominal contents (intestine, spleen) may 
also protrude into the chest cavity, and pressure from 
crowding in the chest cavity can result in heart 
problems. 


Diaphragmatic hernia 


Diaphragmatic hernias can be congenital, or 
acquired through trauma (for example, a knifing). 
Congenital diaphragmatic hernias occur during devel- 
opment before birth, when the tissues making up the 
diaphragm do not properly close off the area between 
the abdomen and chest cavities. These abnormal con- 
tents, especially the intestine and spleen, push into the 
chest cavity, applying pressure to the heart, and some- 
times preventing adequate development of the lungs. 
A baby born with such a defect usually experiences 
extreme respiratory distress, and requires immediate 
surgery. 


Brain herniation 


Herniation of brain tissue can occur when an 
expanding mass (tumor) begins to take up space 
within the finite area of the skull (for example, if 
there is high pressure in the skull from fluid accumu- 
lation, and a test called a spinal tap, or lumbar punc- 
ture, is performed). Displacement of brain tissue in 
this way results in compression of various areas of 
the brain, and greatly compromised vital functions 
(vital functions are those brain-directed functions nec- 
essary for the basics of human life, for example, 
breathing and heart rate). Herniation of brain tissue 
usually results either in death, or in massive and per- 
manent brain damage. 


Disc herniation 


The spine is made up of individual bones, the 
vertebrae, separated from each other by a disc to 
provide insulation and cushioning. Disc herniation, 
or a slipped disc, occurs when the interior area of the 
disc breaks through the outer area of the disc, and 
pushes into the spinal canal, or when the entire disc 
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Congenital—A condition or disability present at 
birth. 


Diaphragm—tThe sheet-like muscle that is sup- 
posed to separate the contents of the abdomen 
from the contents of the chest cavity. The dia- 
phragm is a major muscle involved in breathing. 


Incarcerated—Refers to a hernia that gets trapped 
protruding through an abnormal opening. Most fre- 
quently refers to loops of the intestine that cannot 
be easily replaced in their normal location. 


Inguinal—Referring to the groin area, that area 
where the upper thigh meets the lower abdomen. 


Invertebral disc—The cartilaginous disc located 
between each of the vertebral bones of the spine. 
This disc provides cushioning and insulation. 


Reduce—The ability to put a displaced part of the 
anatomy (in particular, the loops of intestine present 
in a hernia) back in their correct location by simply 
pushing on the bulging area. 


Strangulation—A situation that occurs when the 
blood supply to an organ is cut off, resulting in 
death of that tissue. 


becomes displaced from its normal positioning. Disc 
herniation occurs most commonly in the neck area, 
and in the lower back, and can be a result of wear-and- 
tear from aging or from trauma. 


Problems due to disc herniation occur because the 
displaced disc presses on the spinal cord or the nerves 
leaving the spinal cord. This activity can result in 
problems ranging from tingling in the hands, feet, or 
buttocks; weakness of a limb; back, leg, or arm pain; 
loss of bladder control; loss of normal reflexes (for 
example, normally tapping the knee with an examina- 
tion hammer results in an involuntary kicking out the 
foot; disc herniation may make it impossible to elicit 
this foot kick, as well as other reflexes); or in very 
extreme cases, paralysis. 


Cases of disc herniation with less extreme symp- 
tomatology can be treated with such measures as a 
neck brace or back brace, medications to reduce swel- 
ling (nerve roots experiencing pressure from the pro- 
truding disc may swell, further compromising their 
function), heat, and pain medications. When pain is 
untreatable, or loss of function is severe or progres- 
sive, surgery may be required to relieve or halt further 
progression of the symptoms. 
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| Herons 


Herons, egrets, and bitterns are large, slender wad- 
ing birds in the family Ardeidae, order Ciconiiformes 
(which also includes anhingas, storks, spoonbills, and 
ibises). Most of the species in the heron family have 
long legs, necks, and bills. These characteristics are all 
adaptive to hunting their prey of fish, amphibians, 
snakes, small mammals, and other animals living in 
the shallow waters of wetlands. The prey is generally 
caught by grasping it firmly in the mandibles, and is 
then killed by beating it against the ground, branches, 
or another hard substrate. The food is usually then 
rinsed, and swallowed head-first. 


Herons have an unusual articulation of the sixth 
vertebra that is adaptive to swallowing large prey. This 
feature causes the neck of herons to adopt a distinctive, 
S-shape when they are in flight or resting, although 
their neck can be extended while grooming or to give 
greater reach while attempting to catch prey. 


Herons also have an unusual type of filamentous 
feathers, known as powder-down. These feathers are 
very friable, and disintegrate into a powder that the 
bird rubs over the major body feathers to cleanse them 
of slime from its food of fish. 


Herons primarily occur along the edges of lakes and 
other shores, and in marshes, swamps, and other rela- 
tively productive wetlands. Many species in the heron 
family are colonial nesters, generally on islands, if possi- 
ble. These birds typically build platform nests of sticks in 
trees, sometimes with many nests in a single, large tree. 


Species of herons 


Sixty-two species are included in the heron family, 
occurring worldwide, except in Antarctica and arctic 
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North America and Eurasia. Twelve species of herons 
breed regularly in North America. One of the most 
familiar is the great blue heron (Ardea herodias), 
occurring over most of the temperate and more south- 
ern regions of North America, as well as in parts 
of Latin America. The great white heron used to be 
considered a separate species (under A. occidentalis), 
but it is now regarded as a color variety of the great 
blue heron that only occurs in the Florida Keys and 
nearby parts of Florida Bay. The great blue heron 
breeds in colonies of various sizes, usually nesting in 
trees. The great blue heron is very similar to the gray 
heron (A. cinerea), which has a widespread distribu- 
tion in Eurasia and Africa. Further studies may con- 
clude that these are, in fact, the same species. 


Smaller species of herons include the Louisiana or 
tricolored heron (£gretta tricolor), and the little blue 
heron (Egretta caerulea), found in the wetlands of the 
coastal plain of southeastern North America, the 
Caribbean, and the Pacific coasts of Mexico. The 
green-backed heron (Butorides virescens) is a relatively 
small and attractive species with a wide distribution in 
southern North America. Some individuals of this spe- 
cies have learned to “fish,” using floating bits of mate- 
rial, such as small twigs, to attract minnows. These 
birds will deliberately drop their “bait” into the water 
and may retrieve it for re-use if it floats away. 


The black-crowned night heron (Nycticorax nyc- 
ticorax) is widely distributed in colonies throughout 
much of the United States and a small region of southern 
Canada. The yellow-crowned night heron (Nyctanassa 
violacea) is more southeastern in its distribution than the 
preceding species, and it tends to occur more frequently 
near saltwater. 


The largest of the several species of egrets in North 
America is the common or American egret (Casmerodius 
albus), ranging widely over the southern half of the 
continent. The snowy egret (Leucophyx thula) is a 
smaller, more southern species. Most species of herons 
and egrets are patient hunters; they quietly stalk their 
prey or lie in wait for food to come within their grasp. 
However, the relatively uncommon reddish egret 
(Egretta rufescens) is an active hunter on saline mudflats 
of the southernmost states, where it runs boisterously 
about in active pursuit of its food of small fishes and 
invertebrates. 


The American bittern (Botaurus lentiginosus) inhab- 
its marshes over much of temperate North America 
and further south. This species has a resounding, “onk- 
a-tsonck” call that can be heard in the springtime 
when male birds are establishing breeding territories 
and attempting to attract a mate. The least bittern 
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A yellow-crowned night heron (Nyctanassa violacea) at the Ding Darling National Wildlife Refuge, Florida. (Robert J. Huffman. 
Field Mark Publications.) 


(xobrychus exilis) is the smallest North American heron. 
Both of these bitterns are very cryptic in their reedy, 
marshy habitats. When they perceive that they are 
being observed by a potential predator, these birds will 
stand with their neck and bill extended upright, with the 
striped breast plumage facing the intruder, and they will 
even wave their body sinuously in concert with the move- 
ment of the surrounding vegetation as it is blown by the 
wind. 


The cattle egret (Bubulcus ibis) is a naturalized 
species in the Americas, having apparently colonized 
naturally from Africa in the present century. This 
species was first observed in Argentina, but it has 
since spread widely and now occurs in suitable habitat 
throughout South, Central, and North America. The 
cattle egret commonly follows cattle in pastures, feed- 
ing on the arthropods and other small animals that are 
disturbed as these large animals move about. 


Conservation of herons 


Most species in the heron family, and many other 
types of birds, were unsustainably hunted during the 


nineteenth century to provide feathers for use in the 
millinery trade, mostly as decorations on ladies’ hats 
and other clothing. Many millions of herons and egrets 
were killed for this reason, and their populations 
declined precipitously in most regions. The outcry 
among conservationists over the slaughter of so many 
birds for such a trivial purpose led to the formation of 
the National Audubon Society in the United States in 
1886 and the Royal Society for the Protection of Birds 
in Great Britain in 1889. These were the first important, 
non-government organizations that took up the con- 
servation and protection of natural biodiversity as their 
central mandate. 


Today, habitat losses are the most important 
threat to species in the heron family and to other 
birds of lakes, shores, and wetlands. These habitat 
types are suffering worldwide declines from pollution, 
drainage, conversion to agriculture or urban develop- 
ment, and other stressors associated with human 
activities. As a result, the populations of herons, 
egrets, and bitterns are declining in North America 
and in many other regions, as are other wildlife with 
which these birds share their wetland habitats. 


A snowy egret (Egretta thula) on Estero Island, Florida. This 
species, once hunted to near extinction by the millinery trade, 
became a symbol for the early conservation movement in the 
United States and remains the emblem of the National 

Audubon Society. (Robert J. Huffman. Field Mark Publications.) 


Birds in the heron family are large, attractive, and 
sometimes relatively tame. Consequently, they are 
popular among birders; however, the numbers of 
these beautiful and charismatic birds have declined 
as a result of continuing influences of humans, espe- 
cially damage caused to wetlands. In the future, the 
populations of these birds can only be sustained if 
sufficiently large areas of their natural habitats are 
preserved. 
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Bill Freedman 


Herpes see Sexually transmitted diseases 


l Herpetology 


Herpetology is the scientific study of amphibians 
and reptiles. The term “herpetology” is derived from the 
Greek and refers to the study of creeping things. Birds 
and mammals, for the most part, have legs that lift their 
bodies above the surface of the ground. Amphibians 
(class Amphibia) and reptiles (class Reptilia), with the 
exception of crocodiles and lizards, generally have legs 
inadequate to elevate their bellies above the terrain, thus 
they creep. 


Both Amphibia and Reptilia are within the phy- 
lum Chordata, which also includes several classes of 
fish, reptiles, birds, and mammals. Amphibia include 
the anurans, which are frogs and toads; the urodeles, 
which include salamanders and sirens; and the gym- 
nophioma, which are peculiar wormlike legless caecil- 
ians. Larval amphibians (tadpoles) respire with gills 
whereas adults breathe with lungs. Amphibian skin is 
ordinarily scaleless. Reptilia include lizards, snakes, 
turtles, and crocodiles. They have scaly skin and 
respire with lungs. Extinct reptiles are of great scien- 
tific and popular interest and include dinosaurs, pter- 
osaurs, and ichthyosaurs. 


Some scientists are both herpetologists and ecol- 
ogists. They study habitat, food, population move- 
ments, reproductive strategies, life expectancy, causes 
of death, and myriad other ecological problems. 
Their studies have significance not only to survival of 
the animals that they study but also to humans. 
Amphibians and reptiles manage their metabolism of 
xenobiotic (foreign to the body) toxic substances in 
much the same way as humans do, by metabolic 
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Herrings 


change in the liver and other organs that permit rapid 
excretion. It becomes a notable concern when amphib- 
ians and/or reptiles cannot survive in an altered envi- 
ronment. Amphibians in a number of countries have 
been found in diminishing numbers and are have occa- 
sionally become anatomically abnormal. Because of 
their similarity in managing toxic substances, prob- 
lems in these lower creatures may be of equal concern 
to humans. 


Amphibians and reptiles are also used to study 
pathology and medicine in humans. Herpes viruses 
are microbial agents related to animal and human 
cancer. Burkitt’s lymphoma and Kaposi’s sarcoma 
are two human cancers with an established link with 
herpes viruses. The first cancer of any type known to 
be causally associated with a herpes virus was the 
Lucke renal adenocarcinoma in the leopard frog, 
Rana pipiens. Virologists working with the frog cancer 
can study with the herpes virus and frog cancer, 
experiments that would be very difficult to perform 
on other animals, and would be precluded for ethical 
reasons from human experimentation. 


The feasibility of vertebrate cloning was first dem- 
onstrated in the frog, R. pipiens, in Philadelphia in 
1952, and later in the South African clawed toad, 
Xenopus laevis, in England in 1958. Before these frog 
experiments, it was generally thought that cloning was 
a “fantastical” dream. Cloning has since been achieved 
with sheep, cows, and other mammals. 


As economic resources, turtle meat and crocodile 
(raised on farms for that purpose) hides have a signifi- 
cant role in the Louisiana economy. Further, many 
amphibians and reptiles are collected for scientific 
study. Only rodents are used more frequently for bio- 
medical research. 


[ Herrings 


The herrings are a bony fish belonging to the 
family Clupeidae. There are about 200 species of her- 
ring in the family. Herrings are a streamlined, silvery 
fish with one dorsal fin, a protruding lower jaw and a 
deeply forked tail. Most species rarely grow over 1.5 Ib 
(700 g) in weight although the tarpon can grow as big 
as 200 Ibs (90 kg). Herrings have a ridge of scales on 
the belly midline, which is sharp-edged, and they have 
no visible lateral line. 


Herrings eat plankton that they strain from the 
water with their gill rakers, trapping these organisms 
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as water passes across their gills. Herring are also key 
parts of the diet of some species of whales, seals, gulls, 
and predatory fish. 


Herrings are widely distributed and found in all 
oceans except for extremely cold parts of the Arctic 
and Antarctic Oceans. Although most of the species 
are marine, a few are anadromous, that is, they spend 
their lives in the sea and enter rivers to spawn. Other 
species remain permanently in freshwater. 


Spawning times vary in different species but most 
often occurs in the fall and occasionally in the spring 
or summer. Each female may deposit 25,000-40,000 
eggs, which are heavy and sink to the bottom. On the 
way down a thick covering of mucus causes the eggs to 
stick to anything they encounter. It takes up to two 
weeks for the eggs to hatch; the time depends on such 
variables as depth and temperature. There is no paren- 
tal care. In the first year the young may reach a size of 
5 in (13 cm), reaching 10 in (25 cm) after two years. In 
their third year they may have acquired enough fat to 
be harvested as a source of oil. Herrings become sex- 
ually mature in their fourth year. 


Herrings represent one of the most important fish- 
eries in the world. They are a large component of the 
economy of some countries. Wars have been fought 
for rights to important fishing grounds. Because 
herrings tend to migrate in enormous schools, they 
commercial fishers can locate and catch enormous 
numbers of herring. The Atlantic herring (Clupea 
harengus) may be the most plentiful pelagic (or open- 
ocean) fish, and is found on both sides of the North 
Atlantic Ocean. Due to intensive overfishing, how- 
ever, the population of herrings has been markedly 
reduced. 


The term sardine is sometimes applied to species 
of small herrings. For example, the sprat or brisling 
(C. sprattus) from the European side of the Atlantic is 
considerably smaller than the Atlantic herring. The 
term sardine is also applied to the Pacific sardine 
(Sardinops sagax). 


The Atlantic menhaden or mossbunker (Brevoortia 
tyrannus) is the most numerous of all fish in the mid- 
Atlantic waters of North America. It has a stubby 
shape and generally weighs under a pound. Due to its 
heavy oil content it is not palatable, but makes an 
excellent fertilizer, fishmeal, and oil. Traveling in mas- 
sive schools near the surface, these fish can cause a 
swirling motion of the water. Schools of menhaden 
may be located by the presence of flocks of seabirds 
feeding on them. 


The American shad (Alosa sapidissima) is one of 
the largest herring, since it has an average weight of 3 
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KEY TERMS 


Anadromous—Refers to fish that migrate from salt 
water to fresh water, in order to breed. 


Gill rakers—Stiff and thin protrusions on the inner 
part of the gill arch. Food carried in sea water is 
strained by gill rakers and made available to the fish. 


Lateral line—A line of pores on the side of the fish 
from the head to the tail containing sensory recep- 
tors, especially to sense changes in water pressure. 


Roe—A mass of fish eggs. 


Ib (1.5 kg) and can reach 12 lb (6 kg). It is found in the 
Atlantic Ocean from the St. Lawrence River south to 
Florida. Toward the end of the nineteenth century, 
shad were introduced into the Pacific Ocean and this 
species now ranges from Alaska to California. 


The shad is an anadromous fish. When spawning, 
the sexes separate with the males entering the river first, 
followed by the females, known as roe shad. Each 
female carries a tremendous number of eggs, estimated 
at 30,000 on average, although larger females can carry 
several times that number. As with the other herrings, 
the eggs are dropped at random. Because they are 
sticky and heavy, they readily sink to the bottom and 
tend to adhere to objects. The young shad remain in the 
streams until strong enough to enter the sea. Males are 
sexually mature at about their fifth year, at which time 
they return to spawn. Females may take a bit longer to 
mature and reenter the rivers to spawn. Shad are 
caught as they are traveling upstream when they are 
energetic. They are caught commercially as well as for 
sport, and they are highly prized for human consump- 
tion, especially the roe. 


The alewife (Alosa pseudoharengus) is a close rel- 
ative of the American shad but is smaller in size. 
Ocean-moving alewives are anadromous. Some pop- 
ulations in the eastern United States are landlocked 
and are found in great abundance in the Great Lakes. 
Large numbers of alewives die during some summers, 
resulting in an intolerable, smelly nuisance on beaches. 
Alewives are caught commercially in seines and nets, 
and are used for fishmeal and fertilizer. 


Resources 
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! Hertzsprung-Russell diagram 


A Hertzsprung-Russell diagram, or HR diagram, 
is a graph of stellar temperatures (plotted on the hor- 
izontal axis) and luminosities or brightnesses (plotted 
on the vertical axis). HR diagrams are valuable 
because they reveal important information about the 
stars plotted on them. After constructing an HR dia- 
gram for a group of stars, an astronomer can make 
estimates of many important stellar properties includ- 
ing diameter, mass, age, and evolutionary state. Our 
understanding of the processes at work in the stars 
depends on knowing these parameters, so HR dia- 
grams have been essential tools in twentieth-century 
astronomical research. 


Stellar classification and the HR diagram 


The nineteenth century saw the development of a 
powerful technique called spectroscopy. This techni- 
que involves the use of an instrument called a spectro- 
graph, which disperses light passing through it into its 
component colors in the same way that an ordinary 
prism does. Indeed, many spectrographs in use today 
have prisms as one or more of their components. 


When sunlight or starlight passes through a spec- 
trograph and is dispersed, the resulting spectrum has 
many narrow, dark lines called absorption lines in it. 
These occur only at certain wavelengths and are caused 
by the presence of specific elements in the star’s atmos- 
phere. They are called absorption lines because they 
appear when elements in the star’s atmosphere absorb 
some of the light radiating outward from the star’s 
surface. Less light escapes from the star’s atmosphere 
where there is a line than in other portions of the 
spectrum, so the line looks dark. 


Different stars have different absorption line pat- 
terns, and the pattern present in a particular star 
depends on the its surface temperature. For example, 
hydrogen, the most common element in stars, produ- 
ces several very strong absorption lines in the visual 
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Hertzsprung-Russell diagram 


Luminosity Classes 


Temperature cooler 


On the H-R diagram, the sun is a main sequence star. Main 
sequence of stars run from extremely bright, hot stars in 
upper left-hand corner to faint, cool stars in lower right-hand 
corner. (K. Lee Lerner and Argosy. The Gale Group.) 
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Figure 1. The spectral classes and corresponding surface 
temperatures are given at bottom, while the luminosities are 
given at left. (The luminosities are in solar units, meaning that 
1 equals the luminosity of the sun, while 10 means ten times 
the luminosity of the sun, and so forth.) The stars are not 
randomly distributed on this graph, but fall in several well- 
defined areas, with most on a narrow strip running from 
upper left to lower right. This graph, the HR diagram, was a 
fundamental advance in astronomy. (I//ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


part of the spectrum—but only if the star’s temper- 
ature is about 10,000K (17,541°F [9,727°C]). If the star 
is much hotter, say 20,000K (35,541°F [19,727°C]), the 
hydrogen atoms can no longer absorb as much light in 
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the visual spectrum, so the lines are weaker. Very cool 
stars also have weaker hydrogen lines. 


In the early 1900s, a group of astronomers led by 
Annie Jump Cannon (1863-1941) at the Harvard 
Observatory began to classify stellar spectra. They 
grouped stars into spectral classes, with all the stars 
in a given spectral class having similar line patterns, 
just as biologists classify animals into groups such as 
families and species. Spectral classes are denoted by 
letters, and the main ones, in order of decreasing sur- 
face temperature, are O, B, A, F, G, K, and M. You 
can remember this by the mnemonic “Oh Be A Fine 
Girl (or Guy), Kiss Me!” Because stars have many 
elements in their atmospheres (hydrogen, helium, cal- 
cium, sodium, and iron, to name only a few), their 
spectra can have thousands of lines. To accommodate 
this complexity, the spectral classes are each divided 
into 10 subclasses, denoted by numbers. For example, 
there are FO stars, Fl stars, and so on until F9; the next 
class is GO. The Sun, with a surface temperature of 
5,800K (9,981°F [5,527°C]), is a G2 star. 


The first HR diagrams were created independently 
in the early 1900s by the astronomers Ejnar Hertzsprung 
(1873-1967) and Henry Norris Russell (1877-1957). 
Russell’s graph had spectral class plotted along the 
x-axis and a quantity related to luminosity (or brightness) 
plotted along the y-axis. Figure 1 shows such a graph. 


The nature of the HR diagram 


Figure 1 shows the important features of the HR 
diagram. The stars fall into several relatively narrow 
strips, denoted by Roman numerals, which W. W. 
Morgan, another famous classifier of stellar spectra, 
called luminosity classes. 


The main sequence 


Luminosity class V—the long, narrow strip run- 
ning diagonally across the diagram—s called the main 
sequence. The Sun lies on the main sequence, as do 90% 
of all stars. Stars on the main sequence are stable and 
healthy, shining as a result of nuclear fusion reactions in 
their cores that convert their hydrogen to helium. Stars 
spend most of their lives on the main sequence, so it is 
not surprising that most are found there. 


The main sequence slopes from upper left to lower 
right on the HR diagram. Therefore, the hotter main 
sequence stars are, the brighter they are. Main 
sequence O stars, or O V stars (using the luminosity 
class numeral), are extremely hot and blaze away with 
the brightness of 10,000 or more suns. At the other end 
of the main sequence are the little M V stars, shining 
with a dull glow, only 1% as bright as the sun. 
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Figure 2. Note how the upper end of the main sequence has a 
hook, with stars seeming to peel off to the right. This is 
because massive, bright stars burn their fuel faster and die 
earlier than cooler, less massive ones. Since all the stars in the 
Pleiades got their start in life at the same time, the fast-burning 
O stars have evolved into giants while the more sedate F and G 
stars are still on the main sequence. Because we know about 
how long the main sequence phase for different stars lasts, the 
location of the end of the main sequence, or turn-off point, tells 
how old the Pleiades are: about 100,000,000 years. (I/iustration 
by Hans & Cassidy. Courtesy of Gale Group.) 


For main sequence stars, there are also relation- 
ships between surface temperature, radius, mass, and 
lifetime. Hotter main sequence stars are both larger 
(greater radius) and more massive than cooler ones. So 
not only are O V stars brighter than the sun, they are 
also physically larger and may be 20 or more times as 
massive. M V stars may be only a tenth as massive as 
the sun. However, the brilliant O stars have to con- 
sume their hydrogen fuel thousands of times faster 
than their cooler cousins. Therefore, they live for a 
very short time—no more than a few million years— 
while stars like the sun may remain on the main 
sequence for 10 billion years. And the tiny, faint M 
stars, though not very impressive, will remain shining 
faintly on for hundreds of billions of years. 


Giant stars 


Main sequence stars are, by definition, normal. 
The other luminosity classes, of which the main ones 
are III and I, contain stars that are very different. 
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Figure 3. The M67 cluster, however, is much older than the 
Pleiades. Its O, B, A, and F stars are already well into 
gianthood. It takes F stars several billion years to burn all 
their hydrogen, so M67 must be around five billion years old. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Class III stars are fairly cool since they lie near the 
right side of the HR diagram. But they are also much 
brighter than any normal K and M star should be— 
perhaps 100 times as luminous as the sun. We know 
that luminosity depends on temperature. Normally cool 
stars would not be as bright as hot stars, just as a 
glowing ember in a campfire gradually gets dimmer as 
it cools. However, luminosity also depends on the size 
of an object. Imagine a glowing ember the size of a 
marble and another one, equally hot, the size of a 
beach ball. Clearly the larger one will be brighter, sim- 
ply because there is more of it. Therefore, class II stars 
must be huge to be so bright and yet so cool. 


For this reason, stars in luminosity class III are called 
giant stars. For example, Aldebaran, a bright K5 III star 
in the constellation Taurus (the Bull), has a diameter 
roughly 100 times greater than the sun’s. Aldebaran 
and many of the other bright but reddish stars you can 
see with the unaided eye are giants. If they were small 
main-sequence stars, they would be too faint to see. 


Now consider luminosity class I, lying at the very 
top of the HR diagram. If red stars 100 times brighter 
than the Sun are large, red stars 10,000 times brighter 
must be monstrous indeed. And they are: Antares, the 
M1 I star in the constellation Scorpio (the Scorpion), is 
so large that astronomers have been able to measure its 
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Hertzsprung-Russell diagram 


KEY TERMS 


Giant—A star that has exhausted nearly all of its 
hydrogen fuel and is using heavier elements as 
fuel to sustain itself against its own gravity. The 
processes occurring in its interior have forced it to 
expand until it is 10 to 100 times the diameter of the 
Sun. 


Luminosity—The amount of energy a star emits in a 
given amount of time. More massive stars are more 
luminous less massive ones, and they do not live as 
stable stars for as long. 


Luminosity class—One of several well-defined 
bands of stars on the HR diagram. The main lumi- 
nosity classes are denoted by the Roman numerals I, 
II, Ill, IV, and V, and stars belonging to them are 
called supergiants, bright giants, giants, subgiants, 
and dwarfs (or main sequence stars), respectively. 


Main sequence—The narrow strip of stars running 
from upper left to lower right on the HR diagram. 
Main sequence stars are those that are shining stabily 
and without any dramatic changes in their size or 


diameter directly. Antares, it turns out, is about 
400 times larger than the sun. If placed at the center 
of the solar system, Antares would extend past the 
orbit of Mars. All four inner planets, including Earth, 
would be swallowed in a 4,000K (6,741°F [3,727°C]) 
inferno. Stars like this are called supergiants, and 
Antares as well as hotter supergiants like Rigel (the 
foot of Orion, spectral type B8 I) are among the largest, 
most luminous, and most massive stars in the galaxy. 


The HR diagram and stellar evolution 


One of the most important properties of the HR 
diagram is that it lets us trace the lives of stars. A ball 
of gas officially becomes a star at the moment that 
nuclear fusion reactions begin in its core, converting 
hydrogen to helium. At the point the star is a brand- 
new main sequence object, and lies at the lower boun- 
dary of the main sequence strip. Sensibly enough, this 
is called the zero-age main sequence, or ZAMS. 


As a star ages, it gradually gets brighter. This 
means the star moves upward on the HR diagram, 
because it is getting more luminous. That is why the 
main sequence is a band and not just a line: different 
stars of a given spectral type are different ages and 
have slightly different luminosities. 
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surface temperature. About 90% of all stars are main 
sequence stars, including the sun. 


Spectral class—A classification category containing 
stars with similar patterns of absorption lines in their 
spectra. The spectral classes are denoted by the let- 
ters O, B, A, F, G, K, M, and represent a temperature 
sequence. The hottest stars are type O, while the 
coolest are type M. 


Supergiant—A star of extraordinary size and lumi- 
nosity, belonging to luminosity class |. These are 
massive stars (five to 30 times as massive as the 
sun) that have exhausted the hydrogen fuel in their 
cores and are burning heavier elements like helium 
and oxygen to sustain themselves. 


Turn-off point—The upper end of the main sequence 
in an HR diagram of a star cluster. Since more mas- 
sive (hotter) stars evolve off the main sequence faster 
than less massive (cooler) ones, the turnoff point 
gradually “moves down” the main sequence as the 
cluster ages. The location of the turn-off point reveals 
the current age of the cluster. 


When a star runs out of hydrogen, bizarre and 
fascinating things begin to happen. With its hydrogen 
nearly exhausted, the star begins fusion of heavier 
elements like helium, carbon, and oxygen to keep its 
interior furnace going. This causes the surface of the 
star to expand greatly, and it becomes very luminous, 
moving to the upper parts of the HR diagram. 


Giant stars, therefore, are dying beasts. They are 
stars that have run out of hydrogen and are now burn- 
ing heavier elements in their cores. Many giant stars are 
unstable and pulsate, while others shine so fiercely that 
matter streams away from them in a stellar wind. All 
these are important evolutionary states and occur in 
stars in specific parts of the HR diagram. 


Nowhere is stellar evolution more dramatically 
illustrated than in a star cluster HR diagram. Clusters 
are large groups of stars that all formed at the same 
time. Figures 2 and 3 show the HR diagram for two 
clusters, the Pleiades and M67. 


These are only a few of the ways in which HR 
diagrams reveal stars’ essential properties. The power 
and elegance of the HR diagram in improving our 
understanding of stars and how they evolve has made 
its invention one of the great advances in twentieth- 
century astronomy. More importantly, it demonstrates 
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how careful classification, often considered mundane 
or even boring work, can reveal the beautiful patterns 
hidden in nature and reward humans with a clearer 
understanding of the universe of which they are such 
a small part. 


See also Spectral classification of stars; Spectro- 
scopy; Stellar magnitudes; Stellar wind. 
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l Heterotroph 


The term heterotroph refers to a living organism 
that must ingest biomass to obtain its energy and 
nutrition. In contrast, autotrophs can take in inor- 
ganic sources of energy and use these to make their 
food. Green plants are autotrophs; they use sunlight 
and simple inorganic molecules to photosynthesize 
organic matter. All heterotrophs require the biological 
products of autotrophs for their sustenance—they 
have no other source of nourishment. 


All animals are heterotrophs, as are most micro- 
organisms (the exceptions being algae and blue-green 
bacteria). Heterotrophs can be classified according to 
the sorts of biomass that they eat. Animals that eat 
living plants are known as herbivores, while those that 
eat other animals are known as carnivores. Many 
animals eat both plants and animals, and these are 
known as omnivores. Animal parasites are a special 
type of carnivore that are usually much smaller than 
their prey, and do not usually kill the animals that they 
feed upon. 


Heterotrophic microorganisms mostly feed upon 
dead plants and animals, and are known as decom- 
posers. Some animals also specialize on feeding on 
dead organic matter, and are known as scavengers or 
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detritivores. Even a few vascular plants are heterotro- 
phic, parasitizing the roots of other plants and thereby 
obtaining their own nourishment. These plants, which 
often lack chlorophyll, are known as saprophytes. 


Humans are heterotrophs. This means that humans 
can only sustain themselves by eating plants, or by 
eating animals that have, themselves, grown by eating 
plants. While humans can manufacture some nutrients, 
the raw material for the manufacture cannot be made, 
but must be ingested. 


Bill Freedman 


| Hibernation 


Hibernation is a state of inactivity, or torpor, in 
which an animal’s heart rate, body temperature, and 
breathing rate are decreased in order to conserve 
energy through the cold months of winter. A similar 
state, known as estivation, occurs in some desert ani- 
mals during the dry months of summer. 


Hibernation is an important adaptation to harsh 
climates, because when food is scarce, an animal may 
use up more energy maintaining its body temperature 
and in foraging for food than it would receive from 
consuming the food. Hibernating animals use 70 to 
100 times less energy than when active, allowing them 
to survive until food is once again plentiful. 


Many animals sleep more often when food is 
scarce, but only a few truly hibernate. Hibernation 
differs from sleep in that a hibernating animal shows 
a drastic reduction in metabolism, or its rate of energy 
usage, and arouses relatively slowly, while a sleeping 
animal decreases its metabolism only slightly, and can 
wake up almost instantly if disturbed. In addition, 
hibernating animals do not show periods of rapid eye 
movement (REM), the stage of sleep associated with 
dreaming in humans. 


Bears, which many people think of as the classic 
hibernating animals, are actually just deep sleepers, 
and do not significantly lower their metabolism and 
body temperature. True physiological hibernation 
occurs only in small mammals, such as bats and wood- 
chucks, and a few birds, such as poorwills and night- 
hawks. Some species of insect show periods of 
inactivity where growth and development are arrested 
and metabolism is greatly reduced: this state is gener- 
ally referred to as diapause, although when correlated 
with the winter months it would also fit the definition 
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Hibernation 


Between July and September, the arctic 
ground squirrel gains weight in preparation for 
hibernation and spends time storing food 

and insulating its burrow with grass and hair. 


The young leave the burrow 
in mid-July, and by October 
already weigh as much as 
the adults. 


Females bear their 
young in the middle 

of June, after a 25-day 
gestation period. 


Mating occurs in mid-May. 


Awakening takes about 
three hours. About 40% 


of the squirrel's total body 


weight is lost during 
the period of hibernation. 


It enters hibernation in 
late September or early 
October by going through 
stages of torpor and 
arousal which gradually 
lower its body temperature. 


Deeply hibernating, the 
squirrel takes only three 
irregular breaths per 
minute. Its body 
temperature is near or 
slightly below freezing, 
and its heart beats only 
three or four times per minute. 


The squirrel may awaken 
every two or three weeks 
to move about, eat some 
stored food, or even 
venture to the surface. 


A year in the life of a female arctic ground squirrel. (Hans & Cassidy. Courtesy of Gale Group.) 


of hibernation. Some hibernating mammals are preg- 
nant while hibernating, and give birth soon after 
awakening from sleep. 


In 2004, German physiologist Kathrin Dausmann 
announced that fat-tailed dwarf lemurs hibernate in 
Madagascar for about one-half of the year. This dis- 
covery is the first tropical mammal and the first pri- 
mate to be found to hibernate. 


Preparing for hibernation 


Animals prepare for hibernation in the fall by stor- 
ing enough energy to last them until spring. Chipmunks 
accomplish this by filling their burrows with food, 
which they consume during periodic arousal from 
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torpor throughout the winter. Most animals, however, 
store energy internally, as fat. A woodchuck in early 
summer may have only about 5% body fat, but as fall 
approaches changes occur in the animal’s brainchemis- 
try that cause it to feel hungry and to eat constantly, 
which results in an increase to about 15% body fat. In 
other animals, such as the dormouse, fat may comprise 
as much as 50% of the animal’s weight by the time 
hibernation begins. A short period of fasting usually 
follows the feeding frenzy, to ensure that the digestive 
tract is completely emptied before hibernation begins. 


Many hibernators also produce a layer of speci- 
alized fat known as brown fat (brown adipose tissue), 
which lies between the shoulder blades of the animal. 
Brown fat is capable of rapidly producing large 
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amounts of heat when it is metabolized, which raises 
the animal’s body temperature and brings about the 
eventual arousal of the animal from hibernation. 


Entering hibernation 


Going into hibernation is a gradual process. Over 
a period of days, the heart rate and breathing rate drop 
slowly, reaching slow steady rates of just a few times 
per minute. The body temperature also plummets 
from mammalian levels of 101.5 to 103.5°F (38.6 to 
39.7°C) to 50 to 68°F (10 to 20°C). The lowered body 
temperature is regulated about the new set point, and 
therefore makes fewer demands on metabolism and 
food stores. 


Electrical activity in the brain almost completely 
ceases during hibernation, although some areas 
remain active. These are primarily areas that respond 
to external stimuli such as light, temperature, and 
noise, so that the hibernating animal can be aroused 
under extreme conditions. 


Arousal 


Periodically, perhaps every two weeks or so, the 
hibernating animal will arouse and take a few deep 
breaths to refresh its air supply, or in the case of the 
chipmunk, to grab a bite to eat. If it is a particularly mild 
winter day, some animals may venture above ground. 
These animals, including chipmunks, skunks, and rac- 
coons, are sometimes called shallow hibernators. 


Arousal begins with an increase in the heart rate. 
Blood vessels dilate, particularly around the heart, 
lungs, and brain, leading to an increased breathing 
rate. Blood also flows into the layer of brown fat, 
increasing activity there and causing a rise in body 
temperature. Eventually, the increase in circulation 
and metabolic activity spreads throughout the body, 
reaching the hindquarters last. It usually takes several 
hours for the animal to become fully active. 


The importance of understanding 
hibernation 


Scientists are interested in discovering the mecha- 
nisms that control hibernation and arousal, and the 
means by which animals survive such critically low 
metabolic activity. Many researchers hope to discover 
ways of placing human beings into a state of hiberna- 
tion, thus allowing them to survive medical operations 
that cut off much of the supply of blood to the brain, 
or even to embark on long space voyages to planets 
such as Mars. Other researchers look at the changes in 
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KEY TERMS 


Torpor—A state of dormancy or inactivity. 


brain chemistry of hibernators as a way of understand- 
ing obesity in humans, or as a way to unravel the 
mysteries of sleep and the functioning of the human 
brain. 
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Hickory see Walnut family 


High-temperature superconductivity see 
Superconductor 


I Himalayas, geology of 


The Himalayan Mountains are 1,550 mi (2,500 
km) long from west to east, encompassing all of 
Nepal and Bhutan and parts of Afghanistan, India, 
Pakistan, and China. The north-south width varies 
from 125-250 mi (200-400 km), and the range cover 
229,500 sq mi (594,400 sq km) of Earth’s area. In 
height, the range rises to the top of Everest at 29,028 
ft (8,848 m) and much of the area is at an elevation of 
2.5 mi (4 km) above sea level. The Himalayas are part 
of a band of mountain ranges that cross the globe from 
North Africa to the Pacific coast of Asia. They are 
bordered by the Karakoram and Hindu Kush ranges 
as well as the Tibetan Plateau. 


Ranges and origin 


The Himalayas consist of four distinct ranges: the 
northernmost Trans-Himalayas, the Greater or 
Tibetan Himalayas, the Lesser or Lower Himalayas, 
and the southernmost Outer Himalayas. The four 
ranges parallel each other in long belts from west to 
east, but each has a different geologic history. 
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Himalayas, geology of 


Before the Jurassic period (180 million years ago), 
India, South America, Africa, Australia, and Antarctica 
were united as one supercontinent called Gondwanaland 
or Gondwana. In Jurassic times, this supercontinent 
began to break into fragments that moved away from 
each other. India began to move northward toward 
Eurasia, but between the Eurasian Plate and the Indian 
Plate, was the Tethys Trench containing a deep ocean. 
The Indian Plate moved to the north over the course of 
130 million years. In the Tertiary period (50 million years 
ago), it finally collided with Eurasia. Collisions like this 
between continents typically take millions of years and 
involve volcanic eruptions, earthquakes, metamorphism 
of rocks as the result of intense pressure, and episodes of 
mountain-building. Geologists have been able to use the 
metamorphic rocks in the Himalayas to date these events 
by measuring radioactivity remaining in the rocks. 


Mountain building 


As India pushed toward Eurasia, sedimentary 
rocks deposited the Tethys Trench were compressed, 
folded, and faulted. Zones of weaknesses in the sedi- 
mentary rocks allowed basalt and granite to intrude 
upward from Earth’s mantle. When the Indian plate 
encountered the Tethys trench, the plate was sub- 
ducted into the trench and uplift of adjacent rocks 
created the Tibetan Plateau. The Trans-Himalayan 
Range formed the southern edge of the Plateau. 
As the mountains rose, new rivers were created, and 
their drainage changed the climate and the downslope 
topography. At this point in the development of the 
Himalayas, the mountains were impressive but 
had not reached the monumental elevations we know 
now. 


From about 50-23 million years ago, the subduc- 
tion began to slow (rocks of the Indian plate were too 
buoyant to be drawn down into the mantle), and the 
plate corner collided with Asia and began to slide 
under Asia. During the Miocene epoch (23 million 
years ago), the compression of the plates intensified 
and continued into the Pliocene epoch (1.6 million 
years ago). As the Indian plate slid under the Asian 
plate, its upper layers were stripped off and thrust back 
onto the subcontinent. These layers, called nappes, 
were older metamorphic rock from Gondwana. As 
the mountains rose, the rivers steepened, the runoff 
and erosion increased, deposition of sediments similarly 
increased, and the weight of the sediments forced 
receiving basins downward so they could hold still 
more alluvium. 


The creation of the nappes left a core zone. In the 
middle of the Pleistocene epoch about 600,000 years 
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ago, the most significant stage of mountain building 
began. As Mount Everest itself was uplifted, older 
sedimentary rocks, including marine limestone from 
the Tethys Basin, were uplifted and now occupy the 
summit. These uplift episodes again changed the cli- 
mate and blocked rains from moving to the north. The 
mountains on the north (the Trans-Himalayas) and 
the Tibetan Plateau became deserts. Heavy rains to the 
south changed the line of the crest and shifted the 
direction of rivers to create a high midland region 
between the Greater Himalayas and the Lesser 
Himalayas to the south. High valleys filled with sedi- 
ment to form lush valleys like the Kathmandu Valley. 
The Outer Himalayas including the Siwalik Hills form 
the southern line of the Himalayas, and the Gangetic 
Plain (draining toward the Ganges River) lies below it 
for the full extent of the Indian subcontinent and 
Bangladesh. 


Seismic activity 


The northeastern end of the Gangetic Plain has 
experienced four great earthquakes with a Richter 
magnitude exceeding 8.0 in the past 100 years, begin- 
ning with the Assam earthquake in 1897. Over 30,000 
people perished in these quakes. The origin of the 
earthquakes is the same tectonic, plate-moving action 
that welded the Indian subcontinent to Eurasia and 
formed the Himalayan Mountain Range as a kind of 
massive suture. Along the line where the outer 
Himalayas border the Gangetic Plain, seismic gaps 
store the strain from tectonic movement. One of 
these, called the Central Seismic Gap, has not released 
its strain in the form of an earthquake in an estimated 
745 years (since a great earthquake that may have 
killed the king of Nepal in 1255). The Central 
Seismic Gap is about 500 mi (800 km) long and lies 
between the regions struck by great earthquakes in 
1905 and 1934. The Muzaffarabad earthquake of 
October 8, 2005, with a magnitude of 7.6 and an epi- 
center in eastern Pakistan, killed some 75,000 people 
in the Kashmir regions of Pakistan and India. 


The faults along which earthquakes occur were 
created by the pressure of the Indian subcontinent. 
After the period when it was subducted under the 
Eurasian plate, the plate’s direction changed and it 
pushed toward Tibet, compressing the edge of Tibet 
and creating faults. Geologists know plate movement 
is continuing from the earthquake activity but also 
from the continuing formation of hills along the 
southern limits of the Himalayas. The longest fault, 
called the Main Detachment fault, is as long as the 
Himalayan Range from west to east. If the fault does 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Alluvium—Particles of soil and rock that are moved 
as sediments by flowing water. 


Gondwanaland—An ancestral supercontinent that 
broke into the present continents of Africa, South 
America, Antarctica, and Australia as well as the 
Indian subcontinent. 


Metamorphism—tThe process of changing existing 
rock by increased temperature or pressure without 
melting. 

Nappes—Folds of rock strata that become flat 
lying. 

Plate tectonics—The motion of large sections of 
Earth’s crust. 


Seismic gap—A length of a fault, known to be 
historically active, that has not experienced an 
earthquake recently and may be storing strains 
that will be released as earthquake energy. 


Seismology—tThe study of earthquakes. 


Subduction—In plate tectonics, the movement of 
one plate down into the mantle where the rock 
melts and becomes magma source material for 
new rock. 


Trilobites—Extinct crustaceans that lived from the 
Cambrian through the Permian Periods. Their 
extensive fossil evidence helps geologists and pale- 
ontologists understand early rocks and early life on 
Earth. 


rupture, it is most likely to occur where the greatest 
strain has accumulated at the Central Seismic Gap. 


In analyzing geologic processes and earthquake 
hazards, geologists have used technology to measure 
movements in areas that are remote, frigid, and nearly 
inaccessible. By routinely using global positioning sys- 
tem (GPS) data to survey a line of reference points, 
scientists are understanding geophysics, geomechanics, 
and the convergence of continents. They have found 
that India is moving to the northeast toward Asia at a 
velocity of about 2.5 in (6 cm) per year. Studies of 
paleontology (fossils) in the Himalayas have contrib- 
uted to the current understanding of the range’s geo- 
logic and seismic history. Comparison of fossilized 
trilobites (ancient crustaceans) found in different loca- 
tions in the Himalayas and the places where they were 
known to have lived helps superimpose the geologic 
timetable on the components of the comparatively 
young Himalayas. 
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[ Hippopotamus 


The common or_ river hippopotamus 
(Hippopotamus amphibius) is a huge, even-toed hoofed 
herbivore that lives in bodies of freshwater in central 
and southern Africa. A second species, the pygmy 
hippopotamus (Hexaprotodon liberiensis), lives in 
water bodies in West African rainforests. Both species 
are included in the family Hippopotamidae. 


The name hippopotamus means “river horse” but 
hippos are only distantly related to horses. Horses are 
odd-toed hoofed animals, while hippos are even-toed 
in the class Artiodactyla. Hippos have four hoofed 
toes on each foot. The common hippo has webbing 
between its toes, while the pygmy hippo has less 
webbing. 


Fossil finds indicate that hippos were formerly 
found throughout much of Eurasia, but today hippos 
are found only in the tropical regions of Africa. The 
common hippo is abundant in the rivers, lakes, and 
swamps of most of sub-Saharan Africa, while the 
pygmy hippo is limited to forested areas in West 
Africa. 


The common hippo 


The common hippo is barrel-shaped, measuring 
14 ft (4 m) long, 4.5 ft (1.5 m) high and weighing about 
2 tons (1,800 kg). Large males have been known to 
reach 4.5 tons (3,800 kg). The common hippo is slate 
brown in color, shading to either a lighter or darker 
color on the underside. 


Common hippos have relatively short legs for 
their vast girth, but hippos spend most of the day 
under water, with only the top of their head visible. 
Their eyes are sited on top of their head, and some- 
times only the eyes, the flicking ears, and a small 
mound of back are all that is visible. 
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Hippopotamus 


A hippopotamus. (William & Marcia Levy. The National Audubon 
Society Collection/Photo Researchers, Inc.) 


The hippo’s teeth and its diet 


Hippos have a huge mouth, measuring up to 4 ft 
(1.2 m) across, and a pair of huge incisors in each jaw. 
Only a few teeth are immediately visible, mainly the 
curved lower canine teeth (which are a source of ivory) 
on the outer part of the jaw. Like tusks, these teeth 
continue to grow and can reach a length of 3 ft (1 m). 
Hippos are herbivores, grinding up vegetation with 
their big, flat molars at the back and the mouth. 
Hippos die when their molars have worn down too 
much to grind food. 


After sunset, hippos come onto land in search of 
succulent grasses and fruits. The path to an individual 
bull’s foraging ground may be marked by a spray of 
excrement that warns other hippos away. The cows do 
not mark their paths. Individual animals may wander 
as far as 20 mi (32 km) during the night to find food. It 
takes almost 150 Ib (68 kg) of food each night to satisfy 
a hippo’s appetite. 


Hippo in water 


A hippo’s eyes, ears, and nostrils are all positioned 
in a single plane that can stay above water when the 
rest of the animal is submerged. Both the ears and the 
nostrils can close, at least partially, when in water. 
Hippos do not see well either on land or in the water; 
instead, they depend on their acute hearing to warn 
them of danger and their good sense of smell to find 
food. When alarmed, a hippo may quietly submerge or 
it may attack, especially if it is threatened by people in 
boats. Several hundred people are killed by hippos 
each year in Africa. 
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Hippos spend most of the day in groups in the 
water. They prefer water about 5 ft (1.5 m) deep, just 
deep enough to swim if they want to or to walk on the 
bottom. Hippos can stay completely submerged for 
about six minutes, but they generally rise to breathe 
again after only two or three minutes. They can control 
the rate of their rising and sinking in the water by 
changing the volume of air in their lungs by movements 
of the diaphragm. Hippos can walk on the bottom of 
the river or lake at a rate of about 8 mi (13 km) per hour. 
On land, they can run at up to 20 mi (32 km) an hour. 


Reproduction 


A single herd of hippos may include up to 100 
animals. The herd’s location, foraging, and movement 
are controlled by a group of mature females. The 
females and their young inhabit the center of a herd’s 
territory, called the créche. The male’s individual ter- 
ritories, called refuges, are spaced around the créche. 
A bull will defend his territory against another bull. If 
roars and open mouths do not scare off the challenger, 
they attack each other with open mouths, trying to 
stab their canine teeth into each other’s head or heart. 


The animals breed as the dry season is ending, 
with the females selecting their mates. Hippos mate 
in water. Gestation lasts about eight months, and the 
calves are occasionally born in the water at the height 
of the rainy season when the most grass is available. A 
new calf is about 3 ft (1 m) long and weighs about 60 Ib 
(27 kg) when born. On land, it can stand very quickly. 
It will be several weeks, however, before the mother 
and her infant rejoin the group. 


Once taken into the créche, the young hippos are 
tended by all the females. Although adult hippos have 
few enemies, the calves are small enough to be taken by 
lions and crocodiles. Until young hippos start to swim by 
themselves, the young may ride on their mothers’ backs 
when in the water. Once they can swim, the calves may 
nurse, eat, and even nap under water. They automatically 
come up to the surface to breathe every few minutes. 


Young females are sexually mature at three to 
four years old, but usually do not mate until they are 
seven or eight years old. Male hippos are mature at 
about five years old, but do not successfully challenge 
the dominant males for the right to mate until they are 
much older. A cow with a young calf will usually have 
another calf when the first one is two or three years 
old. Because an adolescent hippo is not ready to go out 
on its own until about four years of age, a cow may be 
taking care of two calves at once. In the wild, hippos 
live for about 30 years, while in captivity they can live 
past 40 years old. 
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Créche—The central group in a herd of hippos, 
including mature females and calves. 


The pygmy hippo 

Pygmy hippos were discovered relatively recently 
in 1913, when an agent for a German animal collector 
caught several specimens and sent them back to 
Europe. The smaller pygmy hippo is proportioned 
more like a pig than the common hippo. Pygmy hippos 
reach a height of only about 3 ft (1 m), a length of 5 ft 
(1.5 m), and weigh only about 500 lb (227 kg). The oily 
black skin has a greenish tinge, with lighter colors, 
even yellow-green, on its underparts. 


Unlike the common hippo, the pygmy hippo’s 
eyes do not bulge out and it has only one set of inci- 
sors. The skin contains glands that secrete an oil that 
looks reddish in sunlight, a characteristic which 
prompted sideshow claims that the pygmy hippo 
sweated blood. The oil probably acts as a sunscreen 
and is also thought to have antiseptic properties. 
Pygmy hippos’ skin dries out very easily, so they live 
within an easy stride of water. Pygmy hippo calves are 
born after a seven month gestation, weigh less than 10 
Ib (4.5 kg), and have to be taught to swim. 


Hippos and people 


Hippos herds greatly benefit the rivers and lakes 
where they live, their excrement fertilizing the vegeta- 
tion of the habitat. As a result, all animals in the food 
chain benefit, and fishing is usually very good in hippo 
areas. When the supply of nearby vegetation in areas 
near hippo pools became scarce, however, these huge 
animals sometimes feed in farm fields, where many 
have been shot. Also, hippos are hunted for their 
meat, hide, and ivory tusks. 


The numbers of pygmy hippos left in the wild is 
uncertain because they are so rarely seen, but it is 
likely that they are an endangered species due to hab- 
itat degradation and hunting pressure. Luckily, pygmy 
hippos breed well in zoos, and it may one day be 
possible to restock the wild habitats. 
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| Histamine 


Histamines are chemicals released by cells of the 
immune system during the inflammatory response, 
which is one of the body’s defenses against infection. 
For instance, the inflammatory response helps neu- 
tralize bacteria that enter the body when the skin is 
accidentally cut with a knife. In addition, the sneezing, 
runny nose, and itchy eyes of allergies are actually 
small-scale inflammatory responses initiated by aller- 
gens such as dust, mold, and pollen. Histamines play a 
prominent role in both kinds of reactions. 


Histamines are contained within two types of 
immune cells, basophils and mast cells. Basophils are 
free-floating immune cells, while mast cells are fixed in 
one place. When basophils and mast cells are activated 
by other immune cells—such as in response to inva- 
sion of the body by bacteria—they release histamines 
into body tissues. 


Once histamines are released, they exert a variety 
of effects. Histamines dilate blood vessels, stimulate 
gland secretion, and prompt the release of proteins 
from cells. These effects, in turn, help the body rid 
itself of foreign invaders. The dilation of blood vessels 
increases the circulation of blood to the injured area, 
washing away harmful bacteria. The release of pro- 
teins from cells attracts other immune cells to the area, 
such as macrophages, which engulf and destroy bacte- 
rial invaders. In response to these activities within the 
body, the injured area becomes red, swollen, and pain- 
ful. These symptoms of inflammation signal that the 
body’s inflammatory response is activated. 


Histamines also play a role in allergic responses. 
Instead of responding to bacterial or viral invaders, 
mast cells and basophils bind to allergens and then 
release histamines and a special kind of antibody 
called IgE. Histamines released from mast cells in the 
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nasal passages, lungs, and throat in response to aller- 
gens prompt inflammatory responses in these organs, 
leading to allergic symptoms, such as a running nose, 
coughing, sneezing, and watery eyes. 


An effective way to control allergic symptoms is to 
disable the histamines with antihistamines which pre- 
vent the allergen from exerting their effects on the 
tissues. Antihistamines are the active ingredients in 
many allergy medications, and work by binding to 
the released histamines, effectively inactivating them. 
Until recently, antihistamines had an inconvenient 
side effect: they caused drowsiness. Newer antihist- 
amines do not cause drowsiness, and most people 
can tolerate these antihistamines without side effects. 


[ Historical geology 


Historical geology is the study of changes in Earth 
and its life forms over time. It includes sub-disciplines 
such as paleontology, paleoclimatology, and paleo- 
seismology. In addition to providing a scientific 
framework for understanding the evolution of Earth 
over time, historical geology provides important infor- 
mation about ancient climate changes, volcanic erup- 
tions, and earthquakes that can be used to anticipate 
the sizes and frequencies of future events. 


Scientific interpretation of Earth’s history requires 
an understanding of currently operating geologic proc- 
esses. According to the doctrine of actualism, geologists 
understand that geologic processes operating today are 
similar to those that operated in the past. The rates at 
which the processes occur, however, may be different. 
By studying modern geologic processes and their prod- 
ucts, geologists can interpret rocks that are the products 
of past geologic processes and events. For example, the 
layering and distribution of different grain sizes within a 
sandstone layer may be similar to those in a modern 
beach, leading geologists to infer that the sandstone was 
deposited in an ancient beach environment. There have 
been some past geologic events, however, that are 
beyond the range of human experience. Evidence of 
catastrophic events such asteroid impacts on Earth 
has led geologists to abandon the strict doctrine of 
uniformitarianism, which holds that all of the geologic 
past could be explained in terms of currently observable 
processes, in favor of actualism. 


Rocks preserve evidence of the events that formed 
them and the environments in which they were formed. 
Fossils are an especially useful type of biological 
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evidence preserved in sedimentary rocks (they generally 
do not occur in igneous or metamorphic rocks). 
Organisms thrive only in those conditions to which 
they have become adapted over time. Therefore, the 
presence of particular fossils in a rock provides paleon- 
tologists with insights into the environment in which the 
fossilized organisms lived. Sediments and sedimentary 
rocks also preserve a variety of tracks, trails, burrows, 
and footprints known as trace fossils. Information 
about tree ring widths and changes in the isotopic com- 
position of some sedimentary rocks and glacial ice over 
time have been used to reconstruct patterns of past 
climate changes over millennial time scales. These pat- 
terns, in turn, provide important information about the 
magnitude and frequency of future climate changes. 


Any study of Earth’s history involves the element 
of time. Relative geologic time considers only the 
sequence in which geologic events occurred. For exam- 
ple, rock A is older than rock B, but younger than rock 
C. Relative geologic time is based largely on the pres- 
ence or absence of index fossils that are known to have 
existed over limited ranges of geologic time. Using the 
concept of relative geologic time, geologists in the nine- 
teenth century correlated rocks around the world and 
developed an elaborate time scale consisting of eons, 
eras, periods, and epochs. The development of radio- 
metric dating techniques during the second half of the 
twentieth century allowed geologists to determine the 
absolute ages of rocks in terms of years and assign 
specific dates to the relative time boundaries, which 
had previously been defined on the basis of changes 
in fossil content. 


See also Fossil and fossilization; Geochemical 
analysis; Geochemistry; Geophysics; Stratigraphy. 


I Hoatzin 


The hoatzin (Opisthocomus hoazin) is one of the 
world’s most peculiar bird species. It is the sole member 
of its family, Opisthocomidae. It is peculiar enough to 
have defied taxonomists’ best efforts for years. 


This bird lives only in the rainforests of northern 
South America. Its feathers are dark brown on the 
back and lighter below, and chestnut-colored on its 
sides. The skin around its red eyes is a startling electric 
blue. Its head is topped by a crest of long chestnut- 
colored feathers. 


The hoatzin builds its next of sticks in trees or large 
bushes, usually on boughs that overhang the water. 
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Into this nest the female lays two or three (though 
sometimes as many as five) buff-colored eggs speckled 
with blue or brown. After an incubation period of 28 
days, out of these eggs hatch some of most remarkable 
chicks in the order Aves. 


Hoatzin chicks are naked, and proof of the old 
aphorism “a face only a mother could love.” But beauty 
does not count: what does count is the tiny claws on the 
chick’s wings. The claws help the chick to hold on as it 
moves through the branches. But even if it should 
tumble off the branch and fall into the water below, 
the hoatzin chick can swim to the nearest branch or tree 
trunk and climb back up the tree into the nest. 


Some people have called the hoatzin a living fossil 
and equated these claws with those of Archaeopteryx, 
the ancestor of modern birds that lived 150 million 
years ago. However, the claws are not unique among 
birds: some species of geese retain spurs on their wings 
into adulthood, and young European coots have a 
single claw on each wing that helps them climb back 
to the nest as well. It is more likely that the hoatzin’s 
claws are not a relic, but a recent adaptation to its 
rather precarious nesting site. 


Hoatzins are remarkable for still another reason. 
Their diet consists strictly of vegetable matter—leaves, 
flowers, and fruits. It is the only tree-dwelling bird that 
feeds its young on leaves. To handle this fibrous diet, 
the hoatzin has evolved a very large crop, or gizzard, in 
which it grinds up the tough cellulose fibers of the 
leaves. The crop is so large that it accounts for about 
one-third of the adult bird’s 28 oz (793 g) body weight. 


l Hodgkin’s disease 


Hodgkin’s disease is a type of cancer involving 
tissues of the lymphatic system. The lymphatic system 
is a network of organs, tissues, and ducts in the human 
body. The lymphatic system maintains the fluid bal- 
ance in the body by coordinating the draining of fluid 
from cells and tissues back into the bloodstream. Also, 
the lymphatic system aids in fighting infections caused 
by microorganisms, by supplying the body with white 
blood cells. 


A variety of cancers called lymphomas affect the 
lymph tissues. Hodgkin’s disease represents a specific 
type of lymphoma. Its cause is unknown, although 
some interaction between individual genetic makeup, 
environmental exposures, and infectious agents is 
suspected. 
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A scanning electron micrograph (SEM) image of dividing 
Hodgkin’s cells from the pleural effusions (abnormal 
accumulations of fluid in the lungs) of a 55-year-old male 
patient. (Dr. Andrejs Liepins. National Audubon Society 
Collection/Photo Researchers, Inc.) 


Hodgkin’s lymphoma can occur at any age. The 
majority of all cases of Hodgkin’s lymphoma occur in 
people between the ages of 15 and 34 years, and those 
who are older than 60 years of age. The American 
Cancer Society (ACS) stated that in 2005 about 7,350 
new cases of Hodgkin’s disease were diagnosed in the 
United States, with about 3,370 occurring in women 
and 3,980 in men. The statistics in the near past have 
remained relatively consistent with the numbers seen 
in 2005. The death rate has fallen by more than 60% 
since the early 1970s, primarily due to advances in 
medical treatments of the disease. 


History 


Examples of the syndrome were first recorded by 
Italian physician and physiologist Marcello Malpighi 
(1628-1694), in 1666, but it was an English physician, 
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Hodgkin’s disease 


Thomas Hodgkin (1798-1866), who first described the 
disease in detail in 1832. 


Born in London, England, in 1798, Hodgkin 
received his medical degree in 1821 from the University 
of Edinburgh and served as lecturer on morbid anatomy 
at Guy’s Hospital in London from 1825 to 1837. 
Hodgkin introduced the use of the newly invented 
stethoscope to Great Britain from the European conti- 
nent and promoted the importance of postmortem 
examination. Passed over for an appointment as assis- 
tant physician at Guy’s Hospital, Hodgkin, a Quaker, 
devoted increasing amounts of time in his later years to 
philanthropic and humanitarian concerns. He died of 
dysentery in Jaffa on a mission to Palestine in 1866. 


Hodgkin’s interest in postmortem investigations 
led to the presentation of a paper in 1832 titled “On 
Some Morbid Appearances of the Absorbent Glands 
and Spleen,” describing a particular type of lymphoma 
characterized by swollen lymph tissue. The importance 
of this paper was not recognized until 1856, when 
English physician and biographer Samuel Wilks 
(1824-1911) described the condition and named it 
Hodgkin’s disease. 


The lymphatic system 


The lymphatic system is part of the body’s immune 
system. It consists of a number of elements. First, there 
is a network of vessels. The vessels drain tissue fluid 
from all the major organs of the body, including the 
skin, and from all four limbs. These vessels pass 
through lymph nodes on their way to empty their con- 
tents into major veins at the base of the neck and within 
the abdomen. 


The lymph nodes are clusters of specialized cells 
that serve to filter the lymph fluid. In this capacity, 
they trap foreign substances such as viruses, bacteria, 
cancer cells, as well as any other encountered debris. 
For example, the examination of lymph nodes from 
people who live in large, industrialized cities typically 
detects gritty, dark material, which is not present in 
the lymph nodes of people who live in rural settings. 
This is because the lymph nodes of the city dweller 
have received fluid from the lungs, which contain 
debris from polluted city air. 


Another component of the lymphatic system are 
lymphocytes. Lymphocytes are cells of the immune 
system. They are produced within bone marrow, 
lymph nodes, and spleen, and circulate throughout the 
body in both blood and lymph fluid. These cells work to 
identify and rid the body of any invaders that threaten 
health. 
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Still another component of the lymphatic system 
are clusters of scavengerlike immune cells. These exist 
in major organs, and provide immune surveillance on 
location. These include the tonsils and adenoids in the 
throat/pharynx, Kupffer cells in the liver, Peyer’s 
patches in the intestine, and other specialized immune 
cells stationed in the lungs and the brain. 


Cancer 


Cancer is a general term that refers to a condition 
in which a particular type of cell within the body begins 
to multiply in an out-of-control fashion. This may 
mean that cancer cells multiply more quickly, or it 
may mean that cancer cells take on abnormal charac- 
teristics. For example, at a very early stage in embry- 
onic development (development of a fetus within the 
uterus), generic body cells begin to differentiate. Cells 
acquire specific characteristics that ultimately allow 
liver cells to function as liver cells, blood cells as 
blood cells, brain cells as brain cells, and so on. Thus, 
cancer can be considered a process of de-differentiation. 
In other words, a specialized type of cell loses whatever 
controls govern the expression of its individual charac- 
teristics and instead revert to a more embryonic cell. 
Such cells also lose their sense of organization and no 
longer position themselves appropriately within their 
resident tissue. 


Cancer cells can also acquire the ability to invade 
other tissues. Normally, for example, breast cells are 
found only in breast tissue. However, cancerous breast 
cells can invade into other tissue spaces, so that breast 
cancer can spread to bone, liver, brain, etc. 


Lymphoma is a cancer of the lymph system. 
Depending on the specific type, a lymphoma can 
have any or all of the characteristics of cancer. These 
characteristics include rapid multiplication of cells, 
abnormal cell types, loss of normal arrangement of 
cells with respect to each other, and invasive ability. 


Causes and symptoms of Hodgkin’s 
lymphoma 


Hodgkin’s lymphoma usually begins in a lymph 
node. This node enlarges, but may or may not cause the 
pain that typically results when lymph nodes enlarge 
because of an infection by a microorganism. Hodgkin’s 
lymphoma progresses in a predictable way, traveling 
from one group of lymph nodes on to the next. More 
advanced cases of Hodgkin’s include involvement of 
the spleen, the liver, and bone marrow. 


Constitutional symptoms (symptoms which affect 
the whole body) are common, and include fever, weight 
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loss, heavy sweating at night, and itching. Some 
patients note pain after drinking alcoholic beverages. 


As the lymph nodes swell, they may push on other 
nearby structures. This pressure produces other symp- 
toms. These symptoms include pain from pressure 
on nerve roots, as well as loss of function of specific 
muscle groups served by the compressed nerves. 
Kidney failure may result from compression of the 
ureters, the tubes that carry urine from the kidneys 
to the bladder. The face, neck, or legs may swell due to 
pressure slowing the flow in veins that should drain 
blood from those regions (superior vena cava syn- 
drome). Pressure on the spinal cord can result in para- 
lysis of the legs. Compression of the trachea and/or 
bronchi (airways) can cause wheezing and shortness of 
breath. Masses in the liver can cause the accumulation 
of certain chemicals in the blood, resulting in jaundice 
(a yellowish discoloration of the skin and the whites of 
the eyes). 


As Hodgkin’s lymphoma progresses, a patient’s 
immune system becomes less and less effective at fight- 
ing infection. Thus, patients with Hodgkin’s lym- 
phoma become increasingly more susceptible to both 
common infections caused by bacteria and unusual 
(opportunistic) infections caused by viruses, fungi, 
and protozoa. 


The exact cause of Hodgkin’s disease is not 
known. Viruses, particularly the Epstein-Barr virus 
(a herpes virus that causes infectious mononucleosis), 
are found in tissues of 20-50% of people with 
Hodgkin’s disease. However, a link between the virus 
and Hodgkin’s disease has not been established. 


Another suggested cause is socioeconomic condi- 
tions. Studies have demonstrated that Hodgkin’s disease 
is more prevalent in wealthier people in the developed 
world. It has been speculated that the hygienic condi- 
tions that most of these people grow up in does not 
stress their immune systems in a way that is healthy for 
them. Other suggested causes include exposure to chem- 
icals, and a genetic disposition (including the activity of 
cancerous genes known as oncogenes). 


Diagnosis 


As with many forms of cancer, diagnosis of 
Hodgkin’s disease has two important components. 
First is the identification of Hodgkin’s lymphoma as 
the cause of the patient’s disease. Second is the staging 
of the disease; that is, an attempt to identify the degree 
of spread of the lymphoma. 


Diagnosis of Hodgkin’s lymphoma requires removal 
of a sample of a suspicious lymph node (biopsy) and 
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careful examination of the tissue under a microscope. In 
Hodgkin’s lymphoma, certain characteristic cells, which 
are called Reed-Sternberg cells, must be present in order 
to confirm the diagnosis. These cells usually contain two 
or more nuclei. The nucleus is the oval, centrally located 
structure within a cell that houses the genetic material of 
the cell. Reed-Sternberg cells also have other unique 
characteristics, which cause them to appear under the 
microscope as owl’s eyes or yin-yang cells. In addition 
to the identification of these Reed-Sternberg cells, other 
cells in the affected tissue sample are examined. The 
characteristics of these other cells help to classify the 
specific subtype of Hodgkin’s lymphoma present. 


Once Hodgkin’s disease has been diagnosed, stag- 
ing is the next important step. This involves computed 
tomography (CT) scans of the abdomen, chest, and 
pelvis, to identify areas of lymph node involvement. In 
rare cases, a patient must undergo abdominal surgery 
so that lymph nodes in the abdominal area can be 
biopsied (staging laparotomy). Some patients have 
their spleens removed during this surgery, both to 
help with staging and to remove a focus of the disease. 
Bone marrow biopsy is also required unless there is 
obvious evidence of vital organ involvement. Some 
physicians also order lymphangiograms (a radiograph 
of the lymphatic vessels). 


Staging is important because it helps to determine 
what kind of treatment a patient should receive. It is 
important to understand the stage of the disease so 
that the treatment chosen is sufficiently strong to pro- 
vide the patient with a cure. All available treatments, 
however, have potentially serious side effects. The goal 
of staging, then, is to allow the patient to have the type 
of treatment necessary to achieve a remission, but to 
minimize the severity of short- and long-term side 
effects from which the patient may suffer. 


Treatment 


Treatment of Hodgkin’s lymphoma has become 
increasingly effective over the years. The type of treat- 
ment used for Hodgkin’s depends on the information 
obtained by staging, and may include chemotherapy 
(treatment with a combination of drugs), and /or 
radiotherapy (treatment with x rays that kill cancer 
cells). 


Both chemotherapy and radiotherapy often have 
side effects. Chemotherapy can result in nausea, vomit- 
ing, hair loss, and increased susceptibility to infection. 
Radiotherapy can cause sore throat, difficulty swallow- 
ing, diarrhea, and growth abnormalities in children. 
Both forms of treatment, especially in combination, 
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can result in sterility (the permanent inability to pro- 
duce offspring), as well as heart and lung damage. 


The most serious negative result of the currently 
available treatments for Hodgkin’s disease is the possi- 
ble development in the future of another form of cancer. 
This phenomenon is referred to as second malignancy. 
Examples of second cancers include leukemia (cancer of 
a blood component), breast cancer, bone cancer, or 
thyroid cancer. A great deal of cancer research is 
devoted to preventing these second malignancies. 


Prognosis 


Hodgkin’s is one of the most curable forms of 
cancer. Current treatments are quite effective. Children 
have a particularly high cure rate from the disease, with 
about 75% still living cancer-free 20 years after the 
original diagnosis. Adults with the most severe form of 
the disease have about a 50% cure rate. 


See also Genetic disorders. 


Resources 


BOOKS 

Jaffe, E.S., N.L. Harris, H. Stein, et al. Pathology and 
Genetics of Tumours of the Haematopoietic and 
Lymphoid Tissues. Lyon: IARC Press, 2001. 

Souhami, Robert L. Oxford Textbook of Oncology. Oxford, 
UK, and New York: Oxford University Press, 2002. 


OTHER 

The Leukemia and Lymphoma Society (LLS). “Home page 
of LLS.” <http://www.leukemia-lymphoma.org> 
(accessed October 11, 2006). 


Brian Hoyle 


l Holly family (Aquifoliaceae) 


Members of the holly family (Aquifoliaceae) 
are shrubs and trees with small white or pale green 
unisexual flowers. The family consists of four genera 
with 419 species, of which 400 are members of the 
holly genus, //ex. The family Aquifoliaceae is a mem- 
ber of the class Magnoliopsida (dicotyledons), divi- 
sion Magnoliophyta (the angiosperms, or flowering 
plants). 


Characteristics of holly 


Most hollies are dioecious, meaning a plant is 
either a male (staminate) or a female (pistillate). Holly 
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Blue angel holly. (James Sikkema.) 


flowers have radial symmetry, and are four-merous, 
that is, the flowers are round and floral parts occur in 
fours. Holly flowers have four sepals, four petals, four 
stamens (male flowers), and an ovary made up of four 
fused carpels, called a pistil (female flowers). 


The fruit is a drupe, which is similar to a berry, but 
with hard seeds instead of soft seeds, and may be red, 
orange, yellow, or black in color. The drupes of I/ex 
spp. are eaten by wildlife, especially birds. Bird drop- 
pings effectively disperse holly seeds, which pass through 
the bird’s digestive tract undamaged. Indeed, hollies are 
often seen sprouting along fence rows and under other 
places where birds roost. Holly leaves may also be a 
source of food for wildlife, as they are sometimes 
grazed by deer. 


Hollies may be evergreen or deciduous, depending 
on whether a species retains its foliage throughout the 
year or loses its leaves in the fall. One of the more 
spectacular of the deciduous hollies is winterberry 
(Ilex verticillata). Occurring in the eastern United 
States and southeastern Canada, winterberry is 
known and loved for its crimson colored berries, 
which provide a stark contrast to the winter landscape. 
Holly leaves are alternate, occurring one at a time on 
alternating sides of a branch. Leaves are simple (as 
opposed to compound), and leaf margins may be entire, 
wavy, or spiny. 


Distribution and ecology of hollies 


The holly family occurs in most temperate and 
tropical regions, except Australia and Africa. About 12 
species of J/ex occur in North America. Sarvis holly 
(Ilex amelanchier), gallberry (Ilex glabra), large gall- 
berry (Ilex coriacea), myrtle-leaf holly (Ilex myrtifolia), 
and winterberry inhabit swamps, bogs, and floodplains. 
Possum haw (Ilex decidua) occurs in floodplains and 
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second-growth forests. Some hollies inhabit coastal 
areas, such as sand holly (Ilex ambigua) and dahoon 
holly (Ilex cassine). The American holly (Ilex opaca) is 
found in moist forests. In Florida, the scrub holly, a 
variety of American holly, inhabits sandy, oak scrub. 
Yaupon holly (/lex vomitoria) occurs in coastal areas, 
scrub, and second-growth forests. The mountain holly, 
(Nemopanthus mucronata), occurs in the eastern region 
of North America. 


Although most hollies are small trees or shrubs, 
some have reached a substantial size. For example, the 
largest dahoon holly, normally about 33 feet (10 m) 
tall, can reach a height of 79 feet (24 m). Yaupon holly, 
typically a small or shrubby tree can measure 49 feet 
(15 m) tall. 


Ilex guianensis of Central America stands out from 
the other relatively shorter hollies. This species can 
reach a height of 141 feet (43 m). Like American hollies, 
the Asian hollies also occur in a variety of sizes and 
habitats. The tarago (Ilex latifolia) of Japan is a hand- 
some tree, with large shiny leaves and red berries. This 
species may grow to 66 feet (20 m). The smaller lex 
integra of Japan is cultivated in tranquil temple gardens. 


Uses by humans 


Several species of //ex are planted by homeowners 
for their attractive foliage and berries. Among the best 
known of the horticultural varieties are the American 
holly, yaupon holly, and winterberry. Because of their 
colorful berries which ripen by fall and winter, many 
hollies are used for indoor decorating, especially dur- 
ing the Christmas season. Holly boughs and wreaths 
are popular for this purpose. English holly (Jlex aqui- 
folium) is commonly used for its attractive berries, but 
creative decorators will also collect leaves and berries 
from the native, North American hollies. 


Long before the horticulture industry discovered 
the hardiness and attractiveness of hollies, Native 
Americans used the yaupon holly for medicinal and 
religious purposes. A dark tea was brewed from the 
leaves of yaupon holly, which, when consumed, induced 
sweating, excitation, bowel movement, and vomiting. 
Only men were allowed to consume this purgative tea. 
The compound in the holly leaves responsible for the 
reaction from the tea is the stimulant caffeine, also 
found in coffee. Of the 400 species of I/ex worldwide, 
only about 60 species are known to contain caffeine. 


In South America, Paraguay tea or yerba mate, is 
brewed from the leaves of Ilex paraguariensis. This 
brew, like yaupon tea, is a stimulating drink contain- 
ing caffeine. Although Paraguay tea can induce sweat- 
ing and urination, it is widely used on a regular basis 
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KEY TERMS 


Carpel—Female reproductive organ of flowers which 
is composed of the stigma, style, and ovary. 


Deciduous—lIn plants, refers to leaves or other tis- 
sues which are shed at the end of the growing 
season. 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Pistillate flower—A female flower, containing the 
pistil, the female sex organ which becomes the fruit 
after fertilization. 


Radial symmetry—An arrangement of the floral 
parts characterized by their radiation from the cen- 
ter of the flower, like spokes on a bicycle wheel. 


Stamen—Male reproductive organ of a flower that 
produces pollen. 


Staminate flower—A male flower. 


by many South Americans, just as North Americans 
drink coffee. 


The bark of winterberry was used by native 
American Indians to brew a refreshing tonic, but 
direct consumption of the berries may induce vomit- 
ing. Winterberry bark has also been made into an 
astringent for the skin, and also as an antiseptic. 


In addition to their usage as ornamentals and teas, 
hollies are also used as a source of wood. Because 
hollies are primarily of small stature, holly wood is 
used mainly for decorative inlays in furniture and in 
wood sculptures. 
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Hologram and holography 


l Hologram and holography 


Holography is defined as a method of producing a 
three-dimensional (3D) impression, or photographic 
image, of an object. The recording and the image it 
brings to life are each referred to as holograms. The 
word hologram is derived from the Greek word holos, 
or hole, and gram, or message. Holograms were first 
possible when the laser was commercially available in 
the early 1960s. Color holograms were commonplace 
in the latter part of the 1980s, being made from radi- 
ation from the microwave to x-ray regions of the 
electromagnetic spectrum. 


This impression is taken by splitting a beam of 
coherent (that is, uniform over distance as well as over 
time) radiation along two paths. One is known and 
stays undisturbed, to act as a reference. Another strikes 
the object and is diffracted in an unpredictable fashion 
along the object’s contours. This action can be compared 
to throwing one rock into a pool of water, which creates a 
regular pattern of rings, and then scattering smaller 
stones afterwards, to see what kind of design appears 
where the expanding rings intersect with each other. 
Likewise, intersections of radiation waves hold crucial 
information. The aim is to track and record the pat- 
tern of interference of the split rays. 


The surface of the hologram acts as a diffraction 
grating by alternating clear and opaque strips. When 
one views a common optical hologram, this grating 
replicates the action of ordinary illumination, capturing 
the phase and amplitude of the light beam and its inter- 
ference pattern, in an additive fashion. One can not only 
see how bright a jewel is but, also, can see how the light 
sparkles on each facet if one’s position is shifted. 


Inventions and variations 


Holograms were being produced by the 1960s in 
the East and West, but developments in each area 
followed different paths. 


Hungarian-born British physicist Dennis Gabor 
(1900-1979) developed the theoretical principles of 
holography in 1947. Gabor’s intention was to improve 
the resolution of electron microscopes. He wrote on 
his efforts to tackle the problem in 1948, but since no 
stable source of coherent light was available, his work 
excited little interest as an imaging technique. T. A. 
Mainman at Hughes Aircraft in the United States was 
the first to demonstrate a ruby laser in 1960. After two 
other researchers, E. N. Leith and J. Upatnieks, used 
the laser to make 3D (three-dimensional) images in the 
early 1960s, Gabor was awarded the Nobel Prize for 
his research in 1971. 
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A hologram of the Venus de Milo. It was produced by an 
optical laboratory in Besancon, France. At 5 ft (1.5 m) tall it is 
one of the largest holograms in the world. (Phillippe Plailly. 
National Audubon Society Collection/Photo Reseearchers, Inc.) 


In 1958, Russian physicist Yuri Nikolaevich 
Denisyuk (1927-2006) had no idea what Gabor had 
done. He was fond of science fiction, and came across 
a reference in Efremov’s story “Star Ships” to a myste- 
rious plate, which could show a face in natural dimen- 
sions with animated eyes. The Russian researcher was 
inspired to try to make something just like that, which 
he referred to as a wave photograph. Denisyuk’s holo- 
gram could be seen under white light, because the plate 
doubled as a color filter. 


Materials and techniques 


There are many sorts of holograms, classified by 
their differences in material (amplitude, thick/thin, 
absorption), diffraction (phase), orientation of recording 
(rainbow, transmission and reflection, image plane, 
Fresnel, Fraunhofer), and optical systems (Fourier and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Amplitude—tThe range in vibration of any radiation, 
visible or otherwise, as measured from the mean to 
the extreme. 


Coherent radiation—Electromagnetic waves with a 
consistent inter-relation; in the case of laser light the 
waves propagate in phase. 


Diffraction grating—A dispersive element consist- 
ing of a surface scribed with very fine, closely spaced 
grooves that cause different wavelengths of light to 
reflect or refract (bend) different amounts. 


Fringe pattern—A recognizable array of light and 
dark or transparent and opaque bands produced by 
interference. 


Interference—The effect two sets of propagating 
waves have on each other, and the combined pattern 
that may be detected as formed by this interaction. 


LASER—An acronym for light amplification by 
stimulated emission of radiation, the process by 


lens-less Fourier). The hologram is usually defined as a 
record of an interference pattern in a chemical medium, 
but the pattern does not have to be produced by a light 
source, nor must the hologram be stored on photo- 
graphic film. Sonic waves, x-ray waves, and microwaves 
are used as well, and computers can generate ones just by 
using mathematical formulas. 


Researchers have been experimenting with aspects 
of the holographic process all along, and new tests are 
always being devised, in order to explore novel ways to 
improve the resolution and vibrancy of the images. The 
most common differences among these methods involve 
the mechanical setup of the exposure, the chemistry of 
the recording medium, and the means of displaying the 
final product. Full color holograms can be made by 
creating three masters in red, green, and blue, after paint- 
ing the object in grayscale tones, according to a separa- 
tion technique already used in art printing. Different 
shades of gray are interpreted by a combination of the 
masters as different colors. Fiber optic delivery systems 
can insure proper illumination and eliminate aberrations 
that arise during long exposures. Multiplex or multiple- 
exposure holograms can be in planar or cylindrical form, 
showing a 360-degree view or even apparent movement. 


Holograms versus photographs 
Ordinary photography only accounts for the 


intensity of light. The only consideration is whether 
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which a device generates a steady and coherent 
stream of electromagnetic radiation. 


Parallax—tThe apparent displacement of a viewed 
three-dimensional object as seen by each eye of the 
static observer, in a process sometimes called stereo- 
scopic vision. 

Phase—A cycle, measured according to the point at 
which a form of radiation is considered to have 
completed its full range of harmonic motion. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air to 
glass or air to water. 


Wave front—In holography, a surface comprised at 
a particular instance of the total points reached by a 
vibration of electromagnetic radiation, during its 
propagation through a solid, liquid or gaseous 
substance. 


the light is too bright or too dark. One can usually see 
the grains in a photographic image, but the features 
in the fringe pattern of a hologram measure the same 
as each wavelength of light (1/2000 of a millimeter), 
recording amplitude in their depth of modulation and 
phase in their varying positions. 


Older 3D imagery constructed from photographs 
is known as stereoscopy. This method reproduces a 
single viewpoint with the aid of two images. The two 
images are superposed to recreate the parallax 
between the left eye’s view and the right eye’s view, 
but that is where the options stop. Holography allows 
for a full range of parallax effects: one can see around, 
over and even behind objects in a hologram. 


Flashbulbs can be uncomfortable, but holograms 
use laser technology. Direct physical contact with a 
low-power laser cannot harm a person unless one look 
directly into the beam, but remove all potentially 
reflective surfaces from the area, in order to prevent 
an accident. 


Current usage and future prospects 


The most common holograms are now an every- 
day occurrence. Embossed holograms are mass pro- 
duced on mylar—foil and plastic—and can be viewed 
under the kind of diffused light that renders higher- 
quality holograms blurry. These can be seen on a 
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Homeostasis 


variety of consumer goods, but they are also used on 
credit or identification cards as security measures. 
Holographic optical elements (HOEs) do not generate 
images themselves, but are employed to regulate the 
pattern of a scanning light beam. Supermarket check- 
out scanners are built out of a collection of HOEs 
mounted on a spinning disc, which can read a UPC 
(universal product code) from any angle. 


Holographic memory is an emerging technology, 
which aims to preserve data in a format superior to 
currently used magnetic ones. Binary computer code 
(patterns of ones and zeros) could be represented as 
light and dark spots. Part of a hologram can be defective 
or destroyed, while the remaining part will still retain all 
the data intact. Creative use of multiplexing can layer 
information, recorded from different positions. 


Computer-aided design (CAD) imagery would be 
made more accessible to the average viewer if the full- 
scale plan appeared in apparent 3D, instead of requir- 
ing that a series of linear plots be deciphered visually, 
which is the current practice. Holograms can be used 
as visualization aids and screening devices in aviation 
and automotives as well, since they can be viewed from 
a particular angle, but not others. 


X rays can show detail where an electron micro- 
scope would only show dark undifferentiated circles, 
and would render less damage to a living thing or 
tissue than electronic bombardment. Subatomic or 
light-in-flight experiments could be recorded in fully- 
dimensional imagery, in real time. 


Jennifer Kramer 


| Homeostasis 


Homeostasis (a Greek term meaning same state), is 
the maintenance of constant conditions in the internal 
environment of the body, even in the presence of large 
swings in the external environment. Conditions such as 
body temperature and moisture content are maintained 
within a range of normal values around a set point 
despite constantly changing external conditions. For 
instance, when the external temperature drops, the 
body’s homeostatic mechanisms make adjustments 
that result in the generation of body heat, thereby main- 
taining the internal temperature at constant levels. In 
mammals, blood pressure, respiration rate, and blood 
glucose levels are all under homeostatic regulation. 
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Negative feedback 


In most organisms homeostasis is maintained by 
negative feedback mechanisms, sometimes called neg- 
ative feedback loops. In negative feedback loops, a 
deviation from the normal range of a condition, called 
a set point, initiates a response that brings the back to 
the normal range. A thermostat that controls temper- 
ature in a house relies on negative feedback. Ifit is cold 
outside, the internal temperature of the house drops, 
as cold air seeps in through the walls. When the tem- 
perature drops below the set point, the thermostat 
turns on the furnace. When the temperature within 
the house rises above the set point, the thermostat 
turns off the furnace. 


Negative feedback loops require a receptor, a con- 
trol center, and an effector. A receptor is the structure 
that monitors internal conditions. In the example 
above, the thermostat acts as a receptor. The human 
body has receptors in the blood vessels that monitor 
the pH of the blood. The blood vessels contain recep- 
tors that measure the resistance of blood flow against 
the vessel walls, thus monitoring blood pressure. 
Receptors sense changes in a condition and initiate 
the body’s homeostatic response. 


These receptors are connected to a control center 
that integrates the information fed to it by the recep- 
tors. In the thermostat example, the control center is 
simply the switch that turns on or off the furnace. In 
most humans, the control center is most often the 
brain. When the brain receives information about a 
change or deviation in the body’s internal conditions, 
it sends out signals along nerves. These signals prompt 
changes that correct the deviation and bring the inter- 
nal conditions back to the normal range. 


Effectors are muscles, organs, or other structures 
that receive signals from the brain or control center. 
The effector in the thermostat example above is the 
furnace. In humans, when an effector receives a signal 
from the brain, it changes its function in order to 
correct the deviation. For example, if blood pressure 
is too high, the heart will pump more slowly and the 
blood vessels will expand. 


An example of a negative feedback loop is the 
regulation of blood pressure (Figure 1). an increase 
in blood pressure is detected by receptors in the blood 
vessels that sense the resistance of blood flow against 
the vessel walls. The receptors relay a message to the 
brain, which in turn sends a message to the effectors, 
the heart and blood vessels. The heart rate decreases 
and blood vessels increase in diameter, which cause the 
blood pressure to fall back within the normal range. 
Conversely, if blood pressure decreases, the receptors 
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Figure 1. A negative feedback loop helps regulate blood pressure. (i//ustration by Hans & Cassidy. Courtesy of Gale Group.) 


relay a message to the brain, which in turn causes the 
heart rate to increase, and the blood vessels to decrease 
in diameter. Some set points become “reset” under 
certain conditions. For instance, during exercise, the 
blood pressure normally increases. This increase is not 
abnormal; it is the body’s response to the increased 
demand of oxygen by muscle tissues. When the 
muscles require more oxygen, the body responds by 
increasing the blood flow to muscle tissues, thereby 
increasing blood pressure. This resetting of the normal 
homeostatic set point is required to meet the increased 
demand of oxygen by muscles. 


Similarly, when the body is deprived of food, the set 
point of the metabolic rate can become reset to a lower- 
than-normal value. This lowering of the metabolic rate 
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is the body’s attempt to stave off starvation and keep the 
body functioning at a slower rate. Many people who 
periodically deprive themselves of food in attempts to 
lose weight find that after the initial weight loss it 
becomes increasingly difficult to lose more pounds. 
This difficulty stems from the lowering of the metabolic 
set point. Exercise may counteract some of these effects 
by the increasing metabolic demands. 


See also Physiology. 


Resources 


BOOKS 


Schulkin, Jay Ed. Allostasis, Homeostasis, and the Costs of 
Physiological Adaptation. Cambridge, UK: Cambridge 
University Press, 2004. 
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KEY TERMS 


Control center—The center that receives messages 
from receptors about a change in the body’s inter- 
nal conditions and relays messages to effectors to 
change their function to correct the deviation; in 
most human homeostatic systems, the control cen- 
ter is the brain. 


Effector—A muscle or organ that receives mes- 
sages from the control center to change its function 
in order to correct a deviation in the body’s internal 
conditions. 


Hormone—Chemical regulator of physiology, 
growth, or development which is typically synthe- 
sized in one region of the body and active in another 
and is typically active in low concentrations. 


Negative feedback loop—A homeostatic mecha- 
nism that opposes or resists a change in the body’s 
internal conditions. 


Positive feedback loop—A mechanism that increases 
or enlarges a change in the body’s internal conditions. 


Receptor—A structure that monitors the body’s 
internal functions and conditions; detects changes 
in the body’s internal environment. 


Set point—The range of normal functional values 
of an organ or structure. 


Silverthorn, Dee Unglaub. Human Physiology: An 
Integrated Approach. San Francisco, CA: Benjamin 
Cummings, 2006. 


OTHER 

Wong, May, et al. “Homeostasis.” 2001. <http://www3.fhs. 
usyd.edu.au/bio/homeostasis/Introduction.htm> 
(accessed October 20, 2006). 


Kathleen Scogna 


I Honeycreepers 


Honeycreepers are about 20 living species of birds 
in the family Drepanididae, which occur only on the 
Hawaiian and Laysan Islands and nearby islands in 
the equatorial Pacific Ocean. Unfortunately, a further 
15-16 species of honeycreepers have become extinct in 
historical times as a result of ecological changes that 
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humans have caused to the habitats of these birds. 
In late 2005, the last known po’ouli (Melamprosops 
phaeosoma), a small honeycreeper found only on 
Maui, died in captivity, and the species is now prob- 
ably extinct. At least half of the surviving species of 
honeycreepers are perilously endangered, as are some 
of the distinctive subspecies that occur on various 
islands. 


Most species of honeycreepers breed in native 
forest and shrubby habitats in the Hawaiian Islands. 
They are resident in those habitats and do not migrate 
elsewhere during their non-breeding season. 


The honeycreepers are small birds, ranging in 
body length from 4-8 in (11-20 cm). Their bills are 
extremely varied, depending on the diet of the species. 
Some honeycreepers have small, thin beaks, ideal for 
gleaning arthropods from tree foliage. Other species 
have longer, curved beaks, adapted to feeding on nec- 
tar or on insects deep in bark crevices. The beaks of yet 
other species are heavier and more conical and are 
used to feed on plant seeds. 


This extreme diversification of species with vari- 
ous bill shapes within such a closely related group of 
birds is a famous example of speciation. In the case of 
the honeycreepers, the speciation was driven by natu- 
ral selection in favor of birds having adaptations 
favorable to specific ecological opportunities, which 
occurred in a wide variety on the Hawaiian Islands. 
Evolutionary biologists consider the adaptive radia- 
tion of the Hawaiian honeycreepers to be one of the 
clearest illustrations of evolution. 


Undoubtedly, all of the many species of honey- 
creepers evolved from a single, probably quite small 
founder group that somehow arrived on the Hawaiian 
Islands by accident in the distant past. Because few 
other types of birds were present, a variety of ecolog- 
ical niches were unfilled or were utilized by generalist 
organisms. Under the pervasive influence of natural 
selection, the original honeycreepers slowly evolved a 
repertoire of differing bill shapes and other useful 
adaptations. Eventually, the specialized populations 
of birds became reproductively isolated. Ultimately, 
they diversified into different species that were better 
adapted to feeding and living in specialized ways. 


The honeycreepers are also highly variable in 
color, which ranges from a relatively drab gray to 
brown, olive, yellow, red, and black. Some species are 
dimorphic, with the male being larger than the female. 


Honeycreepers build their cup-shaped nests in 
trees. They typically lay two to four eggs, which are 
incubated by the female. Both of the parents share the 
duties of raising their babies. 
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Species of honeycreepers 


The smallest of the living honeycreepers is the 
anianiau (Loxops parva), only 4 in (11 cm) long. The 
largest species is the 8 in (20 cm) long Kauai akialoa 
(Hemignathus procerus). This species, and the closely 
related akailoa (H. obscurus), have long, downward- 
curving bills that are about one-third of the total body 
length. The akiapolaau (H. wilsoni) has an especially 
strange bill, with the upper mandible being strongly 
down-curved, but the lower being straight, and 
only half the length of the upper mandible. This spe- 
cies uses the lower mandible to pry loose bark off trees, 
and the upper to probe and impale their food of 
insects. 


The mamo (Drepanis pacifica) and the crested 
honeycreeper or akohekohe (Pal/meria dolei) have rel- 
atively shorter, downward-curving beaks, useful in 
sipping nectar from flowers. 


The liwi (Vestiaria coccinea) is a beautiful, crim- 
son-colored bird with black wings. This species is par- 
ticularly prized by aboriginal Hawaiians, who use 
the red feathers in the preparation of traditional 
garments. 


The grosbeak finch (Psittirostra kona) has a mas- 
sive bill, useful in cracking hard seeds to extract the 
edible matter inside. 


Humans and honeycreepers 


The Hawaiian honeycreepers have become endan- 
gered through a variety of interacting ecological stres- 
sors. Habitat losses have been important, especially 
those associated with the conversion of their limited 
areas of natural-forest habitats to agricultural and 
urban land-uses, which do not support these native 
birds. Introduced herbivores, such as goats and pigs, 
have caused serious damage to honeycreeper habitat, 
greatly changing the nature of the vegetation, even in 
remote places. Introduced diseases, such as avian 
malaria, and introduced predators such as rats, mon- 
gooses, and pigs have also caused significant damage 
to honeycreepers. 


Today, both the United States and Hawaiian state 
governments have designated many of the most 
important remaining refuges of natural habitat as 
parks and ecological reserves. Some of these refuges 
are being managed to maintain their ecological integ- 
rity as much as possible. For example, some large 
areas have been fenced, and the populations of feral 
goats and pigs have been eliminated or reduced. 
Unfortunately, these sorts of ecological interventions 
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KEY TERMS 


Adaptive radiation—An evolutionary phenom- 
enon in which a single, relatively uniform popula- 
tion gives rise to numerous, reproductively isolated 
species. Adaptive radiation occurs in response to 
natural selection, in environments in which there 
are diverse ecological opportunities, and little 
competition to filling them. 


Endemic—This refers to a species (or genus, family, 
etc.) with a restricted geographic range. For exam- 
ple, the honeycreepers only occur on the Hawaiian 
Islands and nearby islands, and are therefore 
endemic to that relatively small region. Some are 
endemic to single islands. 


Founder group—A small population of original 
immigrants to a habitat previously not known to 
the species. Following the successful colonization, 
the population may increase, and under the influ- 
ence of natural selection may diversify into various 
species. 

Speciation—The divergence of evolutionary line- 
ages, and creation of new species. 


are required today, and will also be needed in the future 
if the extraordinary Hawaiian honeycreepers are to 
survive in their changed and changing world. 
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Honeyeaters 


! Honeyeaters 


As their name suggests, these birds are often found 
near flowering plants feeding on nectar. All of the hon- 
eyeaters have slender, pointed bills with a long, brush- 
like tongue that is used to sip the nectar. However, there 
are many variations of the bill shape, depending on the 
specific diet of each species. Species with longer bills are 
usually feeding from tubular flowers, while those with 
shorter bills often feed on the flowers that are more 
accessible. All honeyeaters supplement their diets to 
varying degrees with insects and fruit. 


A symbiotic (mutually beneficial) relationship has 
developed between the honeyeaters and the flowers 
they use for food. As the honeyeater is feeding on 
nectar, pollen is placed on the bird’s forehead by the 
stamen. The pollen is then deposited on the stigma of 
the next flower while feeding. Thus, the bird obtains 
food while the flower is pollinated. 


In addition to the bill, there can be a great variety 
in the appearance of a honeyeater. Anatomical differ- 
ences include a wattle, ear-tufts, fleshy helmets, and 
the length of the tail. Both the male and female are 
usually drab brown, gray, or green in color. However, 
there are species in which the male is brightly colored 
compared to the drab female. Most range in size from 
4-18 in (10-46 cm) long, with strong, short legs, an 
adaptation to the tree-climbing lifestyle. 


Placed in the family Meliphagidae, the 182 species 
of honeyeater are found in Australia, New Guinea, 
the Celebes, the Moluccas, and other smaller islands of 
the Western Pacific. Some species were originally found 
as far east as the Hawaiian Islands, but they have since 
been driven to extinction by loss of habitat and hunting; 
the feathers were once sought by the native Hawaiians. 


l Hoopoe 


The hoopoe (Upupa epops) is the only species in its 
family, the Upupidae. This species breeds in northwest- 
ern Africa, on Madagascar, throughout the Middle 
East, and in southern Europe and southern Asia. Its 
usual habitats are open forests, savannas, grasslands, 
and some types of cultivated lands and parks. Some 
populations of hoopoes are sedentary, while others are 
migratory. 


Hoopoes have a body length of 12 in (30 cm), with 
broad, rounded wings, a long tail, and a long, thin, 
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slightly downward-curving beak. The head is strongly 
and distinctively crested. The upper body has a light 
brown, pinkish coloration, and the rest of the body 
and wings are strongly barred with black and white. 
The female hoopoe is slightly smaller and duller in 
coloration than the male. 


Hoopoes feed mostly on the ground on inverte- 
brates, although they sometimes also catch insects in 
the air. They commonly perch and roost in trees. The 
flight of hoopoes is erratic, and strongly undulating. 
Their call is a loud “hoop-hoop-hoop,” and is the origin 
of the species’ name. 


Hoopoes nest in a cavity in a tree or sometimes ina 
hole in a wall or building. The female incubates the five 
to eight eggs, and is fed by the male during her confine- 
ment. Both sexes care for the young. Unlike most birds, 
hoopoes are not fastidious and do not leave their nest 
to defecate, nor do they remove the fecal packets of the 
young. Consequently, their nest becomes quite fouled 
with excrement and is disgustingly smelly. 


Hoopoes are an unusual and distinctive species 
and have been important in some cultures. They are 
depicted in Egyptian hieroglyphics and are mentioned 
in classical Greek literature. Hoopoes are still appeal- 
ing today and are a choice sighting for bird-watchers 
and other naturalists. 


ft! Horizon 


The word horizon generally is defined as the line 
that separates two layers or divisions. It originated 
from the Greek word orizein, which means to limit. It 
is oftentimes used to mean the line that separates Earth 
(its soil) from the sky (its atmosphere). When used in 
this sense, the visible horizon is one that is visible to see. 
That is, itis not blocked out (or obscured) by natural or 
artificially made objects such as trees, mountains, sky- 
scrapers, and trucks. 


Horizon can be defined in two ways when used to 
separate soil and sky. First, it is defined as a (hypo- 
thetical) flat, infinite plane; what is called a geomet- 
rical horizon. Secondly, it is defined as a (actual) 
spherical surface, what is called a true horizon. The 
difference in the two is very small when viewed casu- 
ally. However, more distinct differences can occur 
during scientific applications or in such endeavors as 
aviation. 


Horizon is often used in geology, for example, as a 
term that means a separation between two layers of soil. 
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A soil horizon is a horizontal layer of soil with physical 
or chemical characteristics that separate it from layers 
above and below. More simply, each horizon contains 
chemicals, such as rustlike iron oxides, or soil particles 
that differ from adjacent layers. Soil scientists generally 
name these horizons (from top to bottom) O, A, B, C, 
and R, and often subdivide them to reflect more specific 
characteristics within each layer. Considered together, 
these horizons constitute a soil profile. 


Horizons usually form in residual soils: soils not 
transported to their present location by water, wind, 
or glaciers but formed in place by the weathering of the 
bedrock beneath them. It takes many thousand to one 
million years to achieve a mature soil with fully devel- 
oped horizons. 


The O horizon (sometimes known as the Ag) con- 
sists of freshly dead and decaying organic matter— 
mostly plants but also small (especially microscopic) 
animals. A gardener would call this organic matter 
compost or humus. Below the O lies the A horizon, 
or topsoil, composed of organic material mixed with 
soil particles of sand, silt, and clay. Earthworms, other 
small animals, and water mix the soil in the A horizon. 
Water forced down through the A by gravity carries 
clay particles and dissolved minerals (such as 
iron oxides) into the B horizon in a process called 
leaching. Therefore, the A is known as the zone of 
leaching. These tiny clay particles zigzag downward 
through the spaces (pores) between larger particles. 
Sometimes the lower half of the A horizon is called 
the E (Eluvial) horizon meaning it is depleted of clay 
and dissolved minerals, leaving coarser grains. 


The leached material ends up in the B horizon, the 
zone of accumulation. The B horizon, stained red by 
iron oxides, tends to be quite claylike. If the upper 
horizons erode, plant roots have a tough time pene- 
trating this clay; and rain that falls on the exposed clay 
can pool on the surface and possibly drown plants or 
flood basements. 


Sometimes the top of the B horizon develops a 
dense layer called a fragipan (a dense but not cemented 
layer inhibiting penetration of roots), a claypan (often 
compacted by vehicles), or a hardpan (cemented by 
minerals). In arid climates, intense evaporation sucks 
water and its dissolved minerals upward. This accu- 
mulation creates a hardpan impenetrable to any rain 
percolating (sinking) downward, resulting in easily 
evaporated pools or rapid runoff. If the hardpan is 
composed of the calcium-rich mineral calcite, it is 
called caliche. If composed of iron oxides, it is called 
an ironpan. Fragipans are extremely difficult for crop 
roots and water to penetrate. 
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Partially weathered bedrock composes the C hori- 
zon. Smaller bits of rock and clay weathered from 
those chunks surround variously sized chunks of the 
rock below. Some of the original rock is intact, but 
other parts have been chemically changed into new 
minerals. 


The R layer (D horizon) is the bedrock or, some- 
times, the sediment from which the other horizons 
develop. Originally, this rock lay exposed at the sur- 
face where it weathered rapidly into soil. The depth 
from the surface to the R layer depends on the inter- 
relationships between the climate, the age of the soil, 
the slope, and the number of organisms. Most people 
do not consider the R layer as soil, but include it in the 
profile anyway, since the weathering of this bedrock 
usually produces the soil above it. 


In a perfect world, all soils demonstrate these 
horizons, making the lives of soil scientists and soil 
students blissful. In reality, however, some soils, like 
transported soils (moved to their present locations by 
water, wind, or glaciers), lack horizons because of 
mixing while moving or because of youth. In other 
soils, the A and B rest on bedrock, or erosion strips 
an A, or other complicated variations. 


| Hormones 


Hormones are biochemical messengers that regu- 
late physiological events in living organisms. More 
than 100 hormones have been identified in humans. 
Hormones are secreted by endocrine (ductless) glands 
such as the hypothalamus, the pituitary gland, the 
pineal gland, the thyroid, the parathyroid, the thymus, 
the adrenals, the pancreas, the ovaries, and the testes. 
Hormones are secreted directly into the blood stream 
from where they travel to target tissues and modulate 
digestion, growth, maturation, reproduction, and 
homeostasis. 


The word hormone comes from the Greek word 
hormon, which means to stir up. Indeed, excitation is 
characteristic of the adrenaline and the sex hormones. 
Most hormones produce an affect on specific target 
tissues that are sited at some distance from the gland 
secreting the hormone. Although small plasma con- 
centrations of most hormones are always present, 
surges in secretion trigger specific responses at one or 
more targets. Hormones do not fall into any one 
chemical category, but most are either protein mole- 
cules or steroid molecules. These biological managers 
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keep the body systems functioning over the long term 
and help maintain health. The study of hormones is 
called endocrinology. 


Mechanisms of action 


Hormones elicit a response at their target tissue, 
target organ, or target cell type through receptors. 
Receptors are molecular complexes that specifically 
recognize another molecule—in this case, a particular 
hormone. When the hormone is bound by its receptor, 
the receptor is usually altered in some way that it sends 
a secondary message through the cell to do something 
in response. Hormones that are proteins, or peptides 
(smaller strings of amino acids), usually bind to a 
receptor in the cell’s outer surface and use a second 
messenger to relay their action. Steroid hormones such 
as cortisol, testosterone, and estrogen bind to recep- 
tors inside cells. Steroids are small enough to and 
chemically capable of passing through the cell’s outer 
membrane. Inside the cell, these hormones bind their 
receptors and often enter the nucleus to elicit a 
response. These receptors bind DNA (deoxyribonu- 
cleic acid) to regulate cellular events by controlling 
gene activity. 


Most hormones are released into the bloodstream 
by a single gland. Testosterone is an exception, 
because it is secreted by both the adrenal glands and 
by the testes. Plasma concentrations of all hormones 
are assessed at some site that has receptors binding 
that hormone. The site keeps track of when the hor- 
mone level is low or high. The major area that records 
this information is the hypothalamus. A number of 
hormones are secreted by the hypothalamus that stim- 
ulate or inhibit additional secretion of other hormones 
at other sites. The hormones are part of a negative or 
positive feedback loop. 


Most hormones work through a negative feed- 
back loop. As an example, when the hypothalamus 
detects high levels of a hormone, it reacts to inhibit 
further production. And when low levels of a hormone 
are detected, the hypothalamus reacts to stimulate 
hormone production or secretion. Estrogen, however, 
is part of a positive feedback loop. Each month, the 
Graafian follicle in the ovary releases estrogen into 
the bloodstream as the egg develops in ever increasing 
amounts. When estrogen levels rise to a certain point, 
the pituitary secretes luteinizing hormone (LH), which 
triggers the egg’s release of the egg into the oviduct. 


Not all hormones are readily soluble in blood (their 
main transport medium) and require a transport mole- 
cule that will increase their solubility and shuttle them 
around until they get to their destination. Steroid 
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hormones, in particular, tend to be less soluble. In addi- 
tion, some very small peptides require a carrier protein 
to deliver them safely to their destination, because these 
small peptides could be swept into the wrong location 
where they would not elicit the desired response. Carrier 
proteins in the blood include albumin and prealbumin. 
There are also specific carrier proteins for cortisol, thy- 
roxin, and the steroid sex hormones. 


Major hormones 


The concentrations of several important biologi- 
cal building blocks such as amino acids are regulated 
by more than one hormones. For example, both calci- 
tonin and parathyroid hormone (PTH) influence 
blood calcium levels directly, and other hormones 
affect calcium levels indirectly via other pathways. 


The hypothalamus 


Hormones secreted by the hypothalamus modulate 
other hormones. The major hormones secreted by the 
hypothalamus are corticotrophin releasing hormone 
(CRH), thyroid stimulating hormone releasing hor- 
mone (TRH), follicle stimulating hormone releasing 
hormone (FSHRH), luteinizing hormone releasing hor- 
mone (LRH), and growth hormone releasing hormone 
(GHRH). CRH targets the adrenal glands. It triggers 
the adrenals to release adrenocorticotropic hormone 
(ACTH). ACTH functions to synthesize and release 
corticosteroids. TRH targets the thyroid where it func- 
tions to synthesize and release the thyroid hormones T3 
and T4. FSH targets the ovaries and the testes where it 
enables the maturation of the ovum and of spermato- 
zoa. LRH also targets the ovaries and the testes, and its 
receptors are in cells that promote ovulation and 
increase progesterone synthesis and release. GHRH 
targets the anterior pituitary to release growth hor- 
mones to most body tissues, increase protein synthesis, 
and increase blood glucose. Hence, the hypothalamus 
plays a first domino role in these cascades of events. 


The hypothalamus also secretes some other 
important hormones such as prolactin inhibiting hor- 
mone (PIH), prolactin releasing hormone (PRH), and 
melanocyte inhibiting hormone (MIH). PIH targets 
the anterior pituitary to inhibit milk production at 
the mammary gland, and PRH has the opposite effect. 
MIH targets skin pigment cells (melanocytes) to regu- 
late pigmentation. 


The pituitary gland 
The pituitary has long been called the master 


gland because of the vast extent of its activity. It lies 
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deep in the brain just behind the nose. The pituitary is 
divided into anterior and posterior regions with the 
anterior portion comprising about 75% of the total 
gland. The posterior region secretes the peptide hor- 
mones vasopressin, also called anti-diuretic hormone 
(ADH), and oxytocin. Both are synthesized in the 
hypothalamus and moved to the posterior pituitary 
prior to secretion. ADH targets the collecting tubules 
of the kidneys, increasing their permeability to water. 
ADH causes the kidneys to retain water. Lack of 
ADH leads to a condition called diabetes insipidus 
characterized by excessive urination. Oxytocin targets 
the uterus and the mammary glands in the breasts. 
Oxytocin begins labor prior to birth and also functions 
in the ejection of milk. The drug, pitocin, is a synthetic 
form of oxytocin and is used medically to induce 
labor. 


The anterior pituitary (AP) secretes a number of 
hormones. The cells of the AP are classified into five 
types based on what they secrete. These cells are soma- 
totrophs, corticotrophins, thyrotrophs, lactotrophs, 
and gonadotrophs. Respectively, they secrete growth 
hormone (GH), ACTH, TSH, prolactin, and LH and 
FSH. Each of these hormones is either a polypeptide 
or a glycoprotein. GH controls cellular growth, pro- 
tein synthesis, and elevation of blood glucose concen- 
tration. ACTH controls secretion of some hormones 
by the adrenal cortex (mainly cortisol). TSH controls 
thyroid hormone secretion in the thyroid. In males, 
prolactin enhances testosterone production; in females, 
it initiates and maintains LH to promote milk secre- 
tion from the mammary glands. In females, FSH ini- 
tiates ova development and induces ovarian estrogen 
secretion. In males, FSH stimulates sperm production 
in the testes. LH stimulates ovulation and formation 
of the corpus luteum which produces progesterone. In 
males, LH stimulates interstitial cells to produce tes- 
tosterone. Each AP hormone is secreted in response to 
a hypothalamic releasing hormone. 


The thyroid gland 


The thyroid lies under the larynx and synthesizes 
two hormones, thyroxine and tri-iodothyronine. This 
gland takes up iodine from the blood and has the 
highest iodine level in the body. The iodine is incorpo- 
rated into the thyroid hormones. Thyroxine has four 
iodine atoms and is called T4. Tri-iodothyronine has 
three iodine atoms and is called T3. Both T3 and T4 
function to increase the metabolic rate of several cells 
and tissues. The brain, testes, lungs, and spleen are not 
affected by thyroid hormones, however. T3 and T4 
indirectly increase blood glucose levels as well as the 
insulin-promoted uptake of glucose by fat cells. Their 
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release is modulated by TSH-RH from the hypothal- 
amus. TSH secretion increases in cold infants. When 
temperature drops, a metabolic increase is triggered by 
TSH. Chronic stress seems to reduce TSH secretion 
that, in turn, decreases T3 and T4 output. 


Depressed T3 and T4 production is the trademark 
of hypothyroidism. If it occurs in young children, then 
this decreased activity can cause physical and mental 
retardation. In adults, it creates sluggishness—mentally 
and physically—and is characterized further by weight 
gain, poor hair growth, and a swollen neck. Excessive 
T3 and T4 cause sweating, nervousness, weight loss, 
and fatigue. The thyroid also secretes calcitonin that 
serves to reduce blood calcium levels. Calcitonin’s role 
is particularly significant in children whose bones are 
still forming. 


The parathyroid glands 


The parathyroid glands are attached to the bot- 
tom of the thyroid gland. They secrete the polypeptide 
parathyroid hormone (PTH) which plays a crucial role 
in monitoring blood calcium and phosphate levels. 
About 99% of the body’s calcium is in the bones, 
and 85% of the magnesium is also found in bone. 
Low blood levels of calcium stimulate PTH release 
into the bloodstream in two steps. Initially, calcium 
is released from the fluid around bone cells. And later, 
calcium can be drawn from bone itself. However, only 
about 1% of bone calcium is readily exchangeable. 
PTH can also increase the absorption of calcium in 
the intestines by stimulating the kidneys to produce a 
vitamin D-like substance which facilitates this action. 
High blood calcium levels will inhibit PTH action, and 
magnesium (which is chemically similar to calcium) 
shows a similar effect. 


Calcium is a critical element for the human body. 
Even though the majority of calcium is in bone, it is 
also used by muscles, including cardiac muscle for 
contractions, and by nerves in the release of neuro- 
transmitters. Calcium is a powerful messenger in the 
immune response of inflammation and blood clotting. 
Both PTH and calcitonin regulate calcium levels in the 
kidneys, the gut, bone, and blood. Whereas calcitonin 
is released in conditions of high blood calcium levels, 
PTH is released when calcium levels fall in the blood. 
Comparing the two, PTH causes an increase in cal- 
cium absorption in the kidneys, absorption in the 
intestine, release from bone, and levels in the blood. 
In addition, PTH decreases kidney phosphate absorp- 
tion. Calcitonin has the opposite effect on each of 
these variables. PTH is thought to be the major cal- 
cium modulator in adults. 
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PTH deficiency can be due to autoimmune dis- 
eases or to inherited parathyroid gland problems. Low 
PTH capabilities cause depressed blood calcium levels 
and neuromuscular problems. Very low PTH can lead 
to tetany or muscle spasms. Excess PTH can lead to 
weakened bones because it causes too much calcium to 
be drawn from the bones and to be excreted in the 
urine. Abnormalities of bone mineral deposits can 
lead to a number of conditions including osteoporosis 
and rickets. Osteoporosis can be due to dietary insuf- 
ficiencies of calcium, phosphate, or vitamin C (which 
has an important role in formation of the bone 
matrix). The end result is a loss of bone mass. 
Rickets is usually caused by a vitamin D deficiency 
and results in lower rates of bone matrix formation in 
children. These examples show how important a bal- 
anced nutritious diet is for healthy development. 


The adrenal glands 


The two adrenal glands, one on top of each kidney, 
each have two distinct regions. The outer region (the 
medulla) produces adrenaline and noradrenaline and is 
under the control of the sympathetic nervous system. 
The inner region (the cortex) produces a number of 
steroid hormones. The cortical steroid hormones 
include mineralocorticoids (mainly aldosterone), glu- 
cocorticoids (mainly cortisol), and gonadocorticoids. 
These steroids are derived from cholesterol. Although 
cholesterol receives plenty of bad publicity, some 
amount of cholesterol is necessary. Steroid hormones 
act by regulating gene expression, hence, their presence 
controls the production of numerous factors with mul- 
tiple roles. Aldosterone and cortisol are the major 
human steroids in the cortex. However, testosterone 
and estrogen are secreted by adults (both male and 
female) at very low levels. 


Aldosterone plays an important role in regulating 
body fluids. It increases blood levels of sodium and 
water and lowers blood potassium levels. Low blood 
sodium levels trigger aldosterone secretion via the 
renin-angiotensin pathway. Renin is produced by the 
kidney, and angiotensin originates in the liver. High 
blood potassium levels also trigger aldosterone 
release. ACTH has a minor promoting effect on aldos- 
terone. Aldosterone targets the kidney where it pro- 
motes sodium uptake and potassium excretion. Since 
sodium ions influence water retention, the result is a 
net increase in body fluid volume. 


Blood cortisol levels fluctuate dramatically through- 
out the day and peak around 8 a.m. Presumably, 
this early peak enables humans to face the varied daily 
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stressors they encounter. Cortisol secretion is stimulated 
by physical trauma, cold, burns, heavy exercise, and 
anxiety. Cortisol targets the liver, skeletal muscle, and 
adipose tissue. Its overall effect is to provide amino acids 
and glucose to meet synthesis and energy requirements 
for normal metabolism and during periods of stress. 
Because of its anti-inflammatory action, it is used clin- 
ically to reduce swelling. Excessive cortisol secretion 
leads to Cushing syndrome that is characterized by 
weak bones, obesity, and a tendency to bruise. Cortisol 
deficiency can lead to Addison disease, which has the 
symptoms of fatigue, low blood sodium levels, low blood 
pressure, and excess skin pigmentation. 


The adrenal medullary hormones are epinephrine 
(adrenaline) and nor-epinephrine (nor-adrenaline). 
Both of these hormones serve to supplement and pro- 
long the fight or flight response initiated in the nervous 
system. This response includes the neural effects of 
increased heart rate, peripheral blood vessel constric- 
tion, sweating, spleen contraction, glycogen conver- 
sion to glucose, dilation of bronchial tubes, decreased 
digestive activity, and lowered urine output. 


The condition of stress presents a model for 
reviewing one way that multiple systems and hor- 
mones interact. During stress, the nervous, endocrine, 
digestive, urinary, respiratory, circulatory, and immune 
response are all tied together. For example, the hypo- 
thalamus sends nervous impulses to the spinal cord to 
stimulate the fight or flight response and releases CRH 
that promotes ACTH secretion by the pituitary. 
ACTH, in turn, triggers interleukins to respond, 
which promote immune cell functions. ACTH also 
stimulates cortisol release at the adrenal cortex, 
which helps buffer the person against stress. As part 
of a negative feedback loop, ACTH and cortisol recep- 
tors on the hypothalamus assess when sufficient levels 
of these hormones are present and then inhibit their 
further release. De-stressing occurs over a period of 
time after the stressor is gone. The systems eventually 
return to normal. 


The pancreas 


The pancreas folds under the stomach, secretes 
the hormones insulin, glucagon, and somatostatin. 
About 70% of the pancreatic hormone-secreting cells 
are called beta cells and secrete insulin; another 22%, 
or so, are called alpha cells and secrete glucagon. The 
remaining gamma cells secrete somatostatin, also 
known as growth hormone inhibiting hormone 
(GHIH). The alpha, beta, and gamma cells comprise 
the islets of Langerhans that are scattered throughout 
the pancreas. 
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Insulin and glucagon have reciprocal roles. 
Insulin promotes the storage of glucose, fatty acids, 
and amino acids, whereas, glucagon stimulates mobi- 
lization of these constituents from storage into the 
blood. Both are relatively short polypeptides. Insulin 
release is triggered by high blood glucose levels. It 
lowers blood sugar levels by binding a cell surface 
receptor and accelerating glucose transport into the 
cell where glucose is converted into glycogen. Insulin 
also inhibits the release of glucose by the liver in order 
to keep blood levels down. Increased blood levels of 
GH and ACTH also stimulate insulin secretion. Not 
all cells require insulin to store glucose, however. 
Brain, liver, kidney, intestinal, epithelium, and the 
pancreatic islets can take up glucose independently of 
insulin. Insulin excess can cause hypoglycemia leading 
to convulsions or coma, and insufficient levels of insu- 
lin can cause diabetes mellitus that can be fatal if left 
untreated. Diabetes mellitus is the most common 
endocrine disorder. 


Glucagon secretion is stimulated by decreased 
blood glucose levels, infection, cortisol, exercise, and 
large protein meals. GHIH, glucose, and insulin 
inhibit its secretion. Protein taken in through the 
digestive tract has more of a stimulatory effect on 
glucagon than does injected protein. Glucagon stim- 
ulates glycogen breakdown in the liver, inhibits glyco- 
gen synthesis, and facilitates glucose release into the 
blood. Excess glucagon can result from tumors of the 
pancreatic alpha cells; and a mild diabetes seems to 
result. Some cases of uncontrolled diabetes are also 
characterized by high glucagon levels suggesting that 
low blood insulin levels are not always the only cause 
in some diabetes cases. 


It was the study of glucagon and its action by 
Sutherland in 1961 that led to the concept of the 
second messenger system. Glucagon activates the 
intracellular molecule cyclic AMP, cAMP. Since this 
discovery, a number of other molecules have been 
found that modulate cellular activity via this second 
messenger. 


The female reproductive organs 


The female reproductive hormones arise from the 
hypothalamus, the anterior pituitary, and the ovaries. 
Although detectable amounts of the steroid hormone 
estrogen are present during fetal development, at pub- 
erty estrogen levels rise to initiate secondary sexual 
characteristics. Gonadotropin releasing hormone 
(GRH) is released by the hypothalamus to stimulate 
pituitary release of LH and FSH. LH and FSH prop- 
agate egg development in the ovaries. Eggs (ova) exist 
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at various stages of development, and the maturation 
of one ovum takes about 28 days and is called the 
ovarian or menstrual cycle. The ova are contained 
within follicles, which are support organs for ova 
maturation. About 450 of a female’s 150,000 germ 
cells mature to leave the ovary. The hormones secreted 
by the ovary include estrogen, progesterone, and small 
amounts of testosterone. 


As an ovum matures, rising estrogen levels stimu- 
late additional LH and FSH release from the pituitary. 
Prior to ovulation, estrogen levels drop, and LH and 
FSH surge to cause the ovum to be released into the 
fallopian tube. The cells of the burst follicle begin to 
secrete progesterone and some estrogen. These hormones 
trigger thickening of the uterine lining, the endometrium, 
to prepare it for implantation should fertilization occur. 
The high progesterone and estrogen levels prevent LH 
and FSH from further secretion—thus hindering another 
ovum from developing. If fertilization does not occur, 
eight days after ovulation the endometrium deterio- 
rates resulting in menstruation. The falling estrogen 
and progesterone levels, which follow trigger LH and 
FSH, start the cycle all over again. 


Although estrogen and progesterone have major 
roles in the menstrual cycle, these hormones have 
receptors on a number of other body tissues. 
Estrogen has a protective effect on bone loss that can 
lead to osteoporosis. And progesterone, which is a 
competitor for androgen sites, blocks actions that 
would result from testosterone activation. Estrogen 
receptors have even been found in the forebrain 
indicating a role in female neuronal function or 
development. 


Hormones related to pregnancy include human 
chorionic gonadotrophin (HCG), estrogen, human 
chorionic somatomammotrophin (HCS), and relaxin. 
HCG is released by the early embryo to signal implan- 
tation. Estrogen and HCS are secreted by the placenta. 
And relaxin is secreted by the ovaries as birth nears to 
relax the pelvic area in preparation for labor. 


The male reproductive organs 


Male reproductive hormones come from the 
hypothalamus, the anterior pituitary, and the testes. 
As in females, GRH is released from the hypothala- 
mus that stimulates LH and FSH release from the 
pituitary. In males, LH and FSH facilitate spermato- 
genesis. The steroid hormone testosterone is secreted 
from the testes and can be detected in early embryonic 
development up until shortly after birth. Testosterone 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NHz2) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 


Androgen—Any hormone with testosterone-like 
activity (i.e. it increases male characteristics). 


Homeostasis—A condition of chemical and phys- 
ical equilibrium in the human body. 


Plasma—The non-cellular, fluid portion of blood in 
which the concentration of most molecules is 
measured. 


levels are quite low until puberty. At puberty, rising 
levels of testosterone stimulate male reproductive 
development including secondary characteristics. 


LH _ stimulates testosterone release from the 
testes. FSH promotes early spermatogenesis, whereas 
testosterone is required to complete spermatogenic matu- 
ration to facilitate fertilization. In addition to testoster- 
one, LH, and FSH, the male also secretes prostaglandins. 
These substances promote uterine contractions that help 
propel sperm towards an egg in the fallopian tubes during 
sexual intercourse. Prostaglandins are produced in the 
seminal vesicles, and are not classified as hormones by 
all authorities. 


See also Biological rhythms; Cell; Endocrine sys- 
tem; Exocrine glands; Glands; Growth hormones; 
Reproductive system. 
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! Hornbills 


Hornbills are medium- to large-sized, large-billed, 
long-tailed birds of tropical forests, savannas, and 
grasslands, comprising the family Bucerotidae. The 
54 species of hornbills are distributed widely through 
the tropical regions of Africa and Asia. Most hornbills 
live in forests, and nest in holes in trees, while the 
species of open habitats nest in cavities in hollow 
trees or in holes in cliffs. 


Most hornbills are brightly colored, especially 
around the head and bill. The smallest hornbill is the 
15 in (38 cm) long, red-billed dwarf hornbill (Tockus 
camurus) of West Africa, while the largest species are 
the 4 ft (1.2 m) long great hornbill (Buceros bicornis) of 
India and Southeast Asia, and the 5 ft (1.6 m) long 
helmeted hornbill (Rhinoplax vigil) of Malaysia and 
Indonesia. 


The most distinctive characteristic of hornbills is 
their very unusual beak, which has a complex structure 
known as a casque sitting on top of the upper mandi- 
ble. Remarkably, the specific function of the casque has 
not yet been discovered. Some scientists believe the 
casque provides support for a long bill, while others 
believe it has an acoustic function or serves to attract 
the opposite sex. Some species have seemingly enor- 
mous casques, as is the case of the rhinoceros hornbill 
(Buceros rhinoceros) of Malaysia and Indonesia, and 
the black-casqued hornbill (Ceratogymna atrata) of 
West Africa. Although bulky, the casque is light, 
being filled with a sponge-like matrix that is mostly 
air cavities. An exception is the helmeted hornbill of 
Southeast Asia, which has a solid casque, known as 
hornbill ivory. This is a valuable natural commodity in 
Southeast Asia and China. 


Hornbills are rather conspicuous birds, because 
they make a wide range of loud noises, and usually fly 
in flocks, especially during the non-breeding season. 


Most hornbills are omnivorous, typically depend- 
ing on fruit as the major component of their diet. 
However, most hornbills are opportunistic predators, 
and will readily eat small animals if they can catch 
them. Some hornbills commonly feed upon relatively 
dangerous animals, such as poisonous snakes and 
scorpions. Hornbills handle their prey with great 
skill, using the very tip of their seemingly ungainly, 
but in fact highly dexterous, bill. Hornbills are also 
adept at manipulating and peeling bulky fruit, again 
using their large bill. 


Hornbills have a remarkable breeding biology. 
The female of almost all species is sealed into the 
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Ground hornbills in Kenya. (JLM Visuals.) 


nesting chamber in the tree during the breeding sea- 
son. She remains there, laying and brooding her eggs 
and hatched young, with only a narrow slit-like open- 
ing to the outside. The female builds a wall across the 
entrance to the nesting cavity using her excrement, 
which cures to a very hard consistency. Sometimes 
the male bird assists with the building of this wall, 
using moist clay. Presumably, the walled-in female 
and nestlings are kept relatively safe from nest preda- 
tors. However, both she and the developing nestlings 
must be fed faithfully by the male. In some species, the 
female breaks out of the nesting cavity once the chicks 
are partially grown. The cavity is then re-walled, and 
the female assists the male in gathering food for the 
hungry young hornbills. 


Most cavity-nesting birds keep the nest clean by 
routinely disposing of the fecal sacs of the young birds 
outside of the nest. Obviously, the walled-in hornbills 
cannot do this. The female deals with her individual 
sanitary problem by defecating at high speed through 
the small, slit-like opening in the wall, and as the 
young birds grow they also learn to do this. Other 
detritus is left for scavenging beetles, ants, and other 
insects to clean up. 
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Hornbills are relatively large birds, and they are 
sometimes hunted by humans as food. The helmeted 
hornbill is also hunted specifically for its valuable 
hornbill ivory. Hornbills are also commonly caught 
and kept in captivity as interesting pets. Overhunting 
for any of these purposes can easily cause local deple- 
tions of wild hornbill populations in the vicinity of 
human settlements. These birds also suffer as their 
tropical forest habitats are converted to agriculture 
or other purposes. For these reasons, the populations 
of all species of hornbills are decreasing rapidly, and a 
number of species are near threatened or endangered. 
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| Horse chestnut 


The horse chestnut and buckeyes (Aesculus spp.) 
are various species of angiosperm trees in the family 
Hippocastaneae. There are about 20 species of trees 
and shrubs in this family, occurring widely in temper- 
ate, angiosperm forests of Europe, Asia, and North 
America. 


The horse chestnut and buckeyes have seasonally 
deciduous, oppositely arranged, palmately compound 
leaves, which means that the five to seven leaflets 
all originate from the same place at the far end of the 
petiole. The margins of the leaflets are coarsely 
toothed. The horse chestnut and buckeyes have attrac- 
tive, whitish flowers, occurring in showy clusters. The 
flowers of Aesculus species develop in the springtime 
from the large, overwintering, sticky stem-bud, before 
the years’ leaves have grown. The flowers produce 
large quantities of nectar, and are insect pollinated. 
The fruits of the horse-chestnut and buckeyes are 
greenish, leathery, spiny capsules containing one or 
two large, attractive, chestnut-brown seeds. These 
seeds are not edible by humans. 


The horse chestnut (Aesculus hippocastanum) is a 
tree that can grow as tall as about 115 feet (35 m), and 
is native to Asia and southeastern Europe. The horse 
chestnut has been widely planted in North America as 
an ornamental tree, especially in cities and other resi- 
dential areas. This species sometimes escapes from 
cultivation and becomes locally invasive, displacing 
native species from woodlands. 


Several species of buckeyes are native to North 
America. Most species occur in hardwood forests of 
the eastern and central United States. The yellow buck- 
eye (A. octandra) grows as tall as 98 feet (30 m) and can 
attain a diameter of almost 3.3 feet (1 m). The Ohio 
buckeye (A. glabra) and Texas buckeye (A. arguta) 
develop a characteristic, unpleasant odor when the 
leaves or twigs are crushed. The painted buckeye 
(A. sylvatica) and red buckeye (A. pavia) are relatively 
southeastern in distribution. The California buckeye 
(A. californica) is a shrub or small tree of drier foothill 
areas of the west coast of the United States. 


These various native species are of relatively 
minor economic importance for their wood, which 
has been used to manufacture boxes, furniture, musi- 
cal instruments, and other products. 


The fruits of the horse chestnut and buckeyes are 
eaten by various species of wild animals and some 
species of livestock. However, these fruits contain a 
chemical known as aesculin that is poisonous to 
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An Ohio buckeye (Aesculus glabra). (JLM Visuals.) 


humans if eaten in large quantities, and can cause 
death. The seeds of horse chestnut and buckeyes 
should not be confused with those of the true chestnuts 
(Castanea spp.), which are edible. (True chestnuts or 
sweet chestnuts are classified in the beech family, the 
Fagaceae.) However, it is reported that boiling or 
roasting the seeds of horse chestnut and buckeyes 


can remove or disable the aesculin to provide a starchy 
food. 


Some people attribute medicinal qualities to the 
fruits and flowers of the horse chestnut and buckeyes. 
In Appalachia, some believe that buckeyes will help 
prevent rheumatism if carried on the person. Various 
preparations of the seeds, flowers, and bark have also 
been used as folk medicines to treat hemorrhoids, 
ulcers, rheumatism, neuralgia, and fever, and as a 
general tonic. 


Sometimes children collect the horse chestnuts or 
buckeyes, drill a holes through the middles, and tie 
them to a strong string. The game of conkers involves 


GALE ENCYCLOPEDIA OF SCIENCE 4 


contests in which these tethered seeds are swung at 
each other in turn, until one of the seeds breaks. 
Each time one conker defeats another it is said to 
gain a “life.” However, there are many variations of 
the rules of this game. 


Bill Freedman 


Horsehair worms 


Horsehair or gordian worms are unusual inverte- 
brates in the phylum Nematomorpha. These very long 
thin creatures have a superficial resemblance to ani- 
mated horsehairs, hence their common name. Often, 
horsehair worms occur in seemingly inextricable tan- 
gles of two or more individuals, especially during the 
breeding season, which is generally in the springtime. 
The second common name of these animals originates 
with these breeding aggregations and refers to the 
legendary Gordian knot. This was a very complicated 
knot devised by King Gordius of Phrygia that could 
not be solved and untied, and eventually had to be cut 
with a sword. 


Mature horsehair worms are typically 4-28 in 
(10-70 cm) long. However, they are only 0.01-0.1 in 
(0.3-2.5 mm) in diameter, a characteristic that changes 
little over the length of their body. The mouth is at one 
end, and the cloacal aperture or vent is at or near the 
other. 


Adult horsehair worms live in freshwaters of all 
types. Immature stages are parasites of various types 
of terrestrial insects, most commonly crickets, grass- 
hoppers, and beetles, and sometimes aquatic insects. 
The adult animals move about by slow undulations 
and tangles, which is not a very efficient means of 
locomotion. Consequently, these animals tend to live 
in static or slow-moving waters and are not generally 
found in more energetic aquatic habitats. 


Male horsehair worms die soon after they impreg- 
nate a female during the breeding season. The female 
lays a stringy egg mass that can contain several million 
ova, and then she dies. It has not yet been discovered 
how the larvae manage to parasitize their host insects. 
It is thought that the larvae may encyst on vegetation 
or organic debris in shallow water, which becomes 
exposed later in the growing season, when water levels 
drop. Presumably, insects ingest these tiny cysts when 
feeding, and if the insect is an appropriate host for that 
species of horsehair worm, it is thereby parasitized by 
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the larva. The life cycle is completed if the host insect 
falls into water, so the adult horsehair worm can 
emerge into an appropriate habitat. Adults that 
emerge into a terrestrial habitat are unable to survive 
for long. 


Horsehair worms are widely distributed, occur- 
ring from the tropics to the tundra. About 110 species 
of horsehair worms are known, of which only one 
species is marine, being a parasite of small crustaceans. 
All of the other specis occur in freshwater habitats. 


[ Horses 


Horses are members of the family Equidae, which 
includes the wild asses of Africa and Asia and the 
zebras of African plains and mountains. The origins 
of horse-like mammals have been traced back some 55 
million years to a small “dawn horse” known as 
Eohippus. More recently, during the Pliocene and 
Miocene periods (which ended some 1.5-2 million 
years ago) horses and their relatives as we know them 
today were probably the most abundant medium-sized 
grazing animals in the world. Since then, every species 
has experienced a major reduction in population size. 


One wild horse, the tarpan, a small, shy, gray 
species lived on the Russian steppes of Eurasia until 
some time in the eighteenth century, when it became 
extinct because of overhunting and cross-breeding 
with domesticated species. Almost nothing is known 
about this animal apart from scant information in a 
few museums. The only other true wild horse, the 
slightly larger Przewalski’s horse (Equus przewalskii), 
is now also thought to have gone extinct in the wild as 
recently as the mid 1960s. Some members of this spe- 
cles were, however, preserved in captivity so at least 
some representatives of this ancient lineage remain. 


Horses are grazing animals of wide open plains, 
where constant vigilance is necessary in order to avoid 
predators such as lions, tigers, leopards, and wild 
canids. Apart from their keen senses of vision, hearing, 
and smell, horses are well equipped to outrun most 
potential attackers. Wild horses also undergo exten- 
sive seasonal migrations in search of optimal feeding 
and watering habitat. The feet of these hoofed animals 
(perissodactyls) are modified for agility and rapid 
movement. Horses have light feet with just one 
toe and, when moving, the hoof is the only part of 
the foot to touch the ground. Horses are also charac- 
terized by their long, slender legs, capable of a steady, 


2159 


sasi0H] 


Horses 


Przewalski’s horses (Equus przewalskii). (© Frans Lanting/ 
Corbis.) 


prolonged movement or a long, striding gait. A deep 
chest allows for their large lungs, as well as the ani- 
mal’s large stomach, which is important for digesting 
the great amounts of relatively bulky plant materials. 


Grasses and herbs form a major part of the diet. 
While these materials are relatively abundant, they are 
often not very nutritious, being low in protein and 
difficult to digest. Horses eat large quantities of plant 
materials each day and must be able to transform this 
into energy and nutrition. Plant cells are composed of 
cellulose, which the digestive system of few mammals 
is capable of breaking down. To assist with this proc- 
ess horses and their relatives rely on microorganisms 
within the large intestine and colon to break down and 
ferment their bulky diet. In contrast to ruminating 
animals such as deer and cattle, horses have a small 
and relatively simple stomach in which proteins are 
digested and absorbed. The digestive system of horses 
is far less efficient than that of a cow, for example, 
which means that the former must eat considerably 
more of the same materials in order to acquire a sim- 
ilar amount of energy. 


Przewalski’s horse is closely related to the domestic 
species (Equus caballus), but is distinct in its appear- 
ance. Reaching more than 7 ft (2 m) at the shoulder, 
and with a length of almost 8 ft (2.5 m), these horses are 
a dark bay-dun color with a much lighter underside 
and muzzle patch. The dark mane narrows to a single, 
narrow dorsal stripe along the back, ending in a black 
tail. Early Stone Age cave paintings feature many illus- 
trations of horses that closely resemble this species. It 
was formerly widespread in steppe and semiarid hab- 
itats of Kazakhstan, Sinkiang, Mongolia, and parts of 
southern Siberia. The Przewalski’s horse first became 
known to Western science in 1879, when it was discov- 
ered by a Polish explorer after whom the horse is 
named. Although there are no known estimates of the 
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initial population size, by the early twentieth century it 
was already rare and found only in parts of southern 
China and Mongolia. 


These animals were once highly prized by Mon- 
golian people for their stamina. The wild herds 
once also provided semi-nomadic tribes with an essen- 
tial supply of milk, meat, and hides, the latter being 
used for clothing as well as construction materials for 
their hut-like homes. Although the species is now 
extinct in its native habitat, sufficient animals are 
kept in zoological collections to enable a systematic 
program of captive breeding to take place. As a result 
of these efforts, there are now more than 1,500 indi- 
viduals in captivity in many parts of the world. Apart 
from the hopes of conservationists to see this horse 
returned to its natural habitat, there is also a strong 
national desire amongst people in Mongolia to see 
these animals returned to the plains of its rightful 
heritage. 


In their natural habitat, wild horses live in herds 
that consist of a number of mares, a single stallion, and 
foals and colts of a wide age span. The stallion is 
responsible for leading the herd to safe watering and 
feeding grounds and for protecting the females and 
young from predators. Stallions are extremely protec- 
tive of their herds, and fights with other males who 
attempt to overthrow the stallion are common. Male 
horses fight with their hooves and teeth, especially the 
enlarged canines of the lower jaw—a prominent fea- 
ture on mature males. A wide range of facial and other 
expressions are used to help avoid conflicts or to 
ensure that these are of short duration, as animals 
risk injury in such sparring events. Baring the teeth 
and curling the lips, while at the same time flattening 
the ears, is one of the most aggressive threats, while a 
number of vocalizations and stomping movements 
with the feet are also used to enhance the meaning of 
the gestures. 


Almost everything we know about the social life 
of these animals is based on observations of semi-wild 
Przewalski’s horses and feral populations of domestic 
horses. In the Przewalski’s horse, young are born from 
April to June, following a gestation period of about 
330 days. Mares usually bear a single foal which, 
shortly after birth, is able to stand up and follow its 
mother—an essential ability if the foal is not to fall 
prey to ever-vigilant predators. Foals remain close to 
their mothers for the first few weeks of life and do 
not become independent until they are almost two 
years old. Following this, they remain with the herd 
for several more years until they mature. In a natural 
situation, males are driven away from the herd as they 
reach sexual maturity. These solitary males usually 
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join with other males to form small bachelor herds. 
Females, in contrast, may remain with the herd they 
were born into and will, in time, breed with the dom- 
inant male of the herd. 


The precise origins of the domestic horse are not 
known but they likely arose from either the tarpan or 
Przewalski’s horse. The earliest records of domestica- 
tion are unclear and it is possible that this took place 
simultaneously in different parts of the world. Some 
reports suggest that it was attempted as early as 4000 
BC in Mesopotamia and China, while evidence sug- 
gests that by 2000 BC domesticated horses were in use 
in China. Since then, horses have been bred for a 
number of purposes and there are now thought to be 
more than 180 different breeds. The powerful Shire 
horses were bred as draught animals in England, while 
most modern thoroughbreds, bred for their speed, 
stamina, and grace, are derived from breeding other 
species with primarily Arabian horses. The increasing 
spread of agriculture almost certainly played an 
important role in the use of domesticated species for 
draught purposes, but others were also bred and cross- 
bred for their hardiness in extreme climates. Horses 
have also featured heavily in warfare, and many bat- 
tles have been won and empires taken by mounted 
warriors. 


Wild horses have suffered considerably since the 
arrival of humans on Earth. Horses and asses were 
once widely harvested for their meat and skins, partic- 
ularly in parts of Asia. Elsewhere, the integrity of true 
wild species became diluted as domestic species inter- 
bred with wild animals. Natural changes may also 
have had some role to play in the demise of the wild 
horse, but it is more likely that human encroachment 
on the great plains of Asia, with spreading agriculture, 
has had the greatest and most long-term effect. 


It is now too late to protect the last true wild horses, 
but considerable efforts are required to ensure that the 
last member of this ancient lineage, Przewalsk1’s horse, 
and its natural habitat are protected in a manner that 
would enable this species to be reintroduced to its native 
habitat. Consideration should also be given to the pres- 
ervation of wild stocks of domesticated varieties, such 
as the mustangs of North America, the Dartmoor and 
Exmoor ponies of Great Britain, and the brumbies of 
Australia, where these species have a role to play in 
maintaining the ecology of their respective habitats. In 
some countries, however, feral horses have caused con- 
siderable destruction to local plants and control pro- 
grams are required to limit herd size so that they do not 
cause irreversible damage to fragile ecosystems. In other 
regions, feral horses play a useful role in cropping long 
coarse grasses, which helps keep the ecosystem open for 


GALE ENCYCLOPEDIA OF SCIENCE 4 


other smaller, more fastidious grazing animals and 
plants. Some plants are known to germinate only 
when their seeds have passed through a horse’s digestive 
system, as many of these plants may have evolved at a 
time when large herds of wild horses roamed the plains 
and acted as natural seed dispersers. 


See also Livestock. 
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| Horseshoe crabs 


Often referred to as a living fossil, the horseshoe 
crab has changed very little in over 350 million years. 
Related to spiders, this animal is easily identified by 
the large greenish brown, helmet-like dorsal plate, 
called either the cephalothorax or prosoma. A sepa- 
rate plate covers its abdomen. A long tail spine, 
referred to as the caudal spine or telson, extends 
from its abdomen. Measured from the front of its 
dorsal plate to the tip of its tail spine, the horseshoe 
crab can reach a length of 24 in (60 cm). Its mouth and 
six body segments lie underneath its dorsal plate; a 
pair of limbs is attached to each segment. Today’s 
horseshoe crab populations are rather sporadically 
distributed. One species—Limulus polyphemus—lives 
off the coast of the eastern United States, and three 
species live in the marine waters of Southeast Asia. 


The phylum Arthropoda is the largest phylum in the 
animal kingdom, containing more than one million spe- 
cies. Within this phylum, the class Chelicerata includes 
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Horseshoe crabs 


A horseshoe crab moving along the waters edge. (© John M. 
Burnley/The National Audubon Society Collection/Photo 
Researchers, Inc.) 


spiders and their relatives. This class can be broken 
down into three subclasses: 1) Arachnida, otherwise 
known as arachnids, this class includes true spiders and 
scorpions; 2) Pantopoda, also known as sea spiders: and 3) 
Merostomata, referred to as merostomates. Within the 
Merostomata subclass, there are two orders. One extinct 
order, the order Eurypterida, contained sea scorpions; the 
other order, Xiphosura, includes only horseshoe crabs. 
There is one family, Limulidae, and three genera within 
this family—Limulus, Tachypleus, and Carcinoscorpius. In 
total, there are four species. 


Evolution 


Although fossils confirm that chelicerates devel- 
oped in the sea, there is some debate over their evolu- 
tionary history. Some research suggests that animals 
in this class are descendants of trilobites, the earliest 
known arthropods which lived 570 million years ago 
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during the Cambrian period; other research suggests 
that segmented worms are their true ancestors. 
Whatever the case, the history of the horseshoe crab 
can definitely be traced back to the Ordovician period, 
about 500-440 million years ago. 


Ancestors and relatives of the horseshoe crab 
include very diverse animals. For instance, horseshoe 
crabs are related to mites that never surpass 0.04 in 
(1 mm) long and to the biggest segmented animal that 
ever lived—the giant sea scorpion (Pterygotus rhena- 
nus)—which grew to over 6 ft (180 cm) long. Members 
of this subphylum have adapted to nearly every hab- 
itat on land and sea, and most have retained their 
primitive behaviors. 


Physical characteristics 


The horseshoe crab’s body is composed of two 
parts: the cephalothorax and the abdomen. The ceph- 
alothorax is basically the crab’s head and thorax fused 
together. Under the cephalothorax, there are six body 
segments, each equipped with a pair of limbs. Under 
the abdominal shell is located the circulatory, respira- 
tory, reproductive, and nervous systems. Further, the 
abdomen houses part of the crab’s digestive system 
and an abundant number of glands. 


Like all members of the class Chelicerata—but 
unlike other anthropods—the horseshoe crab does 
not have antennae. Instead, it uses its first pair of 
appendages (called cheliceras), located in front and to 
the sides of its mouth, to feed itself. The cheliceras, and 
all of their appendages except for their walking legs, are 
equipped with pinchers (called chelas) with which the 
animal grabs food from the sea floor. The second pair 
of legs (called the pedipalp) evidently used to be used 
for walking, but, over time, evolved more specialized 
functions. Currently, the second pair of legs are used in 
different ways, depending on the species; basically, 
these legs can be used for gripping, chewing, or sensing. 


While the horseshoe crab does not have a con- 
ventional jaw, its four pairs of walking legs have 
special equipment attached to them. Known as gna- 
thobases, these are primitive devices that the crab 
uses to manipulate and shred food before passing it 
to its mouth. The last pair of walking legs can be used 
to break shells and to crush tough food. Because the 
crab often swallows sand and shell fragments, its 
gizzard is quite powerful and can grind up almost 
anything it consumes. 


The horseshoe crab has two sets of eyes. The first 
pair are large and compound, meaning that they are 
composed of numerous simple eyes clustered tightly 
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KEY TERMS 


Caudal spine—Also called the telson, this append- 
age extends from the crab’s abdomen and resembles 
a tail; it is often as long as the crab’s body. It is used 
by the crab to right itself if it falls on its back; the 
crab flaps it against the abdomen when it swims. 
Cephalothorax—tThe head and thorax (upper part 
of the body) combined. 

Chelas—Pincers on the last pair of walking legs 
with which the crab grabs food from the sea floor. 
Chelicerae—Feeding appendages. 

Compound eyes—Two large eyes appearing widely 
separated on the anterior of the dorsal plate. They 
are actually composed of numerous simple eyes 
clustered together. 

Gnathobases—Attached to the legs, these spiny 
devices function like jaws, shredding and manipu- 
lating food before passing it to the mouth. 
Pedipalp—their second pair of legs, highly speci- 
alized, depending on the species. 

Prosoma—See cephalothorax. 

Salinity—The amountdissolved salts in water. 
Simple eyes—Located fairly close to each other at 
the anterior of the crab’s back. Easy to overlook. 
Thorax—tThe area just below the head and neck; 
the chest. 


together. These large eyes are located far apart on the 
front side of the dorsal plate. Much less noticeable, the 
two small, simple eyes are located fairly close to each 
other at the anterior of the crab’s back. Little is known 
about the animal’s other senses. 


Behavior 


The horseshoe crab lives in shallow, coastal waters, 
usually partially covered by mud or sand. It covers itself 
like this by driving the front of its round dorsal plate 
forward and downward into the earth. This crab is a 
sturdy creature, tolerating wide swings in salinity and 
temperature. As a scavenger, it spends much of its life 
feeding on all types of marine animals, including small 
fish, crustaceans, and worms. Interestingly, it swims 
through the water with its dorsal plate facing the bottom 
(on its back) by flapping its tail spine into its abdomen. 


Horseshoe crabs mature sexually when they are 
between nine and 12 years old. Typically, when they 
breed, horseshoe crabs congregate in large numbers in 
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shallow coastal waters. At such times, the male climbs 
onto the female’s back, and holds the sides of her dorsal 
plate. (The male is significantly smaller than the female.) 
She carries him around, sometimes for days, until spawn- 
ing takes place. When ready to lay her eggs, she digs holes 
about 6 in (15 cm) deep in a tidal area and lays up to 
1,000 eggs in each hole. While she lays these eggs, the 
male fertilizes them. In approximately six weeks, the eggs 
hatch into free-swimming larvae that look a lot like their 
parents, but their tail spines are missing. Because of the 
inflexibility of their dorsal plates, it is difficult for these 
animals to grow within their shells; thus they molt several 
times before their growth stops at sexual maturity. 


Uses to humans 


When a horseshoe crab is wounded, its blood cells 
release a special protein to clot the bleeding. The same 
thing happens when certain toxins are introduced to stop 
invading bacteria. (Horseshoe crabs are a favorite host of 
flatworms.) Thus, hospitals sometimes use extracts of 
horseshoe crab blood when diagnosing human bacterial 
diseases and checking for toxins in intravenous solutions. 
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Kathryn Snavely 


| Horsetails 


Horsetails are a group of relatively primitive vascu- 
lar plants in the genus Equisetum, family Equisetaceae, 
subdivision Sphenophytina. The sphenophytes have an 
ancient evolutionary lineage occurring as far back as the 
Devonian period. These plants were most abundant and 
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Horticulture 


diverse in species about 300 million years ago, during the 
late Devonian and early Carboniferous periods. Fossils 
from that time suggest that some of these plants were as 
large as 8 inches (20 cm) in diameter and at least 49 feet 
(15 m) tall. 


Today, however, this group is represented by 29 
species of small, herbaceous plants all in the genus 
Equisetum. Horsetails are very widespread, although 
they do not occur naturally in the Amazon basin or in 
Australia and New Zealand. These plants are character- 
ized by their conspicuously jointed stems and _ their 
reduced, scalelike leaves, which are arranged in whorls 
around the stem. The stems of horsetails contain deposits 
of silica which give the plants a coarse, grainy feel when 
crushed. The silica-rich horsetails are often used by camp- 
ers to clean their dishes and pots, giving rise to another of 
their common names, the “scouring rushes.” Horsetails 
are perennial plants, and they grow from underground 
systems of rhizomes. Horsetails develop specialized struc- 
tures known as a strobilus (plural: strobili), containing 
sporangiophores that develop large numbers of spores 
(or sporangia). In some species the strobilus develops at 
the top of the green or vegetative shoot. In other so-called 
dimorphic species of horsetails, the strobilus occurs at the 
top of a specialized, whitish shoot which develops before 
the green shoots in the early springtime. 


The woodland horsetail (Equisetum sylvaticum) 
occurs throughout the northern hemisphere in boreal 
and north-temperate forests. The common horsetail 
(E. arvense) is a very widespread species occurring 
almost worldwide, often in disturbed habitats. This 
species is dimorphic, producing its whitish, fertile 
shoots early in the springtime and its green vegetative 
shoots somewhat later. The scouring rush (E. /ye- 
male) occurs widely in the northern hemisphere in 
wet places. The water horsetail (E. fluviatile) occurs 
in a wide range of aquatic habitats in boreal and north- 
temperate regions of North America and Eurasia. The 
dwarf scouring rush (E. scirpoides) is a small species of 
wetlands and moist shores, occurring widely in arctic 
and boreal habitats of the northern hemisphere. 


See also Rushes. 


Bill Freedman 


| Horticulture 


Horticulture is and art and science of cultivating of 
gardens, specifically the growing of vegetables, flowers, 
fruits, shrubs, and trees. The word horticulture comes 
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Field horsetails (Equisetum arvense) at the Long Point 
Wildlife Sanctuary, Ontario. (Robert J. Huffman. Field Mark 
Publications.) 


from the Latin words hortus and cultura for garden 
and cultivation, respectively. 


There are three main branches of the science of 
growing plants: forestry, agronomy, and horticulture. 
Forestry is concerned with the cultivation of stands 
of trees for their commercial and ecological uses. 
Agronomy involves the large-scale cultivation of 
crops, such as wheat, cotton, fruits, and vegetables. 
Horticulture involves growing plants for their aesthetic 
value (e.g., in floriculture; the cultivation of flowers), or 
on a very local scale as food (as in a home garden). 


In addition to home gardening, horticulturists are 
involved in the landscaping and maintenance of public 
gardens, parks, golf courses, and playing fields. Seed 
growers, plant growers, and nurseries are the major 
suppliers of plants and supplies for use in horticulture. 
Among the important specialists working in horticulture 
are plant physiologists, who work on the nutritional 
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needs of plants, and plant pathologists, who are engaged 
in protecting plants from diseases and insect damage. 


For the amateur home gardener, the rewards of 
horticulture are both recreational and emotional. 
Gardening is one of the most popular pastimes for 
many people—for those living in suburbs, as well as 
city dwellers who plant window boxes, grow house 
plants, or develop a garden in a vacant lot. 


Plant needs 


Whether plants are being grown on a large scale 
for commercial purposes or for the pleasures of having 
a garden, they have fundamental needs that include a 
suitable regime of water, soil, and climate. 


Climatic factors 


The climatic factors that have the greatest effects on 
plant growth are temperature, precipitation, humidity, 
light, and wind. In deciding what plant species can be 
grown in a particular location, the horticulturist must 
consider whether the seasonal ranges of temperature can 
be tolerated. Many plants will die if exposed to temper- 
atures as low at 28°F (-2.2°C), although others are frost 
hardy and can be grown in places much colder than this. 
While some plants die from frost, others may only die 
back and then recover when warmer weather returns. 
Conversely, many plants need exposure to seasonally 
cold temperatures, as occurs during the wintertime. 


Another climatic factor affecting plants is precipita- 
tion. The amount of moisture that plants require varies 
greatly. Desert plants can survive on little water, and 
may perish if over-watered. Other plants need continu- 
ously moist growing conditions. Plants of some coastal 
habitats receive benefits from fog and moist air blowing 
in from over the water. However, too much dew can 
damage some plants, by predisposing them to fungal 
diseases. In many regions, trees overburdened by 
heavy, freezing rain are subject to broken branches. 


The amount of sunlight plants receive also affects 
their growth. The intensity and duration of light con- 
trols the growth and flowering of plants. Insufficient 
light results in the rate of photosynthesis being insuf- 
ficient to allow the plant to grow and flower. Wind is 
another important factor, which can cause damage by 
increasing the rate of water loss, and if extreme by 
breaking off plant parts. Strong wind blowing from 
oceans can deposit harmful salts on sensitive plants. 


All these climatic factors must be considered by 
horticulturists when planning a garden or landscaping 
project. These factors determine the possible selection 
of plants for a particular ecological context. 
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Soil 


Consideration of the quality of the soil is also 
important. If the soil does not have the proper combi- 
nation of nutrients, organic matter, and moisture, 
plants will not grow well. 


All types of soils need management for optimum 
plant growth. Some soils are rich with clay, while 
others are sandy or rocky. Clay soils are heavy and 
tend to drain water poorly, which may cause plant 
roots to become waterlogged and oxygen-starved. 
Sandy or rocky soils, on the other hand, drain water 
rapidly and may have to be irrigated to grow plants 
well. Usually, the preferable garden soil is loamy, 
meaning it consists of a balanced mixture of clay, 
sand, and organic matter. Organic matter in soil is 
important because it helps develop larger pore spaces 
and allows water and air to penetrate. This helps 
roots to grow well and absorb nutrients for use by 
the plant. 


Other important soil factors include the acidity or 
alkalinity of the soil, the presence of beneficial or 
harmful microscopic organisms, and the composition 
and structure of the soil layers (topsoil and subsoil). 
The addition of mineral nutrients and organic matter 
to soil being prepared for planting is a common prac- 
tice in horticulture. This may include the addition of 
fertilizers that meet the nitrogen, phosphorus, potas- 
sium, calcium, magnesium, sulfur, and trace-element 
needs of the plants. 


Horticultural plants 


Thousands of plant species are available for use 
in horticulture. Many of these have been domesti- 
cated, selectively bred, and hybridized from the origi- 
nal, wild, parent stocks, and are now available in 
large numbers of cultivated varieties (or cultivars). 
Consider, for example, the numerous varieties of 
roses, tulips, geraniums and many other common hor- 
ticultural plants that can be obtained from commercial 
outlets. 


In most places, almost all of the horticultural 
plants that are widely grown in parks and gardens 
are not indigenous to the region (that is, their natural 
habitats are far away, sometimes on another conti- 
nent). This widespread cultivation of non-native 
plants has resulted in some important ecological prob- 
lems, caused when the horticultural species escape to 
the wild and displace native plants. Because of this 
kind of severe ecological damage, many environmen- 
talists are advocating the cultivation of native species 
of plants in horticulture. If this sensible naturalization 
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A garden of perennial plants and flowers in bloom. (Alan & Linda Detrick. Photo Researchers, Inc.) 


is practiced, there are fewer problems with invasive 
aliens, and much better habitat is provided for native 
species of animals. This means that horticulture can 
achieve important ecological benefits, in addition to 
the aesthetic ones. 


Resources 


BOOKS 

Arteca, Richard N. Introduction to Horticultural Science. 
Clifton Park, NJ: Thomson Delmar Learning, 2006. 

Dole, John M. Floriculture: Principles and Species. Upper 
Saddle River, NJ: Pearson/Prentice Hall, 2005. 

Elliott, Brent. Flora: An Illustrated History of the Garden 
Flower. London, UK: Scriptum Editions, 2002. 

Preece, John E., and Paul E. Read. The Biology of 
Horticulture: An Introductory Textbook. Hoboken, 
NJ: J. Wiley, 2005. 

Rice, Laura Williams. Practical Horticulture. Upper Saddle 
River, NJ: Pearson/Prentice Hall, 2006. 
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KEY TERMS 


Agronomy—tThe application of agricultural sci- 
ence to the production of plant and animal crops, 
and the management of soil fertility. 
Floriculture—The cultivation of flowers. 
Photosynthesis—The synthesis of carbohydrates by 
green plants, which takes place in the presence of 
light. 


Vince-Prue, Daphne. Science and the Garden: The Scientific 
Basis of Horticultural Practice. Oxford, UK: Blackwell 
Science, 2002. 


Vita Richman 
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l Hot spot 


Hot spots are a common term for plumes of 
magma welling up through Earth’s crust far from the 
edges of tectonic plates. 


Plate tectonics, which grew out of the theory of 
continental drift proposed by Alfred Wegener (1880— 
1930) in 1912, is the scientific theory explaining how 
rigid plates move across the top of Earth’s astheno- 
sphere. Where the plates separate, magma from the man- 
tle approaches the surface and encounters decreased 
temperature and pressure, allowing it to solidify into 
new rock. At the edges of plates that collide together, 
trenches form where one plate slides under the other. In 
some places, such as the San Andreas fault in California, 
the plates slide past each other. Most volcanoes and 
earthquakes occur near the edges of tectonic plates. 


Some volcanoes, for example the Hawaiian 
Islands, are far from the plate margins. These volca- 
noes tend to be very high and the rock produced there 
is alkaline, chemically different than the theoletite 
rock produced at the margins. Moreover, there are 
several dotted lines of extinct volcanoes (such as the 
chain of the Hawaiian islands) that are arranged old- 
est-to-youngest in a line. The Yellowstone region of 
Wyoming is thought to overly a hot spot beneath the 
North American plate. Hot spots are explained, in a 
theory proposed by J. Tuzo Wilson in 1963, as fixed 
spots in Earth’s mantle, from which thermal plumes 
penetrate the crust. The lines of extinct volcanoes do 
not indicate that the plume is moving: rather that the 
plate is moving above the mantle. Therefore, volca- 
noes produced by hot spots can be used to infer the 
direction in which a plate is moving. In the case of the 
Hawaiian ridge, the most recent volcano (Kilauea) is 
southeast of the older volcanoes. The oldest volcano in 
this line dates back to about 40 million years ago. 
From this, scientists have deduced that the Pacific 
plate is moving northwest at about 3.9 in (10 cm) 
each year. However, a line of even older extinct volca- 
noes, the Emperor seamounts, trail northward from 
the end of Hawaiian ridge: the youngest are southern- 
most and the oldest (about 70 million years old) are 
northernmost. From this, we can deduce that the 
Pacific plate changed direction sometime between 40 
and 50 million years ago. 


The number of hot spots in the world is uncertain, 
with numbers ranging from a few dozen to over a 
hundred. They range in age from a few tens of millions 
of years in age (like the Hawaii-Emperor hot spot) to 
hundreds of millions of years old. Some appear to be 
extinct. 
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| Hovercraft 


A hovercraft is a vehicle or craft that can be used 
to journey over water and land. Unlike a boat, which 
floats on the water, a hovercraft is suspended above 
the water on a cushion of air that is ejected downwards 
against a surface below it. This ability also allows a 
hovercraft to move over relatively level land and float 
over small depressions such as a ditch or over waves. 
A powerful and specially designed fan creates the air 
cushion that is part of the hovercraft. For this reason 
a hovercraft is also called an air cushion vehicle 
or ACV. 


The first vehicle that could be called a hovercraft was 
created on paper, but never actually built, in 1716 by 
Swedish designer and inventor Emanuael Swedenborg. 
One hundred and fifty years later, British engineer 
Sir John Isaac Thorncroft built several models that 
used air between the boat’s hull and the water to reduce 
drag on the craft. In the 1930s, Soviet engineer Vladimir 
Levkov build air-cushion boats on an experimental basis. 
In the 1940s, during World War II, U.S. reservist Charles 
J. Fletcher designed a Glidemobile that trapped air under 
a surface. The U.S. military confiscated Fletcher’s design 
for the war effort. 


English engineer and inventor Sir Christopher 
Sydney Cockerell (1910-1999) finally invented a work- 
ing hovercraft in 1956. For this accomplishment and his 
other efforts, which included being part of the research 
team that developed radar (RAdar Detection And 
Ranging), he was later knighted in 1969. 


Cockerell’s main idea involved a vehicle designed 
to that float on a cushion of air, with another power 
source that would move the vehicle horizontally over 
the surface. The feasibility of the idea was tested ini- 
tially using tin cans and the nozzle end of a vacuum 
cleaner. Initially, cans of different sizes were modified 
so that air could be blown down through the sealed 
end. Cockerell found that single cans did not produce 
sufficient air pressure. However, positioning one can 
inside another and forcing the air through the narrow 
cylinder of space between the two cans created a zone 
of high air pressure created in the region between these 
cans. It was this basic design that was used for the first 
commercial hovercraft in 1959, the Saunders Roe 
Nautical One (SRN1), and for subsequent versions 
of the hovercraft. 


In the SRN1 and other models of hovercraft, the 
narrow cylindrical space between the tin can test sys- 
tem is referred to as a plenum chamber. The word 
plenum is from the Latin word meaning full. Large 
fans, which are analogous to the vacuum cleaner 
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nozzle on Cockerall’s tabletop developmental model, 
blow air down through the plenum chamber. 


The fan used on hovercraft differs from the stand- 
ard propeller type of fan. Propeller blades generate 
backpressure as they rotate. In hovercraft, backpres- 
sure would decrease the efficiency of the air cushion. 


The fan of a hovercraft is called a centrifugal lift 
fan. The fan appears as an inverted funnel positioned 
inside a donut-like chamber that has angled slats 
around the outside edge of the chamber. When the 
funnel shaped assembly rotates at high speed, air is 
sucked into the chamber and is expelled out through 
the slats. This design creates a more powerful airflow 
than does a conventional propeller. 


The airflow must be constant and powerful in 
order to compensate for air that escapes from the 
edge of the hovercraft. The airflow must also be even 
around the edge of the hovercraft, to prevent one 
region of the hovercraft from lifting higher off the sur- 
face of the ground or water than other parts of the 
hovercraft. 


The edge of a hovercraft contains a flexible cur- 
tain of material. This material, which is known as a 
skirt, helps prevent the escape of air from the plenum 
chamber, which in turn lessens the mount of energy 
that is needed to generate the suspending airflow. The 
skirt must be durable and flexible to accommodate 
the different heights of terrain or waves that the 
hovercraft passes over. Additionally, the skirt must 
be light in weight, yet resistant to flapping. Origin- 
zally, a skirt was a single piece of material; now it is 
typically made of rubber. When one region of the old- 
design skirt wore out, the entire skirt had to be 
replaced. The cost of this replacement, often in the 
millions of dollars, prompted a redesign. Nowadays, 
damaged rubber portions of a skirt can be removed 
and replaced without the necessity of replacing the 
entire structure. 


Asa hovercraft operates, the rubber skirt is inflated 
outward by the air pressure generated by the centrifugal 
lift fan. This effect produces an air cushion that is about 
10 ft (3 m) in depth beneath the hovercraft. Propellers 
that blow air out horizontally provide the power that 
moves the hovercraft over the surface of the ground 
or water. The blades of these propellers can be moved 
or pitched to control the speed of the hovercraft. When 
the propellers have a zero pitch, the hovercraft is not 
moving. Positive pitch moves a hovercraft forward and 
negative pitch is the braking system that slows the 
hovercraft down. 


The hovercraft has proven to be useful for appli- 
cations where passengers or cargo are transported 
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over water and where the loading and unloading can 
be done on land. For example, hovercraft have been 
used for decades to ferry people back and forth across 
the English Channel between the United Kingdom 
and France. 


See also Ocean. 
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OTHER 

Flexitech LLC. “How a Hovercraft Works.” <http://www. 
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commercial hovercraft services.” <http://www. 
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tl Hubble Space Telescope 


The Hubble Space Telescope is a general-purpose 
orbiting observatory. Orbiting approximately 380 mi 
(612 km) above Earth, the 12.5-ton Hubble Space 
Telescope (Hubble, or HST) has peered farther into 
the universe than any telescope before it. The Hubble, 
which was launched on April 24, 1990, has produced 
images with unprecedented resolution at visible, near- 
ultraviolet, and near-infrared wavelengths since its 
originally faulty optics were corrected in 1993. 
Although ground-based technology is finally starting 
to catch up—the European Southern Observatory’s 
Very Large Telescope atop Cerro Paranal, Chile, can 
now produce narrow-field images even sharper than 
Hubble’s—the Hubble continues to produce a stream 
of unique observations. During the 1990s and now 
into the 2000s, the Hubble has revolutionized the sci- 
ence of astronomy, becoming one, if not the most, 
important instruments ever used in astronomy. 


The Hubble was the first of the four great observ- 
atories planned by the U. S. National Aeronautics and 
Space Administration (NASA). This series of orbital 
telescopes also includes the Compton Gamma Ray 
Observatory (Compton, launched 1991), the Chandra 
X-Ray Observatory (Chandra, formerly Advanced 
X-ray Astrophysics Facility, launched 1999), and the 
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Spitzer Space Telescope (Spitzer, formerly the Space 
Infrared Telescope Facility, launched in 2003). 
Together, the light-sensing abilities of the Great 
Observatories span much of the electromagnetic spec- 
trum. They are designed to do so because each part of 
the spectrum conveys different astronomical informa- 
tion. Specifically, Compton, named after American 
physicist Arthur Holly Compton (1892-1962), who 
won the Nobel Prize (1927) for his work with gamma 
ray physics and for his work with what is now known 
as the Compton effect, will view objects in the gamma 
ray range of the spectrum. Chandra, named after 
Indian-American physicist, mathematician, and astro- 
physicist Subrahmanyan Chandrasekhar (1910-1995) 
who determined the mass limit for white dwarf stars 
becoming neutron stars and was awarded the Nobel 
Prize in 1983, works within the x-ray spectrum. Spitzer, 
named after American theoretical physicist Lyman 
Spitzer, Jr. (1914-1997) who first proposed placing 
telescopes in space in the mid-1940s, will produce 
images and spectra from the infrared range. Hubble, 
named after American astronomer Edwin Hubble 
(1889-1953) for his discovery of galaxies outside the 
Milky Way galaxy, observes in the visible, near-ultra- 
violet, and near-infrared parts of the electromagnetic 
spectrum. 


Above the turbulent atmosphere 


The twinkling of stars is a barrier between astron- 
omers and the information they wish to gather. In 
reality, stars do not twinkle but burn steadily; they 
only appear to ground observers to twinkle because 
atmospheric turbulence distorts their light waves en 
route to Earth. Although telescopes on Earth’s surface 
incorporate enormous mirrors to gather starlight and 
sophisticated instruments to minimize atmospheric 
distortion, the images gathered still suffer from some 
image degradation. Recently, much progress has been 
made in the use of adaptive optical systems. These 
systems aim lasers along a telescope’s line of sight to 
measure atmospheric turbulence. This information is 
fed to computers, which calculate and apply an ever- 
changing counter-warp to the surface of the tele- 
scope’s mirror (or mirrors) to undo the effect of the 
turbulence in real time. Adaptive optics is starting to 
overcome some of the problems caused by atmos- 
pheric turbulence. However, the fact that the Earth’s 
atmosphere absorbs much of the electromagnetic 
spectrum cannot be overcome from the ground; only 
space-based telescopes can make observations at cer- 
tain wavelengths (e.g., the infrared). 


Scientists first conceived of an orbital telescope in 
the 1940s. The observatory proposed at that time was 
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called, optimistically, the Large Space Telescope. By 
the 1970s, the concept had coalesced into an actual 
design, being less large in size due to the political 
backlash against the huge space-exploration budgets 
of the 1960s. In 1990, after a decade of development 
and years of delay caused by the Challenger space 
shuttle disaster of 1986, the space shuttle Discovery 
deployed the Hubble Space Telescope into an orbit 
approximately 380 mi (612 km) above Earth. The 
way astronomers see the universe was about to be 
changed—but not for another three years, due to a 
design flaw in the main mirror. 


The design 


The Hubble Space Telescope is a large cylinder 
sporting long, rectangular solar panels on either side 
like the winding stems of a giant toy. Almost 43 ft (13 m) 
long and more than 14 ft (4.2 m) in diameter, this 
cylinder houses a large mirror to gather light and a 
host of instruments designed to analyze the light thus 
gathered. 


The telescope itself is a Ritchey-Chretien Cassegrain 
type that consists of a concave primary mirror 8 ft (2.4 
m) in diameter and a smaller, convex secondary mirror | 
ft (0.3 m) in diameter that is mounted facing the primary. 
This pair of mirrors is mounted deep within the long tube 
of the Hubble’s housing, which prevents unwanted light 
from degrading the image. 


Light follows a Z-shaped path through the tele- 
scope. First, light from the target travels straight down 
the tube to the primary mirror. This reflects the light, 
focusing it on the secondary mirror. The secondary 
mirror reflects the light again and further focuses it, 
aiming it through a small hole in the center of the 
primary at the telescope’s focal plane, which is located 
behind the primary. The focal plane is where the light 
gathered by the telescope is formed into a sharp image. 
Here, the focused light is directed to one of the observ- 
atory’s many instruments for analysis. All data col- 
lected by the Hubble is radioed to the Earth in digital 
form. 


The Hubble’s original complement of instru- 
ments, since replaced by a series of space-shuttle serv- 
ice missions, included the Wide Field/Planetary 
Camera (WF/PC1), the Faint Object Spectrograph 
(FOS), the Faint Object Camera (FOC), the High 
Resolution Spectrograph (HRS), and the High Speed 
Photometer (HSP). WF/PC1 was designed to capture 
spectacular photos from space. The FOS, operating 
from ultraviolet to near-infrared wavelengths, did 
not create images, but analyzed light from stars and 
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galaxies spectroscopically, that is, by breaking it into 
constituent wavelengths. The FOS contained image 
intensifiers that amplify light, allowing it to view very 
faint, far away objects. The HRS also analyzed light 
spectroscopically, but was limited to ultraviolet wave- 
lengths. Although it could not study very faint stars as 
the FOS could, the HRS operated at comparatively 
high precision. The HSP provided quantitative data 
on the amount of light emanating from different cel- 
estial objects. 


Every aspect of the Hubble had to be designed for 
operation in space. For example, the Hubble is designed 
to function under radical temperature extremes. 
Although the vacuum of space itself has no temperature, 
at Earth’s distance from the sun, an object in deep 
shadow cools to a temperature of -250°F (-155°C) 
while an object in direct sunlight can be heated to hun- 
dreds of Fahrenheit degrees above zero. The Hubble 
itself orbits the Earth every 97 minutes, spending 25 
minutes of that time in the Earth’s shadow and the rest 
in direct sunlight. It thus passes, in effect, from an 
extreme deep freeze to an oven and back again about 
15 times a day, and must be effectively insulated to keep 
its instruments and mirrors stable. 


Another aspect of the Hubble that had to be 
specially designed for its orbit situation is its pointing 
system. Because astronomical observations often 
require minutes or hours of cumulative, precisely- 
aimed viewing of the target, the Hubble—which 
rotates with respect to the fixed stars an average of 
once every 97 minutes—must turn itself while making 
observations. Hubble must do this in order to keep its 
target in view and unblurred. Ground-based tele- 
scopes must cope with a similar problem, but rotate 
with respect to the fixed stars at much slower paces. 
Turning by Hubble keeps it aligned while it is observ- 
ing a target, checking for movement 40 times per 
second. 


Another problem for any space vehicle is the sup- 
ply of electrical power. In the Hubble’s case, a pair of 
40 ft x 8 ft (12 m x 2.4m) solar arrays provide power 
for the observatory, generating up to 2,400 watts of 
electricity. Batteries supply power while the telescope 
is in the Earth’s shadow. 


Hubble’s blurry vision 


After the Hubble’s launch in 1990, astronomers 
eagerly awaited its first observations. When they saw 
the test images, however, it quickly became clear that 
something was seriously wrong: the Hubble had defec- 
tive vision. Scientists soon realized that the primary 
mirror of the space telescope suffered from a spherical 
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aberration, an error in its shape that caused it to focus 
light in a thin slab of space rather than at a sharply 
defined focal plane. In the focal plane, therefore, a 
star’s image appeared as a blurred disk instead of a 
sharp point. 


The fabrication of a large astronomical mirror 
such as the Hubble’s primary is a painstaking task. 
The mirror is first cast in the rough and must be 
ground and polished down to its precise final shape. 
The computer-controlled tools used for this process 
remove glass from the rough cast one micron at a time. 
After each grinding or polishing step, the mirror is re- 
measured to determine how closely it approximates 
the desired shape. With these measurements in hand, 
engineers can tell the computer how much glass to 
remove in the next grinding or polishing pass and 
where the glass must be removed. This cycle of grind, 
polish, measure, and re-grind, a single round of which 
can take weeks, must be repeated dozens of times 
before the mirror’s final shape is achieved. 


During the metrology (measuring) step, a repeated 
or systematic error caused the manufacturers to pro- 
duce a mirror with a shape that was slightly more flat 
around the edges than specified. The error was small— 
the thickness of extra glass removed was a fraction of 
the width of a human hair—but it was enough to 
produce a significant spherical aberration. Although 
useful science could still be performed with the tele- 
scope’s spectroscopic instruments, the Hubble was 
unable to perform its imaging mission. 


Endeavor to the rescue 


The design and manufacture of a space telescope 
like the Hubble is a large project that takes many 
years; of necessity, the design must be finalized early 
on. As a result, by the time the observatory reaches 
orbit its scientific instruments rarely represent the 
state of the art. Having this constraint in mind, the 
telescope engineers designed the Hubble’s instruments 
as modular units that could be easily swapped out for 
improved designs. The Hubble was thus, engineered 
for periodic servicing missions by space shuttle crews 
over the course of its planned 15-year lifetime (since 
extended to 20 years). Its housing or outer shell is 
studded with a host of handholds and places for astro- 
nauts to secure themselves, bolt heads are large-sized 
for easy manipulation by astronauts wearing clumsy 
gloves, and more than 90 components are designed to 
be replaced in orbit. The Hubble’s housing also 
includes a fixture that enables the shuttle’s robot arm 
to seize it and draw the Hubble and shuttle together. 
The shuttle’s cargo bay includes a servicing platform 
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to hold the telescope while the bay doors are open, and 
astronauts can affect repairs while standing on small 
platforms nearby. 


One benefit of the primary mirror’s precision fab- 
rication was that despite the error imparted by the 
systematic metrology error, the mirror’s shape— 
error and all—was precisely known. Its surface is so 
smooth that if the mirror were the width of the United 
States, its largest variation in surface height would be 
less than 3 ft (1 m). Once scientists understood what 
was wrong, therefore, they knew the exact correction 
required. Replacing the primary mirror would have 
required bringing the Hubble back to the Earth, re- 
building it, and re-launching it, much too expensive to 
be feasible. Instead, designers developed an add-on 
optics module to compensate for the focusing error. 
This module would correct the vision of the telescope 
to the level originally designed for, much as a pair of 
glasses corrects for defective eyesight. 


This module—the Corrective Optics Space Teles- 
cope Axial Replacement (COSTAR)—contained five 
mirrors that would refocus light gathered by the primary 
and secondary mirrors and relay it to the instruments. 
The challenge was to build the module to fit into the 
compact interior of a telescope that was, and would 
remain, in orbit, and which had never been designed 
for such a fix. Engineers also produced an improved 
version of the Wide Field/Planetary Camera, the WF/ 
PC2, that included its own corrective optics to allow it to 
capture images of the clarity that astronomers had 
originally hoped for. 


In addition to the flaw in its optics, the observatory 
was experiencing difficulties with its pointing stability 
and with its solar arrays, which turned out to be prone 
to wobbling due to thermal stress created during the 
transition from sunlight to shadow. This wobbling 
further degraded observation quality. NASA planned 
an ambitious repair mission that would attempt to 
correct all the Hubble’s problems at once. 


In December, 1993, the space shuttle Endeavor took 
off to rendezvous with the Hubble Space Telescope. 
During the course of the mission, astronauts performed 
five space walks. They captured the Hubble with the 
shuttle’s robotic arm, repaired some of the pointing 
gyroscopes, replaced the wobbling solar arrays, and 
installed the WF/PC2 and COSTAR. 


The mission was a success; the contrast between 
the images taken before and after the repairs was stun- 
ning. Suddenly the Hubble was dazzling the world, and 
astronomers were lining up for observing time. Since 
the 1993 repair, the Hubble’s available observing time 
has invariably been booked for years in advance; in 
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fact, it is so over-subscribed that only one out of every 
ten proposals for observing time can be accepted. 


Other repair missions 


In February 1997, the crew of the Discovery space 
shuttle (STS-82) replaced the Hubble’s Goddard High 
Resolution Spectrograph (GHRS) and the Faint 
Object Spectrograph (FOS) with the Space Telescope 
Imaging Spectrograph (STIS) and the Near Infrared 
Camera and Multi-Object Spectrometer (NICMOS). 
They also replaced an Engineering and Science Tape 
Recorder with a new Solid State Recorder, repaired 
thermal insulation, and boosted the Hubble into a 
higher orbit. 


Unlike the older instrument, the STIS collects 
light from hundreds of points over a target area 
instead of just one point. The NICMOS allows the 
telescope to gather images and spectroscopic data in 
the infrared spectral region (0.8 and 2.5 micrometers), 
which in effect allows the Hubble to see through inter- 
stellar clouds of gas and dust that block visible light. 


The crew also made repairs to the telescope’s elec- 
trical, data storage, computer, and pointing systems, 
as well as to its battered thermal insulation blanket, 
which had been severely damaged by collisions with 
small bits of space debris. The final task of the repair 
mission was to nudge the observatory to an orbit six 
miles higher than previously, to enhance its longevity 
and stability. Altitude affects longevity because the 
orbit of any near-earth object, including the Hubble, 
is degrading all the time due to friction with outlying 
traces of the Earth’s atmosphere. Therefore, unless it is 
boosted out of Earth orbit, the Hubble will eventually 
burn up in the atmosphere. Because the Hubble is so 
massive, it would not vaporize entirely on reentry, but 
would shower some part of the Earth’s surface with 
chunks of metal and glass. 


In December 1999, the crew of the Discovery space 
shuttle (STS-103) replaced all six gyroscopes, replaced 
a Fine Guidance Sensor and its computer, installed the 
Voltage/temperature Improvement Kit, and replaced 
thermal insulation blankets. 


In March 2002, the crew of the Columbia space shut- 
tle (STS-109) installed the Advanced Camera for Surveys 
instrument (which replaced the Faint Object Camera 
(FOC) and refilled the coolant within the Near Infrared 
Camera and Multi-Object Spectrometer (NICMOS). The 
solar arrays were replaced with smaller but more efficient 
ones (30% more power and two-thirds the size of the 
older ones), and the Power Distribution Unit was 
replaced after the old one was temporarily shut down 
due to faulty parts. 
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Hubble Space Telescope 


Daily operations 


Making observations with an orbital telescope is 
not a simple process. The telescope must be instructed 
where to point to acquire a new target, how to move in 
order to avoid light contamination from the sun and 
moon, how long to observe and with what instru- 
ments, what data format to use for transmission of 
result, how to orient its radio antennas to send and 
receive future commands, and so forth. All commands 
must be written in computer code and relayed to the 
Hubble by radio during a point in its orbit where it can 
communicate with antennas on the ground. 


How does the Hubble know where to find a given 
target object? Like a person trying to find his or her 
way in unfamiliar territory, the telescope searches for 
stellar landmarks termed guide stars. The position of 
any star, planet, or galaxy can be specified in terms of 
particular guide stars—bright, easily found stars 
located near the object of interest. (The guide stars 
are not literally close to the objects they locate, but 
appear to be near them in the sky.) Sky surveys per- 
formed by ground-based telescopes have mapped 
many of these stars, so the Hubble merely points itself 
to the appropriate coordinates, then uses the guide 
stars to maintain its position. 


The near-term future of Hubble is uncertain. With 
sixteen years of service in space, Hubble will not be 
able to remain in orbit for very many more years; and, 
it needs new parts to replace ailing parts, such as its 
stabilizing gyroscopes. In addition, in 2004, the power 
system of the STIS failed after redundant electronics 
had gone bad in 2001. After the destruction of the 
Columbia space shuttle during re-entry in February 
2003, NASA decided that a repair mission to Hubble 
was too dangerous. Since that initial statement, NASA 
has reconsidered its position, and now plans one more 
repair mission. Without a repair mission to Hubble, it 
is expected to fail before 2009. NASA officials have 
indicated that if no repairs are made to Hubble, then 
the agency plans to send a robotic mission to Hubble 
to deorbit it by the year 2013 so that it will fall to Earth 
away from land and any populated areas. 


The Hubble Space Telescope has revolutionized 
astronomy by bringing a whole new understanding of 
the Universe to mankind. The following list highlights 
a few of the Hubble’s achievements: 


-Imaged Comet Shoemaker-Levy 9 crashing into 
Jupiter in 1994, along with detailed pictures of Jupiter 
and its atmosphere. 


- Showed that protoplanetary dust disks (proplyds) 
are common around young stars. 
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Guide star—Bright star used as landmark to iden- 
tify other stellar objects. 


Metrology—tThe process of measuring mirrors and 
lenses precisely during the fabrication process 


Spectrograph—Instrument for dispersing light into 
its spectrum of wavelengths, and then photograph- 
ing that spectrum. 


Spectroscopy—A technique in which light is spread 
out into its constituent wavelengths (colors, for visible 
light). The presence of energy at certain wavelengths 
in the light emitted by a star or galaxy indicates the 
presence of certain elements or processes in that star 
or galaxy. 

Spherical aberration—A distortion in the curvature 
of a lens or mirror. When spherical aberration is 
present in a mirror, light from different radial sec- 
tions of the mirror focuses at different distances 
rather than all at the same point. The image pro- 
duced is thus blurred, or aberrated. 


Proved that Jupiter-size planets are uncommon in 
globular clusters. 


Shown that quasars reside in galaxies, many of which 
are colliding with each other. 


Provided first concrete evidence of the existence of a 
black hole, which occurred around the center of the 
galaxy M87. 


Shown that supermassive black holes reside at the 
centers of many galaxies. 


Permitted more accurate measurement of the uni- 
verse’s rate of expansion than ever before (by meas- 
uring distances to Cepheid variable stars more 
accurately—from 50% error rate to 10%). 


Observed distant supernovae which give evidence 
that the expansion of the universe is actually accel- 
erating, prompting a major revision of cosmological 
thought. 


Imaged large numbers of very distant galaxies dis- 
tances with its Deep Field study, greatly increasing 
estimate of how many galaxies there are in the 
universe. 


- Found evidence for the presence of extrasolar planets 
around stars similar to the sun. 


- Discovered gamma-ray bursts. 
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- Discoveries made with Hubble have generated thou- 
sands of scientific papers and thousands of speeches 
at conferences. 


The Hubble will eventually be decommissioned, 
whether it is repaired in the future or not. Work is 
already under way on its replacement, the James Webb 
Space Telescope (JWST, named for a former NASA 
administrator), possibly due for launch in 2013. 
Unlike the Hubble, which travels around Earth in a 
moderately low orbit, the JWST will be located some 
930,000 mi (1.5 million km) away, to avoid glare 
from Earth. The JWST will make observations only 
at near- and mid-infrared wavelengths, seeking to 
study the early history of the universe. Optical and 
ultraviolet wavelengths will not be observed by the 
new telescope. 


See also Space probe; Spectral classification of 
stars. 
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| Human artificial 


chromosomes 


An artificial chromosome is a deoxyribonucleic 
acid (DNA) containing structure that is assembled 
from many different components of naturally occur- 
ring chromosomes. 


Chromosomes are located in an organelle called the 
nucleus that is found in almost every cell. Chromosomes 
contain DNA tightly packaged in order to conserve 
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space. Chromosomes are unwound during gene expres- 
sion, which produces proteins. Human artificial chro- 
mosomes (HACs) have become an important facet of 
gene therapy. Gene therapy—the transfer of corrected 
gene to cells with an endogenously defective gene—has 
had many setbacks toward becoming a medically rou- 
tine therapeutic approach. Gene transfer often has a low 
efficiency of successful transfer to the target site in the 
body and in the expression of the gene(s). 


Using HACs as vectors for transferring genes can 
reduce life threatening immune-related complications 
observed with other vectors such as adenoviruses, and 
improve regulation of gene expression due to its very 
similar construction, modeled after normal human 
chromosomes. As well, HACs can be more stable 
than viral vectors; the longer life of a HAC increases 
the chances of successful gene transfer and expression. 


In addition to being structurally similar to normal 
chromosomes, HAC can be designed to carry less non- 
gene related DNA than other vectors for gene therapy. 
Because the type of genetic material used to construct 
human artificial chromosomes can be regulated sim- 
ilarly compared to how normal human chromosomes 
are regulated, geneticists argue that HACs will take on 
an increasingly important role in gene therapy. The 
ability to regulate gene expression from artificial chro- 
mosomes allows scientists and clinicians the ability to 
introduce genes that ultimately produce specific ther- 
apeutic proteins needed to treat specific genetic dis- 
eases in a more controlled way. 


The key to the HAC, the centromere 


Human artificial chromosomes must contain the 
same essential functional and stabilizing regions as 
do normal chromosomes. They must, for example, 
contain telomeric regions at the end of each the chro- 
mosome strand. Telomeres consist of DNA and asso- 
ciated proteins that function to protect chromosomes 
from breaks and other forms of damage. Another 
important element that must be present on every 
HAC is a functioning centromere that allows for the 
proper separation and assortment of chromosomes 
during cell division. As telomeres are located at the 
ends of chromosomes, centromeres are usually in the 
middle. Both regions contain repetitive DNA, or 
sequences that are repeated throughout the genome. 
These sequences are important regulatory regions 
and play a role in maintaining the integrity of the 
chromosome. 


In contrast to normal chromosomes, HACs contain 
far less extraneous non-functional genetic material. 
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Human chorionic gonadotropin 


Accordingly, the use of HACs gives researchers the 
ability to limit the genetic complexity by reducing the 
number of genes present on a chromosome. In addition 
to being able to control which genes are present, the 
construction of HACs offers researchers an opportunity 
to study less complex systems of gene interaction that 
are similar to natural chromosomes. 


HACs are capable of self-assembly. When the 
required and proper genetic elements are introduced 
into cells, (e.g., telomeres, centromeric DNA, gene 
carrying DNA, etc.), smaller versions of chromosomes 
(microchromosomes) can be created. These resulting 
microchromosomes are what makes up a HACs. 


In gene therapy, HACs have the ability to func- 
tion as additional accessory chromosomes to natural 
chromosomes. The ability to construct artificial chro- 
mosomes that can remain stable through the cellular 
division offers an alternative to the use of viruses (viral 
vectors) to introduce therapeutic genes into natural 
chromosomes. The key to this design in terms of 
stability relied on the application of centromeres, 
which were shown to be critical for dividing the chro- 
mosome when the cell replicates its DNA and divides 
into two new cells. Additionally, the construction of a 
HAC carrying desired therapeutic genes eliminates 
potential damage to natural chromosomes often asso- 
ciated with the introduction of genes by viruses. 


Resources 


BOOKS 
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l Human chorionic 


gonadotropin 


Human chorionic gonadotropin (HCG) is a gly- 
coprotein hormone produced by the extraembryonic 
tissue of the early human embryo. After fertilization, 
the human zygote undergoes cleavage followed by 
the formation of a blastocyst. The blastocyst is a 
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hollow sphere constructed of an inner cellmass, 
which becomes the embryo proper, and a trophoblast, 
which is embryonic tissue that will contribute to the 
formation of the placenta. The portion of the tropho- 
blast that is invasive into the maternal uterus is known 
as the syncytiotrophoblast. The syncytiotrophoblast is 
the tissue of origin of HCG. The hormone is produced 
early in pregnancy and increases in rate of production 
until about the tenth week of pregnancy. Thereafter it 
decreases. 


The function of HCG is to stimulate the produc- 
tion of progesterone by the corpus luteum. This 
assures a continual supply of ovarian progesterone 
until the placenta develops a supply of progesterone 
around seven weeks of gestation. Progesterone pre- 
pares the uterine lining, the endometrium, for implan- 
tation and maintainence of the embryo. 


The presence of HCG in a woman’s urine indicates 
pregnancy by revealing the presence of trophoblast 
cells—although it does not in any way indicate the 
health of the fetus. Earlier, mouse (Aschheim- 
Zondek) and rabbit (Friedman) tests indicated the 
presence of HCG in urine. However, these were expen- 
sive. Later, the leopard frog, Rana pipiens, was shown 
to be much less expensive as a biological test organism. 
A male leopard frog will release living sperm in an hour 
after receiving an injection of morning urine contain- 
ing HCG. Somewhat similarly, female African clawed 
frogs, Xenopus laevis, will release eggs after receiving an 
injection of HCG-containing urine. These tests have 
now been replaced with even more sensitive clinical 
tests, one of which will reveal pregnancy prior to the 
first missed period. 


Cryptorchidism is a condition in which the testes 
do not descende into the scrotum of a newborn baby 
boy. This is a serious condition because abdominal 
testes are vulnerable to testicular cancer at a much 
higher incidence than normal testes. Further, abdomi- 
nal testes are generally sterile. Some infants respond to 
HCG treatment of this condition. HCG enhances 
maturation of the external genitals and often causes 
the undescended testes to move into the scrotum. 


l Human cloning 


Human cloning refers to the use of molecular tech- 
niques to reproduce an exact copy of a human. The 
process of human cloning utilizes the normal machinery 
of cellular replication and reproduction. This process 
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KEY TERMS 


Cells—The smallest living units of the body which 
together form tissues. 


Chromosomes—tThe structures that carry genetic 
information in the form of DNA. Chromosomes 
are located within every cell and are responsible 
for directing the development and functioning of all 
the cells in the body. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell 


Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Gene—A discrete unit of inheritance, represented 
by a portion of DNA located on a chromosome. 
The gene is a code for the production of a specific 
kind of protein or RNA molecule, and therefore for 
a specific inherited characteristic. 


Genome—The complete set of genes an organism 
carries. 


involves an unfertilized egg (oocyte). Oocytes and sper- 
matozoa are called gametes, and represent different 
cells that fuse their genes to form a new cell, the fertil- 
ized egg. The fertilized cell is called a zygote, and it 
rapidly divides into cells capable of developing into 
any cell type (blastomers). As the fertilized egg contin- 
ues to divide, totipotent cells become more differenti- 
ated and specialize into nerve cells, blood cells, 
muscular cells, and the many other cells that are 
required in order to produce a complete new individual. 


In the laboratory, this biological process can be 
modified. If the nucleus is removed from an unfertil- 
ized egg and the cell is fused with a cell from an adult 
individual, the resulting cell will have inside the 
nucleus only the genes from the adult individual that 
donated the cell. If the cell is implanted in the uterus of 
a surrogate mother, then, at least theoretically as of 
2006 (despite several dubious claims of success) the 
baby will be an exact copy of the donor. 


Cloning is reality in other species. The first success- 
fully cloned mammal was the sheep Dolly. Dolly was 
created in this manner using a mammary cell. Dolly, 
however, was not as identical as a naturally occurring 
twin because some of the mitochondrial DNA from the 
oocyte was present in the resulting zygote. The mito- 
chondria provide energy needed by the cell and may 
play other roles as well, possibly even storing informa- 
tion in neurons and thus, playing a role in memory. 
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Cloning is a process with a low rate of success; 
hundreds of experiments are needed to clone a single 
animal. Furthermore, in cloned animals, higher rates 
of malformations and genetic disease, as well as signs 
of early aging have been observed. For example, Dolly 
died prematurely. 


Benefits of animal cloning 
Pharmaceutical proteins and nutraceuticals 


The possibility of deriving live animals from cul- 
tured cells provides an efficient way of producing 
transgenic farm animals. Furthermore, in normal 
transgenic breeding, successive generations often lose 
the incorporated gene. Once a transgenic animal is 
made, cloning makes sure that its genetic variation 
remains through successive generations. In this way, 
human proteins can be produced avoiding purifica- 
tions from blood, an expensive process associated 
with risk of contamination of viruses such as AIDS 
and hepatitis C. Target proteins can be purified from 
milk of transgenic animals as well as sheep, goats, and 
cattle with relatively low costs. For example alpha-1- 
antitrypsin and factor IX can be produced and used to 
treat cystic fibrosis and hemophilia, respectively. 
Again, human serum albumin, which is in high demand 
for treatment of burns and other trauma, can be 
produced in transgenic cows by substitution with the 
human albumin gene for its bovine equivalent. By 
altering the nutritional content of cows’ milk it is 
possible to insert genes for human proteins in order 
make high-nutrition milk for premature infants, for 
example, or to create milk without the specific proteins 
responsible for allergic immune responses or lactose 
intolerance. 


Xenotransplantation organ source animals 


Xenotransplantation is the use of animal organs 
for human organ transplantation. Recent advances in 
understanding of organ rejection and in animal 
genetic modification and cloning have made it possi- 
ble to consider animals as a viable source of organs for 
transplant into humans. This need stems form the 
worldwide shortage of donated human organs for 
transplant. It is estimated that in the United States, 
about 1,200 patients die each year on heart and lung 
transplant waiting lists. Research into xenotransplan- 
tation has concentrated on the use of pigs. The pros- 
pect of xenotransplantation presents a whole new set 
of risks for consideration as well as the so-called 
xenozoonoses. This neologism refers to animal dis- 
eases that may be transmitted to the recipient of a 
xenotransplant. Some zoonotic pathogens are known 
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Human cloning 


to scientists and screening protocols to detect them 
have been developed, but it is likely that others exist 
that have not been identified. The use of pigs as a 
source for donor organs seems to reduce the risk of 
unusual infections, as pigs and humans, for the most 
part, share the same environment. 


Animal models of human disease 


Cloning can produce genetically identical labora- 
tory animals that can be used as models for the study of 
human disease. The most commonly used laboratory 
animal, the mouse, reproduces rapidly and its genetics 
have been well studied for the discovery of new treat- 
ments for disease. Several other mammals have served 
as scientific models. Cats, for example, aided research 
on human AIDS using the feline AIDS (FIV) as a 
model. Rabbits have proved valuable for studying 
human cardiovascular diseases, and primates have 
been models for studying human diseases such as viral 
hepatitis. 


Possible role of cloning in stem cell therapy 


Stem cell therapy is a revolutionary new way to 
treat disease and injury, by transplant of new cells able 
to repair damaged tissues or organs. The creation of 
Dolly demonstrated that the normal developmental 
process of cellular differentiation could be reversible, 
since differentiated cells can be converted into all of 
the other cell types that make up a whole animal. This 
suggests a radical new approach to the problem of 
tissue incompatibility. Perhaps in the near future, 
when cells would be needed for transplants, it could 
be possible to obtain them by collecting skin fibro- 
blasts or other cells and allowing them to proliferate 
before being converted into the specific cell type 
needed for the disease being treated. When these 
cells were returned to the patient, they would not 
be rejected because they have the patient’s identical 
immune profile. At present, the only way to achieve 
such a transformation would be to collect a human egg 
(from which the nucleus had been removed) and incu- 
bate the resulting human embryo for six to seven days 
before recovery of pluripotent stem cells. Incubation 
of these cells with specific growth factors would then 
be used to obtain the desired cell type. 


Conditions such as Alzheimer disease, Parkinson 
disease, diabetes, heart failure, degenerative joint dis- 
ease, and other problems may be made curable from 
pluripotent stem cell technology. Several ethical prob- 
lems have been raised regarding the use of human 
embryos for such a scope. In fact, before the stem 
cells are extracted from embryos, the embryos could 
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potentially be implanted into the uterus and develop 
into a fetus. For these reasons, it has been proposed to 
use the frozen advanced embryos already in existence 
from in vitro fertilization protocols. However, even if 
all those embryos would be able to give proper stem 
cells, their number would never be sufficient to cover 
all the potential needs for stem cells. 


Aging and reproduction 


The so-called somatic mutations that occur after 
several cell divisions in normal individuals are thought 
to contribute to the ageing process, as well as to the 
increased incidence of cancer as the individual ages. 
Some leading proponents of human cloning suggest 
that the technology may someday be possible to 
reverse the aging process, and for many more infertile 
couples to have children than ever before. Infertile 
couples have a higher baseline risk of a sick offspring 
when conceived using the in vitro fertilization proc- 
esses; a hypothetical cloning could make the risk even 
higher. 


The topic of human cloning is a matter of continuing 
discussion. Given that a healthy cloned human could be 
produced someday, a clone will never be exactly like the 
original, as many factors including epigenetic controls, 
the environment, and the extranucleus (or mithocon- 
drial) DNA are not identical in the clone. In December 
2002, a private company, Clonaid, announced the birth 
of the first cloned human, a 7-lb (3.2 kg) girl nicknamed 
Eve. The announcement was met with skepticism in the 
scientific community, as Clonaid is funded by the 
Raelians, a religious sect whose tenants hold that humans 
were initially cloned from extra-terrestrial visitors to 
Earth. Despite Clonaid claims of forthcoming scientific 
evidence explaining the successful human clone, no evi- 
dence was presented to the international scientific com- 
munity, and the claim was dismissed as a hoax. The 
Clonaid incident sparked legislative efforts in several 
countries to ban human cloning, especially for reproduc- 
tive purposes. As of 2007, despite backing by United 
States President George W. Bush, the U.S. has no federal 
laws banning human cloning as asexual reproduction. 
Federal funds may not be used for human cloning, how- 
ever, and further legislation is pending. Several states 
have clarified their laws, or banned human cloning 
outright. 


Resources 
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l Human ecology 


Human ecology is the study of the reciprocal 
interactions of humans with the environment. Key 
aspects of human ecology are demographics, resource 
use, environmental influences on health and society, 
and environmental impacts of human activities. All 
are intimately linked, because increasing human pop- 
ulations require more resources, the exploitation and 
use of which cause increasing environmental damage. 
However, certain patterns of resource use are more 
destructive than others. An important goal of human 
ecology is to discover the causes of pathological inter- 
actions between humans and the environment that 
sustains them and all other species. Once this destruc- 
tive syndrome is clearly understood, it will be possible 
to design better pathways toward the development of 
sustainable human societies. 


Human demographics studies changes in human 
populations, and the factors that cause those changes 
to occur. The central focus of this important topic is the 
remarkable increase that has occurred in the size of the 
human population during the past several millennia, 
but especially during the past several centuries. The 
population of humans exceeded well over six billion 
by the early 2000s; this is probably more individuals 
than any other species of large animal has ever been 
able to maintain. The growth of the human population 
has been made possible by technological and cultural 
innovations that have allowed a more efficient exploi- 
tation of environmental resources, along with advances 
in medicine and sanitation that have reduced death 
rates from epidemic diseases. 


Humans and their societies have an absolute 
dependence on environmental resources to provide 
energy, food, and materials. Some resources, such as 
metals and fossil fuels are present in a finite supply 
that diminishes as they are used. Other resources, such 
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as forests, hunted animals, agricultural soil capability, 
and clean air and water, are potentially renewable, and 
could support sustainable economies and societies 
over the longer term. Resource degradation is one of 
the most important aspects of the environmental cri- 
sis, and it is a formidable obstacle to the achievement 
of a sustainable human economy. 


Human ecologists study environmental overex- 
ploitation, so that potentially renewable resources 
can be utilized sensibly. One reason is the desire of 
individuals, corporations, and societies to gain short- 
term profits and wealth, even if this occurs at the 
expense of longer-term, sometimes irreversible dam- 
age to resources and the environment. The problem is 
complicated by the nature of ownership of certain 
resources, in particular common-property resources 
from which self-interested individuals or companies 
can reap short-term profit through overexploitation, 
while the costs of the resulting damage to the resource 
and environmental quality are borne by society at 
large. 


Human ecologists are also concerned with other 
environmental effects of human activities, such as pol- 
lution, extinction of species, losses of natural ecosys- 
tems, and other important problems. These damages 
are critical because they indirectly affect the availabil- 
ity of resources to humans, while degrading the quality 
of life in various other ways. Just as important is the 
damage caused to other species and ecological values, 
which have intrinsic (or existence) value regardless of 
any perceived value that they may have to humans. 


Human ecologists are attempting to understand 
the various linkages between humans and the ecosys- 
tems that sustain them. This is being done in order to 
understand the causes of damage caused by human 
activities to the environment and resources, and to 
find ways to mitigate or prevent this degradation 
before the scale and intensity of the environmental 
crisis becomes truly catastrophic. 


See also Biodiversity; Population, human. 
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Human evolution 


| Human evolution 


The history of how the modern human species, 
Homo sapiens sapiens, evolved is reconstructed by evi- 
dence gathered by paleontologists, anthropologists, 
archeologists, anatomists, biochemists, behavioral sci- 
entists, and other professions. Evidence comes from 
the record left by fossils and by extrapolation from 
modern primates, human hunter-gatherer tribes, and 
(in recent years) rapidly increasing knowledge of DNA 
(deoxyribonucleic acid), both human and other. 


Fossils are evidence of past life. In practice, human 
fossils are mostly bones and teeth, which are the parts 
of the human body least likely to decompose. Most 
individuals never fossilize; it is extremely unusual for 
bodies to be subjected to all of the conditions necessary 
for fossilization. Nevertheless, there is an unusually 
rich record of transitional fossils showing the gradual 
formation of human features from those of our imme- 
diate prehuman apelike ancestors. The growth of the 
skull, the shrinking of the jaw, and the shift to upright 
posture are all well documented. 


Scientists date fossils by one of several techniques, 
including carbon-14 dating, which measures the ratio 
of radioactive carbon to stable carbon, and potassium- 
argon dating, which measures the ratio of a radioactive 
form of the element potassium to its breakdown prod- 
uct, argon. Before these methods were available, index 
fossils of a particular geologic period were used to give 
an approximate date to other fossils. More recent dat- 
ing methods include thermoluminescence, electron spin 
resonance, and fission track dating. 


Paleontologists try to recreate the entire animal 
from sparse bone fragments by comparing the fossil 
fragments with similar animals, both now living or 
fossil, of which more information is known. Since 
complete fossils are rarely found, anatomists recreate 
the entire skeleton by comparing it with other individ- 
uals from the same species or with closely related 
species. Muscles are reconstructed over the skeleton 
based on a knowledge of anatomy, and the animal is 
positioned based upon how a similar living animal 
would move. 


Studies of the DNA of humans and the great apes 
indicate that the closest living relatives of humans are 
chimpanzees and gorillas. Humans are not thought to 
be direct descendants of apes, rather we have descended 
from a common ancestor. Initial studies comparing 
chimpanzee and human DNA estimated that the sim- 
ilarity is 98.5%. However, recent studies showed that 
this similarity is more likely to be lower and is estimated 
at 95%. The final verdict will be delivered in a few years 
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when the chimpanzee genome project undertaken by 
the Riken Institute, is finished. Despite being closely 
related and having some things in common (number 
of bones) there are distinct differences between humans 
and chimps. These include the human’s larger brain, 
ability to speak due to a differently built larynx, ability 
to walk upright on two legs instead of swinging or 
knuckle-walking, and greater manual dexterity, due to 
the opposable thumb that enables humans to manipu- 
late small tools with precision. The faces of humans are 
flattened, or reduced compared to the apes. The human 
skeleton is similar to that of a chimp or a gorilla, but is 
modified for walking upright on two legs. At some 
point in our development, humans began to rely more 
on learned behavior (which creates culture) than on 
genetically fixed or instinctive behavior. This cultural 
development might be indicated by remains other than 
bones or teeth, including objects such as stone tools. 
The first appearance of those traits in the fossil record 
indicate that those animals were nearly as human as us, 
which makes them a possible ancestor. 


Determining when a fossil find is an early 
human 


What is it that makes us essentially human? Our 
name, Homo sapiens, means “wise man.” Intelligence 
is the quality most widely seen as making humans 
unique. Fossil evidence of intelligence is based upon 
brain size measured in volume (cubic centimeters, cc). 
Human brains are three times larger than any compa- 
rable primate of a similar weight. Although they grow 
after birth at a rate that is average for a mammal, they 
continue to grow for much longer than other animals. 
Our brains also have different proportions than other 
primates. Particular areas of the human brain have 
developed in unique ways, especially the parts of the 
brain responsible for speech. The other physical traits 
that we have uniquely acquired include an upright 
posture, walking on two feet, and an opposable 
thumb. Finally, human young are cared for over a 
longer period of time than any other primate. 


Other animals besides humans use tools, such as 
chimpanzees, who fashion twigs into devices to poke 
termites from termite mounds. However, humans 
make and preserve tools with anticipation of using 
them in the future. Some species of animals commu- 
nicate using complex sounds or show evidence of aid- 
ing another, such as dolphins and whales. Although 
other primates do not use symbolic language, where 
the meaning of words is learned, they are capable of 
leaning our system of symbols; chimpanzees and goril- 
las have been taught to use and understand American 
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Sign Language. Humans are unique in having devel- 
oped written languages—but not all human societies 
have done so. In general, it is difficult to point to any 
single quality or ability in human beings that is not 
shared with some other species, especially with pri- 
mates, but the degree to which human beings modify 
themselves and their environment through cultural 
behaviors has no parallel. 


The hominid fossil record 


The first pre-human fossil to be named was 
Australopithecus africanus, meaning the southern ape of 
Africa. The fossils were found at a site called Taung in 
South Africa by Raymond Dart, who recognized it as 
being intermediate between apes and humans. The fossils 
are dated at three million years old. Additional fossils of 
A. africanus were discovered at Sterkfontein and at 
Makapanskat in South Africa. The bones from other 
animals found along with A. africanus were interpreted 
as meaning that our ancestors were hunters. Other scien- 
tists determined that those bones were actually the left- 
over meals from leopards and hyenas. It is now believed 
that A. africanus was primarily a vegetarian, and prob- 
ably did little, if any, hunting. Teeth wear patterns indi- 
cate that A. africanus ate fruit and foliage. No stone tools 
were found with any of these fossils, so there is no 
evidence that Australopithecus made or used tools, or 
used fire. 


In 1912, William Dawson discovered pieces of a 
skull and jaw along with stone tools and index fossils 
at Piltdown in England. The jaw was apelike, but the 
skull was humanlike. British anthropologists at the 
time judged the find to be authentic, perhaps because 
it appeared to support a cherished belief that humans 
had first developed a big brain, and then later devel- 
oped other human characteristics. It was subsequently 
discovered that Piltdown man was a hoax, composed 
of a human braincase and the jaw from an orangutan, 
modified to look old. 


Australopithecus afarensis, the southern ape of the 
Afar region in Ethiopia, was discovered more recently 
and found to be the oldest known humanlike animal to 
have walked upright. The most famous of these fossils, 
nicknamed “Lucy,” was found near Hadar, Ethiopia, by 
a team of anthropologists led by Dr. Donald Johanson. 
Lucy lived about 3.5 million years ago, and had a skull, 
knees and a pelvis more similar to ours than to the apes. 
Her brain size was about 350 cc, which was less than one 
third of the brain size of modern humans (1,400 cc), yet 
larger than any apelike ancestor to have come before. She 
would have stood at a height of about 3.5 ft (1 m) tall, with 
long arms, a v-shaped jaw, and a large projecting face. 
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Fossils of several male and female Australopithecus 
have been found together. There is some uncertainty as 
to whether these are A. afarensis or another closely 
related species. This group find gives evidence that 
they were social animals. Two of these early humanlike 
ancestors also left a trail of footprints at Laetoli in East 
Africa in what was then volcanic ash that later became 
fossilized. These were discovered by Mary Leakey 
(1913-1996), the wife of the pioneer paleontologist, 
Louis Leakey (1903-1972). The fossil footprints look 
very similar to modern human prints and add further 
proof that our ancestors walked upright. 


The reasons our ancestors started to walk upright 
are not known. Possibly, it was a response to environ- 
mental changes; as tropical forests were beginning to 
shrink, walking might have been a better way to cross 
the grasslands to get to nearby patches of forest for 
food. We can get some ideas of possible advantages of 
upright posture to our ancestors by studying modern 
apes. When chimpanzees or gorillas become excited, 
they stand in an upright posture and shake a stick or 
throw an object. By standing upright, they appear 
bigger and more impressive in size than they normally 
are. This would be useful to help protect the group 
against predators. Also, the ability to stand up and get 
a wider view of the surroundings gives an animal an 
advantage in the tall grasses. Walking upright frees up 
the hands to carry objects, such as tools. 


Two other species of Australopithecus are A. robus- 
tus and A. boisei. Australopithecus robustus, from South 
Africa, was named for its massive jaws and large flat 
chewing teeth. This species also had a bony ridge along 
the top of its skull (the sagittal crest) similar to that of 
an adult male gorilla, which served as a site of attach- 
ment for massive jaw muscles. Its skull had the brain 
capacity of 500 cc. Living about 1.9-1.5 million years 
ago, the diet of A. robustus probably consisted of tough 
gritty foods, such as plant tubers. Australopithecus 
robustus was probably not a direct ancestor of modern 
humans. The other Australopithecus species, A. boisei, 
was discovered by Louis Leakey at Olduvai Gorge in 
Tanzania, a site that has been famous for hominid 
fossils for more than 60 years. Sediments and fossils 
are exposed in the walls of the gorge that represent 
almost two million years of evolutionary history. 
Australopithecus boisei had huge flat grinding teeth, a 
very long face, and a large elongated cranium, with a 
brain capacity of 530 cc and a sagittal crest atop the 
skull. 


The record of animals that were ancestral to 
Australopithecus is poor. An _ apelike animal 
(Ramapithecus), lived in Africa some 12 million years 
ago and is thought to have been the first representative 
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of the line leading to humans. Ramapithecus lived on the 
forest fringe, near rivers and lakes, and began to make 
the transition to life on the more open savanna. Very 
few remains of Ramapithecus have been found, only 
fragments of upper and lower jaws and teeth. Its dental 
pattern was unique among other fossil finds from that 
time. The canine teeth were fairly small, indicating that 
its diet may have included seeds and other tough plant 
material that required being torn apart before eaten. 
A five million-year gap in the fossil record between the 
time of Ramapithecus and Australopithecus has been 
recently partially filled by new finds in Africa, although 
it is not yet clear where exactly on the human evolution 
tree these fossils will be placed. Remains of a hominid 
from six million years ago were found at Kapsomin by a 
French and Kenyan anthropological group led by 
Martin Pickford and Brigitte Senut in 2001. It was 
named Orrorin tugenensis. However, in July 2002, 
Professor Michael Brunet with an international group 
of scientists found an even older (seven million-year- 
old) skull in Chad, called Sahelanthropus tchadensis, 
nicknamed Toumai. The opinions on whether it is the 
skull of a hominid or an ancient gorilla are divided. 
Independent of the final verdict, the fact that the skull 
was nearly intact is very important for further compa- 
rative analysis. 


Australopithecus is similar enough to humans to 
be considered an ancestor, but different enough to be 
assigned to a separate genus. On the other hand, Homo 
habilis, which lived about 1.5—2 million years ago, is 
similar enough to modern humans be included in the 
genus Homo. The braincase of H. habilis was appreci- 
ably larger than that of Australopithecus, with a brain 
capacity of 750 cc. Homo habilis individuals were short 
and made stone tools from pebbles about 5 in (12.7 
cm) long, formed from flakes of rock. The flakes had 
been broken off the pebble by blows from another 
stone and were probably used for cutting. 


Homo erectus is generally thought to have been 
our direct ancestor. Homo erectus lived about 1.7 mil- 
lion years ago, and had a brain capacity of 950 cc. The 
first fossil of Homo erectus was found in Java; it was 
nicknamed Java man. Similar fossils found in China 
were dubbed Peking man. Recently, an entire skeleton 
of a closely related species, Homo ergaster, was found 
in Kenya. Walking with a fully upright posture, tall 
and slender, the fossils were found with sophisticated 
stone tools. They were probably hunters and also 
scavengers. Bones found along with the fossils have 
been studied closely; they carry the remains of tooth 
marks from predators, like leopards, as well as homi- 
nid tooth marks. Homo erectus probably scavenged 
from kills made by large predators, breaking bones 
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to eat the rich marrow. The presence of charcoal pro- 
vides evidence that H. erectus used fire, probably to 
scare off predators. 


H. erectus was thought to be the first hominid to 
leave Africa. This notion was recently (2001) chal- 
lenged by David Lordkipanidze’s group finds in the 
Georgian village of Dmanisi. The skulls found were 
much smaller (estimated brain size 600-780 cc) than 
those of H. erectus but had enough similarities to be 
classified in the same species. The fact that they were 
dated to 1.7-1.8 million years ago challenges the 
notion that long-legged, large-brained H. erectus left 
Africa around one million years ago. A hypothesis was 
made by Vekua and colleagues that Dminisi hominids 
might have evolved from H. habilis outside Africa. 
Confirmation of such a hypothesis, however, will 
require further fossil evidence. 


Neanderthal man (Homo sapiens neanderthalensis) 
was the first human fossil to be found. It was discov- 
ered in 1856 in Germany’s Neander Valley and is the 
source of the caveman stereotype. Neanderthals first 
appeared 300,000 years ago in what is now Europe, 
lived throughout the ice ages, and were thought to 
disappear about 35,000 years ago, but recently remains 
from 28,000 years ago were found in Croatia. 
Neanderthals had a large brain capacity about (1,500 
cc), a strong upper body, a bulbous nose, and a prom- 
inent brow ridge. There is general agreement today that 
the Neanderthals were not our direct ancestors, but a 
cousin species. In 1997, Krings and colleagues based 
on the analysis of mitochondrial DNA from Neander- 
thal remains concluded that modern humans and 
Neanderthals were not related. However, just a year 
later in 1998 professor Erik Trinkaus discovered a 
skeleton of a four-year-old boy from 25,000 years ago 
that showed a mixture of Neanderthal and modern 
features suggesting that the two species interbred. But 
interbreedability would be consistent with a recent 
common ancestor species, and does not necessarily 
show lineal descent of humans from Neanderthals. 


Recent excavations in Israel, Portugal, and Croatia 
show clearly that Neanderthals were contemporary 
with modern Homo sapiens sapiens. The two hominids 
apparently survived independently of each other for 
tens of thousands of years. Some anthropologists see 
this as evidence that Neanderthals were not our direct 
ancestors; other anthropologists speculate the two 
types of humans may have interbred and Neanderthal 
became genetically absorbed by more modern humans. 
We do not know why Neanderthals died out, nor 
what the nature of their interaction with modern 
Homo sapiens sapiens might have been. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Neanderthal man made a number of crafted flint 
tools with many different uses. Judging from the 
hearths found at many sites, Neanderthals had mas- 
tered the art of making fire. Fossil bones show signs 
of old injuries that had healed, indicating the victim 
had been cared for. Some Neanderthal caves 
contain burial sites. The Shanidar cave in Iraq held 
the remains of a Neanderthal buried 60,000 years, with 
bunches of flowers. Several of the flowers discovered 
were species used today as herbal medicines. It is there- 
fore possible that Neanderthals had an elaborate cul- 
ture, were aware of the medicinal properties of plants, 
and ritually buried their dead. One anthropologist in 
Israel found what he believed to be evidence that 
Neanderthals had the capacity for speech, a fossil 
bone from the throat (the hyoid), which anchors the 
muscles connected to the larynx and tongue, and 
which permit speech in modern humans. 


Appearance of modern-looking humans 


Although all of the ancestors described thus far 
first evolved in Africa, there is uncertainty as to where 
modern humans, Homo sapiens sapiens, first appeared. 
There are two theories to explain this process. The first 
is the “multi-regional” model, which proposes that 
Homo sapiens sapiens evolved in Europe, Asia, and 
Australia from Homo erectus after the latter left 
Africa about one million years ago. The second 
model, called Out of Africa, suggests that modern 
humans evolved only once, in Africa, leaving there 
within the last 200,000 years in a rapid global expan- 
sion. They replaced other populations of older human 
forms in Europe and Asia, including the Neanderthals. 
Variations and combinations of these two theories have 
also been proposed. 


The oldest fossils of modern human beings, Homo 
sapiens sapiens, are 100,000-125,000 years old, appear- 
ing at the time of the first of the great ice ages. Homo 
sapiens sapiens are identified by a large brain (1,400 cc), 
a small face in proportion to the size of the skull, a small 
chin, and small teeth. In addition, they were tall and 
relatively slender in build. 


The first fossil of modern Homo sapiens sapiens 
was found at Cro-Magnon in France, which gave that 
name to all early Homo sapiens sapiens. Cro-Magnon 
remains have been found along with the skeletons of 
woolly mammoth, bison, reindeer, and with tools 
made from bone, antler, ivory, stone and wood, indi- 
cating that Cro-Magnon hunted game of all sizes. Cro- 
Magnons also cooked their food in skin-lined pots 
heated with stones. Pieces of amber from the Baltic 
found in southern Europe together with Cro-Magnon 
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KEY TERMS 


Hominid—A primate in the family Homidae, 
which includes modern humans. 


Primate—An animal of the order Primata, which 
includes lemurs, monkeys, apes, and humans. 


fossils indicate these humans traded material over vast 
distances. Cro-Magnon humans buried their dead 
with body ornaments such as necklaces, beaded cloth- 
ing, and bracelets. 


Cro-Magnon humans lived at the mouth of caves 
under shelters made of skins or in huts made of sticks, 
saplings, stones, animal skins, or even bones. A mam- 
moth-bone hut 15,000 years old has been excavated at 
a site in the Ukraine. Anthropologists interpret some 
of the fossil findings of early Homo sapiens sapiens, 
by making comparisons with present-day hunter- 
gatherer tribes such as the Kalahari or Kung bushmen. 
These nomadic people live in relatively small bands of 
about 25 people. A larger group of about 20 bands 
makes up a community of people who all speak the 
same dialect and occasionally gather in large groups. 
The groups disperse into smaller bands during the wet 
season, and establish clusters around permanent water 
holes in the dry season. The men hunt in cooperative 
bands when the game is plentiful. The women gather 
plant material; about two thirds of their diet is made 
up of plant food. Since only a small portion of time is 
spent hunting or gathering, there is plenty of time for 
visiting, entertaining, and sewing. The same might be 
true for the hunting people living in Europe before 
12,000 years ago. 


Ice age humans were artists, producing hauntingly 
beautiful cave art. Carefully rendered pictures of ani- 
mals, human and mythical representations, and geo- 
metric shapes and symbols were created using 
charcoal and other pigments. The remains of stone 
lamps found deep within these caves suggested that 
the caves were visited often. Carvings of stone, ivory 
and bone have also been discovered in these caves, 
including female figures. We cannot know what the 
significance of this art was to them, other than that it 
was a reflection of how early humans perceived the 
world around them. 


The end of the ice ages brought changes in climate 
and ecosystems. In Europe, the vast grasslands were 
replaced by forests, and animal populations shifted 
from reindeer and bison to red deer and boar. The 
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focus of cultural innovation shifted from Europe to 
the Middle East, where settled cultivation began. 


See also Dating techniques; Fossil and fossiliza- 
tion; Genetics. 
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Marion Dresner 


[ Human Genome Project 


The United States Human Genome Project (HGP) 
is an initiative that was formally launched in 1990 by 
the National Institutes of Health (NIH) and the U.S. 
Department of Energy (DOE) to better understand all 
aspects related to human genetic material, or deoxyri- 
bonucleic acid (DNA). In 2001, the sequence of the 
human genome was published. Since then, work has 
focused on studying the sequence in more detail to 
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identify regions of interest among the 30,000 genes 
that were determined to comprise the genome (a genome 
is the total DNA in an organism). 


Around the time that the HGP was formally intro- 
duced, it was an issue of debate whether it would be 
more important to know the complete sequence of the 
genome, or whether known sequences should be better 
understood and their functions determined before 
further sequences were determined. The scientific 
approach to identifying and defining the function of 
genes and to determine how genes interact is a field of 
genetics called functional genomics. Structural 
genomics is a field of genetics focused on determining 
the location of a gene by an approach called genetic 
mapping, or the localization of genes with respect to 
each other. In the end, functional genomics became 
secondary to sequencing the human genome; it was 
felt that functional genomics would best follow the 
determination of the genome sequence. After the pub- 
lication of the human genome sequence in 2001, the 
genomic research entered what has been termed the 
post-genomic era. Put another way, functional genomics 
has now become paramount. 


The goals of the Human Genome Project 


At its inception, the HGP had several targeted 
goals that were intended to better assist scientists in 
understanding the human genome. One goal, which is 
still in progress as of 2006, is to identify the estimated 
30,000 genes. Secondly, because it is estimated that 
there are almost four billion nucleotides (the building 
blocks of DNA) that makeup the human genome, 
identifying ways to store this information on publicly 
accessible databases was an important HGP goal and 
a challenge to computational biologists. Another goal 
was to improve analytical tools related to data acquis- 
ition so that sequences of the human genome could be 
compared to sequences from a database that includes 
gene sequence information from many different 
organisms. Genes that encode similar proteins can be 
identified this way, which can provide information on 
the evolution of organisms and the differences and 
similarities between organisms. Another goal, which 
is also ongoing as of 2006, is to better understand the 
complete structure and functioning of the human 
genome; only a small percentage of the human genome 
is actually comprised of genes, with much more of the 
genome occupied by noncoding regions of DNA. 
Whether these regions are really functionless or, as is 
becoming increasingly clear, play a role in the regula- 
tion of gene expression, could be best addressed when 
the complete human genome sequence was known. 
Finally, the last objective was to address the inevitable 
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ethical, legal, and social implications of having access 
to an individual’s genetic information. This compo- 
nent of the HGP was strongly urged due to the nature 
of the information that would become available and 
the potential for negative impacts related to using this 
information inappropriately. 


DNA sequencing methodology 


DNA is packaged into structures called chromo- 
somes that unwind when genes are given the appro- 
priate cues to produce protein. Chromosomes are 
important structures for organizing the long stretches 
of DNA and provide a platform for which this mate- 
rial can be replicated and separated so that as the cell 
divides, both of the two new cells will have the appro- 
priate amount of genetic material. Chromosomes can 
range in size between 50 to 250 million nucleotide 
bases. In order to sequence these bases, they must 
first be broken into fragments. Each fragment is used 
to produce a collection of smaller sized fragments that 
differ in length by only a single base and are amplified. 
The amplified set is separated by a gel matrix, and 
an electrical field is created that separates the DNA 
fragments in the matrix based on size and charge. 
These fragments are used as a template for the DNA 
sequencing reaction. Since DNA is double stranded 
where A binds to T and C binds to G (and vice versa), 
a single-stranded template can be used for adding 
fluorescent-labeled nucleotides of complementary 
sequence. Using current technology, up to 700 bases 
can be sequenced. 


The timeline 
The first decade 


In as early as 1983, scientists at Los Alamos 
National Laboratory (LANL), a Department of Energy 
Laboratory, and Lawrence Berkeley National 
Laboratory (LBNL) were working to begin the produc- 
tion of what are called DNA libraries. DNA libraries 
allow scientists to categorize different DNA sequences 
so that they can piece together the continuous sequence 
for each chromosome. Only two years later, the feasibility 
of the Human Genome Initiative was carefully being 
considered. In 1986, the Department of Energy and 
the Office of Health and Environmental Research 
announced a $5.3 million pilot project to begin the 
Human Genome Initiative in order to develop resources 
and technologies that would improve this effort. In 1987, 
the Health and Environmental Research Advisory 
Committee recommended a 15-year goal to map and 
sequence the entire human genome, the first undertaking 
ever to be made. 
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In 1988, the Human Genome Organization was 
founded in order to provide international collabora- 
tive opportunities for scientists. In 1989, the ELSI 
Task Force was created. An official and formal, five 
year joint agreement between NIH and DOE was 
presented to Congress in 1990 along with a 15-year 
goal to sequence the entire human genome. Already 
artificial chromosomes were being created that would 
give scientists the ability to insert large DNA sequen- 
ces into these constructs. In particular, bacterial arti- 
ficial chromosomes (BACs) were being produced that 
allowed larger fragments to be inserted, accelerating 
sequencing efforts. Inserts of human DNA into BACs 
represent a type of DNA library. In 1991, a repository 
called the Genome Database was created, marking the 
first major computational effort to begin teasing out 
the complex genetic material that separates humans 
from other organisms. In 1992, only two years after 
the HGP formally began, the first crude map of the 
human genome was published using sequence data 
acquired by linking various genes together based on 
known locations (or markers) along a chromosome. 
This gave the research community a glimpse into the 
human genome map. 


The next ten years: Public and private 
contributions 


In 1993, an international consortium was estab- 
lished to sort out sequences derived from expressed 
genes and efforts to map theses sequences ensued. This 
consortium was called the Integrated Molecular 
Analysis of Gene Expression (MAGE) Consortium 
and it paved the way for structural and functional 
genomics. Novel sequencing methodology was being 
developed almost as rapidly as the DNA sequences 
were elucidated. A new artificial chromosome vector 
called YAC (yeast artificial chromosome) was intro- 
duced providing a construct with an even larger DNA 
insert capacity. 


In 1994, the HGP announced the completion of 
the five year goal of producing the genetic map of the 
human genome one year earlier than proposed. Each 
chromosome had an expanding DNA library resource. 
In the same year, the first legislation to be passed 
initiated by the U.S. HGP and called the Genetic 
Privacy Act was designed to control how DNA is 
collected, analyzed, stored, and used. 


The physical maps of chromosomes 16 and 19 
were announced in 1995, followed by the publication 
of moderate-resolution maps of chromosomes 3, 11, 
12 and 22. During this time, the HGP was not the only 
species that was being sequenced. Already, the genome 
from the bacteria that causes the flu (Haemophilus 
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influenzae) was completely sequenced, followed by the 
yeast genome (Saccharomyces cerevisiae) a year later. 
Concerns over discrimination based on genetic infor- 
mation elicited a amendment to the Health Care 
Portability and Accountability Act that included a 
clause that prohibits healthcare insurance companies 
to use of genetic information in certain cases to deter- 
mine eligibility. This was an important legislative ini- 
tiative, helping to mitigate some of the immediate 
concerns related to genetic discrimination of the 
healthcare industry. 


In January, 1997 the NIH declared that the National 
Human Genome Research Institute (NHGRI) would be 
a recognized collaborative institute. Following this 
decree, physical maps of chromosomes X and 7 were 
announced. GeneMap of 1998 was released allowing 
scientists the ability to use the mapped location of 
approximately 30,000 markers for genetic studies. It 
was also in 1998 that American geneticist Craig Ventor 
formed Celera Genomics, a company that would signifi- 
cantly contribute to the sequencing effort using many 
resources provided by the HGP. Celera Genomics, 
equipped with high-speed state of the art sequencing 
capabilities, became a leader in the race to sequence the 
human genome. Only nine years after the HGP was 
formally initiated, chromosome 22 was considered to be 
completely sequenced, meaning that although the 56 
million bases that are estimated to makeup the entire 
sequence of chromosome 22, only 33.5 million bases 
were actually sequenced by the HGP. The remaining 
sequences, roughly 22.5 million bases, represent regions 
at the ends of chromosomes (called telomeres) and the 
center of chromosomes (centromeres) are comprised of 
repeated sequences that prevent them from being cloned 
into BACs or any other construct. There are few genes, if 
any, in most of these sequences. The sequenced portion 
of chromosome 22 represents 97% of regions that are 
rich in genes. 


Using the sequencing data, a public database cre- 
ated by major pharmaceutical companies called the 
Single Nucleotide Polymorphism (SNP) Consortium 
was introduced in order to provide information about 
inherited variations in the human genome that might 
provide insight into health and disease. For example, 
inherited variations in genes that metabolize carcino- 
gens might have inherited variations in some individu- 
als that make them susceptible to developing cancer 
when they are exposed to environmental contaminants. 
People without these variations are therefore less likely 
to develop cancer. Identifying these individuals has 
important implications for reducing cases of cancer. 


The human genome sequence published in 2001 
was referred to as a draft sequence. Despite this 
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KEY TERMS 


Clone—A cell or organism derived through asexual 
reproduction, and which contain the identical 
genetic information of the parent cell or organism. 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell. 


Eugenics—A social movement in which the popu- 
lation of a society, country, or the world is to be 
improved by controlling the passing on of heredi- 
tary information through selective breeding. 


Gene—A discrete unit of inheritance, represented 
by a portion of DNA located on a chromosome. 
The gene is a code for the production of a specific 
kind of protein or RNA molecule, and therefore for 
a specific inherited characteristic. 


Genome—The complete set of genes an organism 
carries. 


Polymorphism—An variation in an_ individuals 
genetic material that is inherited in greater than 
1% of the population and does not represent a 
spontaneous mutation. 


designation, a great deal of effort had gone into pro- 
ducing the sequence and verifying its accuracy. 
Indeed, scientists sequenced each of the 52 chromo- 
somes of the human genome four to five times to be 
certain of the accuracy of the sequence. The next step, 
which was completed in 2003, was to produce a higher 
quality sequence of approximately 95.8% of the 
human genome sequence. This version was very accu- 
rate, with an error rate of only one base per 10,000 
bases. Final sequences are publicly available in data- 
bases such as GenBank. 


A popular misconception about the published 
human genome sequence is that it is universal; that 
is, every human being has the exact same arrangement 
of nucleotides in his or her DNA. In fact, while there 
are highly conserved regions (regions that are the same 
between people) throughout the genome, which tend 
to be genes and regulatory regions important for con- 
trolling gene expression, there are also regions 
throughout the genome that vary from person to per- 
son. In fact, although 99% of the genome is conserved, 
1% is variable. This means that roughly 3,000,000 
bases differ between individuals. These differences 
are significant because there are nucleotides that 
are variable called polymorphisms and are found in 
greater then 1% of the population. These single 
nucleotide polymorphisms (SNPs) have become very 
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useful in the field of pharmacogenomics, or the area of 
research that involves understanding how an individ- 
ual’s genes affect the body’s response to drugs. For 
example, it is particularly significant if an SNP occurs 
in a gene that encodes a protein important for metab- 
olizing a certain pharmaceutical agent. The protein, in 
this case an enzyme, might function at a reduced rate if 
the SNP causes an alteration in conformation of the 
protein. A reduction in function might lead to adverse 
drug reactions for this individual because the enzyme 
is capable of metabolizing only a small amount of the 
drug. Therefore, knowing if a person has the SNP 
is important for determining the appropriate drug 
to use. 


Resources 


BOOKS 

Davies, Kevin. Cracking the Genome: Inside the Race to 
Unlock Human DNA. Baltimore: The Johns Hopkins 
University Press, 2002. 

Palladino, Michael A. Understanding the Human Genome 
Project (2nd Edition). New York: Benjamin 
Cummings, 2005. 

Thistlewaite, Susan B. Adam, Eve, and the Genome: The 
Human Genome Project and Theology. Minneapolis: 
Augsburg Fortress Publishers, 2003. 


PERIODICALS 


McElheny, Victor K. and Francis S. Collins. “The Human 
Genome Project + 5.” The Scientist. 20 (2006): 42-48. 


OTHER 

National Institutes of Health. “The National Human 
Genome Research Institute: Advancing Human Health 
Through Genetic Research.” NHGRI. February, 2003. 
<http://www.genome.gov> (accessed October 31, 
2006). 


Bryan Cobb 


! Humidity 


Humidity is a measure of the amount of water 
vapor in the air. There are different methods for deter- 
mining humidity, and those methods are reflected in a 
variety of humidity indexes and readings. 


The humidity measure used by most meteorolo- 
gists, which describes the saturation of air with water 
vapor, is relative humidity. Given in terms of percent 
humidity (e.g., 50% relative humidity), the measure- 
ment allows a comparison of the amount of water 
vapor in the air with the maximum amount water 
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vapor that—at a given temperature—represents satu- 
ration. Saturation exists when the phase state changes 
of evaporation and condensation are in equilibrium. 


Approximately one percent of Earth’s total water 
content is suspended in the atmosphere as water 
vapor, precipitation, or clouds. Humidity is a measure 
only of the vapor content. 


Because water vapor exerts a pressure, the presence 
of water vapor in the air contributes vapor pressure to 
the overall atmospheric pressure. Actual vapor pres- 
sures are measured in millibars (mbar). One atmos- 
phere of pressure (1 atm) equals 1013.25 millibars. 


In contrast to the commonly used value of relative 
humidity, absolute humidity is a measure of the mass 
of water vapor in a defined volume of air. Absolute 
humidity is usually expressed in terms of grams of 
water per cubic meter. 


Specific humidity is a measure of the mass of 
water vapor in a defined volume of air relative to the 
total mass of gas in the defined volume. 


The amount of water vapor needed to achieve sat- 
uration increases with temperature. Correspondingly, as 
temperature decreases, the amount of water vapor 
needed to reach saturation decreases. As the temper- 
ature of a parcel of air is lowered, it will eventual reach 
saturation without the addition or loss of water mass. At 
saturation (dew point), condensation or precipitation 
forms. This is the fundamental mechanism for cloud 
formation as air moving aloft is cooled. The level of 
cloud formation is an indication of the humidity of the 
ascending air because, given the standard temperature 
lapse rate, a parcel of air with a greater relative humidity 
will experience condensation (e.g., cloud formation) at a 
lower altitude than a parcel of air with a lower relative 
humidity. 


The differences in the amount of water vapor in a 
parcel of air can be significant. A parcel of air near 
saturation may contain 28 g of water per cubic meter 
of air at 30°F (-1°C), but only 8 g of water per cubic 
meter of air at 10°F (-12°C). 


An increasingly popular measure of comfort, 
especially in the hotter summer months, is the heat 
index. The heat index is an integrated measurement of 
relative humidity and dry air temperature. The meas- 
urement is useful because higher humidity levels retard 
evaporation from the skin (perspiration) and lower the 
effectiveness of physiological cooling mechanisms. 


Absolute humidity may be measured with a sling 
psychrometer. A hydrometer is used to measure water 
vapor content. Water vapor content can also be can be 
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Hummingbirds 


expressed as grains/cubic ft. Grains, a unit of weight, 
equals 1/7000 of a pound. 


See also Atmospheric temperature; Hydrologic 
cycle; Weather forecasting; Weather. 


l Hummingbirds 


Hummingbirds are small, often tiny, birds of the 
Americas, named after the noise made by their extremely 
rapid wingbeats. There are 328 species of hummingbirds, 
which make up the family Trochilidae. 


Hummingbirds are spectacularly beautiful birds, 
because of the vivid iridescence of their feathers. They 
are such accomplished fliers that they can aggressively 
drive away much larger, predatory birds. Invariably, 
people who have had the opportunity to watch hum- 
mingbirds regularly develop an admiration for these 
lovely sprites. 


Hummingbirds are widely distributed in the 
Americas, occurring from Tierra del Fuego in the 
south, to the subarctic of Alaska and Canada in the 
north. However, the greatest richness of hummingbird 
species occurs in the tropics, especially in forests and 
associated, disturbed habitats where flowers may be 
relatively abundant. 


Biology of hummingbirds 


Hummingbirds have small, weak legs and feet, 
which are used only for perching, and not for walking. 
Hummingbirds only move about by flying, and they 
are extremely capable aerial acrobats. Although dimin- 
utive, hummingbirds can fly quickly over short distan- 
ces, at up to 31-40 mph (50-65 km/h). Hummingbirds 
can fly forwards, backwards, and briefly, upside down. 
These birds are also very skilled at hovering, which they 
typically do when feeding on nectar from flowers. 
Hovering is accomplished using a figure-eight move- 
ment of the wings, and a relatively erect posture of 
the body. 


Because of their small size, the tiniest humming- 
birds must maintain an extraordinarily rapid wingbeat 
rate of 70 beats per second to stay aloft. However, the 
larger species can fly with only about 20 beats per 
second. The flight muscles of hummingbirds typically 
account for 25-30% of the body weight, compared 
with an average of 15% for other birds. 


Also as a direct result of their small body size, 
hummingbirds have a high rate of heat loss from their 
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bodies. This is because small objects, including small 
organisms, have a relatively large surface area to vol- 
umeratio, and lose heat more rapidly from their surface 
than do larger-bodied animals. This relatively high rate 
of heat loss, combined with the fact that hummingbirds 
are very active animals, means that they have a very 
high rate of metabolism. Consequently, hummingbirds 
must feed frequently, and relatively voraciously, to fuel 
their high-energy life style. 


When weather conditions make it difficult for 
them to forage, for example, during intense rain or 
cool temperatures, hummingbirds may enter a state of 
torpor. This involves becoming inactive, and reducing 
and maintaining a relatively low body temperature, as 
a means of conserving energy until environmental 
conditions improve again. 


Most hummingbirds feed on nectar, obtained 
from flowers. Feeding is usually done while hovering. 
All hummingbird species have long, slender bills that 
are specialized for this mode of feeding. The bill of the 
swordbill hummingbird (Ensifera ensifera) is straight, 
and is as long as the bird’s body and tail, about 4 in 
(10 cm). This sort of extremely developed feeding 
device is adapted to extracting nectar from the base 
of long, tubular flowers, in particular, certain species 
of passion flower (Passiflora spp.) that have corolla 
tubes about 4.3 in (11 cm) long. A few species of 
hummingbirds, for example, the white-tipped sickle- 
bird (Eutoxeres aquila), have downward curving beaks 
that are useful for probing flowers of other shapes. 


Hummingbirds also have a long tongue that can 
be extended well beyond the tip of their bill. The 
tongue of hummingbirds has inrolled edges, that can 
be used to form a tube for sucking nectar. 


Some tropical plants occur in a mutualistic rela- 
tionship with one or several species of hummingbird, 
that is, a symbiosis in which both species receive a 
benefit. The advantage to the hummingbirds occurs 
through access to a predictable source of nectar, while 
the plant benefits by pollination. While feeding, the 
hummingbird will typically have its forehead dusted 
with pollen, some of which is then transferred to the 
receptive stigmatic surfaces of other flowers of the 
same plant species as the bird moves around while 
foraging. Hummingbird-pollinated flowers are usually 
red in color, and they have a tubular floral structure, 
with nectar-secreting organs at the base. 


While nectar is the primary food of humming- 
birds, they are also opportunistic predators of small 
insects, spiders, and other arthropods. This animal 
food is an important source of protein, a nutrient 
that is deficient in sugar-rich nectar. 
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A male green violet-ear hummingbird (Colibri thalassinus) dive-bombs a perched rival, a male of the same species in 
Monteverde, Costa Rica. (Gregory G. Dimijian. Photo Researchers, Inc.) 


The largest species of hummingbird is the giant 
hummingbird (Patagona gigas) of montane habitats in 
the Andes, up to 0.7 oz (20 g) in body weight and 8.5 in 
(22 cm) long, although about one-half of the length is 
the elongated tail of the bird. The smallest humming- 
bird is the bee hummingbird (Mellisuga helenae) of 
Cuba, with a body length of only | in (2.5 cm) and a 
weight of 0.07 oz (2 g). This is also the world’s smallest 
species of bird. Most other hummingbirds are also 
small, typically about 2 in (5 cm) long. 


Hummingbirds can be spectacularly colored, espe- 
cially the males. Most of the coloration is not due to the 
presence of pigments, but to iridescence. This is a phys- 
ical effect associated with prism-like microstructures of 
the feathers of hummingbirds and some other birds. 
These break light into its spectral components, which 
are selectively segregated into brilliant reds, pinks, blues, 
purples, and greens through absorption processes, and 
by the angle of incidence of light. The most vivid colors 
of hummingbirds are generally developed by the feathers 
of the head and throat, which are prominently displayed 
by the male to the female during courtship flights. The 
male birds of some species of hummingbirds also 
develop crests, and intricately long tail feathers. 
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Even the smallest hummingbirds can be quite 
aggressive against much larger birds. Because of their 
extraordinary mobility, hummingbirds can success- 
fully chase away potential predators, such as small 
hawks and crows. Hummingbirds are also aggressive 
with other hummingbirds, of the same or different 
species. This can result in frequent and rowdy fights 
as territorial claims are stated and defended at good 
feeding stations. 


North American hummingbirds 


Compared with the tropics, relatively few species of 
hummingbirds breed in North America. By far the most 
widespread and common species is the ruby-throated 
hummingbird (Archilochus colubris). This hummingbird 
occurs over most of eastern and central North America 
south of the boreal forest, and is the only species in the 
east. This species can be fairly common around gardens 
and other disturbed habitats where wildflowers are 
abundant, especially red-colored flowers, as is the case 
of most hummingbirds. The ruby-throated humming- 
bird is a migratory species, which spends the winter from 
the southern tip of Florida to Central America. 
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KEY TERMS 


Iridescence—A non-pigmented coloration caused 
by the physical dissociation of light into its spectral 
components. The feathers of some birds, including 
hummingbirds, can develop spectacular, iridescent 
colors. These colors disappear if the physical struc- 
ture of the feathers is destroyed by grinding. 


Many other species of hummingbirds occur in 
southwestern North America. The most common 
and widespread of these species are the broad-tailed 
hummingbird (Se/asphorus platycercus), rufous hum- 
mingbird (S. rufus), Anna’s hummingbird (Calypte 
anna), and black-chinned hummingbird (Archilochus 
alexandri). Several other species also occur in more 
southwestern parts of the United States, some of 
them barely penetrating north from Mexico. 


Conservation of hummingbirds 


In the past, hummingbirds were hunted in large 
numbers for their beautiful, iridescent feathers, which 
were used to decorate the clothing of fashionable 
women. Sometimes entire, stuffed birds were used as 
a decoration on hats and as brooches. Fortunately, 
this gruesome use of hummingbirds in fashion has 
long passed, and these birds are now rarely hunted. 


Today, the greatest risks to hummingbirds occur 
through losses of their natural habitat. This is an espe- 
cially important problem for the many species of hum- 
mingbirds that breed in mature tropical forests. This 
ecosystem type is being rapidly diminished by defores- 
tation, mostly to create new agricultural lands in trop- 
ical countries. Nearly 30 hummingbird species are 
considered critically endangered, endangered, or vulner- 
able by the World Conservation Union (IUCN), and 
the vast majority of these are birds that inhabit forests at 
least partly. Since 1987, all members of the humming- 
bird family have been listed in Appendix I of the 
Convention on International Trade in Endangered 
Species, meaning that trade in live birds is regulated 
and not allowed without a permit. 


In most places where they occur, hummingbirds 
are highly regarded as beautiful creatures and pleasant 
birds to have around gardens and other places that are 
frequented by people. The presence of these lovely 
birds is often encouraged by planting an abundance 
of the red, nectar-rich flowers that hummingbirds 
favor. These birds will also avail themselves of artifi- 
cial nectar, in the form of sugary solutions made avail- 
able at specially designed feeders that are hung around 
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homes and gardens. Of course, only those species of 
hummingbirds that frequent relatively open, disturbed 
habitats will benefit from this type of management. 
The many species that only breed in forests can only be 
sustained by preserving extensive tracts of that natural 
ecosystem type. 
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I Humus 


Humus is an amorphous, dark brown, organic 
material that is formed by the incomplete decomposi- 
tion of organic material. Humus is composed of 
organic residues that are sufficiently fragmented and 
decomposed by microbial and other decomposition 
processes so that the original source is no longer 
recognizable. 


Humus is mostly composed of a very complex 
mixture of large organic molecules, known as humic 
compounds, which are resistant to further biological 
oxidation by microorganisms and are therefore rela- 
tively persistent in the environment. Humus is the 
major component of the organic matter of soil. 
Soluble humic substances also occur in ground water 
and surface waters, sometimes giving lakes and rivers 
a dark, tea-colored appearance. 


Humic substances are divided into three func- 
tional classes on the basis of their solubility in aqueous 
solutions of various pH. Humic acids are soluble in 
strongly alkaline solutions, while fulvic acids are solu- 
ble in both alkaline and strongly acidic solutions, and 
humins are insoluble in either. However, apart from 
their solubility in these solutions, these fractions of 
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polymeric humic substances cannot be easily differ- 
entiated or characterized in terms of chemical struc- 
ture. All of these humic substances are effective at 
absorbing water and in binding a wide range of 
organic and inorganic chemicals. Most of the favor- 
able qualities of humus in soil are associated with these 
properties. 


Humus is a very important aspect of soil quality. 
Some of the most beneficial attributes of humus are 
associated with its ability to make small, inorganic 
particles adhere together as loose, friable aggregates. 
The resulting, relatively coarse physical structure allows 
oxygen to penetrate effectively into the soil, which is an 
important benefit in terms of supporting microbial 
processes related to decay and nutrient cycling, as well 
as providing for the respiration of plant roots. Humus 
also improves the water-holding capacity of soils, which 
helps to mitigate drought because rainwater does not 
drain rapidly to depths below the penetration of plant 
roots. Humus is also important in binding ionic forms 
of nutrients, and in serving as a nutrient reservoir 
of organically bound nutrients, which are slowly 
released for plant uptake by microbial nutrient cycling 
processes. 


Because of these characteristics of humus, agricul- 
tural and horticultural soils that are composed of a 
mixture of humus and inorganic minerals usually have 
a substantially greater capability for supporting a vig- 
orous and healthy growth of plants. Compared with 
soils that are lacking in humus, such substrates are 
better aerated and have an improved water and 
nutrient holding capacity, and they are generally 
more fertile. One of major objectives of organic farm- 
ing is to increase the concentration of humus in soil. 


See also Organic farming. 


l Huntington disease 


Huntington disease (HD), also called Huntington’s 
disease, is a rare, incurable genetic disease that results in 
the progressive degeneration of both physical and men- 
tal abilities. Huntington disease was formerly known as 
Huntington chorea since the most obvious symptoms 
involve uncontrollable body movements known as 
chorea. The term chorea comes from the Greek word 
choreia, which means to dance. The term aptly describes 
the fitful, jerking movements associated with the con- 
dition, and the more advanced symptoms such as abnor- 
mal posture, dementia, and involuntary movements. As 
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the disease progresses, its symptoms worsen and patients 
eventually die of respiratory failure or complications 
related to the neurodegenerative progression of the 
disease. Huntington disease is a late onset disorder, 
where affected individuals usually become symptomatic 
after 40 years of age. When someone is diagnosed with 
Huntington disease at age 20 years or younger, it is 
called juvenile Huntington disease. A genetic test for 
the disease is available, and its use brings to the forefront 
ethical and social issues related to the clinical diagnosis, 
particularly in the absence of a cure. 


History 


Huntington disease is named for American physi- 
cian George Sumner Huntington (1850-1916), who 
described the illness in an 1872 paper titled “On 
Chorea.” Huntington practiced medicine on the east- 
ern tip of Long Island, New York. His description of 
the disease was drawn from his familiarity with several 
affected families in his community. Both Huntington’s 
father and grandfather had practiced medicine in 
the same area. Their encounters with the disease gave 
Huntington an appreciation of the heredity aspect of 
the illness. 


Historically, the mental and emotional deterioration 
that marks the illness has frequently led to the confine- 
ment of Huntington disease patients to psychiatric hos- 
pitals. Some historians speculate that a few of the women 
accused of witchcraft in Salem, Massachusetts, may have 
exhibited the involuntary twitches and turns that are 
hallmarks of the disease. 


Symptoms 


The symptoms in Huntington disease begin with 
noticeable behavioral changes including aggression, 
paranoia, and irritability. Affected individuals may 
seem restless, with tapping feet or odd twitches. 
Patients begin to suffer from impaired judgment and 
an inability to be organized. They become forgetful 
and their I.Q. (intelligence quotient) declines, coincid- 
ing with the deterioration of the brain. Emotionally, 
they may suffer from psychiatric disorders and even 
suicidal thoughts or actions. They may drop things 
and become less efficient in their usual activities. 
Depression, anxiety, and apathy are also common 
experiences in the beginning stages of the disease. As 
the illness progresses, the chorea worsens. The entire 
body moves in uncoordinated, jerky movements. 


Although wide variations in clinical manifesta- 
tions exist, the illness typically lasts 13 to 16 years. In 
later stages of the illness, patients cannot walk or care 
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Huntington disease 


for themselves. They may barely speak and may fail to 
recognize friends and family. They eventually require 
full time nursing care. Eating is quite difficult and 
death is very frequently caused by choking or by the 
pneumonia that results after accidentally inhaling bits 
of food. Although some symptoms can be treated with 
medication, currently no cure exists to delay the onset 
of Huntington disease or to slow its course. 


Huntington disease is a hereditary disease caused 
by a dominant gene and, therefore, follows an autoso- 
mal dominant pattern of inheritance. This means that 
only one copy of the gene is necessary to cause the 
disease. It is transmitted from one generation to the 
next. The child of a mother or father suffering from 
Huntington disease has a 50% chance of inheriting 
the disease gene and, thus, of contracting the disease 
later in life. About 30,000 Americans suffer from 
Huntington disease and another 150,000 are at risk 
for developing it. One of the best-known disease 
victims was American folk singer Woody Guthrie 
(1912-1967), who died of the disease. 


Genetic defect responsible for disease 


In 1993, scientists discovered the genetic defect 
that causes Huntington disease. A gene located on 
the chromosome 4 normally contains a sequence of 
three nucleotide bases (the alphabet of the genetic 
code) that repeats several times. The sequence is cyto- 
sine, adenine, and guanine (or CAG), which codes for 
the amino acid glutamine that is a building block for 
protein synthesis. In Huntington disease, patients 
have too many repeats. While unaffected individuals 
normally have 11 to 24 repeats, a person with 
Huntington disease may have anywhere from 36 to 
100 or more repeats. Clinical research studies have 
demonstrated that the greater the number of repeats, 
the earlier the disease will develop and the clinical 
manifestations will be more severe. If the expanded 
trinucleotide sequence is passed from the father to the 
offspring, the offspring that inherit this expansion can 
have an earlier age of onset of the disease. This phe- 
nomenon is called anticipation and is paternal in ori- 
gin if the father inherited the disease gene from his 
mother. There are also other diseases characterized by 
expansion of a repetitive sequence in the DNA (deox- 
yribonucleic acid) and developmental delay, such as 
fragile X. 


Despite the discovery of the Huntington disease 
gene, scientists were baffled by how this genetic defect 
produces such a devastating disease course. The 
Huntington disease gene codes for a large protein 
with no similarities to known proteins. It has been 
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named the huntingtin (htt) protein. It is important 
for normal development of the nervous system and 
interacts with many other proteins. Through autopsy, 
it was shown that an abnormality in the huntingtin 
protein caused the destruction of brain cells in the 
basal ganglia, a region of the brain with unknown 
functions. The mutated form of Htt, which causes 
the disease, is named mHtt. Using genetic engineering, 
scientists have developed strains of mice that express 
the Huntington disease gene. These mice display the 
symptoms of the disease. It has been found that the 
huntingtin protein, normally present in the cytoplasm 
(internal fluid-like content) of cells, collects in the 
brain cell nuclei, forming masses that kill the cell. 
This dominant-negative effect explains why clinically 
asymptomatic patients develop progressive neurodeg- 
eration of the brain in the fourth decade of life. 


The quest for the Huntington disease gene 


The quest for the Huntington disease gene was 
made possible by a new era in medicine and biology. 
The researcher who found the first genetic marker for 
the disease used a novel scientific approach. Much of 
the credit for the discovery of the gene belongs to 
Nancy S. Wexler (1945—), a American clinical psychol- 
ogist who organized and championed the gene hunt 
with unflagging enthusiasm, in part due to the fact that 
she had a positive family history of the disease. 


In 1968, at the age of 23 years, Nancy and her 
sister, Alice, learned from their father, Milton Wexler, 
that their mother had been diagnosed with Huntington 
disease. With their mother’s diagnosis, Nancy and 
Alice had a 50% risk of developing the disease them- 
selves. Milton Wexler, a lawyer and psychoanalyst, 
later founded the Hereditary Disease Foundation. 
The foundation worked to attract scientists to the 
study Huntington disease. It formed a board of scien- 
tific advisors, held conferences, and funded workshops 
particularly for younger scientists. It successfully urged 
the U.S. Congress to appropriate money for the study 
of the disease. Nancy Wexler, a graduate student, 
became increasingly involved in her father’s foundation 
and eventually became president. 


Lake Maracaibo 


In 1972, Wexler learned of several large, interre- 
lated families affected with Huntington disease who 
lived in small villages along Lake Maracaibo in 
Venezuela. Wexler realized that this was a unique and 
valuable resource due to the large family pedigree. The 
larger the family tree, the easier it is to find genes by 
linking their location on the chromosome to specific 
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DNA markers within the genome. In 1979, she began 
making annual trips to Lake Maracaibo. With the help 
of a team of investigators, she created a genealogy of 
the families and, beginning in 1981, took blood samples 
from both sick and the healthy family members. 
Wexler was convinced that the key to Huntington dis- 
ease lay locked in the DNA of these families. 


In 1983, James Gusella, a young scientist at 
Massachusetts General Hospital, began applying a 
new technique of molecular biology to the blood sam- 
ples from Venezuela. He was looking for patterns that 
were present in the DNA sequences of people with 
Huntington disease but absent in the DNA of people 
without the disease. If one particular pattern of DNA 
was always associated with the illness in a given fam- 
ily, then it could be used as a marker for the disease 
gene. For instance, if it were true that people who 
developed the disease always had green eyes, then 
scientists could say that the gene that is responsible 
for green eyes located in a position along the DNA 
strand that is close to the gene that causes the disease. 
This genetic evaluation is called linkage analysis. 


Eventually, Gusella found a genetic marker for 
Huntington disease, and remarkably it was almost 
immediate. Although the gene itself was still unknown, 
the discovery of this genetic marker made it possible to 
create a genetic test for the disease (linkage analysis), in 
the following year. By studying blood samples from 
several family members, persons who had a parent die 
of Huntington disease could be told whether or not 
they had inherited the genetic marker linked to the 
disease in their family. Other scientific teams also 
began using linkage analysis to search for disease 
genes as a result of these studies. 


Even though the discovery of the marker indicated 
to scientists the general location of the gene itself, that 
gene hunt proceeded slowly. At Wexler’s urging, and in 
a break from usual scientific practice, a consortium of 
six scientific teams worked together to find the gene. 
Finally, on March 26, 1993, in the scientific journal Cel/, 
the 58 members of the Huntington’s Collaborative 
Research Group announced to the world the discovery 
of the gene that causes Huntington disease. In June 
2006, researchers from Merck Labs and the University 
of British Columbia announced that the neurological 
degeneration caused by mHtt is associated with the 
caspase-6 enzyme, which cleaves the Htt protein. 


Ethical questions 


The genetic test for Huntington disease raises pro- 
found ethical questions. It offers people who are at risk 
the opportunity to know whether they inherited the 
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KEY TERMS 


Dominant gene—An allele of a gene that results in 
a visible phenotype if expressed in a heterozygote. 


Genetic marker—DNA segment that can be linked 
to an identifiable trait, although it is not the gene for 
that trait. 


Nucleotides—Building blocks of DNA: a phosphate 
and a sugar attached to one of the bases, adenine (A), 
cytosine (C), guanine (G), or thymine (T). 

RFLP (restriction fragment length polymor- 
phism)—A variation in the DNA sequence, identifi- 
able by restriction enzymes. 


gene. Yet many people at risk choose not to be tested. 
Currently, no treatment existed to cure Huntington 
disease or even to delay the onset of the disease. 
Given this reality, many people would rather live with 
uncertainty than take the chance of learning that they 
will develop an incurable, fatal illness. Additionally, an 
ethical dilemma arises in cases where a grandson or 
granddaughter desires testing but their parent does not. 
If a grandparent is affected and the grandchild is 
affected, then by default the parent that is biological 
related to both is affected. Other concerns related to 
genetic testing of Huntington disease involves guilt 
associated with not having the disease gene when a 
sibling is a carrier. The parent that is responsible for 
passing the disease gene to their offspring also com- 
monly experiences guilt. These emotional experiences 
can have a profound effect on the family dynamics. 


Prenatal testing, now offered for several genetic 
diseases, is also available to parents whose fetus is at 
risk for Huntington disease. Genetic testing also raises 
the right to privacy. Do employers, health insurers, or 
the government have the right to know whether a 
person at risk has been tested, or the right to know 
the results of the test? Most researchers and ethicists, 
including Wexler, promote the need for privacy. These 
ethical questions are not unique to Huntington 
disease. 


As the genetic components of other illnesses are 
discovered, especially for late-onset illnesses like 
Alzheimer disease and certain cancers, these questions 
will become more relevant and pressing. In many 
ways, the implementation of the genetic test for 
Huntington disease may serve as a model for how 
genetic testing is used in medicine and impacts society. 


See also Genetics; Gene therapy. 
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Hurricane see Tropical cyclone 


Hyacinth see Lily family (Liliaceae) 


[ Hybrid 


A hybrid is an offspring between two different 
species, or the offspring between two parents of the 
same species that differ in one or more heritable char- 
acteristics. An example of the first kind of hybrid is a 
mule, a cross between a female horse (Equus caballus) 
and a male donkey (£. asinus). An example of the 
second kind is the offspring from a cross between 
true-breeding red- and white-flowered garden peas 
(Pisum sativum). 


Hybrids between species are often sterile because 
they fail to produce viable reproductive cells that is, 
eggs, sperm, or spores. These cells develop improperly 
because the chromosomes from one species do not pair 
correctly during meiosis with the chromosomes from 
the other species. 


Despite their sterility, hybrids may thrive and 
expand their ranges by reproducing asexually. For exam- 
ple, in the eastern United States and adjacent Canada, 
there are hundreds of distinctive hybrids of hawthorn 
(Crataegus) and blackberry (Rubus) that are not inter- 
fertile. Yet these hybrids may be common because they 
are able to set seed from asexually produced embryos, a 
special form of propagation called apomixis (Greek apo, 
away from, and mixis, mix, union—referring to the lack 
of fertilization). Also, in blackberries, the first-year stems 
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are able to root at the tip, a form of propagation called 
vegetative reproduction. 


Some hybrids become fertile by doubling their chro- 
mosome number, a process called polyploidy. Hybridi- 
zation followed by polyploidy has been extremely impor- 
tant in plantevolution, especially among ferns and 
grasses. Examples are the wheats used to make bread 
and pastas, and species of wood fern (Dryopteris) and 
spleenworts (Asplenium). 


Hybrids are generally infrequent in nature. 
Nevertheless, once formed they may be important for 
evolution because of the way they combine the char- 
acteristics of their parents. Especially in changing or 
disturbed habitats, hybrids that contain new genetic 
combinations may be better adapted to the new envi- 
ronments than either of the parents. Thus they may be 
able to colonize new habitats where neither parent can 
grow. 


See also Asexual reproduction; Genetics. 


f Hybrid transportation 


Hybrid transportation is the use of vehicles pro- 
pelled by more than one form of energy. The term is 
usually used today to refer to hybrid road vehicles 
such as trucks, buses, and cars which release energy 
by burning a fuel—often gasoline—and converting as 
much of that energy as possible into electricity to drive 
the vehicle using electric motors. 


Hybrid vehicles are distinct from electric vehicles, 
which carry only electrical systems. The electricity for 
all-electric vehicles, whether trains, cars, or other, is 
generated in distant power plants and may either be 
transmitted directly to the vehicle (as by overhead 
wires or a third rail, in the case of electric trains) or 
stored by the vehicle in batteries (as in the case of 
electric cars). Since the early twentieth century, some 
submarines, a few ships, and most locomotives have 
relied on hybrid diesel-electric drives, using diesel 
engines to drive electric generators and using the gen- 
erator’s electric output to drive electric motors, charge 
batteries, or both. 


Hybrid drives might seem at first glance to be 
illogical. Every internal combustion engine (an engine 
that burns fuel in cylinders to drive pistons) can turn 
only a fraction of the energy into its fuel into useful 
mechanical motion. Likewise, a generator does not 
turn all of the mechanical energy it uses into electricity, 
and an electric motor does not turn all of the electrical 
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energy it uses into mechanical motion. How can it be 
an advantage to add the extra losses and complexities 
of a generator, batteries, and electric motor? Yet 
hybrid automobiles not only get better mileage than 
non-hybrid gasoline-burning cars of equivalent size, 
they can produce as little as a tenth as much air 
pollution. 


The answer lies partly in the properties of electric 
motors. Electric motors can apply large torque (twist- 
ing force) to a vehicle’s drive train even when turning 
at low speed. Internal-combustion engines, in con- 
trast, cannot run at low speeds at all: their fast rotation 
must be stepped down through a gear and clutch 
system to get a car (or locomotive) into motion or to 
run it slowly. This adds complexity and losses. Electric 
motors are, therefore, more effective when accelerat- 
ing a vehicle from a stop or moving it at low speeds. In 
fact, in the early 2000s, some automakers began add- 
ing hybrid features to large consumer vehicles such as 
sport utility vehicles (SUVs) not primarily to improve 
mileage, but to improve performance (mostly acceler- 
ation). This is also the primary reason for the use of 
diesel-electric drives in locomotives rather than 
straight diesel drives. 


Also, an internal combustion engine can be made to 
run more efficiently and with less pollution if required to 
run only at a constant speed. An internal combustion 
engine that powers a vehicle must (despite gearing and 
clutching) run over a wide range of speeds, forcing 
efficiency compromises at every stage of design. By 
hitching a gasoline engine to an electric generator and 
powering the vehicle primarily with the electric output 
of the generator, the internal-combustion engine design 
can be optimized for a constant speed. This allows it to 
be more efficient, overcoming the conversion losses of 
adding an electricity-generating step and reducing pol- 
lution (in hybrid automobiles) by up to 90%. 


Furthermore, when an bus, truck, or automobile 
applies its brakes, friction between the moving wheels 
and brake pads is used to convert some of the kinetic 
energy of the vehicle into heat, which is radiated into 
the environment and lost. In contrast, the use of stor- 
age batteries and electrical generators built into the 
braking system allows an electric bus or automobile to 
recover some of the energy that would otherwise be 
lost braking. A 2005 model Toyota Prius hybrid car, 
for example, recovers about 30% of braking energy as 
electric energy and stores it in its batteries. 


Hybrid automobiles were first introduced to the 
United States consumer market in 1997. As of October 
2006, hybrids made up 1.54% of the U.S. new car 
market. Toyota Corporation, one of the world’s 
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largest car makers, announced in 2005 that it intended 
to offer a hybrid option for its entire line of vehicles by 
2030. By that time, oil giant ExxonMobile estimated in 
2005, about 30% of U.S. car sales will be hybrids. 


Larry Gilman 


I Hydra 


Hydras are a member of the phylum Cnidaria, 
class Hydrozoa. They area solitary polyps that usually 
measure between 0.1 and 0.3 in (3 and 8 mm), though 
some can be larger. Hydras are freshwater species and 
occur in many parts of the world. Most are roughly 
cylindrical in shape, with a broadened basal disk that 
serves to attach the animal to some firm substrate. 
Most species are sessile but some can, if conditions 
require, move over short distances by repeatedly loop- 
ing the body over onto the substrate. Longer-range 
movements may be accomplished by releasing their 
grip on the substrate and rising into the water current. 


The main body stalk is a simple, erect tubelike 
arrangement, at the top of which is the mouth. This 
is surrounded by a ring of tentacles whose length 
varies according to the species. The body stalk is not 
encased in a hard protective layer, and the animal is 
therefore able to flex and bend. The bulk of the body is 
taken up with the large intestinal cavity. 


The tentacles contain a large number of special- 
ized cells called cnidocytes, which contain stinging 
structures known as nematocysts. The latter vary in 
shape according to their purpose. Most have an oval 
shaped base, attached to a long threadlike structure. 
When the animal is feeding or is alarmed, the cnido- 
cytes release the nematocysts. When the animal is 
feeding, most of the nematocysts that are released are 
hollow and elongate, their purpose being to trap and 
entangle prey. Once this has been completed, the cap- 
tured prey—often small crustaceans—are grasped by 
the tentacles and passed down towards the mouth. 


In other situations, for example in defense, the nem- 
atocysts released may be shorter and often bear small 
spines; some may also contain a toxic substance which is 
injected into the attacking animal to deter or stun it. 


Most hydras reproduce asexually by “budding- 
off.” In this process, a small extension of the parent 
animal forms on the body wall. As this grows, a sep- 
arate mouth and set of tentacles develops until even- 
tually a replicate of the parent hydra is produced. 
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When the young animal has fully developed, the two 
separate and the young hydra drifts off in the current 
to become established elsewhere. In certain circum- 
stances, particularly where seasonal drought is a reg- 
ular feature, some species may also practice sexual 
reproduction, which involves the production of a fer- 
tilized embryo enclosed in a toughened outer coating. 
In this state, the hydra is able to withstand periods of 
drought, cold, food shortages, or heat. Once normal 
conditions resume, the outer casing dissolves and the 
embryo recommences life. 


Hydrangea see Saxifrage family 


[ Hydrocarbon 


A hydrocarbon is any chemical compound com- 
posed exclusively of carbon and hydrogenatoms. 


Carbon atoms have the unique ability to form 
strong bonds with each other, atom after atom. Every 
hydrocarbon molecule is built upon a skeleton of carbon 
atoms bonded to each other either in the form of closed 
rings or in a continuous rowlike links in a chain. A chain 
of carbon atoms may be either straight or branched. In 
every case, whether ring or chain, straight or branched, 
all the carbon bonds that have not been used in tying 
carbon atoms together are taken up by hydrogen atoms 
attached to the carbon skeleton. Because there is no 
apparent limit to the size and complexity of the carbon 
skeletons, there is in principle no limit to the number of 
different hydrocarbons that can exist. 


Hydrocarbons are the underlying structures of 
all organic compounds. All organic molecules can 
be thought of as being derived from hydrocarbons by 
substituting other atoms or groups of atoms for some 
of the hydrogen atoms and occasionally for some of 
the carbon atoms in the skeleton. 


Carbon’s chemical bonding 


The carbon atom has four electrons in its outer, or 
valence, shell. This means that every carbon atom can 
form four, and only four, covalent (electron pair-shar- 
ing) bonds by pairing its four valence electrons with 
four electrons from other atoms. This includes form- 
ing bonds to other carbon atoms, which can form 
bonds to still other carbon atoms, and so on. Thus, 
extensive skeleton structures of dozens or hundreds of 
carbon atoms can be built up. 


A carbon atom does not form its four bonds all in 
the same direction from the nucleus. The bonding 
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electron pairs being all negatively charged tend to repel 
one another, thereby forcing them as far apart as possi- 
ble. The bonds will occur in four equally spaced direc- 
tions. In three-dimensional space, four equally spaced 
directions from a central location (the carbon atom’s 
nucleus) point towards the four corners of a tetrahedron. 


On two-dimensional paper, the formation of a 
covalent bond between two carbon atoms can be 
depicted as follows, where the dots indicate valence 
electrons and the C’s indicate the rest of the atoms 
(nucleus plus inner electrons): 


“O° 


The carbon atoms still have unused bonds shown 
by the unpaired dots, and they can join to third and 
fourth carbon atoms and so on, building up longer and 
longer chains: 


-CiC+ + -G+ —» -Cr6:6- 
and 
“CrCiG+ + ©C+ —» -C:C:C:C- 


Instead of lining up in straight or normal chains, 
the carbon atoms may also bond in different directions 
to form branched chains. 


In all of these skeletons, there are still some 
carbon valence electrons that are not being used for 
carbon-to-carbon bonding. The remaining bonds can 
be filled by hydrogen atoms to form hydrocarbon 
molecules: 


H H 
*C:C* + 6H —~S H:C:CtH 
H H 


C2H, 


HHH 


“CrC:C+ + 8*H —» HiC!CiCtH 


HHH 
C3Hg 


Hydrogen is a particularly good candidate for 
bonding to carbon because each hydrogen atom has 
only one valence electron; it can pair with one of 
the carbon atom’s valence electrons to form a bond 
in one of carbon’s four possible directions without 
interfering with any of the other three because hydro- 
gen is such a tiny atom. (In addition to its valence 
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electron, a hydrogen atom is nothing but a proton.) 
Hydrocarbons are divided into two general classes: 
aromatic hydrocarbons, which contain benzene rings 
in their structures, and aliphatic hydrocarbons, which 
are all the rest. 


Aliphatic hydrocarbons 


The carbon-atom skeletons of aliphatic hydrocar- 
bons may consist of straight or branched chains, or of 
(non-benzene) rings. In addition, all of the carbon 
atoms in the skeletons may be joined by sharing single 
pairs of electrons (a single bond, represented as C:C or 
C-C), as in the examples above, or there may be some 
carbon atoms that are joined by sharing two or three 
pairs of electrons. Such bonds are called double and 
triple bonds and are represented as C::C or C=C and 
C::C or CSC, respectively. 


Thus, there can be three kinds of aliphatic hydro- 
carbons: those whose carbon skeletons contain only 
single bonds, those that contain some double bonds, 
and those that contain some triple bonds. These three 
series of aliphatic hydrocarbons are called alkanes, 
alkenes, and alkynes, respectively. (There can also be 
“hybrid” hydrocarbons that contain bonds of two or 
three kinds.) 


Alkanes 


The alkanes are also called the saturated hydro- 
carbons, because all the bonds that are not used to 
make the skeleton itself are filled to their capacity— 
saturated—with hydrogen atoms. They are also 
known as the paraffin hydrocarbons, from the Latin 
parum affinis, meaning “little affinity,” because these 
compounds are not very chemically reactive. 


The three smallest alkane molecules, containing 
one, two, and three carbon atoms, are shown in three 
ways. 


The structural formulas are one way in which sim- 
ple organic molecules can be depicted in two dimensions 
on paper; each line indicates a single covalent bond-a 
shared pair of electrons. The three-dimensional ball- 
and-stick models and space-filling models, in which the 
balls represent the carbon and hydrogen atoms (roughly 
to scale) and the sticks represent the bonds, are used by 
chemists to study the shapes of molecules. 


The names and formulas of the first eight normal 
(not branched) alkanes are: Methane (CH,4); Ethane 
(C,H,); Propane (C3Hg); Butane (C4Hj9); Pentane 
(C5H,2); Hexane (CgH 4); Heptane (C7H)¢); Octane 
(CgH is). 
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While the first four alkanes were named before 
their structures were known, the rest have been named 
with Greek roots that tell how many carbon atoms 
there are in the chain: pent = five, hex = six, and so 
on, all ending in the “family name,” -ane. The chemical 
formula of an alkane hydrocarbon can be obtained 
quickly from the number of carbon atoms, n, in its 
skeleton: the formula is C,H2,+2. This method works 
because every carbon atom has two hydrogen atoms 
attached except for the two end carbon atoms, which 
have two extra ones. As an example, the formula for 
pentane is Cs5Hj>. 


The branched alkanes are named by telling what 
kinds of branches—methyl, ethyl or propyl groups, 
etc.—are attached to the main chain and where. For 
example, (SEE PRINT COPY) 


H3C-CH-CH,-CH »-CH3=CH; 


is named 2-methyl pentane; the 2 indicates that the 
methyl group (-CH3) branches off the second carbon 
atom from the nearest end of the pentane chain. 


The four lightest normal alkanes, having the 
smallest (lowest molecular weight) molecules, are 
gases at room temperature and pressure, while the 
heavier ones are oily liquids, and still heavier ones 
are waxy solids. Alkanes, which are the major constit- 
uents of crude oil, do not mix with water and float on 
its surface. The wax known as paraffin is a mixture of 
alkanes containing between 22 and 27 carbon atoms 
per molecule. 


All hydrocarbons burn in air to form carbon diox- 
ide and water. Methane, CHy, as the major constituent 
of natural gas, is widely used as a heating fuel. Also 
known as marsh gas, methane occurs naturally in 
marshes and swamps, being produced by bacteria dur- 
ing the decomposition of plant and animalmatter. It 
can form explosive mixtures with air, however, and is 
therefore a hazard when present in coalmines. 
Bacteria-produced methane may have potential as a 
commercial fuel source. 


Propane, C3Hg, and butane, C4H jo, are com- 
pressed into tanks, where they liquefy and can be 
used as portable fuels for such applications as barbe- 
cue grills, mobile-home cooking, and disposable ciga- 
rette lighters. Because these compounds are pure and 
burn cleanly, they are being explored as fuels for non- 
polluting automobile engines. They are often referred 
to as LPG-liquefied petroleum gas. 


Cycloalkanes are alkanes whose carbon atoms are 
joined in a closed loop to form a ring-shaped molecule. 
Cyclopropane, which contains three carbon atoms per 
molecule, has molecules that are in the shape of a 


2195 


uoqies01pAH 


Hydrocarbon 


three-membered ring, or triangle. Cyclohexane, with 
six carbon atoms, has hexagonal molecules; it is used 
as a good solvent for many organic compounds. 


Alkenes 


The alkenes, sometimes called olefins, are hydro- 
carbons that contain one or more double bonds per 
molecule. Their names are parallel to the names of the 
alkanes, except that the family ending is -ene, rather 
than -ane. Thus, the four smallest molecule alkenes 
containing two, three, four, and five carbon atoms 
are ethene (also called ethylene), propene (also called 
propylene), butene (also called butylene), and pentene. 
(There can be no “methene,” because there must be at 
least two carbon atoms to form a double bond.) A 
number preceding the name indicates the location of 
the double bond by counting the carbon atoms from 
the nearest end of the chain. For example, 2-pentene is 
the five-carbon alkene with the structure 


H3C-CH = CH-CH,-CH; 


The locations of branches are similarly indicated 
by numbers. For example, 3-ethyl 2-pentene has the 
structure (SEE PRINT COPY) 


H3C-CH = C-CH,>-CH3=C>H; 


The lightest three alkenes, ethylene, propylene, 
and butene, are gases at room temperature; from 
there on, they are liquids that boil at higher and higher 
temperatures. The chemical formula of an alkene con- 
taining only one double bond per molecule can be 
obtained from the number of carbon atoms in its 
molecules: if m is the number of carbon atoms, the 
formula is C,H>,. Thus, the formula for pentene is 
CsH jo. 


Alkenes are called unsaturated hydrocarbons; if 
there is more than one double bond in an alkene 
molecule it is said to be polyunsaturated. In principle, 
two more hydrogen atoms could be added to each 
double bond to saturate the compound, and in fact 
this does happen quite easily when hydrogen gas is 
added to an alkene in the presence of a catalyst. This 
process is called hydrogenation. 


Other elements, such as the halogens and hydro- 
gen halides, can also be added easily to the double 
bonds in alkenes. The resulting halogenated hydro- 
carbons are very useful but are often toxic or environ- 
mentally damaging. Trichloroethylene is a useful 
solvent, chlorinated hydrocarbons have been used as 
insecticides, and chlorofluorocarbons (CFCs or 
Freons) are used as refrigerants but have been shown 
to damage Earth’s ozone layer. 


2196 


Alkynes 


Alkynes are hydrocarbons that contain one or more 
triple bonds per molecule. Their names are parallel to the 
names of the alkanes except that the family ending is -yne. 
Thus, the four smallest-molecule alkynes are ethyne 
(more usually called acetylene), propyne, butyne, and 
pentyne. Alkynes containing one triple bond have chem- 
ical formulas given by C,H>,.2, where 7 is the number of 
carbon atoms in the molecule. Thus, the formula for 
pentyne is CsHg. Acetylene, propyne, and butyne are 
gases at room temperature; the rest are liquids. 


The most famous of the alkynes is the first mem- 
ber of the series: acetylene, C,H». It forms explosive 
mixtures with air or oxygen, but when mixed with 
oxygen in a controlled way in an oxyacetylene torch 
it burns with a very hot flame—up to 6,332°F 
(3,500°C) which is hot enough to cut and weld steel. 
Because acetylene is explosive when compressed into 
liquid form, the tanks of acetylene that welders use 
contain acetylene dissolved in acetone. 


Other important alkenes are styrene, CoHs- 
CH=CH>, from which the plastic polystyrene is 
made, and isoprene, CH, = C(CH3)CH = CHp, which 
is the monomer of natural rubber. (In this shorthand 
structural formula for isoprene, the parentheses indi- 
cate that the CH3 group within them is a branch 
attached to the preceding carbon atom.) 


Aromatic hydrocarbons 


An aromatic hydrocarbon is any hydrocarbon 
that contains one or more benzene rings in its mole- 
cule. The name aromatic is historical in origin, and 
does not at all imply that these compounds have pleas- 
ant aromas. Aromatic hydrocarbons are the basis of 
many aromatic compounds containing other atoms 
such as oxygen and nitrogen in addition to the carbon 
and hydrogen that are of extreme biological and 
industrial importance. 


The simplest aromatic hydrocarbon is benzene 
itself, Ce6Hs, whose molecule is a hexagonal ring of six 
CH groups. Various carbon-and-hydrogen groups can 
be substituted for any or all of the hydrogen atoms in 
benzene to form substituted benzenes. Benzene’s own 
phenyl groups, CsHs, can bond to each other end to 
end, to form polycyclic (multiple-ring) hydrocarbons, 
or they can fuse together along the hexagons’ sides to 
form condensed ring or fused ring hydrocarbons. 


In this figure, the bonds leading to all the hydro- 
gen atoms are omitted for simplicity as is the usual 
practice among chemists. Also, the benzene rings are 
drawn with alternating double and single bonds 
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Typical hydrocarbon mixtures obtained from the fractional distillation of petroleum 


Boiling-temperature range* 


Name of fraction 


Number of carbon 
atoms in molecule* 
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Uses 


Below 36°C 


40-60°C 
70-90°C 
69-174°C 


174-288°C 


250-310°C 
300-370°C 
Melts at 40-55°C 


Natural gas 


Petroleum ether 
Naphtha 
Gasoline 


Kerosene (coal oil) 


Fuel oil (gas oil) 
Lubricating oils 
Petrolatum 


15) 


5-6 
Cal 
6-10 


10-16 


15-18 
16-20 


Fuel; starting material for 
making plastics 


Solvent 
Solvent; lighter fuel 


Fuel for engines, 
industrial solvent 


Fuel for lamps, heaters, 
tractors, jet airplanes 


Heating oil; diesel fuel 
Lubrication 


(petroleum jelly) 
Melts at 50-60°C Paraffin wax 


Above 515°C Pitch, tar 


17-30 Lubrication; ointments 


23-29 Candles; waterproof 
coatings 


Over 39 Paving, roofing 


*The exact temperature ranges and numbers of carbon atoms differ in different refineries, and according to various legal definitions in various states and countries. 


Table 1. Typical Hydrocarbon Mixtures Obtained From the Fractional Distillation of Petroleum. (Thomson Gale.) 


between the carbon atoms. In reality, however, reso- 
nance makes all the carbon-carbon bonds equal at an 
intermediate value between single and double. 
Chemists therefore usually draw the benzene ring sim- 
ply as a hexagon with a circle inside: 


Benzene, CgH, 


The hexagon represents the six carbon atoms and 
their attached hydrogen atoms, while the circle repre- 
sents all the bonding electrons as if they were every- 
where in the molecule at once. In chemists’ shorthand, 
then, naphthalene would be depicted as shown in the 
above figure. 


Among the important substituted benzenes are 
methyl benzene, commonly known as toluene, and 
dimethyl benzene, commonly known as xylene. They 
are both powerful solvents for organic compounds 
and are used as starting materials for the synthesis of 
drugs, dyes, plastics, and explosives. Treatment of 
toluene with nitric and sulfuric acids produces the 
explosive trinitrotoluene, or TNT. 


Among the important condensed ring aromatic 
hydrocarbons are naphthalene and anthracene whose 
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molecules consist of two and three hexagonal benzene 
rings, respectively, fused together along one side. 


Naphthalene, C; Hg 


Both are derived from coal tar and are used as 
starting materials for the synthesis of many useful 
compounds. Naphthalene is a crystalline solid with a 
strong, pungent odor; it is used as a moth repellant and 
a deodorant-disinfectant. 


Petrochemicals 


The primary source of hydrocarbons is petroleum 
or crude oil, a naturally occurring liquid found pri- 
marily in sedimentary rocks. Petroleum consists 
almost entirely of a mixture of alkanes with some 
alkenes and smaller amounts of aromatic hydrocarbons. 
When petroleum is distilled at a series of different 
temperatures, the lowest molecular-weight hydrocar- 
bons boil off at the lowest temperatures and the higher 
molecular weight ones boil off at successively higher 
temperatures. This process, called fractional distillation, 
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Hydrocephalus 


is used to separate the complex mixture of compounds. 
Table 1 shows the various hydrocarbon mixtures 
(known as fractions) that distill off in various temper- 
ature ranges. 


In addition to isolating the hydrocarbons that 
occur naturally in petroleum, oil refineries use a vari- 
ety of processes to convert some of them into other 
more desirable hydrocarbons. 


A vast number of synthetic (human-made) organic 
chemicals, including drugs, plastics, paints, adhesives, 
fibers, detergents, synthetic rubber, and agricultural 
chemicals, owe their existence to petrochemicals: chem- 
icals derived from petroleum. The top six petrochemicals 
produced in the United States are ethylene, propylene, 
benzene, xylene, butadiene (the four-carbon-atom 
alkene with two double bonds), and toluene. From 
these, hundreds of other chemicals are manufactured. 


Gasoline 


Probably the most important product of the frac- 
tional distillation of petroleum is gasoline, a mixture 
of alkanes containing six to ten carbon atoms in their 
molecules: hexane (CgHj4), heptane (C7Hj¢), octane 
(CgHjg), nonane (CoH), and decane (Cj9H»2), plus 
small amounts of higher-molecular weight alkanes. 
More than six trillion gallons of gasoline are burned 
each year in the United States. 


Gasoline must have certain properties in order to 
work well in automobile engines. If the gasoline-air 
mixture does not explode smoothly when ignited by 
the spark in the cylinder, that is, if it makes a fast, 
irregular explosion instead of a fast but gentle burn, 
then the explosive force will hit the piston too soon, 
while it is still trying to move down into the cylinder. 
This clash of ill-timed forces jars the engine, producing 
a metallic clanking noise called a knock, which is 
especially audible when the engine is laboring to 
climb a hill. Extensive knocking can lead to serious 
engine damage, so gasolines are formulated to mini- 
mize this effect. 


Of all the hydrocarbons that can be in gasoline, 
normal (straight-chain) heptane, C7Hj6, has been found 
to make auto engines knock worst. It has been assigned a 
value of zero on a scale of gasoline desirability. The 
hydrocarbon that knocks least is a branched-chain 
form of octane, CgHj, called iso-octane. It has been 
rated 100. Every gasoline blend is assigned an octane 
rating between zero and 100, according to how much 
knocking it produces under standard test conditions. 
Most automobile fuels sold have octane ratings above 
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85. High-octane gasolines that are even better than iso- 
octane because of anti-knock additives can have ratings 
above 100. 


The C¢ to Cio hydrocarbons make up only about 
20-30% of crude oil, which is far from enough to 
supply the world’s appetite for gasoline. But even if 
there were enough of it, the natural mixture has an 
octane rating of only about 40 to 60—not good 
enough for modern engines. Refineries therefore mod- 
ify the natural mixture of molecules by breaking down 
big molecules into smaller ones (cracking) and by 
reshaping some of the smaller molecules into forms 
that knock less (reforming). 


Gasoline sold at the pump has been blended with 
additives. Lead-containing antiknock compounds 
such as tetraethyl lead, Pb(C2Hs;)4, are no longer 
used because lead is a toxic air pollutant; methyl-tert- 
butyl ether (MBTE) is used instead. Other additives 
remove harmful engine deposits, prevent gum forma- 
tion, inhibit rusting, prevent icing, clean the carbu- 
retor, lubricate the cylinders, and dye the gasoline 
distinctive colors for identification purposes. 


See also Chemical bond; Formula, structural. 
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[ Hydrocephalus 


Hydrocephalus, which means literally water on the 
brain, is a condition in which excessive fluid collects 
inside the skull. The fluid is a naturally produced liquid 
that normally is found in the brain. Accumulation of 
excessive amounts of the fluid may build pressure to 
levels that cause brain damage and subsequent disabil- 
ity. According to the Hydrocephalus Foundation, just 
over one in 1,000 live births are affected by hydro- 
cephalus in the United States, with the disorder being 
one of the more common birth defects, afflicting 
over 10,000 babies in the United States annually. In 
the U.S., over the past 30 years, the death rate from 
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hydrocephalus has decreased from 54 to 5%. As of 
2006, the World Health Organization states that one 
in every 2,000 live births involve hydrocephalus on a 
worldwide basis. 


The brain rests within the natural bony vault of 
the cranium. There it is protected by the skull and by 
layers of fibrous material that help to stabilize it and to 
contain the fluid that surrounds it. The brain itself is a 
very soft, gelatinous material that requires substantial 
protection. Three layers of connective tissue line the 
skull and surround the brain. The pia mater (which 
means literally tender mother) lies directly on the 
brain, following its contours and continuing along 
the spinal cord as it descends through the spine. The 
second layer is the arachnoid (like a spider’s web), a 
very thin, fibrous membrane without blood vessels. It, 
too, lies close to the brain but does not follow its every 
bump and wrinkle. The space between the pia mater 
and the arachnoid, called the subarachnoid space, 
contains the arteries and veins that circulate blood to 
the brain and the cerebrospinal fluid that bathes the 
nervous tissues. The outermost layer, the dura mater 
(hard mother) is a two-layered, leathery, tough mem- 
brane that adheres closely to the inside of the skull. 
The inner layer is contoured to the brain to support it. 
The outer layer lies against the cranium and continues 
into the spinal canal. 


The fluid that bathes the brain and spinal cord— 
cerebrospinal fluid or CSF—is manufactured and 
secreted in the brain by a structure called the choroid 
plexus. Cerebrospinal fluid is a colorless, clear fluid 
that contains oxygen, some proteins, and glucose 
(a form of sugar). Normally the fluid will circulate 
through the cranium and down the spinal column. It 
will be absorbed by special structures called villi in the 
arachnoid tissue or it will drain from one of several 
outlets. Excessive fluid accumulates because the brain 
is manufacturing too much CSF or the drainage routes 
are blocked and the fluid cannot drain properly. 


The capacity of the ventricles in the brain and the 
space around the spinal cord is approximately 0.5 c 
(125 ml). The choroid plexus manufactures from 2 to 3 
c (500 to 750 ml) of fluid each day. The pressure of the 
CSF within the nervous system, therefore, is related to 
the rate of manufacture versus the rate of drainage of 
the fluid. Fluid pressure can be measured by inserting 
a needle between two of the lumbar vertebrae into the 
spinal canal. The needle is connected to a meter that 
indicates the fluid pressure. 


The choroid plexus is composed of specialized 
cells that line the ventricles of the brain. The ventricles 
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are four small, naturally formed cavities in the brain 
that act as reservoirs for CSF. Overproduction of fluid 
or its failure to drain can enlarge the ventricles and 
press the brain against the bony vault of the skull. 


Newborn babies who have hydrocephalus often 
will develop grossly swollen heads. The bones of the 
skull have not fused and the pressure of the fluid inside 
the skull can expand the disconnected bony plates. 


Two types of hydrocephalus 


The two types of hydrocephalus are called com- 
municating and noncommunicating. Communicating 
hydrocephalus is caused by overproduction of fluid by 
the choroid plexus. The fluid, which overwhelms the 
absorption capacity of the arachnoid, collects inside 
the ventricles as well as outside the brain. This is the 
most common form of hydrocephalus occurring in 
adults and is the result of injury or infection such as 
encephalitis. At the onset of the condition, the patient 
will become clumsy in walking and appear tired. Other 
signs will develop indicating a brain injury. To diag- 
nose communicating hydrocephalus the physician will 
review the patient’s recent history to determine 
whether an infection or head injury has occurred. In 
addition, such diagnostic measures as a magnetic res- 
onance image (MRI) of the skull can reveal the pres- 
ence of excess fluid. This condition is readily treatable. 


Noncommunicating hydrocephalus is the most 
common form of the condition in childhood. Usually 
it will be diagnosed immediately after birth, when 
signs such as a swollen cranium are seen. Here the 
problem lies in a narrowing of a drainage aqueduct 
that inhibits passage of the CSF out of the cranium. 
The ventricles enlarge greatly and the fluid pressure 
begins to push the brain against the skull. In this case a 
drain can be implanted in the skull to drain the fluid 
into a vein to relieve the pressure. 


This form of hydrocephalus also is associated with 
a congenital condition called meningomyelocele. A 
newborn with this condition is born with the spinal 
cord and its superficial coverings exposed. The spinal 
canal, the opening through which the spinal cord 
passes, has not fused, so the cord can protrude through 
the open side. Almost always, the surgical repair of the 
meningomyelocele will result in hydrocephalus, which 
will in turn require surgical correction. 


This form of hydrocephalus also can occur in an 
adult and generally is the result of the formation of a 
tumor that blocks the drainage area. 


All forms of hydrocephalus can be treated surgi- 
cally, so it is important that diagnosis be made as soon 
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Hydrochlorofluorocarbons 


KEY TERMS 


Congenital—A condition or disability present at 
birth. 


Hydro—Reference to water. 


Lumbar—Reference to the lower back; the verte- 
brae below the ribs or thorax. 


Meninges—Collectively, the three membranes that 
cover the brain and line the skull; the pia mater, 
arachnoid, and dura mater. 


Tumor—An uncontrolled growth of tissue, either 
benign (noncancerous) or malignant (cancerous). 


Ventricle—An opening in the brain that forms a 
reservoir for the cerebrospinal fluid. 


as possible after the condition develops. With exces- 
sive fluid pressure inside the skull brain damage can 
occur, leading to various forms of disability. That can 
be avoided if treatment is timely. 


See also Birth defects; Edema. 
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Hydrochloric acid see Hydrogen 


fl Hydrochlorofluorocarbons 


Hydrochlorofluorocarbons (HCFCs) are com- 
pounds consisting of hydrogen, chlorine, fluorine, 
and carbon atoms. HCFCs and hydrofluorocarbons 
(HFCs) were created in the 1980s as substitutes for 
chlorofluorocarbons (CFCs) for use in refrigeration 
and a wide variety of manufacturing processes. 
Because all three of these classes of compounds either 
destroy the stratospheric ozone layer essential to life 
on Earth or contribute to global warming, interna- 
tional agreements have been signed to eliminate their 
production and use by either the year 2000 (CFCs) or 
2040 (HCFCs and HFCs). 
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Why HCFCs? 


Thomas Midgley, an organic chemist working at 
the Frigidaire division of General Motors, created 
chlorofluorocarbons in 1928 as a safe and inexpensive 
coolant for use in refrigerators and air conditioners. 
CFCs are nonflammable, nontoxic, noncorroding 
gases. In addition to their widespread use as coolants, 
they were used in the manufacturing such products as 
contact lenses, telephones, artificial hip joints, foam 
for car seats and furniture, and computer circuit 
boards. CFCs have also been used as a propellant in 
aerosol products. 


By 1974, however, researchers discovered that 
CFCs emitted to the atmosphere slowly accumulated 
in the stratosphere, higher than about 15 mi (25 km) 
above Earth’s surface. CFCs are degraded in the stra- 
tosphere by solar ultraviolet radiation, and this 
releases chlorine radicals that attack ozone molecules. 
Although ozone in the lower atmosphere is a harmful 
pollutant, in the stratosphere it acts to shield organ- 
isms at the surface of Earth from the harmful effects of 
solar ultraviolet radiation. 


When ultraviolet radiation in the stratosphere 
degrades CFCs or HCFCs, the chlorine released acts 
to consume ozone molecules, which contain three oxy- 
gen atoms, into separate chlorine-oxygen and two- 
oxygen molecules (the latter is known as oxygen gas). 
Because the chlorine atoms can persist in the strato- 
sphere for more than a century, they are recycled 
through the ozone-degrading reactions. One chlorine 
atom can destroy up to 100,000 molecules of strato- 
spheric ozone. 


The use of CFCs as aerosol propellants was 
banned in the United States, Canada, Switzerland, 
and the Scandinavian countries in 1978, as the dangers 
posed by their use were increasingly understood. By the 
early 1980s, companies such as DuPont, the world’s 
largest manufacturer of CFCs, were creating alternate, 
less-damaging compounds, including HCFCs and 
HFCs. 


Benefits and costs of HCFCs 


HCFC compounds react differently from CFCs 
because HCFCs contain a hydrogen atom, which 
causes these chemicals to decompose photochemically 
before they reach the stratosphere. HFCs do not con- 
tain chlorine and thus do not attack the ozone layer. 
HCFCs and HFCs survive in the atmosphere for 2 to 
40 years, compared with about 150 years for CFCs. 


As a result of their shorter persistence and different 
molecular composition, HCFC and HFC compounds 
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KEY TERMS 


Chlorofluorocarbons (CFCs)—Chemical compounds 
containing chlorine, fluorine and carbon. CFCs were a 
key component in the development of refrigeration, air 
conditioning, and foam products. 


Greenhouse gases—Gases that contribute to the 
warming of Earth’s atmosphere. Examples include 
carbon dioxide, HCFCs, CFCs, and HFCs. 


Hydrofluorocarbons (HFCs)—Chemical compounds 
that contain hydrogen, fluorine, and carbon atoms. 


Montreal Protocol on Substances that Deplete the 
Ozone Layer—An agreement signed by 43 countries 
in 1987, and amended and signed by 90 nations in 
1990, to eliminate the production and use of com- 
pounds that destroy the ozone layer. 


Ozone—A gas made up of three atoms of oxygen. 
Pale blue in color, it is a pollutant in the lower atmos- 
phere, but essential for the survival of life on Earth’s 


have replaced CFCs in most major uses, including the 
production of foams for insulation, furniture, and 
vehicle seats, and as a coolant in refrigerators and air 
conditioners. 


HCFCs and HFCs are more expensive to manu- 
facture than CFCs and still negatively affect Earth’s 
atmosphere to some degree. Although HCFCs destroy 
98% less ozone in the stratosphere than do CFCs, 
HCFCs and HFCs are still greenhouse gases that 
may contribute to global warming. In comparison to 
a more common greenhouse gas, CFCs are about 
4,100 times more efficient in their global warming 
potential, while HFCs are 350 times more effective. 


The future of HCFCs 


CFCs and HCFCs have contributed to the quality 
of modern life, particularly as valuable components in 
refrigeration and computer technology. However, 
their impact on the atmosphere has prompted several 
countries to agree to stop producing them. The 
Montreal Protocol on Substances that Deplete the 
Ozone Layer was signed by 43 countries in 1987 to 
limit and eventually eliminate the production and use 
of CFCs. When additional evidence emerged that the 
ozone layer was being damaged more quickly than 
originally thought, more than 90 countries signed an 
amendment to the Montreal Protocol in 1990. In the 
year 2000, CFCs were banned from use and guidelines 
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surface when found in the upper atmosphere because 
it blocks dangerous ultraviolet solar radiation. 


Ozone layer—A layer of ozone in the stratosphere 
that shields the surface of Earth from dangerous ultra- 
violet solar radiation. 


Stratosphere—A layer of the upper atmosphere 
above an altitude of 5-10.6 mi (8-17 km) and 
extending to about 31 mi (50 km), depending on 
season and latitude. Within the stratosphere, air tem- 
perature changes little with altitude, and there are 
few convective air currents. 


Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of Earth, also known as the lower 
atmosphere. 


Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher 
energy. 


included new phase-outs for HCFCs and HFCs by the 
year 2020 if possible, and no later than 2040. 


Research results suggest that there is a need to 
develop acceptable alternatives to HCFCs. In labora- 
tory tests, male rats exposed to 5,000 parts per million 
(ppm) of HCFCs over a two-year period (equivalent to 
what humans working occupationally with the com- 
pound might experience over 30-40 years) developed 
tumors in the pancreas and testes. The tumors were 
benign and did not result in death for the tested rats. 
Nevertheless, this research resulted in the recom- 
mended eight-hour occupational exposure levels to 
HCFCs for humans being reduced from 100 ppm to 
10 ppm. 


Two possible alternatives to HCFCs are already 
being used successfully. Refrigerators that use propane 
gas, ammonia, or water as coolants are being tested 
in research laboratories, and use up to 10% less 
energy than typical models using CFCs as a coolant. 
Telephone companies are experimenting with crushed 
orange peels and other materials to clean computer 
circuit boards, as substitutes for another important 
use of CFCs and HCFCs. Certain microorganisms 
are also being tested that degrade HCFCs and HFCs, 
which could help in controlling emissions of these com- 
pounds during manufacturing processes involving 
their use. 


See also Greenhouse effect; Ozone layer depletion. 
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I Hydrofoil 


The hydrofoil is a boat that possesses skilike pon- 
toons (or foils), which are mounted on struts from 
below the hull. Early foils were U-shaped (and only 
partially submerged in water), but modern versions 
are V- or T-shaped (and fully submerged), which 
have been found to be much more stable and safe to 
operate. It is very similar to the hovercraft, because it 
moves in the boundary between air and water. It 
avoids drag by lifting itself out of the water, using 
wing-shaped structures called hydrofoils that extend 
into the water from the craft. These hydrofoils func- 
tion like the wings on a plane, creating lift and flying 
the hull above the surface of the water. 


The first person to work on this idea was the 
French priest Ramus in the mid-1800s. However, at 
the time a sufficient sized engine was not available that 
could supply sufficient thrust. In the 1890s, French 
Count de Lambert tried and failed to make a working 
model using a gasoline engine. 


The first successful hydrofoil boats were created 
in the early 1900s. Enrico Forlanini (1848-1930), an 
Italian airship designer, built a small boat with hydro- 
foils in 1905. American scientist William E. Meacham 
described the theory behind hydrofoils in a 1906 
article within Scientific American. Later, Forlanini 
showed Scottish-American scientist and inventor 
Alexander Graham Bell (1847-1922) a later model 
that impressed the famous American. Bell built one 
himself, based on Forlanini’s patented design, and set 
a water-based speed record of 71 mph (114 km/h) with 
it in 1918. This record stood until the 1960s. 


Although there were small improvements made over 
the next few decades, hydrofoils did not see commercial 
use until the 1950s, when German inventor and scientist 
Hans von Schertel developed his designs for passenger 
hydrofoils. Italy created their Supramar boats, and 
Russia and the United States developed hydrofoils with 
both commercial and military applications. 
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There have been experiments with various types of 
foils and different types of engines, including the gas 
turbine, diesel, gasoline, and jet engines. 


The foils themselves have two distinct shapes. The 
surface-piercing models are V-shaped, so that part of 
the foil stays out of the water. This type is good for 
calm surfaces like rivers and lakes. The other foil is 
completely submerged. It usually consists of three foils 
extending straight down beneath the boat. Hydrofoils 
with this configuration need autopilots to keep them 
level. Whenever the boat shifts to one side, sensors send 
messages to flaps on the foils, which then adjust auto- 
matically to bring the boat back to a normal position. 


Hydrofoils today are used by commuter services, 
fishery patrols, fire fighters, harbor control, water 
police, and air-sea rescues. For the military, hydrofoils 
can be excellent small submarine chasers and patrol 
craft. 


[ Hydrogen 


Hydrogen is the chemical element with atomic num- 
ber 1. Its symbol is H, it has an atomic weight of 1.008, 
its specific gravity at standard temperature and pressure 
(1 bar, 0°C) is 0.0000899. Its boiling point is —423.2°F 
(—252.9°C), just above absolute zero. At room temper- 
ature, hydrogen is a colorless, odorless, tasteless gas that 
can combust, explosively or as a steady flame depending 
on conditions, in the presence of oxygen. It has two 
stable isotopes with mass numbers | and 2. A third 
isotope, tritium (mass number 3) is radioactive. 


Hydrogen is first among the chemical elements. Its 
atoms are the simplest and lightest. A neutral hydro- 
gen atom contains only one electron, and the most 
common isotope of hydrogen has a nucleus that con- 
sists of nothing but a proton. (A small percentage of 
hydrogen nuclei, deuterium or tritium nuclei, also 
contain one or two neutrons; this is discussed further 
below.) In the periodic table, it is in a class by itself; 
there are no other members of its exclusive “group.” It 
is usually placed at the top, all by itself. 


Hydrogen’s name is a clue to its most important 
position among the world’s elements. It comes from 
the Greek hydro, meaning water, and genes, meaning 
born or formed. Hydrogen is thus the substance that 
gives birth to water. The name was coined in 1783 by 
the French chemist Antoine Lavoisier (1743-1794) in 
honor of the fact that when hydrogen burns in air it 
reacts with oxygen to form water, H,O. 
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Hydrogen is everywhere 


There are roughly 170 million billion tons of 
hydrogen tied up in Earth’s supply of water. 
Hydrogen is therefore the most abundant of all ele- 
ments on the surface of the Earth (though oxygen is 
the most abundant element in the crust, and the core is 
composed mostly of iron). Because the stars are 
mostly made of hydrogen, it is also the most abundant 
element in the universe, making up about 93% of all 
the atoms, and about three quarters of the mass of the 
entire universe. Most of the remaining one quarter of 
the universe’s mass is helium, with all other elements 
comparatively rare. Closer to home, 61% of all the 
atoms in the human body are hydrogen atoms. 


Every one of the 13 million known organic com- 
pounds contains hydrogen. Hydrocarbons—com- 
pounds that contain nothing but hydrogen and 
carbon atoms—are the foundation upon which the 
vast world of organic chemicals is built. The proteins, 
carbohydrates, fats and oils, acids and bases that 
make up all plants and animals are organic, hydrogen- 
containing compounds. Petroleum and coal, which are 
made from ancient plants and animals, are vast deposits 
of hydrocarbons. 


Hydrogen is the source of most of the energy of 
the sun and stars. At the 10 million-degree temper- 
atures of the interiors of stars, not only are hydrogen 
molecules separated into atoms, but each atom is 
ionized—separated into an electron and a nucleus. 
The nuclei, which are simply protons, fuse together, 
forming nuclei of helium atoms and giving off a great 
deal of energy in the process. By a series of such 
reactions, all of the heavier elements have been built 
up from hydrogen in the stars. 


The element 


Hydrogen gas consists of diatomic (two-atom) 
molecules, with the formula H>. It is the lightest of 
all known substances. There is only about 0.05 part 
per million of hydrogen gas in the air. It rises to the top 
of the atmosphere and is lost into space. It is continu- 
ally being replaced by volcanic gases, by the decay of 
organic matter, and from coal deposits, which still 
contain some of the hydrogen from when they were 
decaying organic matter. 


There are three isotopes of hydrogen, two stable 
and one radioactive. Like all isotopes, they have the 
same number of protons in the nucleus (in this case, 
one) but differing numbers of neutrons. Hydrogen is 
the only element whose isotopes go by their own 
names: protium (used only occasionally, when it is 
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necessary to distinguish it from the others), deuterium, 
and tritium. Their mass numbers are one, two, and 
three, respectively. Protium, the most common hydro- 
gen isotope, constitutes 99.985% of all hydrogen 
atoms; it has no neutrons in its nuclei. Deuterium, 
the other stable isotope, has one neutron in its nucleus; 
it constitutes 0.015% of all hydrogen atoms—that’s 
about one out of every 6,700 atoms. Water made out 
of deuterium instead of protium is called heavy water; 
it is used as a moderator—a slower of neutrons—in 
nuclear reactors. Tritium has two neutrons and is 
radioactive, with a half-life of 12.33 years. In spite of 
its short lifetime, it remains present in the atmosphere 
in very tiny amounts because it is constantly being 
produced by cosmic rays. Tritium is also produced 
artificially in nuclear reactors. It is used as a radio- 
active tracer and as an ingredient of luminous paints 
and hydrogen bombs. 


Discovery and preparation 


Hydrogen is so easy to make by adding a metal to 
an acid that it was known as early as the late fifteenth 
century. Paracelsus (1493?-1541) made it by adding 
iron to sulfuric acid, but it wasn’t until 1766 that it was 
recognized as a distinct substance, different from all 
other gases, or what were then called “airs.” Henry 
Cavendish (1731-1810), an English chemist, gets the 
credit for this realization and hence for the discovery 
of hydrogen. Only in modern times, however, were 
isotopes of elements discovered. In 1932 Harold 
Urey (1893-1981) discovered deuterium by separating 
out the small amounts of it that are in ordinary water. 
This was the first separation of the isotopes of any 
element. 


Hydrogen can be prepared in several ways. Many 
metals will release bubbles of hydrogen from strong 
acids such as sulfuric or hydrochloric acid. Hot steam 
(HO) in contact with carbon in the form of coke 
reacts to produce a mixture of hydrogen and carbon 
monoxide gases. Both of these products are flamma- 
ble, and this so-called “water gas” mixture is some- 
times used as a fuel, although it is dangerous because 
carbon monoxide is poisonous. Passing an electric 
current through water—electrolysis—will break it 
down into bubbles of oxygen gas at the anode (positive 
electrode) and hydrogen gas at the cathode (negative 
electrode). 


Uses of hydrogen 
Hydrogen and nitrogen gases can react to form 


ammonia: 
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Hydrogen 


N, + 3H,  —  2NH,; 
nitrogen hydrogen ammonia 
gas gas gas 


This reaction, called the Haber process, is used to 
manufacture millions of tons of ammonia every year 
in the United States alone, mostly for use as fertilizer. 
The Haber process converts nitrogen from the air, 
which plants cannot use, into a form (ammonia) that 
they can use. In order to get the biggest yield of 
ammonia, the reaction has to be carried out at a high 
pressure (500 times normal atmospheric pressure) and 
a high temperature (842°F [450°C ]). To make it go 
faster, a catalyst is also used. More than two-thirds of 
all the hydrogen produced in the world goes into 
making ammonia. 


A lot of hydrogen is used to make methyl alco- 
hol—about 4 million tons of it a year in the U.S:: 


2H, + CO - CH,OH 

hydrogen Carbon methy| 

gas monoxide alcohol 
gas gas 


Methyl alcohol is a flammable, poisonous liquid 
that is used as a solvent and in the manufacture of 
paints, cements, inks, varnishes, paint strippers, and 
many other products. It is what burns in the camping 
fuel, Sterno. 


Another major use of hydrogen is in the hydro- 
genation of unsaturated fats and oils. If the molecules 
of a fat contain some double bonds between adjacent 
carbon atoms, as most animal fats do, they are said to 
be unsaturated. Treating them with hydrogen gas “fills 
up” or saturates the double bonds: the hydrogen atoms 
add themselves to the molecules at the double bonds, 
converting them into single bonds. Saturated (all-sin- 
gle-bond) fats have higher melting points; they’re not 
as soft, they’re more stable, and they stand up to heat 
better in frying. That’s why “hydrogenated vegetable 
oil” on many food labels. Saturated fats raise people’s 
blood cholesterol and increase the risk of heart disease. 


In the oxyhydrogen torch, the potentially violent 
reaction between hydrogen and oxygen is controlled 
by feeding the gases gradually to each other, thereby 
turning a potential explosion into a mere combustion. 
The resulting flame is extremely hot and is used in 
welding. 


Hydrogen disasters 


Liquid hydrogen, combined with liquid oxygen, is 
the fuel that sends space shuttles into orbit. The 
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reaction between hydrogen and oxygen to form 
water gives off a large amount of energy. They are 
useful as a rocket fuel because in their liquid forms, 
large quantities of them can be stored in a small space. 
They are very dangerous to handle, however, because 
unless they are kept well below their boiling points 
(hundreds of degrees below zero), they will boil and 
change into gases. Under certain conditions, hydrogen 
gas in the air can explode, while oxygen gas can feed 
the slightest spark into a fiery inferno if there is any- 
thing combustible around. Mixed together, they make 
a highly explosive mixture. These sobering facts 
turned into disaster on January 28, 1986, when the 
Challenger space shuttle exploded shortly after liftoff, 
killing all seven astronauts aboard. A rubber seal had 
failed, spilling the explosive gases out into the jet 
of flame that resulted in the explosion of the center 
fuel tank. 


An earlier flying tragedy caused by hydrogen was 
the explosion on May 6, 1937 of the German zeppelin 
(a dirigible, or blimp), Hindenburg. At that time, 
hydrogen was used as the lighter-than-air filling in 
dirigibles. The Hindenburg caught fire while mooring 
at Lakehurst, New Jersey after a transatlantic flight, 
and 36 people were killed. Ever since then, nonflam- 
mable helium gas has been used instead of hydrogen as 
the filling in dirigibles. It is not as buoyant, but it is 
completely safe. 


Reactions of hydrogen 


Having only one electron in each of its atoms, 
hydrogen has two options for combining chemically 
with another atom. For one thing it can pair up its 
single electron with an electron from a non-metal atom 
to make a shared-pair covalent bond. Examples of 
such compounds are H,0, H2S and NH; (water, 
hydrogen sulfide and ammonia) and virtually all of 
the millions of organic compounds. Or, it can take on 
an extra electron to become the negative ion H’, called 
a hydride ion, and combine with a metallic positive 
ion. Examples are lithium hydride LiH and calcium 
hydride CaH», but these compounds are unstable in 
water and decompose to form hydrogen gas. 


Hydrogen reacts with all the halogens to form 
hydrogen halides, such as hydrogen chloride HCl 
and hydrogen fluoride HF. These compounds are 
acids when dissolved in water, and are used among 
other things to dissolve metals and, in the case of HF, 
to etch glass. 


With sulfur, hydrogen forms hydrogen sulfide, 
HS, a highly poisonous gas. Fortunately, hydrogen 
sulfide has such a strong and disagreeable odor that 
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people can smell very tiny amounts of it in the air and 
take steps to put some distance between it and them. 


Hydrogen as a clean fuel 


When hydrogen burns in air, it produces nothing 
but water vapor. It is therefore the cleanest possible, 
totally nonpolluting fuel. This fact has led some people 
to propose an energy economy based entirely on hydro- 
gen, in which hydrogen would replace gasoline, oil, 
natural gas, coal, and nuclear power. The idea is that 
hydrogen would be prepared by the electrolysis of sea- 
water in remote coastal areas and sent to the cities in 
pipelines similar to the pipeline that brings natural gas 
from Alaska to the lower states. In addition to being 
used as a fuel, the hydrogen could be used in factories to 
produce a variety of useful chemicals (see above). The 
main problem with this scheme is that the electricity to 
make the hydrogen would probably be made by burning 
coal, which (as burned today) is highly polluting, or by 
nuclear power, which is hardly uncontroversial. 
Renewable energy could be used to make hydrogen 
but this scheme is not yet affordable. In any energy- 
production scheme, the entire process must be consid- 
ered, from beginning to end, with all of its ramifications. 
Only then can we decide whether or not there would be a 
net saving of energy or a reduction in overall pollution. 
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Hydrogen bond see Chemical bond 


l Hydrogen chloride 


Hydrogen chloride is a chemical compound com- 
posed of the elements hydrogen and chlorine. It dis- 
solves readily in water to produce a solution called 
hydrochloric acid. Both substances have many impor- 
tant industrial applications, including those in metal- 
lurgy, and the manufacture of pharmaceuticals, dyes, 
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and synthetic rubber. Hydrochloric acid is found in 
most laboratories, since its strong acidic nature makes 
it an extremely useful substance in analyses and as a 
general acid. Because hydrogen chloride and hydro- 
chloric acid are so closely related, they are usually 
discussed together. 


Properties 


Hydrogen chloride is represented by the chemical 
formula HCl. This means that a molecule of hydrogen 
chloride contains one atom of hydrogen and one atom 
of chlorine. At room temperature (about 77°F [25°C]) 
and at a pressure of one atmosphere, hydrogen chlor- 
ide exists as a gas. Consequently it is generally stored 
under pressure in metal containers. 


A much more convenient way to use hydrogen 
chloride is by dissolving it in water to form a solution. 
Hydrogen chloride is very soluble in water, the latter 
dissolving hundreds of times its own volume of hydro- 
gen chloride gas. The resulting solution is known as 
hydrochloric acid and this also is generally given the 
chemical formula HCI. Commercial hydrochloric acid 
usually contains 28-35% hydrogen chloride by weight, 
and is generally referred to as concentrated hydro- 
chloric acid. When smaller amounts of hydrogen 
chloride are dissolved in water, the solution is known 
as dilute hydrochloric acid. 


Hydrogen chloride is a colorless, nonflammable 
gas with an acrid odor. The gas condenses to a liquid 
at -121°F (-85°C) and freezes into a solid at —173.2°F 
(—114°C). Hydrochloric acid is a colorless, fuming 
liquid with an irritating odor. Both hydrogen chloride 
and hydrochloric acid are corrosive, and so must be 
treated with great care. Both substances strongly irri- 
tate the eyes and are highly toxic if inhaled or ingested. 
Exposure to hydrogen chloride vapor can damage 
nasal passages and produce coughing, pneumonia, 
headaches and rapid throbbing of the heart; death 
can occur from exposure to levels in air greater than 
about 0.2%. Concentrated hydrochloric acid solu- 
tions cause burns and skin inflammation. Chemists 
always wear protective gloves and safety glasses 
when using either hydrogen chloride or hydrochloric 
acid, and generally work in a well ventilated area to 
reduce exposure to fumes. 


While dry hydrogen chloride gas is fairly unreac- 
tive, moist hydrogen chloride gas (and hydrochloric 
acid solutions) react with many metals. Consequently, 
dry hydrogen chloride gas can be stored in metal con- 
tainers, whereas solutions of highly corrosive hydro- 
chloric acid must be handled in acid-proof materials 
such as ceramics or glass. When hydrochloric acid 
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Hydrogen chloride 


reacts with metals, hydrogen gas and compounds 
known as metal chlorides are usually generated. 
Metal chlorides are formed when a metal displaces 
the hydrogen from the hydrogen chloride. For exam- 
ple, zinc metal dissolves in hydrochloric acid to form 
hydrogen gas and zinc chloride. Both moist hydrogen 
chloride and hydrochloric acid also react with many 
compounds including metal oxides, hydroxides, and 
carbonates. These are all examples of basic com- 
pounds, which neutralize hydrochloric acid, and 
form metal chlorides. 


Like most acids, hydrogen chloride forms hydro- 
gen ions in water. These are positively charged atoms 
of hydrogen that are very reactive and are responsible 
for all acids behaving in much the same way. Because 
all the hydrogen atoms in hydrogen chloride are con- 
verted into hydrogen ions, hydrochloric acid is called a 
strong acid. Nitric and sulfuric acids are other exam- 
ples of strong acids. 


Early discovery of hydrogen chloride 


The alchemists of medieval times first prepared 
hydrogen chloride by heating ordinary salt ( sodium 
chloride) with iron sulfate. The German chemist 
Johann Glauber (1604-1668) made hydrogen chloride 
by the reaction of salt with sulfuric acid, and this 
became the common method for conveniently prepar- 
ing hydrogen chloride in the laboratory. By passing 
hydrogen chloride gas into water, hydrochloric acid is 
produced. 


Because hydrogen chloride was first prepared 
from salt, hydrochloric acid was originally referred 
to as spirits of salt. Commercially, it was also com- 
monly called muriatic acid, from the Latin muria, 
meaning brine, or salt water. Hydrochloric acid dis- 
solves many substances, and alchemists found the acid 
very useful in their work. For example, it was used to 
dissolve insoluble ores, thereby simplifying the meth- 
ods of chemical analysis to determine the metal con- 
tent of the ores. A mixture of hydrochloric acid and 
nitric acid (known as aqua regia) also became very 
useful since it was the only acid that will dissolve gold. 


Preparation and uses 


Hydrogen chloride can be prepared on an indus- 
trial scale from the reaction of salt with sulfuric acid. It 
is also formed rapidly above 482°F (250°C) by direct 
combination of the elements hydrogen and chlorine, 
and it is generated as a byproduct during the manufac- 
ture of chlorinated hydrocarbons. Hydrochloric acid is 
obtained by passing hydrogen chloride gas into water. 
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Both hydrogen chloride and hydrochloric acid 
have many important practical applications. They 
are used in the manufacture of pharmaceutical hydro- 
chlorides (water soluble drugs that dissolve when 
ingested), chlorine, and various metal chlorides, in 
numerous reactions of organic (carbon containing) 
compounds, and in the plastics and textiles industries. 
Hydrochloric acid is used for the production of fertil- 
izers, dyes, artificial silk, and paint pigments; in 
the refining of edible oils and fats; in electroplating, 
leather tanning, refining, and concentration of 
ores, soap production, petroleum extraction, cleaning 
of metals, and in the photographic and rubber 
industries. 


Small quantities of hydrochloric acid occur in 
nature in emissions from active volcanos and in waters 
from volcanic mountain sources. The acid is also 
present in digestive juices secreted by glands in the 
stomach wall and is therefore an important compo- 
nent in gastric digestion. When too much hydrochloric 
acid is produced in the digestive system, gastric ulcers 
may form. Insufficient secretion of stomach acid can 
also lead to digestion problems. 


See also Acids and bases. 
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l Hydrogen peroxide 


Hydrogen peroxide, HO, is a colorless liquid 
that mixes with water and is widely used as a disinfec- 
tant and a bleaching agent. It is unstable and decom- 
poses (breaks down) slowly to form water and oxygen 
gas. Highly concentrated solutions of hydrogen per- 
oxide are powerful oxidizing agents and can be used as 
rocket fuel. 


Hydrogen peroxide is most widely found in 
homes in brown bottles containing 3% solutions (3% 
hydrogen peroxide and 97% water). The decomposi- 
tion of hydrogen peroxide happens much faster in the 
presence of light so that an opaque bottle helps 
slow this process down. The decomposition of hydro- 
gen peroxide can be summarized by the chemical 
equation: 


2H2O> = 2H,O + O> + heat 


which states that two molecules of hydrogen peroxide 
break down to form two molecules of water and one 
molecule of oxygen gas, along with heat energy. This 
process happens slowly in most cases, but once opened 
a bottle of hydrogen peroxide will decompose more 
rapidly because the built-up oxygen gas is released. A 
totally decomposed bottle of hydrogen peroxide con- 
sists of nothing but water. Old unopened bottles of 
hydrogen peroxide often bulged out from the pressure 
of the oxygen gas that has built up over time. Some 
bottles have been known to “pop” from that pressure 
of the oxygen gas. 


The most common uses of hydrogen peroxide are 
as a bleaching agent for hair and in the bleaching of 
pulp for paper manufacturing, and as a household 
disinfectant. As a bleach, hydrogen peroxide is an 
oxidizing agent (a substance that accepts electrons 
from other molecules). It is becoming more widely 
used than chlorine bleaches in industries because the 
products of its decomposition are water and oxygen 
while the decomposition of chlorine bleaches produces 
poisonous chlorine gas. 


As a disinfectant, hydrogen peroxide is widely 
used on cuts and scrapes, and produces bubbling 
(caused by the formation of oxygen gasmolecules). 
The bubbling is quite rapid on cuts because of the 
presence of an enzyme (a protein catalyst—or mole- 
cule that speeds up a reaction) in blood, known as 
catalase. A similar bubbling can be observed if a 
small amount of hydrogen peroxide is put on a raw 
sliced potato, as the enzyme catalase is also found in 
potatoes. 
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! Hydrogenation 


Hydrogenation is a chemical reaction in which 
hydrogen atoms add to carbon-carbon multiple 
bonds. In order for the reaction to proceed at a prac- 
tical rate, a catalyst is usually needed. Hydrogenation 
reactions are used in many industrial processes as well 
as in the research laboratory and occur in living 
systems. 


The hydrogenation reaction 


Hydrogen gas, H>, can react with a molecule con- 
taining carbon-carbon double or triple bonds. In its 
simplest form, a molecule with one double bond would 
react with one molecule of hydrogen gas. An example 
is shown below. 


H 
H,C=CH, =» H,C—CH, 
catalyst 


Many carbon compounds have triple bonds, and 
in a case such as that, two molecules of hydrogen are 
necessary to completely saturate the carbon com- 
pound with hydrogen. 


H, H) 


HC=CH > H,C=CH, 


> H;C—CH,; 
catalyst 


catalyst 


Hydrogenation of a double or triple carbon-car- 
bon bond will not occur unless the catalyst is present. 
Scientists have developed many catalysts for this kind 
of reaction. Most of them include a heavy metal, such 
as platinum or palladium, in finely divided form. The 
catalyst adsorbs both the carbon compound and 
the hydrogen gas on its surface, in such a way that 
the molecules are arranged in just the right position for 
addition to occur. This allows the reaction to proceed 
at a fast enough rate to be useful. 


Because at least one of the reagents (hydrogen) is a 
gas, often the reaction will occur at an even faster rate 
if it occurs in a pressurized container, at a pressure 
several times higher than atmospheric pressure. 


Hydrogenation in the research laboratory 


The hydrogenation reaction is a useful tool for a 
scientist trying to determine the structure of a new 
molecule. The molecular formula, showing the exact 
number of each kind of atom, can be determined in 
several ways, but discovering the arrangement of these 
atoms requires a large amount of detective work. 
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Hydrogenation 


Sometimes, for example, a new substance is iso- 
lated from a plant, and a chemist needs to determine 
what the structure of this substance is. One method of 
attack is to find out how many molecules of hydrogen 
gas will react with one molecule of the unknown sub- 
stance. If the ratio is, for example, two molecules of 
hydrogen to one of the unknown, the scientist can 
deduce that there are two carbon-carbon double 
bonds, or else one carbon-carbon triple bond in 
each molecule. Other kinds of chemical clues lead to 
the rest of the structure, and help the scientist to decide 
where in the unknown molecule the multiple 
bonds are. 


One of the simplest uses of hydrogenation in the 
research laboratory is to make new compounds. 
Almost any organic molecule that contains multiple 
bonds can undergo hydrogenation, and this some- 
times leads to compounds that were unknown before. 
In this way, scientists have synthesized and examined 
many molecules not found in nature, or not found in 
sufficient quantity. These newly synthesized molecules 
are of use to humanity in a variety of ways. 


Hydrogenation in industry 


Many of the carbon compounds found in crude 
petroleum are of little use. These compounds may 
contain multiple bonds, but can be converted to satu- 
rated compounds by catalytic hydrogenation. This 
process is one source for gasoline that humans use 
today. Other chemicals besides gasoline are made 
from petroleum, and for these, too, the first step 
from crude oil may be hydrogenation. 


Another commercial use of the hydrogenation 
reaction is the production of fats and oils in more 
useful forms. Fats and oils are not hydrocarbons, 
like the simple molecules that have earlier been looked 
at, since they contain oxygen atoms, too. However, 
they do contain long chains of carbon and hydrogen, 
joined together in part by carbon-carbon double 
bonds. Partial hydrogenation of these molecules, so 
that some, but not all of the double bonds react, gives 
compounds with different cooking characteristics, 
more satisfactory for consumers in some situations 
than the original oils. This is the source of the partially 
hydrogenated vegetable oil on the grocery shelf. 


Hydrogenation with respect to such fats and oils 
has been implicated in health problems such as heart 
disease in humans. Hydrogenation converts fat and oil 
molecules to trans-unsaturated fatty acids, usually 
shortened to trans fats). Medical studies have shown 
that trans fats increase bad cholesterol (low-density 
lipoprotein, LDL) while decreasing good cholesterol 
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KEY TERMS 


Addition—A type of chemical reaction in which 
two molecules combine to form a single new 
molecule. 


Adsorb—To attach to the surface of a solid. The 
more finely divided the solid is, the more molecules 
can absorb on its surface. 


Catalyst—Any agent that accelerates a chemical 
reaction without entering the reaction or being 
changed by it. 
Fat—A solid ester of glycerol and long-chain car- 
boxylic acids. 


Le Chatelier’s principle—A statement describing 
the behavior of mixtures undergoing a chemical 
reaction. This principle states that in a chemical 
reaction at its steady state, addition of more of a 
reactant or product will cause the readjustment of 
concentrations to maintain the steady state. 


Oil—A liquid ester of glycerol and long-chain car- 
boxylic acids. 


Organic—A term used to describe molecules con- 
taining carbon atoms. 


Saturation—A molecule is said to be saturated if it 
contains only single bonds, no double or triple 
bonds. 


(high-density lipoprotein, HDL), numbers that show 
increased risk to heart disease and heart attacks 


Biological hydrogenation 


Many chemical reactions within the body require 
the addition of two atoms of hydrogen to a molecule in 
order to maintain life. These reactions are much more 
complex than the ones described above, because hydro- 
gen gas is not found in the body. These kinds of reac- 
tions require carrier molecules, which give up hydrogen 
atoms to the one undergoing hydrogenation. The cata- 
lyst in biological hydrogenation is an enzyme, a com- 
plex protein that allows the reaction to take place in the 
blood, at a moderate temperature, and at a rate fast 
enough for metabolism to continue. 


Hydrogenation reactions can happen to many other 
types of molecules as well. However, the general features 
for all of the reactions are the same. Hydrogen atoms add 
to multiple bonds in the presence of a catalyst, to product 
a new compound, with new characteristics. This new 
compound has different properties than the original mol- 
ecule had. 
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l Hydrologic cycle 


The hydrologic cycle is the continuous circulation 
of water through the environment, which can be 
thought of as a series of hydrologic compartments. 
The most important places in which water occurs are 
the ocean, glaciers, underground aquifers, surface 
waters, and the atmosphere. The total amount of 
water among all of these compartments is a fixed quan- 
tity. However, water moves readily among its various 
compartments through the processes of evaporation 
and transpiration (often combined and referred to as 
evapotranspiration), precipitation, and surface and 
subsurface flows. Each of these compartments receives 
inputs of water and has corresponding outputs, repre- 
senting a flow-through system. If there are imbalances 
between inputs and outputs, there can be significant 
changes in the quantities stored locally or even glob- 
ally. An example of a local change is the drought that 
can occur in soil after a long period without replenish- 
ment by precipitation. An example of a global change 
in hydrology is the increasing mass of continental ice 
that occurs during glacial epochs, an event that can 
remove so much water from the oceanic compartment 
that sea level can decline by more than 328 ft (100 m), 
exposing vast areas of continental shelf for the develop- 
ment of terrestrial ecosystems. 


Major compartments and fluxes of the 

hydrologic cycle 

By far the largest quantity of water occurs in the 
deep lithosphere, which contains an estimated 27 x 


10'® tons (27-billion-billion tons) of water, or 94.7% 
of the global total. The next largest compartment is the 
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oceans, which contain 1.5 x rH ha tons, or 5.2% of the 
total. Ice caps contain 0.019 x 10'* tons, equivalent to 
most of the remaining 0.1% of Earth’s water. 
Although present in comparatively small amounts, 
water in other compartments is important ecologically 
because it is present in places where biological 
processes occur. These include shallow groundwater 
(2.7 x 104 tons), inland surface waters such as lakes 
and rivers [0.27 x 10'* ton], and the atmosphere 
[0.14 x 10’ tons]). 


The smallest compartments of water also tend to 
have the shortest turnover times, because their inputs 
and outputs are relatively large in comparison with the 
mass of water contained in the compartment at any 
time. This is especially true of atmospheric water, 
which receives annual inputs equivalent to 4.8 x 10'* 
tons as evaporation from the oceans (4.1 x 10'* tons/ 
yr) and terrestrial ecosystems (0.65 x 10'* tons/yr), 
and turns over about 34 times per year. These inputs of 
water to the atmosphere are balanced by outputs 
through precipitation of rain and snow, which deposit 
3.7 x 10'* tons of water to the surface of the oceans 
each year, and 1.1 x 10’ tons/yr to the land. 


These data suggest that the continents receive 
67% more water as precipitation than is lost by evap- 
otranspiration from the land. The difference, equiva- 
lent to 0.44 x 10'* tons/yr, is made up by 0.22 x 104 
tons/yr of water discharged to the oceans through 
rivers, and another 0.22 x 10'* tons/yr of subterra- 
nean runoff to the oceans. 


The movement of water through the hydrologic 
cycle is driven by energy gradients. Evaporation 
occurs in response to the availability of thermal energy 
and water vapor concentration gradients. The ulti- 
mate source of energy for almost all natural evapora- 
tion of water on Earth is solar electromagnetic 
radiation. This solar energy is absorbed by surfaces, 
increasing their heat content, and thereby providing a 
source of energy to drive evaporation. In contrast, 
surface water and groundwater flow in response to 
gradients of potential energy. 


Hydrologic cycle of a watershed 


The hydrological cycle of a watershed is a balance 
between water added by precipitation and upstream 
drainage, and water removed by evapotranspiration, 
surface water flow, infiltration into the ground, and 
any internal storage that may occur because of imbal- 
ances of the inputs and outputs. Hydrological budgets 
of landscapes are often studied on the spatial scale of 
watersheds, which are areas in which water flows into 
a stream, river, or lake. 
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Hydrologic cycle 


The simplest watersheds are headwater systems 
that do not receive any drainage from watersheds at 
higher altitude, so the only hydrologic input occurs 
mainly as precipitation. In places where fog is com- 
mon, wind can drive droplets of water vapor into the 
forest canopy and the direct deposition of cloud water 
can also be important. This effect has been measured 
for a foggy conifer forest in New Hampshire, where 
fog water deposition was equivalent to 33 in (84 cm) 
per year, compared with 71 in (180 cm) per year of rain 
and snow. 


Vegetation can have an important influence on 
the rate of evaporation of water from watersheds. 
This hydrologic effect is especially notable for well- 
vegetated ecosystems such as forests, because an 
extensive surface area of foliage supports large rates 
of transpiration. Evapotranspiration refers to the 
combined rates of transpiration from foliage, and 
evaporation from non-living surfaces such as moist 
soil or surface waters. Because transpiration is such 
an efficient means of evaporation, evapotranspiration 
from any well vegetated landscape occurs at much 
larger rates than from any equivalent area of non- 
living surface. 


In the absence of evapotranspiration an equiva- 
lent quantity of water would have to drain from the 
watershed as seepage to deep groundwater or as 
stream flow. Studies of forested watersheds in Nova 
Scotia found that evapotranspiration was equivalent 
to 15-29% of the hydrologic inputs with precipitation. 
Runoff through streams or rivers was estimated to 
account for the other 71-85% of the atmospheric 
inputs of water, because the relatively impervious bed- 
rock in that region prevented significant drainage to 
deep ground water. 


Forested watersheds in seasonal climates display 
large variations in their rates of evapotranspiration 
and stream flow. This effect can be illustrated by the 
seasonal patterns of hydrology for a forested water- 
shed in eastern Canada. The input of water through 
precipitation is 58 in (146 cm) per year, but 18% of this 
arrives as snow, which tends to accumulate on the 
surface as a persistent snowpack. About 38% of the 
annual input is evaporated back to the atmosphere 
through evapotranspiration, and 62% runs off as 
river flow. Although there is little seasonal variation 
in the input of water with precipitation, there are large 
seasonal differences in the rates of evapotranspiration, 
runoff, and storage of groundwater in the watershed. 
Evapotranspiration occurs at its largest rates during 
the growing season of May to October, and runoff is 
therefore relatively sparse during this period. In small 
watersheds in this region, forest streams can become 
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seasonally dry because so much of the precipitation 
and soil water is utilized for evapotranspiration, 
mostly by trees. During the autumn, much of the 
precipitation input serves to recharge the depleted 
groundwater storage, and once this is accomplished 
stream flows increase again. Runoff then decreases 
during winter, because most of the precipitation inputs 
occur as snow, which accumulates on the ground sur- 
face because of the prevailing sub-freezing tempera- 
tures. Runoff is largest during the early springtime, 
when warming temperatures cause the snowpack to 
melt during a short period of time, resulting in a 
pronounced flush of stream and river flow. 


Influences of human activities on the 
hydrologic cycle 


Some aspects of the hydrologic cycle can be 
utilized by humans for a direct economic benefit. For 
example, the potential energy of water elevated above 
the surface of the oceans can be used to generate 
electricity. Hydroelectric resource development, how- 
ever, generally causes large changes in hydrology. This 
is especially true of hydroelectric developments in rel- 
atively flat terrain, which require the construction of 
large storage reservoirs to retain seasonal high-water 
flows, so that electricity can be generated at times that 
suit the peaks of demand. These extensive storage 
reservoirs are artificial lakes, sometimes covering 
tens of thousands of acres. These types of hydroelec- 
tric developments cause changes in river hydrology, 
especially by reducing variations of flow and 
sometimes by unpredictable spillage of water at times 
when the storage capacity of the reservoir is full. Both 
of these hydrologic influences have significant ecolog- 
ical effects, for example, on the habitat of salmon 
and other aquatic biota. In one unusual case, a 
large release of water from a reservoir in northern 
Quebec drowned 10,000 caribou that were trapped 
by the unexpected cascade of water during their 
migration. 


Where the terrain is suitable, hydroelectricity can 
be generated with relatively little modification to the 
timing and volumes of water flow. This is called run- 
of-the-river hydroelectricity, and its hydrologic effects 
are relatively small. The use of geologically warmed 
ground water to generate energy also has small hydro- 
logical effects, because the water is usually reinjected 
into the aquifer. 


Human activities can alter the hydrologic cycle in 
other ways. The volume and timing of river discharges 
can be affected by channeling to decrease the impedi- 
ments to flow. Changing the character of the 
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KEY TERMS 


Evapotranspiration—The evaporation of water 
from a large area, including losses of water from 
foliage as transpiration, and evaporation from non- 
living surfaces, including bodies of water. 


Hydrology—tThe study of the distribution, move- 
ment, and physical-chemical properties of water in 
Earth’s atmosphere, surface, and near-surface crust. 


Precipitation—The deposition from the atmos- 
phere of rain, snow, fog droplets, or any other 
type of water. 


Watershed—The expanse of terrain from which 
water flows into a wetland, water body, or stream. 


watershed by paving, compacting soils, and altering the 
nature of the vegetation generally increases the intensity 
of runoff after rainstorms. Risks of flooding can be 
increased by increasing the rate at which water is shed 
from the land, thereby increasing the magnitude of 
peak flows. Risks of flooding are also increased if ero- 
sion of soils from terrestrial parts of the watershed leads 
to siltation and the development of shallower river 
channels, which then fill up and spill over during high- 
flow periods. Massive increases in erosion are often 
associated with deforestation, especially when natural 
forests are converted into agriculture. 


The quantities of water stored in hydrologic com- 
partments can also be influenced by human activities. 
One example is the mining of groundwater for agricul- 
ture, industry, and municipal consumption. The Ogallala 
aquifer of the southwestern United States, which has 
been drawn down mostly to obtain water for irrigation 
in agriculture, contains so-called fossil water that accu- 
mulated in the aquifer during wetter times. 


Sometimes industrial activities lead to large emis- 
sions of water vapor into the atmosphere, producing a 
local hydrological influence through the development 
of low-altitude clouds and fogs. This effect is mostly 
associated with electric power plants that cool their 
process water using cooling towers. 


A more substantial hydrologic influence on evapo- 
transpiration is associated with large changes in the veg- 
etation within a watershed. This is especially important 
when mature forests are disturbed, for example, by wild- 
fire, clear-cutting, or conversion into farms. Disturbance 
of forests disrupts the capacity of the landscape to sustain 
transpiration, because the amount of foliage is reduced. 
This leads to an increase in stream flow volumes, and 
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sometimes to an increased height of the groundwater 
table. In general, the increase in stream flow after dis- 
turbance of a forest is roughly proportional to the frac- 
tion of the total foliage of the watershed that is removed 
by logging or burning. The influence on transpiration 
and stream flow generally lasts until regeneration of the 
forest restores another canopy with a similar area of 
foliage, which generally occurs after about 5 to 10 
years. However, there can be a longer-term change in 
hydrology if the ecological character of the watershed is 
permanently changed, as occurs when a forest is con- 
verted to agriculture. 
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Bill Freedman 


l Hydrology 


Hydrology is the science of water. It is concerned 
with the occurrence and circulation of water on and 
within Earth, the physical and chemical properties of 
bodies of water, the relationship between water and 
other parts of the environment, and societal or eco- 
nomic aspects of water resources. Hydrology is an 
interdisciplinary field of study, and hydrologists have 
academic backgrounds that include geology, engineer- 
ing, biology, chemistry, geography, soil science, eco- 
nomics, and mathematics. 


The two major sub-disciplines of hydrology are sur- 
face water hydrology, which is concerned with water on 
or at Earth’s surface, and groundwater hydrology 
(sometimes referred to as hydrogeology or geohydrol- 
ogy), which his concerned with the water beneath 
Earth’s surface. Surface water hydrology includes the 
analysis and prediction of floods (as well as the mete- 
orological events that produce them); the transfer of 
water from Earth’s surface to its atmosphere by evapo- 
ration, transpiration, and sublimation; the study of sedi- 
ment erosion, transportation, and deposition by flowing 
water; and investigations of water quality in lakes and 
streams. Groundwater hydrology involves the study of 
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soils and rocks that comprise aquifer systems, the explo- 
ration for new groundwater resources using geological 
and geophysical methods, monitoring groundwater flow 
directions and velocities, and the remediation of conta- 
minated groundwater. 


Atmospheric water, surface water, and ground- 
water are linked together by the hydrologic cycle, 
which describes the continuous movement of water in 
its various forms and phases. The hydrologic cycle has 
no beginning or end. Surface water is transformed from 
a liquid to atmospheric water vapor as it is evaporated 
from open bodies of water and transpired by plants, or 
from solid to vapor by sublimation of snow at high 
elevations. Atmospheric pressure and temperature 
changes then transform the water vapor into liquid or 
solid water that falls to Earth’s surface as rain or snow. 
A portion of the rain and snow is returned to Earth’s 
surface by rivers and streams. Another portion seeps 
into Earth’s crust to become groundwater via a process 
known as infiltration. Groundwater can be pumped 
from aquifers by human intervention or flow naturally 
into surface water bodies by way of seeps and springs. 
In some cases, particularly in arid and semi-arid 
regions, rain can be returned to the atmosphere by 
evaporation before it reaches the ground. This cycle, 
with many variations, occurs continuously as water is 
recycled through the environment. Therefore, one of 
the principal activities of hydrologists is the develop- 
ment of water balances that quantify the different 
components of the water cycle in a particular region. 


Hydrologists rely on many techniques to collect 
the data they need; some are simple and straight- 
forward, such as the measurement of snow depth and 
the discharge of rivers and streams. Others are more 
elaborate, such as the use of remote-sensing techni- 
ques to assess the quantity and quality of water resour- 
ces. The development and application of computer 
models that simulate hydrologic systems is also an 
important aspect of hydrology. 


See also Alluvial systems; Aqueduct; Dams; Envi- 
ronmental impact statement; Evaporation; Flooding; 
Hydrolysis; Water conservation; Water microbiology; 
Water pollution; Water treatment; Watershed. 


I Hydrolysis 


Hydrolysis is a chemical reaction in which water 
(H,0) reacts with another substance to split it into two 
or more new substances. Examples of the process of 
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hydrolysis include the conversion of starch to glucose 
in water under the action of a suitable catalyst; con- 
version of sucrose to fructose and glucose in water in 
the presence of an acidic or enzyme catalyst; conversion 
of fats into fatty acids and glycerol in water in soap 
manufacture; and reactions of dissolved salts in water 
to form various products. Hydrolytic reactions are 
important in many biochemical processes, particularly 
in enzyme-catalyzed reactions such as those used in 
digestion. The processes of hydrolysis and condensa- 
tion are often considered opposite processes since the 
later process brings together (rather than separates) 
two substances while involved with water. 


In each reaction, a water molecule separates into 
H”~ and OH, and the compound being hydrolyzed 
splits into two fragments, A” and B’,where AB repre- 
sents the original (generic) compound. The products 
of hydrolysis are AOH and HB. If, for example, ordi- 
nary sodium chloride (table salt) is placed in water, 
then some of the salt will form sodium and chlorine 
ions. These ions will then combine with the hydrogen 
and hydroxide ions in water to form ionized sodium 
hydroxide (Na* + OH’) and ionized hydrogen chlor- 
ide(H* + Cl). Sodium hydroxide and hydrogen chlor- 
ide essentially exist as ions in solution because they are 
a strong base and strong acid, respectively. Therefore, 
they are neutralized by the hydroxide and hydrogen 
ions, and the resultant solution is neutral. 


Whenever water reacts with another chemical com- 
pound, the process is called hydrolysis. Hydrolysis differs 
somewhat from the process called hydration, although 
the two can occur together. Hydration is the bonding of 
whole water molecules to an ion (a charged atom or 
molecule), usually a metal ion. Hydrolysis, on the other 
hand, involves an actual chemical reaction of the water 
molecule itself with another reactant. Aluminum ion, for 
example, can bond with six water molecules to form the 
hydrated aluminum ion. In water, however, the hydrated 
ion can undergo hydrolysis; some of the hydrated mole- 
cules contribute a hydrogen ion to the solution, making 
the solution acidic. 


Solutions of non-hydrated ions often become 
either acidic or basic because of hydrolysis, too. In 
general, negative ions (anions) form basic solutions if 
they hydrolyze, because the negative charge on the ion 
attracts the positively charged hydrogen ion (H+) 
away from water, leaving the basic hydroxide ion 
(OH-) behind. Similarly, positive ions (cations) form 
acidic solutions if they hydrolyze, because the positive 
charge on the ion attracts the negatively charged 
hydroxide ion away from water, leaving the acidic 
hydrogen ion behind. Hydrolysis of these ions only 
occurs, however, if the ion originally came from a 
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weak acid or base, or the salt of a weak acid or base. (A 
salt is an ionic chemical compound derived from an 
acid or base, often as the result of a neutralization 
reaction.) Ions do not hydrolyze if they are from 
strong acids or bases—such as chloride ion from 
hydrochloric acid or sodium ion from sodium hydrox- 
ide (a base)—or their salts. 


In biochemistry, hydrolysis often involves the 
decomposition of a larger molecule. If a fat undergoes 
hydrolysis, for example, it reacts with water and 
decomposes to glycerol and a collection of fatty acids. 
Similarly, complex sugars can hydrolyze to smaller 
sugars, and nucleotides can hydrolyze to a five carbon 
sugar, a nitrogenous base, and phosphoric acid. 


l Hydroponics 


Hydroponics is the process of growing plants in a 
mixture of mineral nutrients and water; specifically 
without the use of any type of soil. The two major 
features of hydroponics are the use of liquid solutions 
for plant growth and the support of plants with porous 
materials, such as pebbles or gravel, which let the 
nutrients into the roots. Plants usually grow by using 
mineral nutrients from soil and non-mineral nutrients 
from air and water. With the use of hydroponics, 
plants do not get the nutrients usually taken from the 
soil. However, plant physiologists provide each type of 
plant with the correct amount of each nutrient needed 
to grow without soil. 


There are several early examples of hydroponics, 
or soil-free agriculture, including the hanging gardens 
of Babylon and the floating gardens of China and 
Aztec Mexico. Early Egyptian paintings also depict 
the growing of plants in water. 


In 1600, Belgian physicist Jan Baptista van 
Helmont (1579-1644) demonstrated that a willow 
shoot kept in the same soil for five years with routine 
watering gained 160 lb (13 kg) in weight. As it grew 
into a full-sized plant, the soil in the container lost only 
2 oz (57 g). Clearly, the source of most of the plant’s 
nutrition was from the water, not the soil. 


During the 1860s, German scientist Julius von 
Sachs (1832-1897) experimented with growing plants 
in water-nutrient solutions, calling it nutriculture. 
English philosopher Sir Francis Bacon (1561-1626) 
published the book Sy/va Sylvarum, which is the ear- 
liest known book on growing plants without soil. In 
the eighteenth century, solutions containing mineral 
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nutrients were first developed. In the 1860s, German 
botanists Wilhelm Knop and Julius von Sachs modi- 
fied these solutions. Over the following sixty years, 
laboratory experiments were performed in growing 
plants without soil. 


In 1929, American physician William Frederick 
Gericke of the University of California first coined the 
term hydroponics, which means water labor. Gericke 
demonstrated commercial applications for hydro- 
ponics. He became known for his 25-ft (7.6 m) tomato 
plants. Hydroponics has been shown to double crop 
yield over that of regular soil. It can be categorized 
into two subdivisions: water culture, which uses the 
Sachs water-nutrient solution, with the plants being 
artificially supported at the base; and gravel culture, 
which uses an inert medium like sand or gravel to 
support the plants, to which the water-nutrient solu- 
tion is added. 


Hydroponics was used successfully by American 
troops stationed on non-arable islands in the Pacific 
Ocean during the 1940s. In the late 1940s, American 
horticulturists Robert Withrow and Alice Withrow, of 
Purdue University (Indiana), designed a practical 
hydroponic system. Over the twenty years, hydro- 
ponic farms developed in the United States and in 
such countries as France, Germany, Israel, Italy, 
Spain, Sweden, USSR (what is now Russia), and the 
United Kingdom. It has also been used to produce 
foods in such arid countries as Saudi Arabia. In the 
1970s, researcher J. Sholto Douglas worked on what 
he called the Bengal hydroponics system. He sought to 
simplify the methods and equipment involved in 
hydroponics so it could be offered as a partial solution 
for food shortages in India and other developing 
countries. 


Successfully adopted in certain situations, hydro- 
ponics will remain in limited use as long as traditional 
farming methods in natural soil can support the 
world’s population. 


l Hydrosphere 


Hydrosphere refers to that portion of Earth that is 
composed of water. The operates in conjunction with the 
solid crust (lithosphere) and the air that envelopes the 
planet (atmosphere). The derivation of the term hydro- 
sphere is from the Greek words for water and ball. 


Water exists in the three primary states: liquid, 
solid, and gas. On Earth, the ambient temperature 
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and pressure allows for water to exist in all three of 
these states and these state changes are important to the 
cycling of water throughout the hydrosphere. The 
capacity of water to store large quantities of heat 
energy, or its high specific heat capacity, heavily influ- 
ences the global climate. The presence of large bodies of 
liquid water and water vapor in the atmosphere restrict 
the range of temperature fluctuations on Earth. 


Water is constantly being cycled through its vari- 
ous states by means of the hydrologic cycle. Driven by 
solar energy, water is evaporated from the surfaces of 
oceans, lakes and rivers and redistributed around 
Earth as water vapor. Precipitation returns the 
water, in liquid and solid forms, to other parts of the 
planet. In the process, water may interact with the 
atmosphere and lithosphere, or may be utilized by 
organisms within the biosphere. 


Approximately 70% of the surface area of Earth is 
covered by water, with the largest part covered by 
oceans. The total volume of seawater, amounting to 
97.2% of all the water on the planet, is 295,000,000 mi> 
(1,230,000,000 km). Usable freshwater constitutes 
less than 0.5% of all water on Earth. Water in all 
rivers, lakes and streams totals 29,800 mi* (124,200 
km°*). The amount of groundwater that is within 0.5 
mi (0.8 km) of the surface is 960,000 mi? (4,000,000 
km?). Water also exists on Earth in the solid form as 
icecaps and glaciers, occupying a volume of 6,900,000 
mi* (28,600,000 km*). Water vapor in the atmosphere 
occupies a volume of 3,000 mi? (12,700 km?). 


l Hydrothermal vents 


A hydrothermal vent is a geyser that is located on 
the floor of the sea. The first such vent was discovered 
in 1977 on the floor of the Pacific Ocean. Since then, 
vents have been discovered at a variety of locations in 
the Pacific Ocean, Atlantic Ocean, Indian Ocean, and 
even in the water under the polar ice cap. 


The vents tend to be located deep in the ocean. 
For example, in the Atlantic Ocean, some 7,000 ft 
(2,134 m) beneath the surface, hydrothermal vents 
are associated with underwater mountain chain called 
the Mid-Ocean Ridge. This ridge is geologically active 
with an upwelling of hot magma and volcanic activity. 
The tectonic plate movements cause faulting and the 
seawater that enters the cracks is superheated by the 
molten magma. The superheated water and steam and 
spews out through hydrothermal vents. 
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Some vents, known as “black smokers,” spew out 
a black-colored mixture of iron and sulfide. “White 
smokers” eject a whitish mix of barium, calcium, and 
silicon. 


This eruption through the hydrothermal vents is 
continuous, in contrast with the sporadic eruptions of 
surface geysers. The material that emerges from 
hydrothermal vents is extremely hot (up to 750°F 
[398.89°C]) and is very rich in minerals such as sulfur. 
The minerals can precipitate out of solution to form 
chimneys. The construction of a chimney can occur 
quickly. Growth of 30 ft (9 m) in 18 months is not 
unusual. The tallest of these chimneys that has been 
measured was the height of a 15 story building. 


A vibrant community of bacteria, tubeworms that 
are unique to this environment, and other creatures 
exists around hydrothermal vents. The entire ecosys- 
tem is possible because of the activity of the bacteria. 
The work of Holger Jannasch (1927-1998) at the 
Woods Hole Oceanographic Institution, established 
that these bacteria utilize sulfur to produce energy in 
a process of chemosynthesis that does not require 
direct light from the sun. The chemical energy is then 
available for use by the other life forms, which con- 
sume the bacteria, or consume the organisms that rely 
directly on the bacteria for nourishment. For example, 
the tubeworms have no means with which to take in or 
process nutrients. Their existence relies entirely on the 
bacteria that live in their tissues. 


Research lead by scientists at Woods Hole is pro- 
gressing to catalogue the life at hydrothermal vents, 
particularly the bacterial varieties, and to genetically 
compare the bacteria from different locations around 
the globe. An expedition planned for 2007 will for the 
first time study the hydrothermal vents in the Arctic 
Ocean. 


l Hydrozoa 


Hydrozoa is a class within the phylum Cnidaria, 
which includes sea anemones, corals, and jellyfish. The 
vast majority are marine species, but freshwater 
hydrozoans are known, for example, Cordylophora 
lacustris and Craspedacusta sowerbyi. 


Two main body forms exist in hydrozoans: a poly- 
poid structure which is sessile, remaining in the same 
place, and a medusoid form which is free-swimming. 
The polyp consists of a stalklike structure that bears a 
number of tentacles surrounding a mouth. The medusa 
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KEY TERMS 


Medusoid—The generative bud of a sessile hydro- 
zoa that resembles a Medusa’s head. 


Pelagic—Refers to the open ocean. 


Polyp—Mature hydrozoa distinguished by a cylin- 
drical body that has an oral opening surrounded by 
tentacles and an arboreal end that may be fixed in 
substrate. 


Sessile—Attached to a firm substrate. 


is a bell-like structure, with the tentacles surrounding 
the mouth underneath. Some species are solitary, but 
the majority is colonial. In the latter, the colony arises 
from a single basal root, which rests on the substrate 
and from which individual polyps arise. Both colonial 
and individual species lack a hard outer skeleton. 


A special feature among colonial species is the 
presence of individual polyps that perform separate 
roles. Some polyps are, for example, specialized for 
feeding (gastrozooids), while others are responsible 
for reproduction (gonozooids) or defense. While 
most colonial sessile species are small and feed by 
filtering zooplankton from the surrounding water cur- 
rents, some of the medusoid forms are quite large and 
capable of feeding on small fish. Floating pelagic spe- 
cies such as Porpita and Velella, or the by-the-wind- 
sailor, as it is commonly known, resemble small jelly- 
fish and may reach 1.5-2.5 in (4-6 cm) in diameter. 
These are colonial species made up of large numbers of 
gastrozooids and gonozooids; the body is modified 
into a flattened structure with a float on the upper 
surface to provide buoyancy. Some species, such as 
Velella have an additional small “sail” on the upper 
surface to catch the wind and assist further with 
dispersal. 


[ Hyena 


Hyenas (or hyaenas) are African and Asian dog-like 
carnivores in the family Hyaenidae, order Carnivora, 
the order that also includes the dogs, cats, seals, and 
bears. Hyenas are very powerfully built animals with a 
stout head, a short snout, short ears, and powerful jaws 
with strong teeth, useful for crushing bones to get at the 
nutrients contained inside. The neck of the hyena is 
rather elongate, and the hind legs are somewhat smaller 
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and lower than the forelegs. The four-toed paws have 
nonretractable claws, used for digging their burrows, or 
for gripping the ground while tearing away at the carcass 
of a dead animal. The fur is coarse and mostly com- 
prised of guard hairs, and some species have a relatively 
long mantle on the back of the neck, which can be 
erected as an aggressive display. 


Hyenas commonly feed on carrion, and on the 
remains of the kills of larger predators. Hyenas find 
the kills of others by using their keen sense of smell, 
and by observing the movements of large predators 
and scavenging birds, such as vultures. Spotted hyenas 
are particularly capable predators, often hunting in 
packs, and can take down prey that is considerably 
larger than themselves, even as large as domestic cat- 
tle. Striped hyenas have been reported to scavenge 
human bodies that are not buried deeply enough. 
When wild food is scarce, the larger spotted hyena 
will sometimes attack and kill people. 


Hyenas are social animals, living in groups and 
hunting and scavenging in packs. Mature female hye- 
nas can give birth once each year, to a litter of three or 
four brown cubs. 


Hyenas tend to be nocturnal prowling animals, 
usually resting near their rocky lairs or burrow open- 
ings during the day. However, they are sometimes 
active during the day, although not when it is intensely 
hot. As they move about, especially at night, hyenas 
commonly make diverse noises such as barking and 
hysterical laughing, which are unsettling to many 
people. 


Many people consider hyenas to be ugly and 
offensive creatures, because of their outward appear- 
ance—a crooked-legged stance, strange face, raucous 
noises, rough pelage, apparent cowardice, smelliness, 
and scavenging habits. Hyenas are commonly consid- 
ered to be pests, because they sometimes kill livestock, 
they occasionally attack people, and because they are 
just generally disliked. For these reasons, hyenas are 
often killed by shooting or poisoning. However, hye- 
nas play an important role as scavengers and cullers- 
of-the-weak in their ecosystem. Hyenas should be 
respected for their provision of this valuable service, 
as well as for their intrinsic value as wild animals. 


Species of hyena 


The spotted or laughing hyena (Crocuta crocuta) 
is the largest species of hyena, occurring in open hab- 
itats throughout sub-Saharan Africa. Adults of this 
species typically weigh 130-180 Ib (59-82 kg), and have 
a gray-red coat with numerous dark brown spots. The 
spotted hyena does not have a mane on the back of its 
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Pack of hyenas feeding on a zebra. (Leonard Lee Rue, III. Photo Researchers, Inc.) 


neck. This animal is said to have the strongest jaws and 
teeth in proportion to its size of any animal; it can 
crack the largest bones of even cow-sized animals to 
get at the nutritious marrow inside. The spotted hyena 
lives in large, territory-holding groups. These animals 
are sometimes solitary hunters, but they usually hunt 
in packs. 


The spotted hyena was long thought to mostly eat 
carrion, but closer study of the habits of this nocturnal 
predator has shown that it is an efficient hunter. 
Spotted hyenas are often seen waiting, in accompani- 
ment with vultures and jackals, while lions eat their fill 
of a recently killed animal. However, in many of these 
cases it is likely that the hyenas actually did the killing 
at night, but were then quickly chased off the carcass 
by the lions. In these situations, the hyenas must 
patiently wait until the lions finished their scavenging 
of the hyena kill, before the actual hunter can eat. 


Interestingly, in many places spotted hyenas and 
lions have developed a deep, mutual enmity for each 
other. Lions can be quite intolerant of nearby hyenas, 
and will often chase and sometimes kill these animals, 
although they do not eat them. There are also cases in 
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which groups of hyenas have cornered individual or 
pairs of lions, forcing them to climb a tree for refuge, 
and sometimes killing the large cats. Reciprocal, lethal 
rivalry of this sort is rare among wild animals, but 
considering the feeding relationships of these particu- 
lar species, it is not too surprising that this unusual 
behavior has developed. 


It is virtually impossible to determine the sex of a 
spotted hyena, because the external genitalia of the 
female mimic those of the male, and are virtually 
identical in form. A traditional myth about this animal 
described how any hyena could act as a male or female 
(that is, as a hermaphrodite), and this was why these 
animals laugh so raucously. 


The striped hyena (Hyaena hyaena) ranges from 
central Africa to southwestern Asia and Asia Minor. 
It weighs about 59-119 Ib (27-54 kg), and has a gray 
coat with darker stripes and a dark mane. The brown 
hyena (Hyaena brunnea) is a closely related, similar- 
sized species with a rather long, heavy, uniformly 
brown coat and mane. The brown hyena occurs in 
southern Africa. This species is becoming quite rare 
because it is being exterminated by farmers, who 
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KEY TERMS 


Carrion—A dead animal carcass, left over from the 
kill of a predator or dying from natural causes. 


erroneously believe that the brown hyena preys on 
livestock. 


Both of these species are considerably smaller and 
less powerful than the spotted hyena, and they are not 
very social animals, foraging as individuals or in 
groups of two. The striped and brown hyenas are 
nocturnal, and feed mostly on carrion, crushing the 
bones to obtain nourishment from even the most 
picked-over carcass. They also occasionally prey 
upon small mammals. The aardwolf (Proteles crista- 
tus) is an uncommon, hyena-like animal of the grass- 
lands and savannas of southern and eastern Africa. 
This species is much smaller and less powerful than the 
true hyenas. The jaws and teeth of the aardwolf are 
relatively small and quite unlike the bone-crushing 
apparatus of the hyenas, but useful in feeding on 
small, soft prey such as the insects that are the main 
food of this animal. The fur of the aardwolf is 
relatively long and yellow-gray, with dark stripes, 
an erectile mane, and a bushy, black-tipped tail. 
The aardwolf lives in burrows that it usually excavates 
itself, a trait that is likely the origin of its common 
name, which is derived from the Afrikaans words 
for “earth wolf.” The aardwolf largely feeds noctur- 
nally on termites and the larvae of other insects, 
although it sometimes feeds on carrion, and may 
occasionally prey on small animals. If cornered by 
a threatening predator, the aardwolf emits a foul- 
smelling scent from its anal glands as a means of self- 
defense. 


See also Carnivore; Scavenger. 
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! Hyperbola 


A hyperbola is a curve formed by the intersection 
of a right circular cone and a plane (see Figure 1). 
When the plane cuts both nappes of the cone, the 
intersection is a hyperbola. Because the plane is cut- 
ting two nappes, the curve it forms has two U-shaped 
branches opening in opposite directions. 


Other definitions 


A hyperbola can be defined in several other ways, 
all of them mathematically equivalent: 


1. A hyperbola is a set of points P such that PF, - 
PF, = +C, where C is a constant and F, and F> are 
fixed points called the “foci” (see Figure 2). That is, a 
hyperbola is the set of points the difference of whose 
distances from two fixed points is constant. The pos- 
itive value of + C gives one branch of the hyperbola; 
the negative value, the other branch. 


2. A hyperbola is a set of points whose distances 
from a fixed point (the “focus”) and a fixed line (the 
“directrix”) are in a constant ratio (the “eccentricity”). 
That is, PF/PD = e (see Figure 3). For this set of 
points to be a hyperbola, e has to be greater than 
1. This definition gives only one branch of the 
hyperbola. 


3. A hyperbola is a set of points (x,y) on a 
Cartesian coordinate plane satisfying an equation of 
the form x*/A? - y*/B* = + 1. The equation xy = k 
also represents a hyperbola, but of eccentricity not 
equal to 2. Other second-degree equations can repre- 
sent hyperbolas, but these two forms are the simplest. 
When the positive value in + 1 is used, the hyperbola 
opens to the left and right. When the negative value is 
used, the hyperbola opens up and down. 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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Features 


When a hyperbola is drawn as in Figure 4, the line 
through the foci, F, and Fs, is the “transverse axis.” V, 
and V> are the “vertices,” and C the “center.” The 
transverse axis also refers to the distance, V,V>, 
between the vertices. 


The ratio CF,/CV, (or CF 3/CV3) is the “eccen- 
tricity” and is numerically equal to the eccentricity ein 
the focus-directrix definition. 


The lines CR and CQ are asymptotes. An asymp- 
tote is a straight line which the hyperbola approaches 
more and more closely as it extends farther and farther 
from the center. The point Q has been located so that it 
is the vertex of a right triangle, one of whose legs is 
CV>, and whose hypotenuse CQ equals CF. The 
point R is similarly located. 


The line ST, perpendicular to the transverse axis 
at C, is called the “conjugate axis.” The conjugate axis 
also refers to the distance ST, where SC = CT = QV>. 


A hyperbola is symmetric about both its trans- 
verse and its conjugate axes. 


When a hyperbola is represented by the equation 
x°/A? - y?/B* = 1, the x-axis is the transverse axis and 
the y-axis is the conjugate axis. These axes, when 
thought of as distances rather than lines, have lengths 
2A and 2B respectively. The foci are at 


VA? + B’, 0 and VA’ + B’, 0; 
the eccentricity is 
VA? + B? 
A 


The equations of the asymptotes are y = Bx/A 
and y = -Bx/A. (Notice that the constant 1 in the 
equation above is positive. If it were -1, the y-axis 
would be the transverse axis and the other points 
would change accordingly. The asymptotes would be 
the same, however. In fact, the hyperbolas x*/A? - y*/ 
B* = | and x?/A? - y*/B? = -1 are called “conjugate 
hyperbolas.”) Hyperbolas whose asymptotes are per- 
pendicular to each other are called “rectangular” 
hyperbolas. The hyperbolas xy = k and x?- y? = + C” 
are rectangular hyperbolas. Their eccentricity is £2. 
Such hyperbolas are geometrically similar, as are all 
hyperbolas of a given eccentricity. 


If one draws the angle F;PF>2 the tangent to the 
hyperbola at point P will bisect that angle. 


Drawing hyperbolas 


Hyperbolas can be sketched quite accurately by 
first locating the vertices, the foci, and the asymptotes. 
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Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 6. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Starting with the axes, locate the vertices and foci. 
Draw a circle with its center at C, passing through 
the two foci. Draw lines through the vertices perpen- 
dicular to the transverse axis. This determines four 
points, which are corners of a rectangle. These diago- 
nals are the asymptotes. 


Using the vertices and asymptotes as guides, 
sketch in the hyperbola as shown in Figure 5. The 
hyperbola approaches the asymptotes, but never quite 
reaches them. Its curvature, therefore, approaches, 
but never quite reaches, that of a straight line. 


If the lengths of the transverse and conjugate axes 
are known, the rectangle in Figure 5 can be drawn 
without using the foci, since the rectangle’s length 
and width are equal to these axes. 


One can also draw hyperbolas by plotting points 
on a coordinate plane. In doing this, it helps to draw 
the asymptotes, whose equations are given above. 


Uses 


Hyperbolas have many uses, both mathematical 
and practical. The hyperbola y = 1/x is sometimes 
used in the definition of the natural logarithm. In 
Figure 6 the logarithm of a number n is represented 
by the shaded area, that is, by the area bounded by the 
x-axis, the line x = 1, the line x = n, and the hyper- 
bola. Of course one needs calculus to compute this 
area, but there are techniques for doing so. 


The coordinates of the point (x,y) on the hyper- 
bola x*- y> = 1 represent the hyperbolic cosine and 
hyperbolic sine functions. These functions bear the 
same relationship to this particular hyperbola that 
the ordinary cosine and sine functions bear to a unit 
circle: 


x = coshu = (eU + e")2 
y = sinhu = (eV -e%)2 


Unlike ordinary sines and cosines, the values of 
the hyperbolic functions can be represented with sim- 
ple exponential functions, as shown above. That these 
representations work can be checked by substituting 
them in the equation of the hyperbola. The parameter 
u is also related to the hyperbolas. It is twice the 
shaded area in Figure 7. 


The definition PF, - PF, = +C, ofa hyperbola is 
used directly in the LORAN navigational system. A 
ship at P receives simultaneous pulsed radio signals 
from stations at A and B. It cannot measure the time it 
takes for the signals to arrive from each of these sta- 
tions, but it can measure how much longer it takes for 
the signal to arrive from one station than from the 
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Figure 7. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 8. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


other. It can therefore compute the difference PA - PB 
in the distances. This locates the ship somewhere along 
a hyperbola with foci at A and B, specifically the 
hyperbola with that constant difference. In the same 
way, by timing the difference in the time it takes to 
receive simultaneous signals from stations B and C, it 
can measure the difference in the distances PB and PC. 
This puts it somewhere on a second hyperbola with 
Band Cas foci and PC - PB as the constant difference. 
The ship’s position is where these two hyperbolas cross 
(Figure 8). Maps with grids of crossing hyperbolas are 
available to the ship’s navigator for use in areas served 
by these stations. 


Resources 


BOOKS 


Gullberg, Jan, and Peter Hilton. Mathematics: From the 
Birth of Numbers. W.W. Norton & Company, 1997. 
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KEY TERMS 


Foci—Two fixed points on the transverse axis of a 
hyperbola. Any point on the hyperbola is always a 
fixed amount farther from one focus than from the 
other. 


Hyperbola—A conic section of two branches, sat- 
isfying one of several definitions. 


Vertices—The two points where the hyperbola 
crosses the transverse axis. 


Hahn, Liang-shin. Complex Numbers and Geometry. 2nd ed. 
The Mathematical Association of America, 1996. 

Hilbert, D. and Cohn-Vossen, S. Geometry and the 
Imagination. New York: Chelsea Publishing Co. 1952. 

Larson, Ron. Calculus With Analytic Geometry. Boston: 
Houghton Mifflin College, 2002. 


J. Paul Moulton 


l Hypertension 


Hypertension is high blood pressure. Blood pres- 
sure is the force of blood pushing against the walls of 
arteries as it flows through them. Arteries are the 
blood vessels that carry oxygenated blood from the 
heart to the body’s tissues. According to the U.S. 
Centers for Disease Control and Prevention (CDC), 
in 2004, hypertension killed over 2,900 people in the 
United States; which relates to about 7.8 people per 
100,000 in the U.S. population. 


As blood flows through arteries it pushes against 
the inside of the artery walls. The more pressure the 
blood exerts on the artery walls, the higher the blood 
pressure will be. The size of small arteries also affects 
the blood pressure. When the muscular walls of 
arteries are relaxed, or dilated, the pressure of the 
blood flowing through them is lower than when the 
artery walls narrow, or constrict. 


Blood pressure is highest when the heart beats to 
push blood out into the arteries. When the heart relaxes 
to fill with blood again, the pressure is at its lowest 
point. Blood pressure when the heart beats is called 
systolic pressure. Blood pressure when the heart is at 
rest is called diastolic pressure. When blood pressure is 
measured, the systolic pressure is stated first and the 
diastolic pressure second. Blood pressure is measured 
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Effects of hypertension on the heart (right) and kidney (left). 
(Dr. E. Walker. Photo Researchers, Inc.) 


in millimeters of mercury (mm Hg). For example, if a 
person’s systolic pressure is 120 and diastolic pressure 
is 80, it is written as 120/80 mm Hg. The American 
Heart Association considers blood pressure less than 
140 over 90 normal for adults. 


Hypertension is a major health problem, espe- 
cially because it has no symptoms. Many people have 
hypertension without knowing it. In the United States, 
about 50 million people age six years and older have 
high blood pressure. Hypertension is more common in 
men than women and in people over the age of 65 
years than in younger persons. More than half of all 
Americans over the age of 65 years have hypertension. 
It is also more common in African-Americans than in 
white Americans. 


History 


Attempts to find effective ways to treat hyperten- 
sion led researchers to uncover the methods by which 
the body regulates blood pressure; knowledge of that 
process is still evolving. In 1898, physiologists Robert 
Adolf Tigerstedt (1853-1923) and Per Gustaf Bergman 
(1874-1955) found that an enzyme produced by the 
kidneys affected blood pressure. American pathologist 
Henry Goldblatt (1891-1977) and colleagues confirmed 
the role of the kidneys in 1934, producing hypertension 
in dogs by constricting the kidney arteries. In 1940, 
Braun-Menendez in Argentina and Irvine Page and 
Oscar Helmer at the Cleveland Clinic in Ohio found 
that renin, the kidney enzyme, catalyzed the formation 
of angiotensin, a very potent vasoconstrictor (a sub- 
stance that causes blood vessels to contract). In the 
1950s, researchers discovered that renin causes the pro- 
duction of angiotensin I, which has little physiological 
effect but is stimulated by angiotensin converting 
enzyme to produce the vessel-constricting angiotensin 
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II. In the 1960s, F. Gross and others further found that 
angiotensin stimulates production of the hormone 
aldosterone by the adrenal glands, which in turn pro- 
motes retention of sodium and water, boosting the fluid 
content of the circulatory system and, thus, the pressure 
on blood vessel walls. Angiotensins were also shown to 
act on the nervous system, stimulating release of the 
neurotransmitter norepinephrine, which signals the 
arterioles to constrict. This complex is called the renin- 
angiotensin-aldosterone system. Exactly why the sys- 
tem malfunctions to produce hypertension is not yet 
known, except in the approximately 10% of cases in 
which high blood pressure is the result of specific, 
known physical disorders, particularly of the kidneys 
and adrenal glands. 


Effective drug treatments to control high blood pres- 
sure were not developed until after World War II (1939- 
1945), although some early attempts at drug treatment 
were made. French surgeon Mathieu Jaboulay (1860- 
1913), in 1900, reported on his drastic approach to alle- 
viate severe hypertension: sympathectomy, or the cutting 
of the nerves that stimulate blood vessel constriction. 
Two American doctors took a dietary approach; 
Frederick Allen promoted salt and water restriction in 
1920, and Walter Kempner (1903-1997) put patients ona 
no-salt rice diet in the 1940s. 


The modern era of drug treatment for hypertension 
began with the introduction of reserpine in 1953. 
Reserpine was first derived from the snakeroot plant, 
Rauwolfia serpentina, long used by medical practitioners 
in India, both to lower blood pressure and induce relax- 
ation. Rauwolfia was first mentioned in Western medical 
literature in a 1563 Portuguese work, but it was not 
studied seriously by Western-trained Indian physicians 
until 1931. The results of a clinical trial published by 
Dr. Rustom Jal Vakil (1911-1974) in 1949 caught the 
attention of Dr. Robert Wilkins, director of the hyper- 
tension clinic at Massachusetts General Hospital. 
Wilkins confirmed the hypotensive (anti-hypertensive) 
effect of Rauwolfia in 1952. The active ingredient was 
soon isolated and named reserpine; it was synthesized in 
1956 by Robert Burns Woodward of Harvard University 
(Massachusetts). Reserpine was the first antihyperten- 
sive drug to achieve wide clinical use because of its 
nearly universal effectiveness. (It acts by interfering 
with transmission of norepinephrine.) It was also 
widely sold as a tranquilizer. 


Other drugs took the place of reserpine as manu- 
facturers and researchers focused their attention on anti- 
hypertensives beginning in the 1950s. The discovery of 
the first thiazide diuretic, benzothiadiazine, was reported 
in 1957 by the drug company Merck, Sharp and Dohme. 
Thiazide diuretics, which increase excretion of sodium 


2221 


uolsua}jadAH 


Hypertension 


chloride and water by stimulating the flow of urine, are 
widely used today to lower blood pressure. They may be 
taken in combination with methyldopa, an antihyper- 
tensive introduced in 1963, or with the beta-blockers, a 
new class of drugs that came on the market in 1964. 
James Black, senior pharmacologist at Imperial 
Chemical Industries of Great Britain, was responsible 
for the development of the first beta blocker, proprano- 
lol. American biochemist Raymond Ahlquist had sug- 
gested that epinephrine and norepinephrine transmit 
their signals—which cause an increase in heart rate and 
stronger contractions of the heart and blood vessels—to 
beta receptor sites on the heart muscle. In 1957, Black 
noted reports of a drug that blocked the stimulating 
effects of adrenaline on the heart, and set about creating 
a new chemical compound that would block the effects 
of epinephrine and norepinephrine at the beta receptor 
sites. This was accomplished by 1960, with the improved 
beta-blocker propranolol appearing in 1964. Beta block- 
ers are now widely used to treat both angina and high 
blood pressure. 


Two other antihypertensives were introduced in the 
1980s. Calctum channel blockers work by blocking the 
channel that carries calctum to muscle cells; since cal- 
cium is required for contraction of the muscles in artery 
walls and affects the rate at which the heart beats, low- 
ering calcium levels in muscle also lowers blood pres- 
sure. ACE (angiotensin converting enzyme) inhibitors 
interfere with the effect of an enzyme that stimulates 
angiotensin I to convert to the powerful vasoconstrictor 
angiotensin II and that also promotes the destruction of 
bradykinin, a powerful vasodilator (a substance that 
promotes the relaxation of blood vessels). Ferreira and 
his coworkers first found BPFs, factors that intensify the 
body’s reaction to bradykinin, in the venom of pit vipers 
in the 1960s. The BPFs inhibited the action of an enzyme 
that Erdos and associates showed was identical to angio- 
tensin converting enzyme. BPFs were then synthesized, 
and in 1977 Cushman and his colleagues developed the 
first orally effective ACE inhibitor, captopril. Recently, 
it has been discovered that ACE inhibitors also reduce 
the rate of heart failure and progress of heart disease 
following heart attack. 


Other drug treatments include sympathetic (adre- 
nergic) nervous system blockers, which inhibit the 
sympathetic nervous system; vasodilators, which 
lower vascular resistance by dilating the blood vessels; 
and HMG-CoA reductase inhibitors, which are used 
with dietary modifications to reduce cholesterol levels. 
However, drug therapy, which usually includes side 
effects, is not the only way to treat hypertension. From 
the 1970s on, doctors have recommended exercise, 
weight loss, eliminating smoking, stress reduction, 
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and a diet low in sodium, caffeine, alcohol, and cho- 
lesterol as a means of lowering blood pressure. 


Advances are also being made in discovering the 
biological roots of hypertension. For example, in 1998 
researchers reported that glucocorticoid (a specific 
group of corticoids, or adrenal cortex steroids) abnor- 
malities may play a role in familial disposition to 
hypertension. Investigators also identified two onco- 
genes that may be related to sodium-related hyperten- 
sion by affecting how sodium is released or retained by 
sodium channels in the kidneys. Variations of an ACE 
(angiotensin converting enzyme) gene, which encodes 
for an enzyme that helps regulate blood volume and 
controls salt and water balance, have also been linked 
to hypertension in men but not women. 


Complications 


Hypertension is serious because people with the 
condition have a higher risk for heart disease and 
other medical problems than people with normal 
blood pressure. Serious complications can be avoided 
by getting regular blood pressure checks and treating 
hypertension as soon as it is diagnosed. 


If left untreated, hypertension can lead to the 
following medical conditions: 


- Arteriosclerosis, also called atherosclerosis, 
- Heart attack, 

- Stroke, 

- Enlarged heart, and 

- Kidney damage. 


Arteriosclerosis is hardening of the arteries. The 
walls of arteries have a layer of muscle and elastic tissue 
that makes them flexible and able to dilate and con- 
strict as blood flows through them. High blood pres- 
sure can make the artery walls thicken and harden. 
When artery walls thicken, the inside of the blood 
vessel narrows. Cholesterol and fats are more likely to 
build up on the walls of damaged arteries, making them 
even narrower. Blood clots can also get trapped in 
narrowed arteries, blocking the flow of blood. 


Arteries narrowed by arteriosclerosis may not 
deliver enough blood to organs and other tissues. 
Reduced or blocked blood flow to the heart can cause 
a heart attack. If an artery to the brain is blocked, a 
stroke can result. 


Hypertension makes the heart work harder to 
pump blood through the body. The extra workload 
can make the heart muscle thicken and stretch. When 
the heart becomes too enlarged it cannot pump 
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enough blood. If the hypertension is not treated, the 
heart may fail. 


The kidneys remove the body’s wastes from the 
blood. If hypertension thickens the arteries to the 
kidneys, less waste can be filtered from the blood. As 
the condition worsens, the kidneys fail and wastes 
build up in the blood. Dialysis or a kidney transplant 
are needed when the kidneys fail. About 25% of peo- 
ple who receive kidney dialysis have kidney failure 
caused by hypertension. 


Causes and symptoms 


Many different actions or situations can normally 
raise blood pressure. Physical activity can temporarily 
raise blood pressure. Stressful situations can make 
blood pressure go up. When the stress goes away, 
blood pressure usually returns to normal. These tem- 
porary increases in blood pressure are not considered 
hypertension. A diagnosis of hypertension made only 
when a person has multiple high blood pressure read- 
ings over a period of time. 


The cause of hypertension is not known in 90 to 
95% of the people who have it. Hypertension without a 
known cause is called primary or essential hypertension. 


When a person has hypertension caused by 
another medical condition, it is called secondary 
hypertension. Secondary hypertension can be caused 
by a number of different illnesses. Many people with 
kidney disorders have secondary hypertension. The 
kidneys regulate the balance of salt and water in the 
body. If the kidneys cannot rid the body of excess salt 
and water, blood pressure goes up. Kidney infections, 
a narrowing of the arteries that carry blood to the 
kidneys, called renal artery stenosis, and other kidney 
disorders can disturb the salt and water balance. 


Cushing syndrome and tumors of the pituitary 
and adrenal glands often increase levels of the adrenal 
gland hormones cortisol, adrenalin, and aldosterone, 
which can cause hypertension. Other conditions that 
can cause hypertension are blood vessel diseases, thy- 
roid gland disorders, some prescribed drugs, alcohol- 
ism, and pregnancy. 


Even though the cause of most hypertension is not 
known, some people have risk factors that give them a 
greater chance of getting hypertension. Many of these 
risk factors can be changed to lower the chance of 
developing hypertension or as part of a treatment 
program to lower blood pressure. 


Risk factors for hypertension include: 


- Age over 60 years, 
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« Male gender, 

« Race, 

- Heredity, 

+ Salt sensitivity, 

- Obesity, 

- Inactive lifestyle, 

- Heavy alcohol consumption, and 
- Use of oral contraceptives. 


Some risk factors for getting hypertension can be 
changed, while others cannot. Age, male gender, and 
race are risk factors that a person cannot do anything 
about. Some people inherit a tendency to get hyper- 
tension. People with family members who have hyper- 
tension are more likely to develop it than those whose 
relatives are not hypertensive. A person with these risk 
factors can avoid or eliminate the other risk factors to 
lower their chance of developing hypertension. 


Diagnosis 


Because hypertension does not cause symptoms, it 
is important to have blood pressure checked regularly. 
Blood pressure is measured with an instrument called 
a sphygmomanometer. A cloth-covered rubber cuff is 
wrapped around the upper arm and inflated. When the 
cuff is inflated, an artery in the arm is squeezed to 
momentarily stop the flow of blood. Then, the air is 
let out of the cuff while a stethoscope placed over the 
artery is used to detect the sound of the blood spurting 
back through the artery. This first sound is the systolic 
pressure, the pressure when the heart beats. The last 
sound heard as the rest of the air is released is the 
diastolic pressure, the pressure between heart beats. 
Both sounds are recorded on the mercury gauge on the 
sphygmomanometer. 


Normal blood pressure is defined by a range of 
values. Blood pressure lower than 140/90 mm Hg is 
considered normal. A blood pressure around 120/80 
mm Hg is considered the best level to avoid heart 
disease. A number of factors such as pain, stress, or 
anxiety can cause a temporary increase in blood pres- 
sure. For this reason, hypertension is not diagnosed on 
one high blood pressure reading. If a blood pressure 
reading is 140/90 or higher for the first time, the physi- 
cian will have the person return for another blood 
pressure check. Diagnosis of hypertension usually is 
made based on two or more readings after the first visit. 


Systolic hypertension of the elderly is common 
and is diagnosed when the diastolic pressure is normal 
or low, but the systolic is elevated, e.g., 170/70 mm Hg. 
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Hypertension 


This condition usually co-exists with hardening of the 
arteries (atherosclerosis). 


Blood pressure measurements are classified in 
stages, according to severity: 


« Normal blood pressure: less than 130/85 mm Hg, 

- High normal: 130 to 139/85 to 89 mm Hg, 

- Mild hypertension: 140 to 159/90 to 99 mm Hg, 

- Moderate hypertension: 160 to 179/100 to 109 mm Hg, 
- Severe hypertension: 180 to 209/110 to 119, and 

- Very severe hypertension: 210/120 or higher. 


A typical physical examination to evaluate hyper- 
tension includes: 


- Medical and family history, 
- Physical examination, 


- Ophthalmoscopy: Examination of the blood vessels 
in the eye, 


- Chest x-ray, 
- Electrocardiograph (ECG), and 
- Blood and urine tests. 


The medical and family history help the physician 
determine if the patient has any conditions or disor- 
ders that might contribute to or cause the hyperten- 
sion. A family history of hypertension might suggest a 
genetic predisposition for hypertension. 


The physical examination may include several 
blood pressure readings at different times and in 
different positions. The physician uses a stethoscope 
to listen to sounds made by the heart and blood flowing 
through the arteries. The pulse, reflexes, height, and 
weight are checked and recorded. Internal organs are 
palpated, or felt, to determine if they are enlarged. 


Because hypertension can cause damage to the 
blood vessels in the eyes, the eyes may be checked 
with a instrument called an ophthalmoscope. The 
physician will look for thickening, narrowing, or hem- 
orrhages in the blood vessels. 


A chest x ray can detect an enlarged heart, other 
vascular (heart) abnormalities, or lung disease. 


An electrocardiogram (ECG) measures the elec- 
trical activity of the heart. It can detect if the heart 
muscle is enlarged and if there is damage to the heart 
muscle from blocked arteries. 


Urine and blood tests may be done to evaluate 
health and to detect the presence of disorders that 
might cause hypertension. 
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Treatment 


There is no cure for primary hypertension, but 
blood pressure can almost always be lowered with the 
correct treatment. The goal of treatment is to lower 
blood pressure to levels that will prevent heart disease 
and other complications of hypertension. In secondary 
hypertension, the disease that is responsible for the 
hypertension is treated in addition to the hypertension 
itself. Successful treatment of the underlying disorder 
may cure the secondary hypertension. 


Treatment to lower blood pressure usually 
includes changes in diet, getting regular exercise, and 
taking antihypertensive medications. Patients with 
mild or moderate hypertension who do not have dam- 
age to the heart or kidneys may first be treated with 
lifestyle changes. 


Lifestyle changes that may reduce blood pressure 
by about 5 to 10 mm Hg include: 


- Reducing salt intake, 

- Reducing fat intake, 

- Losing weight, 

- Getting regular exercise, 

- Quitting smoking, 

- Reducing alcohol consumption, and 
- Managing stress. 


Patients whose blood pressure remains higher 
than 139/90 will most likely be advised to take anti- 
hypertensive medication. Numerous drugs have been 
developed to treat hypertension. The choice of medi- 
cation will depend on the stage of hypertension, side 
effects, other medical conditions the patient may have, 
and other medicines the patient is taking. 


Patients with mild or moderate hypertension 
are initially treated with monotherapy, a single antihy- 
pertensive medicine. If treatment with a single medicine 
fails to lower blood pressure enough, a different med- 
icine may be tried or another medicine may be added to 
the first. Patients with more severe hypertension may 
initially be given a combination of medicines to control 
their hypertension. Combining antihypertensive medi- 
cines with different types of action often controls blood 
pressure with smaller doses of each drug than would be 
needed for monotherapy. 


Antihypertensive medicines fall into several 
classes of drugs: 


- Diuretics, 
- Beta-blockers, 


¢ Calcium channel blockers, 
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- Angiotensin converting enzyme inhibitors (ACE 
inhibitors), 


- Alpha-blockers, 

- Alpha-beta blockers, 

- Vasodilators, 

- Peripheral acting adrenergic antagonists, and 
- Centrally acting agonists. 


Diuretics help the kidneys eliminate excess salt 
and water from the body’s tissues and the blood. 
This helps reduce the swelling caused by fluid buildup 
in the tissues. The reduction of fluid dilates the walls of 
arteries and lowers blood pressure. 


Beta-blockers lower blood pressure by acting on 
the nervous system to slow the heart rate and reduce 
the force of the heart’s contraction. They are used with 
caution in patients with heart failure, asthma, diabe- 
tes, or circulation problems in the hands and feet. 


Calcium channel blockers block the entry of cal- 
cium into muscle cells in artery walls. Muscle cells need 
calcium to constrict, so reducing their calcium keeps 
them more relaxed and lowers blood pressure. 


ACE inhibitors block the production of substan- 
ces that constrict blood vessels. They also help reduce 
the build-up of water and salt in the tissues. They are 
often given to patients with heart failure, kidney dis- 
ease, or diabetes. ACE inhibitors may be used together 
with diuretics. 


Alpha-blockers act on the nervous system to 
dilate arteries and reduce the force of the heart’s 
contractions. 


Alpha-beta blockers combine the actions of alpha 
and beta blockers. 


Vasodilators act directly on arteries to relax their 
walls so blood can move more easily through them. 
They lower blood pressure rapidly and are injected in 
hypertensive emergencies when patients have danger- 
ously high blood pressure. 


Peripheral acting adrenergic antagonists act on 
the nervous system to relax arteries and reduce the 
force of the heart’s contractions. They usually are 
prescribed together with a diuretic. Peripheral acting 
adrenergic antagonists can cause slowed mental func- 
tion and lethargy. 


Centrally acting agonists also act on the nervous 
system to relax arteries and slow the heart rate. 
They are usually used with other antihypertensive 
medicines. 
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KEY TERMS 


Arteries—Blood vessels that carry blood to organs 
and other tissues of the body. 


Arteriosclerosis—Hardening and thickening of artery 
walls. 


Cushing syndrome—A disorder in which too much 
of the adrenal hormone, cortisol, is produced; it 
may be caused by a pituitary or adrenal gland 
tumor. 


Diastolic blood pressure—Blood pressure when 
the heart is resting between beats. 


Hypertension—High blood pressure. 


Renal artery stenosis—Disorder in which the arteries 
that supply blood to the kidneys constrict. 


Sphygmomanometer—An instrument used to meas- 
ure blood pressure. 


Systolic blood pressure—Blood pressure when the 
heart contracts (beats). 


Vasodilator—Any drug that relaxes blood vessel 
walls. 


Ventricles—The two lower chambers of the heart; 
also the main pumping chambers. 


Prognosis 


There is no cure for hypertension. However, it 
can be well controlled with the proper treatment. 
Therapy with a combination of lifestyle changes and 
antihypertensive medicines usually can keep blood 
pressure at levels that will not cause damage to the 
heart or other organs. The key to avoiding serious 
complications of hypertension is to detect and treat it 
before damage occurs. Because antihypertensive med- 
icines control blood pressure, but do not cure it, 
patients must continue taking the medications to 
maintain reduced blood pressure levels and avoid 
complications. 


Prevention 


Prevention of hypertension centers on avoiding or 
eliminating known risk factors. Even persons at risk 
because of age, race, or sex or those who have an 
inherited risk can lower their chance of developing 
hypertension. 


The risk of developing hypertension can be 
reduced by making the same changes recommended 
for treating hypertension. 
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Hypothermia 
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Toni Rizzo 


Hypertonic see Osmosis 


Hypotenuse see Pythagorean theorem 


! Hypothermia 


Hypothermia is the intentional or accidental 
reduction of core body temperature to below 95°F 
(35°C) which, in severe instances, is fatal. Because 
humans are endothermic—warm-blooded creatures 
producing their own body heat—the core body tem- 
perature remains relatively constant at 98.6°F (37°C), 
even in fluctuating environmental temperatures. 
However, in extreme conditions, a healthy, physically 
fit person’s core body temperature can rise consider- 
ably above this norm and cause heatstroke or fall 
below it far enough to cause hypothermia. Elderly 
people, for instance, have succumbed to hypothermia 
after prolonged exposure to indoor air temperatures 
of 50 to 65°F (10.0 to 18.3°C). Between 1979 and 2005, 
deaths from hypothermia in the United States has 
ranged from about 400 to about 1,100 annually. 


Intentional hypothermia 


Intentional hypothermia is used in medicine in both 
regional and total-body cooling for organ and tissue 
protection, preservation, or destruction. Interrupted 
blood flow starves organs of oxygen and may cause 
permanent organ damage or death. The body’s meta- 
bolic rate (the rate at which cells provide energy for the 
body’s vital functioning) decreases 8% with each 1.8°F 
(1°C) reduction in core body temperature, thus requiring 
reduced amounts of oxygen. Total-body hypothermia 
lowers the body temperature and slows the metabolic 
rate, protecting organs from reduced oxygen supply dur- 
ing the interruption of blood flow necessary in certain 
surgical procedures. In some procedures, like heart repair 
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and organ transplantation, individual organs are pre- 
served by intentional hypothermia of the organ involved. 
In open-heart surgery, blood supply to the chilled heart 
can be totally interrupted while the surgeon repairs the 
damaged organ. Organ and tissue destruction using 
extreme hypothermia -212 to -374°F (-100 to -190°C) is 
utilized in retinal and glaucoma surgery and to destroy 
pre-cancerous cells in some body tissue. This is called 
cryosurgery. 


History of medical use of intentional 
hypothermia 


Intentional hypothermia is not a modern phe- 
nomenon. With it, ancient Egyptians treated high 
fevers; as did Hipparchus (c. 166-125 BC)—who also 
understood its analgesic (pain-killing) properties; 
the Romans; and Europeans of the Middle Ages. 
Napoleon’s surgeon general used cryoanalgesia when 
performing amputations. He discovered that packing 
a limb in ice and snow not only killed most of the pain, 
it also helped prevent bleeding. Today, intentional 
hypothermia is most commonly used in heart surgery. 


Accidental hypothermia 


Accidental hypothermia is potentially fatal. It can 
happen as simply as falling off a log. Falling into icy 
water, or exposure to cold weather without appropriate 
protective clothing, can quickly result in death. 
Hypothermia is classified into four states. In mild cases 
of 95 to 89.6°F (35 to 32°C), symptoms include feeling 
cold, shivering (which helps raise body temperature), 
increased heart rate, desire to urinate, and some loss of 
coordination. Moderate 87.8 to 78.8°F (31 to 26°C) 
hypothermia causes a decrease in, or cessation of, shiv- 
ering; weakness; sleepiness; confusion; slurred speech; 
and lack of coordination. Deep hypothermia 77 to 
68°F (25 to 20°C) is extremely dangerous as the body 
can no longer produce heat. Sufferers may behave irra- 
tionally, become comatose, lose the ability to see, and 
often cannot follow commands. In profound cases 66 to 
57°F (19 to 14°C), the sufferer will become rigid and 
may even appear dead, with dilated pupils, extremely 
low blood pressure, and barely perceptible heartbeat 
and breathing. This state usually requires complete, 
professional cardiopulmonary resuscitation for survival. 


Primary and secondary hypothermia 


Hypothermia is also divided into two types: primary 
and secondary. Primary hypothermia occurs when the 
body’s heat-balancing mechanisms are working properly 
but are subjected to extreme cold, such as exposure to cold 
air or cold water. Hypothermia due to cold air usually 
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takes at least several hours to develop, but immersion 
hypothermia will occur within about an hour of entering 
the water because water draws heat away from the body 
much faster than air does. Secondary hypothermia affects 
people whose heat-balancing mechanisms are impaired in 
some way and, thus, cannot respond adequately to mod- 
erate or perhaps even mild cold. Among the reasons for 
the failure of the body’s heat-balancing are diabetes, 
malnutrition, bacterial infection, thyroid disease, and 
the use of medications and other substances that affect 
the brain or spinal cord, such as alcohol. 


Secondary hypothermia is often a threat to the eld- 
erly, who may be on medications or suffering from ill- 
nesses that affect their ability to conserve heat. 
Malnutrition and immobility can also put the elderly at 
risk. Some medical research also suggests that shivering 
and blood vessel narrowing (two of the body’s defenses 
against cold) may not be triggered as quickly in older 
people. For these and other reasons, the elderly can, over 
a period of days or even weeks, fall victim to hypothermia 
in poorly insulated homes or other surroundings. In 
addition, hypothermia can easily be misdiagnosed as a 
stroke or some other common illness of old age. 


Causes of accidental hypothermia 


Although overexertion in a cold environment 
causes most accidental hypothermia, it may occur 
during anesthesia, primarily due to central nervous 
system depression of the body’s heat-regulating mech- 
anism; and in babies, elderly, and ill people whose 
homes are inadequately heated. The human body 
loses heat to the environment through conduction, 
convection, evaporation and respiration, and radia- 
tion. It generates heat through the metabolic process. 


Conduction occurs when direct contact is made 
between the body and a cold object, and heat passes 
from the body to that object. Convection is when cold 
air or water makes contact with the body, become 
warm, and move away to be replaced by more of the 
same. The cooler the air or water, and the faster it 
moves, the faster the core body temperature drops. 


Evaporation through perspiration and respiration 
provides almost 30% of the body’s natural cooling 
mechanism. Because cold air contains little water and 
readily evaporates perspiration; and because physical 
exertion produces sweating, even in extreme cold; heat 
loss through evaporation takes place even at very low 
temperatures. The dry air that humans inhale attracts 
moisture from the lining of the nose and throat. This 
can happen so quickly that, by the time the air reaches 
the lungs, it is completely saturated. Combined, evap- 
oration and convection from wet clothes will reduce 
the body temperature dangerously quickly. 
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KEY TERMS 


Cryoanalgesia—Using cold as a pain reducing 
anaesthetic. 


Cryosurgery—Freezing the tissue to be dissected. 
Endothermic—Capable of producing body heat. 


When the body is warmer than its environment, it 
radiates heat into that environment. Radiation is the 
greatest source of heat loss, and the colder the environ- 
ment, the greater the potential for heat loss. Most 
clothing is of little help because body heat radiates 
into clothing and from clothing into the atmosphere 
or object with which it comes into contact. 


Preventing accidental hypothermia 


Although profound hypothermia can be reversed 
in some instances, even mild states can quickly lead to 
death. However, through knowledge and common 
sense, hypothermia is avoidable. Two factors essential 
in preventing accidental hypothermia are reducing loss 
of body heat and increasing body heat production. 


Appropriate clothing, shelter, and diet are all essen- 
tial. Apart from new, synthetic fabrics that allow under- 
garments to wick perspiration away from the body while 
remaining dry and warm, and outer garments that 
breathe while keeping wind and moisture out, natural 
wool fibers contain millions of air pockets that act as 
excellent insulators. Even when saturated, wool main- 
tains 80% of its dry insulation value. Because it provides 
no insulation and becomes extremely cold when wet, 
cotton is often called killer cotton by experienced out- 
doors people. As 60% of body heat is lost by radiation 
from the head, hats can be lifesavers. Fingers, toes, 
hands, and feet lose heat quickly, and excellent quality 
boots, gloves, and mittens are a must. 


Regular consumption of high-energy food rich in 
carbohydrates aids the body in heat production, while 
13 to 17 c 3 to 4 L) of water a day prevents rapid 
dehydration from evaporation. Exercising large 
muscles—like those in the legs—is the best generator 
of body heat; however, overexertion must be avoided 
as it will only speed the onset of hypothermia. 


Resources 
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Hypoxia 


Physical technician records physiological readings before an airdrop of humanitarian daily rations over northern Afghanistan. 
Physiological technicians fly on each mission to ensure crew members do not succumb to hypoxia, the lack of oxygen, or other 
physiological problems. (© Reuters/Corbis.) 
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Mammals. Berlin, Germany, and New York: Springer, 
2001. 

Mayer, Stephan, and Daniel I. Sessler, eds. Therapeutic 
Hypothermia. New York: Marcel Dekker, 2005. 


Marie L. Thompson 


Hypotonic see 


[ Hypoxia 


Hypoxia is a condition in which cells of the body 
are deprived of oxygen. Despite the varying reasons 
for hypoxia, depending on the location within the 
body, the consequence is the same: tissues cannot 
survive for long without oxygen. Prolonged oxygen 
deprivation proves fatal to cells. When the brain is 


involved, the consequence for a person is coma and 
death. 
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Cells acquire energy from oxygen and _ glucose. 
Most cells can survive for a short period using an anae- 
robic (lacking oxygen) metabolic process. But brain cells 
cannot. The damage to brain cells when hypoxia occurs 
is immediate. Blood carries a limited amount of reserve 
oxygen and brain cell death can occur within minutes of 
falling below normal oxygen levels. 


There are several types of hypoxia. One of the 
more common is hypoxic hypoxia; the reduction of 
the amount of oxygen passing into the blood because 
of a reduced oxygen exchange (i.e., reduced lung 
capacity) or high altitudes. Reduction in lung capacity 
may be a result of lung damage, disease, or removal of 
portions of the lungs. Smokers are particularly suscep- 
tible to hypoxic hypoxia. People who change altitudes 
can adjust to the lower oxygen pressure as the blood 
produces more red blood cells carrying additional 


hemoglobin (the oxygen-carrying molecule in red 
blood cells). 


Hypemic hypoxia occurs when the number of 
hemoglobin molecules or red blood cells is reduced. 
Either condition causes a reduction in the oxygen 
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carrying capacity of the blood. Hypemic hypoxia can 
result from hemorrhage or anemia. It can also be 
induced by drugs, chemicals, or an increase in carbon 
monoxide (a condition experienced by smokers). 


Stagnant hypoxia occurs as a result of poor blood 
circulation. Blood flow is reduced by prolonged sitting 
in one position, cold temperatures, or being exposed to 
g-forces (the inertial force produced by acceleration or 
gravity). People who fly in aircraft frequently, sit in a 
chair for hours, or are sedentary may experience this 
type of hypoxia. It is important for the elderly or those 
whose movement is restricted to be sure they get 
enough oxygen to avoid this type of hypoxia. 


Histotic hypoxia is the inability of the tissues to 
use oxygen. When organ tissues are involved, they 
appear blue in color and are called cyanotic. The 
blue color associated with cyanosis, especially noted 
around the lips, is due to the build-up of high levels of 
deoxygenated hemoglobin in capillaries. Drinking 
alcoholic beverages, poisoning by cyanide or carbon 
monoxide, and certain narcotics can impair gaseous 
exchange in the tissues, and lead to hypoxia. 
Prolonged hypoxia can lead to tissue damage or death. 


See also Blood; Hemoglobin; Respiration. 


Brock Hall 


f Hyraxes 


Hyraxes are rabbit-sized, hoofed African mam- 
mals that surprisingly share a common ancestry with 
elephants and manatees, or seacows. Hyraxes were 
originally thought to be rodents, and were later 
grouped with rhinoceroses. They are now placed in an 
order of their own, the Hyracoidea, since they share 
many common features of primitive ungulates. The 
fossil record indicates that hyraxes were the most prev- 
alent medium-sized browsing and grazing animal 40 
million years ago, ranging in size from that of contem- 
porary hyraxes to that of a tapir. As competition with 
the bovid family (African and Asian antelope, bison, 
sheep, goats, and cattle) increased, hyraxes retreated to 
the more peripheral habitats with rocks and more trees. 
Rock hyraxes (Procavia capensis) are dependent upon 
suitable habitat in rocky outcrops (kopjes) and cliffs, 
but nevertheless the five species of rock hyraxes have 
the widest geographical and altitudinal distribution in 
Africa. Tree hyraxes, (Dendrohyrax arboreus) prefer 
arboreal habitats and are found in Zaire, East Africa, 
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and South Africa. Another species of hyrax (D. dorsa- 
lis) is found in West Africa. 


Small and compact with short rounded ears, rock 
hyraxes have only a tiny stump of a tail. Their coat is 
coarse and thick, ranging in color from light gray to 
black. Males and females are approximately the same 
size and show little sexual dimorphism. The feet of 
hyraxes have naked rubbery pads with numerous 
sweat glands. There are four toes on the forefoot and 
three on the hind foot. All the digits have flattened 
nails, except the inner toe of the hind foot which has a 
sharp-edged nail that is used for grooming. Hyraxes 
have grinding teeth, like those found in rhinoceroses 
and a pair of incisors that are sharp and dagger-like. 


The social organization of rock hyraxes consists of 
stable family groups composed of one adult territorial 
male and three to seven related adult females, commonly 
known as a harem. Females breed once per year pro- 
ducing litters of one to four young after a gestation 
period of 26-30 weeks. Hyraxes can live ten years or 
longer. They are gregarious animals, and may often be 
seen sunbathing on rocks or in cooler periods, huddling 
close together. Hyraxes regulate their body temperature 
poorly and have a low metabolic rate for a mammal. 


Rock hyraxes feed mostly on grasses, and supple- 
ment their diet with leaves, twigs, berries, fruit, and the 
bark of trees during the dry season. Hyraxes have a 
tolerance for eating highly poisonous plants. They 
also need little water to survive, by virtue of efficient 
kidneys obtaining moisture from their food. In spite of 
their compact build, hyraxes are agile in their move- 
ments and relatively good jumpers. Both hearing and 
sight are excellent. Their main predator is the 
Verreaux eagle (Aquila verreauxii). Other enemies are 
martial and tawny eagles, leopards, lions, servals, car- 
acals, jackals, large civets, spotted hyenas, and several 
snake species. To guard against predators, an alarm 
whistle is sounded. Hyraxes may also growl with 
gnashing teeth and give long-drawn piercing screams. 


Rock hyraxes habitually defecate in the same 
spot, creating a pile of dried, hardened excrement 
which contains hyraceum, a substance used to make 
perfumes. Although tree hyraxes are heavily hunted 
and suffer from habitat destruction, rock hyraxes 
appear to be stable in their population numbers with 
little threat to their habitat. Rock hyraxes are also 
known as rock-rabbits, coneys, dassies, and kupdas, 
while tree hyraxes are also known as tree bears. The 
Syrian hyrax (Procavia syriacus) is similar to the rock 
hyrax and is the “coney” referred to in the Bible. 


Betsy A. Leonard 
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| Ibises 


Ibises are grouped together with large wading 
birds such as storks, herons, flamingos, and spoon- 
bills, in the order Ciconiiformes. Ibises, like most birds 
in this order, have long legs and a long bill for feeding 
on fish and aquatic animals in shallow water. They 
also have broad wings, a short tail, and four long toes 
on each foot. The 26 species of ibis share the family 
Threskiornithidae with the spoonbills. Ibises have a large 
body, long legs, and a characteristic thin, downward- 
curving bill. The plumage of male and female ibises is 
alike, but the females are generally smaller. The heavy 
body of ibises means that they must flap their wings 
rapidly when in flight. They fly with their neck 
extended, often in a characteristic V-formation. 


In North America, ibises are represented by the 
white ibis (Eudocimus albus), glossy ibis (Plegadis fla- 
cinellus), and white-faced ibis (P. chihi). The wood ibis 
(Mycteria americana) is not actually an ibis, but a 
stork (Ciconidae). The scarlet ibis (Eudocimus rubra) 
is the most spectacular ibis of South America and the 
Caribbean. The sacred ibis (Threskiornis aethiopicus), 
the glossy ibis, and the hadada ibis (Bostrychia hage- 
dash) are the principal species found in Africa. 


Habitat and behavior 


Ibises are found on shores and marshes worldwide, 
mainly in tropical habitats, but some are found in south- 
temperate regions. Ibises feed in flood plains, marshes, 
and swamps, and along streams, ponds, and lakes. Their 
diet is varied, consisting of aquatic invertebrates, insects, 
snails, fish, reptiles, amphibians, and even small mam- 
mals. Generally, ibises feed in large groups of up to 100 
birds, and the flock may include other species of waders. 
Ibises usually feed by wading through shallow water and 
grabbing available prey with their beak. 


Some species of ibis are solitary in their nesting 
habits within a prescribed territory, but most nest in 
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large colonies of up to 10,000 pairs. Within the colony 
there may be several different species of ibis. These birds 
tend to be monogamous (faithful to a single mate) dur- 
ing a breeding season, but observers have also noted 
promiscuous mating within the large colonies. 


Both male and female ibises build the nest, protect 
it from intruders, incubate the eggs (from two to six at 
a time), feed the fledglings, and care for them for about 
a month after they are hatched. Before mating, there is 
a courtship period, involving displays and the 
enhancement of the color of the face, legs, bill, and 
exposed parts of the bird’s skin. 


The series of courtship behaviors that ibises dis- 
play (preening, shaking, and bill popping) are ritual- 
ized, beginning when the birds gather near secluded 
nesting areas. The male birds display, the females are 
attracted to them, and mating follows. Males may 
behave aggressively in defending their nesting site 
from other males, but they can also act aggressively 
towards females not selected as the mate. 


Display preening involves pretending to preen the 
front or back feathers. Display shaking involves shak- 
ing loose wings up and down, and bill popping involves 
snapping the bill up and down with a popping sound. 
Ibises also have a sleeping display, in which they pre- 
tend to be asleep. The head rub during courtship is a 
sign for the female to enter the nesting area, where she 
performs a bowing display, keeping her head and body 
low as she comes near the male. The male may pretend 
to be aggressive before he finally allows the female to 
enter his nesting area. Head shaking is one of the dis- 
plays ibises perform after mating as a greeting and 
acceptance. The intimacy of their relationship can be 
seen in mutual preening of one another, shaking, and 
the rubbing of their heads against each other. 


Historical references 


There are references to ibises in the Bible. Moses 
was told by God not to eat them, and they were also 
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Ibises 


A white ibis (Eudocimus albus) at Estero Island, Florida. (Robert J. Huffman. Field Mark Publications.) 


referred to as birds of doom in other parts of the Bible. 
The ancient Egyptians considered the sacred ibis to 
be a sacred bird. Drawings, statues, and mummified 
ibises have been found in abundance in cemeteries 
dedicated to them. At a location near Memphis, 
Egypt, 1.5 million mummified birds were found. 
However, the sacred ibis has been absent from Egypt 
for well over 100 years, because of excessive hunting 
and habitat loss. 


The Egyptian god of wisdom and knowledge, 
Thoth, is depicted in ancient Egyptian artifacts as a 
man with the head of an ibis. During the fourth and 
fifth centuries BC, ibises were engraved on Greek 
coins. During the Middle Ages, Austrian nobles ate 
ibis as a delicacy. They were first described scientifi- 
cally by a European naturalist, Konrad Gesner, in the 
sixteenth century. By the middle of the seventeenth 
century, they disappeared from central Europe, and 
the bird that Gesner described and painted was not 
noted again until it was seen in 1832 near the Red Sea. 
In the nineteenth century, a society of British ornithol- 
ogists named their journal for the ibis. 


A number of species of ibises are endangered. 
Among these is the formerly widespread waldrapp or 
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northern bald ibis (Geronticus eremita), which is reduced 
to present-day populations in Turkey. There are 800 
waldrapps in zoos all over the world and efforts are 
being made to reintroduce them into their former 
habitat. Other endangered species are the southern 
bald ibis (G. calvus) of southern Africa, the dwarf 
olive ibis (Bostrychia bocagei) of the island of Sao 
Tome in West Africa, the crested ibis (Nipponia nip- 
pon) of Asia, the giant ibis of Vietnam (Thaumatibis 
gigantea), the Madagascar sacred ibis (Threskiornis 
bernieri), and the white-shouldered ibis (Pseudibis 
davidsoni) of Vietnam and Borneo. As with many 
other animals, the destruction of natural habitat, espe- 
cially wetland drainage, is the primary threat to these 
wading birds. However, they are also hunted as food. 
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l Ice 


Ice is the solid state of water, and the amount of 
water on the surface of Earth includes ice in the Polar 
regions and at high elevations. The relative proportion of 
each of the three states of water on Earth is the conse- 
quence of a balanced equilibrium controlled by the 
amount of incoming solar energy and the amount of 
reflection, known as albedo, from clouds, water, ice caps, 
etc. The amount of ice at any location on Earth varies 
seasonally, over the long term with climatic change, 
and even with movements of tectonic plates. One of 
the most abundant of Earth’s substances, ice manifests 
itself in a variety of forms including snow, hail, gla- 
ciers, icebergs, and sea ice, along with the artificially 
produced ice cube. Ice and water behave differently 
from other materials in a number of important ways. 


Structure of ice 


Because they share a common composition with 
their liquid state, ice molecules also consist of the same 
2 to | ratio of hydrogen and oxygen atoms, the H,O 
molecule. The shape of this molecule, the oxygen atom 
at the center with the two hydrogen atoms separated 
by an angle of 104.52°, dictates the structure of ice. All 
naturally occurring ice crystals are hexagonal in shape 
and all snowflakes reflect this six-sided crystal habit. 
The crystal lattice consists of linked hexagonal rings of 
water molecules with considerable open space in the 
center of the ring. 


Under artificial laboratory conditions of very high 
pressures and low temperatures, ice can be forced to 
crystallize in a number of allotropic forms that are stable 
only under those particular conditions. Crystallization 
can occur in these laboratory situations in one of several 
non-hexagonal forms. This is similar to the way that 
carbon atoms may crystallize to form graphite or, under 
more extreme conditions, diamond. The conditions 
under which the alternate forms might be created do 
not occur naturally on Earth. They may, however, be 
present on other bodies in space. 


The crystalline structure of ice may be deformed 
by stress, such as the weight of overlying ice on the 
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deeper portions of a glacier. One type of deformation 
involves shearing of the crystal lattice along parallel 
planes. Recrystallization, a different kind of deforma- 
tion, entails the change in the shape and orientation of 
crystals within the solid. Both of these processes pro- 
duce the phenomenon known as creep or creeping 
flow, responsible for the flowing motion of massive 
ice bodies such as glaciers. 


Physical properties of ice 


Pure liquid water is transformed to its solid state, 
ice, at a temperature of 32°F (0°C) when the pressure is 
at one atmosphere. The density of liquid water at the 
freezing point is 62.418 lb/ft? (0.99984 g/cm?) but 
decreases to 57.23 Ib/ft* (0.9168 g/cm*) when that 
water organizes itself into crystalline ice at 32°F 
(0°C). This density difference is due the large open 
spaces within the crystal lattice of ice. The increased 
volume of the solid lattice causes pure water to expand 
by approximately 9% upon freezing, which can rup- 
ture pipes or damage engines if the expanding water 
has no outlet. Ice is one of a few solid substances that is 
lower in density than the corresponding liquid state. 
Surface ice floating on a lake or pond helps to insulate 
the water below, reduces mixing, and can prevent the 
water body from freezing solid. This fact has often 
been cited as an important factor in the development 
and evolution of life in freshwater. 


The freezing point of water containing dissolved 
solids decreases proportionately to the amount of sol- 
ute. For example, as the salinity of the water increases 
its freezing point decreases. This is the principle 
behind the practice of road and sidewalk salting in 
some areas during winter. Salt lowers the freezing 
point of water and, at temperatures near the freezing 
point of pure water, can cause snow or ice to melt. 


When pressure is exerted on ice crystals at temper- 
atures near the melting point, the edges of those crys- 
tals may melt. When that pressure is released, the water 
refreezes. This process, called regelation, may be famil- 
iar to those that have formed snowballs. The loose 
snowflakes are partially melted by the pressure of the 
hands. When the pressure is released, the refreezing 
water hardens and causes the cohesion of the flakes 
into a ball. On very cold days, however, the pressure 
that can be exerted by the hands is insufficient to cause 
melting, and the snowball is more difficult to form. 


Natural ice occurrence 
Most of the natural ice on Earth occurs at extreme 


latitudes, for example the Greenland ice sheet and sea 
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Ice 


While beautiful, ice such as this can be extremely dangerous, downing branches and powerlines, as it did here in 1998 in 
Watertown, New York. (AP/Wide World Photos.) 


ice at the North Pole and the Antarctic ice sheet. Sea 
ice, massive ice sheets, valley and mountain glaciers all 
combine to form the polar ice caps. Large areas of the 
polar and subpolar regions are underlain by perma- 
frost. Polar ice caps and glaciers contain a large pro- 
portion of Earth’s freshwater resource. Over 75% of 
all freshwater, or 2.15% of all water on Earth, pres- 
ently exists in the form of ice. This proportion was 
significantly greater during past glacial epochs. 


Glacial ice is a particularly sensitive indicator of 
climatic change. The rapid retreat of mountain gla- 
ciers has been cited as evidence of global warming. If 
all ice at the poles and in glaciers melted, sea level 
would rise approximately 260 ft (80 m). 


Ice is known to occur on a variety of bodies in 
space. The origin of water on Earth has been postu- 
lated to be a result of collisions with comets and/or 
meteors containing ice. The presence of ice has been 
confirmed at the poles of the moon and the planet 
Mars. The existence of ice on Mars may be an indica- 
tor of the potential for the existence of life forms in the 
warmer and wetter past of that planet. The rings of 
Saturn and nebulae outside our solar system are 
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thought to contain ice. Europa, a moon of Jupiter, is 
thought to have a liquid-water ocean beneath a crust 
of ice. Scientists have also suggested that ice on such 
bodies might be used to supply the water for manned 
space missions, as well as being split into its compo- 
nent gases and used for fuel. 


Current glaciology research 


Current research is focused on reducing the 
impact of ice on modern society. Ice causes damage 
to pipes in homes, damages crops, restricts ability to 
travel, breaks power lines and other property, inter- 
feres with the function of airplanes and ships, along 
with other human considerations, such as contributing 
to accidental injuries. Engineers study ice to better 
prepare to build structures that interact with it, such 
as airplanes, ships, and even oil platforms on the 
ocean. Climatologists and environmental scientists 
are working to understand the effects of global warm- 
ing on the polar ice caps. Meteorologists study the 
formation of ice in the atmosphere. Other scientists 
are looking for improved methods by which ice can 
be controlled on roads. Biologists work to develop 
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KEY TERMS 


Albedo—tThe fraction of sunlight that a surface 
reflects. An albedo of zero indicates complete 
absorption, while an albedo of unity indicates 
total reflection. 


Allotropic—Said of substances that take multiple 
forms, such as graphite and diamond, usually in the 
same phase. 


Freezing point—The temperature at which a liquid 
solidifies, 32°F (O°C) for water. 


Glaciology—the study of all aspects of ice and its 
associated processes. 


Hexagonal crystal system—One of six crystal sys- 
tems. Characterized by one axis that is of unequal 
length to three identical perpendicular axes, com- 
monly displaying three- or six-fold symmetry. 
Melting point—The temperature at which a solid 
becomes liquid, 32°F (0°C) for ice. 


Permafrost—Permanently frozen soil or subsoil. 


Recrystallization—The formation of new crystals, 
while in the solid state. 


Regelation—A two-fold process involving the 
melting of ice under pressure and the refreezing of 
the melt water upon the release of that pressure. 


methods of protecting crops from frost damage. 
Physicists and engineers try to improve understanding 
of the properties of ice in order to improve the per- 
formance of sports equipment such as snow skis and 
ice skates. Geologists are studying the formation of ice 
volcanoes along the shores of the Great Lakes. Also, 
space scientists are looking for additional ice in our 
solar system and beyond, and planning new techni- 
ques and equipment that will allow man to someday 
utilize that ice in the exploration of other worlds. 


See also Ice ages; Icebergs. 
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l Ice age refuges 


The ice ages that occurred between 2.4 million and 
10,000 years ago had a dramatic effect on the climate 
and life on Earth. During each glacial period the tropics 
became both cooler and drier, turning some areas of 
tropical rain forest into dry seasonal forest or savanna. 
Local topography, geography, and climate allowed 
some areas of forest to escape the dry periods and act 
as refuges for forest biota. During subsequent intergla- 
cial periods, when humid conditions returned to the 
tropics, the forests expanded and were repopulated by 
plants and animals from the species-rich refuges. 


Ice age refuges today correspond to present day 
areas of tropical forest that typically receive a high 
rainfall and often contain unusually large numbers of 
species, including a high proportion of endemic spe- 
cies. These species-rich refuges are surrounded by rel- 
atively species-poor areas of forest. Refuges are also 
centers of distribution for obligate forest species such 
as the gorilla, with a present day narrow and disjunc- 
tive distribution best explained by invoking past epi- 
sodes of deforestation and reforestation. The location 
and extent of the forest refuges have been mapped in 
both Africa and South America. In the African rain 
forests there are three main centers of species richness 
and endemism recognized for mammals, birds, rep- 
tiles, amphibians, butterflies, freshwater crabs, and 
flowering plants. These centers are in Upper Guinea, 
Cameroon and Gabon, and the eastern rim of the 
Zaire basin. In the Amazon basin more than 20 refuges 
have been identified for different groups of animals 
and plants in Peru, Columbia, Venezuela, and Brazil. 


The precise effect of the ice ages on biodiversity in 
tropical rain forests is currently a matter of debate. 
Some have argued that the repeated fluctuations 
between humid and arid phases created opportunities 
for the rapid evolution of certain forest organisms. 
Others have argued the opposite—that the climatic 
fluctuations resulted in a net loss of species diversity 
through an increase in the extinction rate. It has also 
been suggested that refuges owe their species richness 
not to past climate changes but to other underlying 
causes such as a favorable local climate, or soil. 


The discovery of centers of high biodiversity and 
endemism within the tropical rain forest biome has 
important implications for conservation biology. 
A refuge rationale has been proposed by conservation- 
ists, whereby ice age refuges are given high priority for 
preservation because this would save the largest num- 
ber of species, including many unnamed, threatened, 
and endangered species, from extinction. 
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Ice ages 


KEY TERMS 


Biodiversity—The biological diversity of an area as 
measured by the total number of plant and animal 
species. 

Endemic—Refers to species with a relatively local 
distribution, sometimes occurring as small popula- 
tions confined to a single place, such as an oceanic 
island. Endemic species are more vulnerable to 
extinction than are more widespread species. 


Interglacial period—A period of time between two 
glacial periods during which Earth’s average 
annual temperature is significantly warmer than 
during the two glacial periods. 


Tropical rainforest—A tropical woodland marked 
by large amounts of rainfall and an abundance of 
plant and animal species. 


Because refuges survived the past dry-climate 
phases, they have traditionally supplied the plants 
and animals for the restocking of the new-growth 
forests when wet conditions returned. Modern defor- 
estation patterns, however, do not take into account 
forest history or biodiversity, and both forest refuges 
and more recent forests are being destroyed equally. 
For the first time, future tropical forests which survive 
the present mass deforestation episode could have no 
species-rich centers from which they can be restocked. 


Resources 
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l Ice ages 


Ice ages are times during which significant por- 
tions of Earth’s surface are covered by glaciers and 
extensive ice fields. Scientists sometimes use more spe- 
cific terms for an ice age depending on the length of 
time it lasts. Geologic evidence suggests that seven 
major periods of cooling and ice accumulation have 
occurred during the history of Earth. These periods 
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Drumlins, like this one near West Bend, Wisconsin, are 
composed of glacial till. Although their formation is not well 
understood, some geologists believe they are shaped when a 
glacier advances over its own end moraine. (JLM Visuals.) 


are often known as ice eras and, except for the last of 
these, are not well understood. 


What is known is that Earth’s average annual 
temperature varies constantly from year to year, from 
decade to decade, and from century to century. During 
some periods, that average annual temperature has 
dropped to low enough levels for fields of ice to grow 
and cover large regions of Earth’s surface. The seven 
ice eras have covered an average of about 50 million 
years each. 


The most recent ice era 


The ice era that scientists understand best (because 
it occurred most recently) began about 65 million years 
ago. Throughout that long period, Earth experienced 
periods of alternate cooling and warming. Those peri- 
ods during which the annual temperature was signifi- 
cantly less than average are known as ice epochs. There 
is evidence for the occurrence of six ice epochs during 
this last of the great ice eras. 


During the 2.4 million years of the last ice epoch, 
about two dozen ice ages occurred. That means that 
Earth’s average annual temperature fluctuated up and 
down about two dozen times during the 2.4 million 
year period. In each case, a period of significant cool- 
ing was followed by a period of significant warming— 
an interglacial period—after which cooling occurred 
again. 


Scientists know a great deal about the cycle of 
cooling and warming that has taken place on Earth 
over the last 125,000 years, the period of the last ice age 
cycle. They have been able to specify with some degree 
of precision the centuries and decades during which ice 
sheets began to expand and diminish. For example, the 
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most severe temperatures during the last ice age were 
recorded about 50,000 years ago. Temperatures then 
warmed before falling again about 18,000 years ago. 


Clear historical records are available for one of 
the most recent cooling periods known as the Little 
Ice Age. The Little Ice Age lasted from about the 
fifteenth to the nineteenth century and caused wide- 
spread crop failure and loss of human life throughout 
Europe. Since the end of the Little Ice Age, temper- 
atures have continued to fluctuate with about a dozen 
unusually cool periods in the last century, interspersed 
between periods of warmer weather. 


Evidence for the ice ages 


A great deal of knowledge about the ice ages has 
been gained from the study of mountain glaciers. 
When a glacier moves downward out of its mountain 
source, it carves out a distinctive shape on the sur- 
rounding land. The deposits left by continental gla- 
ciers formed during the ice ages are in many ways 
comparable to those formed by mountain glaciers. 


The transport of materials from one part of Earth’s 
surface to another part is also evidence for continental 
glaciation. Rocks and fossils normally found only in 
one region may be picked up and moved by ice sheets 
and deposited elsewhere. The deposits and landforms 
left by the moving glacier provide evidence of ice 
sheet movement. In many cases, the moving ice leaves 
scratches (known as glacial grooves or striations) on the 
rock over which it moves, providing further evidence 
for changes that took place during an ice age. 


Causes of the ice ages 


Scientists have been investigating the causes of ice 
ages for more than a century. The answer (or answers) 
to that question appears to have at least two main 
parts, astronomical factors and terrestrial factors. By 
astronomical factors, scientists mean that the way 
Earth is oriented in space can determine the amount 
of heat it receives and, hence, its annual average 
temperature. 


One of the most obvious astronomical factors 
about which scientists have long been curious is the 
appearance of sunspots. Sunspots are eruptions that 
occur on the sun’s surface during which unusually 
large amounts of solar energy are released. The num- 
ber of sunspots that occur each year changes accord- 
ing to a fairly regular pattern, reaching a maximum 
about every 11 years or so. The increasing and decreas- 
ing amounts of energy sent out during sunspot max- 
ima and minima, some scientists have suggested, may 
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contribute in some way to the increase and decrease of 
ice fields on Earth’s surface. 


By the beginning of the twentieth century, how- 
ever, astronomers had identified three factors that 
almost certainly are major contributors to the amount 
of solar radiation that reaches Earth’s surface and, 
hence, Earth’s average annual temperature. These 
three factors are Earth’s angular tilt, the shape of its 
orbit around the sun, and its axial precession. 


The first of these factors, angular tilt, is the angle at 
which its axis is oriented to the plane of its orbit around 
the sun. This angle slowly changes over time, ranging 
between 21.5 and 24.5 degrees. At some angles, Earth 
receives more solar radiation and becomes warmer, 
and at other angles it receives less solar radiation and 
becomes cooler. 


The second factor, the shape Earth’s orbit around 
the sun, is important because, over long periods of 
time, the orbit changes from nearly circular to more 
elliptical (flatter) in shape. As a result of this variation, 
Earth receives more or less solar radiation depending 
on the shape of its orbit. The final factor, axial pre- 
cession, is a wobble in the orientation of Earth’s axis to 
its orbit around the sun. As a result of axial precession, 
the amount of solar radiation received during various 
parts of the year changes over very long periods of 
time. 


Between 1912 and 1941, the Yugoslav astronomer 
Milutin Milankovitch developed a complex mathe- 
matical theory that explained how the interaction of 
these three astronomical factors could contribute to 
the development of an ice age. His calculations pro- 
vided approximations of the occurrences of ice ages 
during Earth history. 


Terrestrial factors 


Astronomical factors provide only a broad gen- 
eral background for changes in Earth’s average annual 
temperature, however. Changes that take place on 
Earth itself also contribute to the temperature varia- 
tions that bring about ice ages. 


Scientists understand that changes in the compo- 
sition of Earth’s atmosphere can affect the planet’s 
annual average temperature. Some gases, such as car- 
bon dioxide and nitrous oxide, have the ability to 
capture heat radiated from Earth, warming the atmos- 
phere. This phenomenon is known as the greenhouse 
effect. But the composition of Earth’s atmosphere is 
known to have changed significantly over long periods 
of time. Some of these changes are the result of com- 
plex interactions of biotic, geologic and geochemical 
processes. Humans have increased the concentration 
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Icebergs 


KEY TERMS 


Axial precession—The regular and gradual shift of 
Earth’s axis, a kind of “wobble,” that takes place 
over a 23,000 year period. 


Interglacial period—A period of time between two 
glacial periods during which Earth’s average 
annual temperature is significantly warmer than 
during the two glacial periods. 


of carbon dioxide in the atmosphere over the last 
century through the burning of fossil fuels (coal, oil, 
and natural gas). As the concentration of greenhouse 
gases, like carbon dioxide and nitrous oxide, varies 
over many decades, so does the atmosphere’s ability 
to capture and retain heat. 


Other theories accounting for atmospheric cool- 
ing have been put forth. It has been suggested that the 
tectonic movement of plates comprising Earth’s crust 
are a significant factor affecting ice ages. The uplift of 
large continental blocks resulting from plate move- 
ments (for example, the uplift of the Himalayas and 
the Tibetan Plateau) may cause changes in global 
circulation patterns. The presence of large land masses 
at high altitudes seems to correlate with the growth of 
ice sheets, while the opening and closing of ocean 
basins due to tectonic movement may affect the move- 
ment of warm water from low to high latitudes. 


Because volcanic eruptions can contribute to sig- 
nificant temperature variations, it has been suggested 
that such eruptions could contribute to atmospheric 
cooling, leading to the lowering of Earth’s annual 
temperature. Dust particles thrown into the air during 
an eruption can reflect sunlight back into space, reduc- 
ing heat that would otherwise have reached Earth’s 
surface. The eruption of Mount Pinatubo in the 
Philippine Islands in 1991 is thought to have been 
responsible for a worldwide cooling that lasted for at 
least five years. Similarly, Earth’s annual average tem- 
perature might be affected by the impact of meteorites 
on Earth’s surface. If very large meteorites had struck 
earth at times in the past, such collisions would have 
released huge volumes of dust into the atmosphere. 
The presence of this dust would have had effects 
similar to the eruption of Mount Pinatubo, reducing 
Earth’s annual average temperature for an extended 
period of time and, perhaps, contributing to the devel- 
opment of an ice age. 


The ability to absorb heat and the reflectivity of 
Earth’s surface also contribute to changes in the 
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annual average temperature of Earth. Once an ice 
age begins, sea levels fall as water is tied up in ice 
sheets and glaciers. More land is exposed, and because 
land absorbs heat less readily than water, less heat is 
retained in Earth’s atmosphere. Likewise, pale surfa- 
ces reflect more heat than dark surfaces, and as the 
area covered by ice increase, so does the amount of 
heat reflected back to the upper atmosphere. 


Whatever the cause of ice ages, it is clear that they 
can develop as the result of relatively small changes in 
Earth’s average annual temperature. It appears that 
annual variations of only a few degrees Celsius can 
result in the formation of extensive ice sheets that 
cover thousands of square miles of Earth’s surface. 


See also Geologic time. 


David E. Newton 


1 Icebergs 


An iceberg is a large mass of free-floating ice that 
has broken away from a glacier. Most icebergs come 
from the glaciers of Greenland or from the massive ice 
sheets of Antarctica, and a few icebergs come from 
smaller Alaskan glaciers. Snow produces the glaciers 
and ice sheets so, ultimately, icebergs originate from 
snow. In contrast, sea ice is produced by freezing salt- 
water. The word iceberg has its roots in Nordic and 
German words meaning, literally, ice mountain. 


Icebergs in the southern hemisphere are moni- 
tored by the United States National Ice Center, 
founded in 1995, which assigns a letter and serial 
number identifier (for example, iceberg C18) to each 
large iceberg measuring more than 6 mi (10 km) along 
one or more sides. The letter identifiers delineate the 
longitude of origin. A is assigned to icebergs originat- 
ing between longitudes 0° and 90°W, B is assigned to 
icebergs originating between 90° and 180°, C is 
assigned to icebergs originating between 180° and 
270°, and D is assigned to icebergs originating between 
270° and 0°. Icebergs in the North Atlantic are moni- 
tored by the International Ice Patrol (ICP), created in 
1914 in response to the sinking of the H.M.S. Titanic 
and operated by the U.S. Coast Guard. Because infor- 
mation about icebergs in the North Atlantic is critical 
for safe navigation and commerce, the ICP is funded by 
Belgium, Canada, Denmark, Finland, France, Germany, 
Greece, Italy, Japan, The Netherlands, Norway, Panama, 
Poland, Spain, Sweden, the United Kingdom, and the 
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Iceberg seen in the Antarctic Penninsula. (National Oceanic & Atmospheric Administration [NOAA].) 


United States. Two other organizations, the Canadian Ice 
Services and the Danish Meteorological Institute, mon- 
itor icebergs near Canada and Greenland. 


Icebergs were originally tracked using reports 
from ships, and then aircraft, but are currently moni- 
tored using remote sensing satellites. Satellites using 
synthetic aperture radar and infrared imagery are par- 
ticularly effective at tracking icebergs across oceans 
that are often shrouded in fog and clouds. 


Icebergs are formed by a process called calving, in 
which large pieces of ice break off of a glacier. Icebergs 
consist of freshwater ice, soil and rock debris, and 
trapped bubbles of air. The combination of ice and 
air bubbles causes sunlight shining on the icebergs to 
refract, coloring the ice spectacular shades of blue, 
green, and white. Color may also indicate age. Blue 
icebergs are old. Green icebergs contain algae and are 
young. Icebergs come in a variety of shapes and sizes, 
some long and flat, others towering and massive. 


An iceberg floats because it is lighter and less dense 
than salty seawater, but only a small part of the iceberg 
is visible above the surface of the sea. Typically, about 
7/8 of an iceberg is below sea level, so they drift with 
ocean currents rather than wind. Scientists who study 
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icebergs classify true icebergs as pieces of ice that are 
greater than 16 ft (5 m) above sea level and wider than 
98 ft (30 m) at the water line. Smaller pieces of floating 
ice are called bergy bits (3.3-16 ft or 1-5 m tall and 
33-98 ft or 10-30 m wide) or growlers (less than 3.3 ft or 
1 m tall and less than 33 ft or 10 m wide). The largest 
icebergs can be taller than 230 ft (70 m) and wider 
than 738 ft (225 m). Chunks of ice more massive than 
this are called ice islands. Ice islands are much more 
common in the southern hemisphere, where they 
break off the Antarctic ice sheets, than in the northern 
hemisphere. 


Icebergs can also be classified by their shape. Flat 
icebergs are called tabular. Icebergs that are tall and 
flat are called blocky. Domed icebergs are rounded 
with gentle slopes. Drydock icebergs have been eroded 
by waves so that they are somewhat U-shaped. Perhaps 
the most spectacular are the pinnacle icebergs, which 
resemble mountain tops, with one or more central 
peaks. 


The life span of an iceberg depends on its size, but is 
typically about two years for icebergs in the Northern 
Hemisphere. Because they are larger, icebergs from 
Antarctica may last longer. Chief among the destructive 
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Icebergs 


forces that work against icebergs are wave action and 
heat. Wave action can break icebergs into smaller pieces 
and can cause icebergs to collide and fracture. Relatively 
warm air and water temperature gradually melt the ice. 
Because icebergs float, they drift with water currents 
towards the equator into warmer water. Icebergs may 
drift as far as 8.5 mi (14 km) per day. Most icebergs have 
completely melted by the time they reach about 40 
degrees latitude (north or south). There have been rare 
occasions when icebergs have drifted as far south as 
Bermuda (32 degrees north latitude), which is located 
about 900 mi (1,400 km) east of Charleston, South 
Carolina. In the Atlantic Ocean, they have also been 
found as far east as the Azores Islands in the Atlantic 
Ocean, off the coast of Spain. 


The largest recorded iceberg, denoted B15, calved 
from the Ross Ice Shelf of Antartica in May 2000. It was 
approximately 180 mi (290 km) long and 25 mi (40 km) 
wide (larger than the state of Delaware), but in 2002 
disintegrated into smaller icebergs. The largest of those 
fragments, iceberg BISA, became the world’s largest 
iceberg. BI5A persisted until October 2005, when 
imagery from the Envisat satellite, operated by the 
European Space Agency, showed that it disintegrated 
near Cape Adare, Antarctica. 


The R.M.S. Titanic struck an iceberg and sank on 
April 14, 1912, when the great ship was on her maiden 
voyage. More than 1,500 people died in that disaster, 
which occurred near Newfoundland, Canada. As a 
result of the tragedy, the International Ice Patrol was 
formed to protect shipping interests in the North 
Atlantic. Counts of icebergs drifting into the North 
Atlantic shipping lanes vary from year to year, with 
little predictability. During some years, no icebergs 
drift into the lanes; other years are marked by hundreds 
or more—as many as 1,572 have been counted in a 
single year. Many ships now carry their own radar 
equipment to detect icebergs. In 1959, a Danish ship 
equipped with radar struck an iceberg and sank, result- 
ing in 95 deaths. 


Modern iceberg research continues to focus on 
improved methods for tracking and monitoring ice- 
bergs, and on learning more about iceberg deteriora- 
tion. In 1995, a large iceberg broke free from the 
Larsen ice shelf in Antarctica. This iceberg was 48 mi 
(77 km) long, 23 mi (37 km) wide, and 600 ft (183 m) 
thick, approximately the size of the country of 
Luxembourg, and isolated James Ross Island (one of 
Antarctica’s islands) for the first time in recorded 
history. The unusually large iceberg was monitored 
by to ensure it did not put ships at peril. According 
to some scientists, this highly unusual event could be 
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KEY TERMS 


Calving—The process in which huge chunks of ice 
or icebergs break off from ice shelves and sheets or 
glaciers to form icebergs. 


Ice island—A thick slab of floating ice occupying 
an area as large as 180 sq mi (460 sq km). 


Ice sheet—Glacial ice covering at least 19,500 
sq mi (50,000 sq km) of land and obscuring the 
landscape below it. 


Ice shelf—That section of an ice sheet that extends 
into the sea a considerable distance and which may 
be partially afloat. 


Sea ice—lce that forms from the freezing of salt- 
water; as the saltwater freezes, it ejects salt, so sea 
ice is fresh, not salty. Sea ice forms in relatively thin 
layers, usually no more than 3-7 ft (1-2 m) thick, 
but it can cover vast areas of the ocean surface at 
high latitudes. 


evidence of global warming. Surges in the calving of 
icebergs, known as Heinrich events, are also known to 
be caused by irregular motions of Earth around the 
sun that cause ocean waters of varying temperatures 
and salinity to change their circulation patterns. These 
cycles were common during the last glacial period, and 
glacial debris was carried by iceberg armadas to loca- 
tions like Florida and the coast of Chile. Scientists 
have captured icebergs for study, including crushing 
pieces to measure their strength. During World War II 
(1939-1945), plans were made to make floating air- 
fields from flat-topped bergs (but this never got past 
the planning stage). Some people have proposed tow- 
ing icebergs to drought-stricken regions of the world 
to solve water shortage problems; however, the cost 
and potential environmental impact of such an under- 
taking have so far discouraged any such attempts. 
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| Iceman 


The Iceman is an intact, 5,300-year-old mummy 
discovered September 19, 1991, in a melting glacier 
within the Italian Alps near Austria. The oldest human 
discovered in Europe, he is one of the most complete, 
naturally mummified humans ever found. 


Age determination 


Tools found near the body accompanied the 
Iceman to Innsbruck, and one of these tools, an axe 
with a metal blade, provided information about the 
Iceman’s age. The distinctive shape of the axe, similar 
to those of the Early Bronze Age (2200-1000 BC), 
suggested the body is approximately 4,000 years old. 
Repeated radiocarbon dating of a bone sample, per- 
formed at two different laboratories, indicated the 
Iceman is 5,300 years old. The axe blade was analyzed 
and found to be copper, supporting the radiocarbon 
dating. Therefore, scientists concluded the Iceman 
lived during the Stone Age, or Neolithic period. More 
specifically, he lived during the Copper Age, which 
occurred in central Europe between 4000-2000 BC. 


Significance of discovery 


Studying the Iceman is important to many branches 
of science, including archaeology, biology, geology, and 
pathology. The Iceman, stored at 21°F (—6°C) and 98% 
relative humidity, is removed for observation or sample 
collection for no longer than 20 minutes at a time. 


The body was naturally freeze dried at an altitude of 
about 10,500 ft (3,200 m). Prior to the find, archaeolo- 
gists had never excavated for evidence of human activity 
at such high altitudes in Europe. Geologists wondered 
how the Iceman was spared the grinding forces of glacial 
ice, and why he was not transported down the mountain 
within an ice flow. The corpse was in a rock-rimmed 
depression below a ridge, so the Iceman remained 
entombed in a stable ice pocket within this depression 
and was left undisturbed as the glacier flowed overhead. 


The Iceman’s axe, flint knife, bow and arrows, 
leather pouch, grass cape, leather shoes, and other 
accessories provide a glimpse of everyday life during 
Europe’s Copper Age. The Iceman’s leather clothing is 
rare, because leather scrapers are often the only evi- 
dence of leather workmanship typically recovered at 
archeological sites. 


Scientists have analyzed the Iceman’s bone, blood, 
DNA, and stomach contents to assess the presence of 
diseases, his social status, occupation, diet, and general 
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health. Studies of his teeth suggest a diet of coarse grain; 
studies of his hair suggest a vegetarian diet at the time of 
his death. Analyses indicate he was 5 ft 2in (1.5m), 110 Ib 
(50 kg), and approximately 25 to 35 years of age at death. 
Scientists speculate that the Iceman died of exposure. 


Biologists identified slowberries in his birch bark 
container, suggesting he died in the autumn, when the 
berries ripen. Speculation that he belonged to an agri- 
cultural community is based on the grains of ancient 
wheat found with the corpse. 


The Iceman’s tattoos are 2,500 years older than 
any seen before. Placed on his body in locations not 
easily observed and thought to correspond with acu- 
puncture points, they raise the question that acupunc- 
ture may have been practiced earlier than thought and 
possibly began in Eurasia not east Asia. 


Ideal gas see Gases, properties of 


[ Identity element 


In mathematics, an identity element is any math- 
ematical object that, when applied by an operation 
such as addition or multiplication, to another mathe- 
matical object such as a number leaves the other object 
unchanged. The two most familiar examples are 0, 
which when added to a number gives the number; 
and 1, which is an identity element for multiplication. 
The identity element is sometimes also called a neutral 
element; and sometimes shortened to simply the term 
identity. 

More formally, an identity element is defined with 
respect to a given operation and a given set of elements. 
For example, 0 is the identity element for addition of 
integers; | is the identity element for multiplication of 
real numbers. From these examples, it is clear that the 
operation must involve two elements, as addition does; 
and not a single element, as such operations as taking a 
power. 


In equation format, let (T,*) be a set T (all natural 
numbers: {0, 1, 2, 3, ...}) associated with a binary 
operation * (such as addition or multiplication, where 
* represents + or x, respectively). Suppose, f and a are 
elements of T. Then, fis an identity element, iff*a =a 
and a * f = a, forall ain T. As an example, if a = 2, 
f = 0, and * = +,then0 + 2 = 2and2 + 0 = 2. 
Therefore, 0 is an identity element. 


Sometimes a set does not have an identity element 
for some operation. For example, the set of even numbers 
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Identity property 


has no identity element for multiplication, although there 
is an identity element for addition. Most mathematical 
systems require an identity element. For example, a 
group of transformations could not exist without an 
identity element; that is, the transformation that leaves 
an element of the group unchanged. 


See also Identity property; Set theory. 


l Identity property 


When a set possesses an identity element for a given 
operation, the mathematical system of the set and oper- 
ation is said to possess the identity property for that 
operation. An identity element is defined as any mathe- 
matical object that, when applied by an operation 
such as addition or multiplication, to another mathe- 
matical object such as a number leaves the other object 
unchanged. The two most familiar examples are 0, 
which when added to a number gives the number; 
and 1, which is an identity element for multiplication. 


For addition, the identity property is called the 
additive identity. For multiplication, it is called the 
multiplicative identity. 


Generally, the set of all functions of a variable over 
the real numbers has the identity element, or identity 
function, I(x) = x. In other words, if f(x) is any function 
over the real numbers, then f(I(x)) = I(f(x)) = f(x). 


For the case of addition, as a simple example, 
0 + a = a, where a is any number; so 0 Is the identity 
number because any value for a remains unchanged in 
the operation for addition. In a simple example for 
multiplication, 1 x b = b, where b is any number; so 
1 is the identity number because any value for b remains 
unchanged in the operation for multiplication. 


See also Function; Identity element. 


Igneous extrusions see Igneous rocks 


Igneous intrusions see Igneous rocks 


l Igneous rocks 


Igneous rocks are formed by the cooling and hard- 
ening of molten magma. The word igneous comes from 
the Latin word igneus, meaning fire, and there are two 
main types of igneous rocks: intrusive and extrusive. 
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Ropelike, twisted lava like this is called pahoehoe. (ULM Visuals.) 


Intrusive igneous rock forms within Earth’s crust; the 
molten material rises, filling voids or melting overlying 
rocks, and eventually hardens. Intrusive rocks are also 
called plutonic rocks, named after the Greek god Pluto, 
god of the underworld. Extrusive igneous rocks form 
when the magma, called lava once it reaches the sur- 
face, flows onto Earth’s surface. Extrusive rocks are 
also known as volcanic rocks. 


Igneous rocks are classified according to their 
texture and mineral or chemical content. The texture 
of the rock is determined by the rate of cooling. The 
slower the rock cools, the larger the crystals form. 
Because the magma chamber is well insulated by the 
surrounding country rock, intrusive rocks cool very 
slowly and can form large, well developed crystals. 
Rapid cooling results in smaller, often microscopic, 
grains. Some extrusive rocks produced in explosive 
volcanic eruptions solidify in the air before they hit 
the ground. Sometimes the rock mass starts to cool 
slowly, forming large crystals, and then finishes cool- 
ing rapidly, resulting in rocks that have larger crystals 
surrounded by a fine-grained matrix. This is known as 
a porphyritic texture. Other extrusive rocks cool 
before the chemical constituents of the melt are able 
to arrange themselves into any crystalline form. These 
are said to have glassy texture and include the rocks 
obsidian and pumice. 


The chemistry of the magma determines the min- 
erals that will crystallize and their relative abundance in 
the rocks that form. Light-colored igneous rocks are 
likely to contain high proportions of light colored min- 
erals, such as quartz and feldspars and are called felsic. 
Dark rocks will contain iron and magnesium-rich min- 
erals like pyroxene and olivine and are known as mafic 
rocks. Those rocks with a color falling between the two 
are said to have an intermediate composition. The 
sequence of crystallization as temperatures decrease is 
represented by Bowen’s reaction series. 
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Once the composition and texture of the rock are 
determined, they are combined to establish the name of 
the rock. For example, a coarse-grained, felsic rock is 
called granite and a fine-grained felsic rock is called rhyo- 
lite. These two rocks are composed of the same minerals, 
but the slow cooling history of the granite has allowed its 
crystals to grow larger. These are some of the most famil- 
iar igneous rocks because continental portions of the crust 
are built largely of rock that is similar in composition to 
these felsic rocks. Coarse-grained and fine-grained mafic 
rocks are called gabbro and basalt, respectively. Each of 
these is easily recognized by their dark color. In general, 
oceanic crustal plates are primarily mafic in chemistry. 
Diorite and andesite are the respective names for coarse- 
and fine-grained rocks of intermediate composition. 
While geologists sometimes use more detailed classifica- 
tion systems, this basic method is used for preliminary 
differentiation of crystalline igneous rocks. 


Certain igneous rocks are named on the basis of 
particular features. Fragmental rocks like tuff and 
volcanic breccia are named on the basis of the size of 
particles of volcanic material ejected during an erup- 
tion. Tuffis composed of fine particles of volcanic ash, 
whereas breccia includes larger pieces of broken rock. 
Obsidian, pumice, and scoria have a non-crystalline, 
glassy texture that can be distinguished on the basis of 
the quantity of trapped gas. Obsidian contains no such 
gas, but pumice has so many gas bubbles that it will 
float on water. Scoria is produced by the cooling of 
frothy mafic lava. 


Earth’s tectonic plates are continually shifting and 
altered by earthquakes and volcanoes. As old plates are 
drawn downward into the mantle, rock is recycled 
through melting. New igneous material is continually 
added to the crust along plate margins and other loca- 
tions through igneous intrusions and volcanic activity. 
Igneous rocks represent both the ancient history of the 
formation of the earth and modern episodes of regener- 
ation. Associated igneous processes are evidence of the 
continuing activity of Earth’s interior and the form and 
composition of each of the igneous rocks give clues as to 
the conditions and processes under which they formed. 


See also Plate tectonics; Volcano. 


l Iguanas 


Iguanas are large, ancient, herbivorous lizards 
with a stocky trunk, long, slender tail, scaly skin, and 
a single row of spines from the nape of the neck to the 
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tip of the tail. On either side of the head is an eye witha 
round pupil and with moveable lids. The well-defined 
snout has two nostrils, the mouth houses a short, thick 
tongue, and dangling beneath the chin is a “dewlap,” 
or throat fan. Iguanas are well equipped for speed and 
climbing with four short, thick, powerful legs, each 
with five long thin toes tipped with strong claws. 
Iguanas are found in warm, temperate, and tropical 
zones and, depending on the species, live in trees, 
holes, burrows, and among rocks. Iguanas are ovipar- 
ous (egg-laying), diurnal (active during the day), and 
ectothermic (cold-blooded), thermoregulating by 
basking in the sun or sheltering in the shade. Iguanas 
are found only in the New World, and were completely 
unknown in the Old World until European explorers 
discovered the Americas. 


Classification and characteristics 


More than 30 species of iguanas belong to the 
ubfamily Iguaninae, of the family Iguanidae. Iguanas 
are assigned to seven genera, their common names 
being banded iguanas (Brachylophus), land iguanas 
(Conolophus), spiny-tailed iguanas (Ctenosaura), ground 
iguanas (Cyclura), desert iguanas (Dipsosaurus), green 
iguanas (Iguana), marine iguanas (Amblyncus), and 
chuckwallas (Sauromalus). 


Size, weight, and longevity vary between species. 
Large land iguanas of the Galapagos Islands range in 
weight from a hefty 26.5 lb (12 kg) to less than 11 Ib 
(5 kg), while the tiny ground iguana of the Bahamas 
and West Indies weighs scarcely 2 Ib (1 kg). 


Distribution and diet 


Iguanas are believed to be monophyletic, that is, 
they have evolved from a single ancestral type dating 
back to the extinction of the dinosaurs. Except for 
the banded iguana of the Fijian islands, all species 
are found exclusively in the Western Hemisphere. 
Marine iguanas are the only living lizard that spends 
time in the ocean, exclusively existing on algae 
gathered from rocks either by diving or foraging on 
tidally exposed reefs. Only the banded iguana and 
the green iguana of South America are found in 
wet tropics, while all other species inhabit dry 
environments. 


Iguanas are strictly herbivorous—with the excep- 
tion of the spiny-tailed iguana whose young eat insects 
and a few species which occasionally eat readily avail- 
able meat. Iguanas are selective about their diet, pre- 
ferring easily digested fruit, flower buds, and tender 
young leaves. 
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Iguanas 


Achuckwalla (Sauromalus obesus) at the Arizona Sonora Desert Museum, Arizona. This lizard basks in the sun during the day to 
reach its preferred body temperature of 100°F (38°C). (Robert J. Huffman. Field Mark Publications.) 


Reproduction 


After reaching sexual maturity, iguanas repro- 
duce annually until death. Green iguanas mature dur- 
ing their second or third year and live to be 10 or 12 
years old, while the large land iguana attains adult- 
hood around 10 years, and may live to age 40. Adult 
males establish mating territories and are selected by 
females who prefer larger males. Females may court 
several males before choosing a mate, and one male 
may be chosen by several females, all of which take up 
residence in the male’s territory. 


Several weeks after mating, the female selects a 
nesting site where she digs a burrow, creates a special 
chamber, and lays her single clutch of eggs. Seven to 12 
weeks after mating, the green iguana lays 20 to 30 eggs, 
each about 1.5 in (4 cm) long. The banded iguana lays 
three to six eggs, each about 1 in (3 cm) long, approx- 
imately six weeks after mating. 


After laying her eggs, the female exits and fills in 
her burrow, leaving an air pocket in the chamber for 
the hatchlings, which appear three to four months 
later at the onset of the rainy season, when food is 
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abundant. The banded iguana is unique in that egg 
incubation takes an unusually long five to eight months. 
The young hatch simultaneously and dig to the sur- 
face. In most species, only a small percentage of hatch- 
lings reach maturity. 


Display patterns as attractions and 
deterrents 


Males of most species use head bobbing, pushups, 
and expansion of the dewlap to attract a mate. More 
threatening postures, such as opening the mouth, 
tongue-flicking, and snorting, are added when defend- 
ing territories or warding off rivals. Banded iguanas 
also puff up their torso and their green bands become 
much darker, increasing the contrast with their pale 
blue-green bands. Physical aggression is rare, and the 
occasional clash results in head-thrashing, tail-swinging, 
and sometimes biting, with the loser creeping quietly 
away. Females usually only show aggression when 
contesting for, or defending, nesting sites. Each species 
has a distinct display pattern which seems to aid in 
recognition. 
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KEY TERMS 


Dewlap—A loose fold of skin that hangs from 
beneath the chin. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Ectothermic—A_ cold-blooded animal, whose 
internal body temperature is similar to that of its 
environment. Ectotherms produce little body heat, 
and are dependent on external sources (such as the 
sun) to keep their body temperature high enough to 
function efficiently. 


Monophyletic—Evolving from a single ancestral 
type. 

Thermoregulate—Regulate and _ control 
temperature. 


body 


Popularity and extinction 


The green iguana is the largest, most prolific, and 
best-known species in the Americas, and is in great 
demand in the United States where proud owners can 
be seen parading this gentle green lizard on their 
shoulders, restrained in specially designed harnesses. 
This arboreal (tree-dwelling) lizard naturally inhabits 
the periphery of rainforests from Mexico to the tip of 
South America. Green iguanas live in groups near 
rivers and water holes, and lie along tree limbs high 
above the water, basking in the sun as still as statues, 
prepared to plunge if danger approaches. Green igua- 
nas are excellent swimmers, and can remain sub- 
merged for 30 minutes, often surfacing in a safer 
location. 


Few iguanas escape the skilled, professional 
human hunter, however, for apart from their value in 
the pet trade, their eggs are dietary delicacies, as is 
their flesh, which is often called “gallina de palo,” or 
“tree chicken.” Iguana meat is credited with medicinal 
properties that supposedly cure such conditions as 
impotency. 


While all iguanas have natural predators such as 
snakes, carnivorous birds, and wild canines, most spe- 
cies are in danger of extinction from human actions— 
direct capture, habitat destruction, introduction of 
domestic and feral mammals, pesticides, and firearms. 
Fortunately, green iguanas are now being successfully 
bred in captivity for both the food and pet trades. 
Some conservation efforts for this and other species 
have been implemented in the form of protective 
legislation, wildlife reserves, and public awareness 
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campaigns. However, much effort is still necessary to 
prevent the rapidly increasing destruction of these 
ancient, docile herbivores. 


See also Herbivore. 
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I Imaginary number 


The number i = \—1 is the basis of any imagi- 
nary number, which, in general, is any real number 
times i. For example, 5i is an imaginary number and is 
equivalent to —1 + 5. The real numbers are those 
numbers that can be expressed as terminating, repeat- 
ing, or nonrepeating decimals; they include positive 
and negative numbers. The product of two negative 
real numbers is always positive. Thus, there is no real 
number that equals—1 when multiplied by itself—that 
is, no real number satisfies the equation x* =—1 in the 
real number system. The imaginary number i was 
invented to provide a solution to this equation, and 
every imaginary number represents the solution to a 
similar equation (e.g., 5i is a solution to the equation 
x” =—25). 


In addition to providing solutions for algebraic 
equations, the imaginary numbers, when combined 
with the real numbers, form the complex numbers. 
Each complex number is the sum of a real number 
and an imaginary number, such as (6 + 9i). The com- 
plex numbers are very useful in mathematical analysis, 
the study of electricity and magnetism, the physics of 
quantum mechanics, and in the practical field of elec- 
trical engineering. In terms of the complex numbers, 
the imaginary numbers are equivalent to those com- 
plex numbers for which the real part is zero. 


See also Square root. 
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Immune system 


l Immune system 


The immune system protects the body from 
disease-causing microorganisms. It consists of two 
levels of protection, the non-specific defenses and the 
specific defenses. The non-specific defenses, such as 
the skin and mucous membranes, prevent microorgan- 
isms from entering the body. The specific defenses are 
activated when microorganisms evade the non-specific 
defenses and invade the body. Only starting in the 
nineteenth century and continuing into the twentieth 
century have the components of the immune system 
and the ways in which it works been discovered. More 
remains to be clarified in the twenty-first century. 


The human body is constantly bombarded with 
microorganisms, many of which can cause disease. 
Some of these microorganisms are viruses, such as 
those that cause colds and influenza; other microor- 
ganisms are bacteria, such as those that cause pneu- 
monia and food poisoning. Still other microorganisms 
are parasites or fungi. Usually, the immune system is 
so efficient that most people are unaware of the battle 
that takes place almost everyday, as the immune sys- 
tem rids the body of harmful invaders. However, when 
the immune system is injured or destroyed, the con- 
sequences are severe. For instance, acquired immune 
deficiency syndrome (AIDS) is caused by a virus— 
human immunodeficiency virus (HIV)—that attacks 
a key immune system cell, the helper T-cell lympho- 
cyte. Without these cells, the immune system cannot 
function. People with AIDS cannot fight off the 
microorganisms that constantly bombard __ their 
bodies, and eventually succumb to infections that a 
healthy immune system would effortlessly neutralize. 


History 


Since ancient times, medical observers had noticed 
that the body seemed to have powers to protect itself 
and resist disease. In particular, people who survived 
some infectious diseases did not suffer from those dis- 
eases again during their lifetime. This led to the practice 
of variolation in Asia, whereby people were injected 
with a mild case of smallpox to prevent the later devel- 
opment of a severe case of the disease. Lady Mary 
Wortley-Montague (1689-1762) introduced variola- 
tion to Britain from the Ottoman Empire in 1720. 
The procedure was rather dangerous, however, because 
the injected person could develop an acute rather than 
mild case of smallpox, which could lead to an epidemic. 


The true roots of immunology—or the study of the 
immune system—date from 1796 when English physician 
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Colored scanning electron micrograph of a white blood cell 
(pink and white) attacking a Staphylococcus aureus 
bacterium (yellow). (Juergen Berger. Max-Planck Institute/ 
Science Photo Library/Photo Researchers, Inc.) 


Edward Jenner (1749-1823) discovered a method of 
smallpox vaccination. He noted that dairy workers who 
contracted cowpox from milking infected cows were 
thereafter resistant to smallpox. In 1796, Jenner injected 
a young boy with material from a milkmaid who had an 
active case of cowpox. After the boy recovered from his 
own resulting cowpox, Jenner inoculated him with small- 
pox; the boy was immune. After Jenner published the 
results of this and other cases in 1798, the practice of 
Jennerian vaccination spread rapidly. 


It was French microbiologist Louis Pasteur 
(1822-1895) who established the cause of infectious 
diseases and the medical basis for immunization. First, 
Pasteur formulated his germ theory of disease—the 
concept that disease is caused by communicable 
microorganisms. In 1880, Pasteur discovered that 
aged cultures of fowl cholera bacteria lost their 
power to induce disease in chickens but still conferred 
immunity to the disease when injected. He went on to 
use attenuated (weakened) cultures of anthrax and 
rabies to vaccinate against those diseases. American 
scientists Theobald Smith (1859-1934) and Daniel 
Salmon (1850-1914) showed in 1886 that bacteria 
killed by heat could also confer immunity. 
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Bacteria attempting to invade the body are first ; 
confronted with the non-specific defenses: wv They are digested 
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Antigen on bacterial 
cell surface 
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Those that enter the body, 
perhaps through a break in 
the skin, trigger the inflamatory 
response. 


Macrophages recruited to the site 
of the invasion recognize the 
bacteria are foreign because they 
don't display the body's MHC code. 


MHC marker 


The macrophages engulf and 
degrade the bacteria, but 
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B-cell lymphocytes with 
antibodies on their surfaces 
specific to the antigens of 
invading bacteria bind to them, 
take in some of the antigen, 
and display it on their own 
surfaces. 


Helper 
T-cell 


Secretions from helper 
T-cells bound to APCs 
stimulate antigen displaying 
B-cells to grow and divide 
into both plasma cells and 
memory B-cells. 


preserve the antigens, which 
they display on their own 
surfaces. An antigen 
presenting macrophage is 
called an APC. 


Helper T-cell lymphocytes recognize 
macrophages that are displaying both 
their own copy of the body's MHC 
code and the antigens of an invader 
and bind to them. 


IgG antibodies 


Plasma cell 
Memory 


B-cell 


The presence of memory 
cells allows the body to 
respond more quickly to 
future invasions by the 
same bacteria. When an 


A plasma cell lives for less 
than a week, but while it does 
it secretes over 2000 antibody 
molecules per second. 


antigen is recognized, 
memory B-cells undergo 

rapid growth and differentiation 
into plasma cells. 


Free antibodies bind 
to the antigens of the 
invading bacteria and 
target them for 
destruction. 


The antibody-mediated immune response. (Hans & Cassidy. Courtesy of Gale Group.) 


Why vaccination imparted immunity was not yet 
known. In 1888, Pierre-Paul-Emile Roux (1853-1933) 
and Alexandre Yersin (1863-1943) showed that 


diphtheria bacillus produced a toxin that the body 
responded to by producing an antitoxin. German bac- 
teriologist Emil von Behring (1854-1917) and Japanese 
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Immune system 


A macrophage that has processed viral 
antigens displays them on its surface. 


A virus that has invaded a cell 

in the body takes over the 

metabolism of the cell, which 

then displays the antigens of 

the virus in conjunction with its : Helper T-cell lymphocytes recognize 

own copy of the body's MHC macrophages displaying both the antigens 

code. of an invader and the body's MHC code 
and bind to them. The helper cells begin 
to grow and divide. 


Antigen 
The surface receptor systems of 
inactive cytotoxic T-cells recognize 
cells displaying the antigen-MHC 
code combination and bind to them. 


Secretions from helper T-cells bound 
to antigen presenting macrophages 
Inactive (APCs) activate the cytotoxic cells. 
cytotoxic 
T-cell 


Activated cytotoxic T-cells 
grow and divide. 


Some become memory 
T-cells which allow the 
body to respond more 
quickly to future invasions 
by the same virus. 


Activated 
cytotoxic T-cell 


Some attack virus-infected 
cells, killing them directly 
with a toxin or by punching 
holes in them, and indirectly 
by secreting a substance that 
causes nearby macrophages 
to kill them. 


The cell-mediated immune response. (Hans & Cassidy. Courtesy of Gale Group.) 


physician Shibasaburo Kitasato (1852-1931) found a conferred by substances in the blood, which he called 
similar toxin-antitoxin reaction in tetanus in 1890. antitoxins, or antibodies. In 1894, Richard Pfeiffer 
They discovered that small doses of tetanus or diph- — (1858-1945) found that antibodies killed cholera bac- 
theria toxin produced immunity, and that thisimmun- teria (bacterioloysis). German bacteriologist Hans 
ity could be transferred from animal to animal via = Buchner (1850-1902) in 1893 discovered another 
serum. Von Behring concluded that the immunity was _ important blood substance called complement (Buchner’s 
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term was al/exin), and Belgian bacteriologist Jules Bordet 
(1870-1961) in 1898 found that it enabled the antibodies 
to combine with antigens (foreign substances) and destroy 
or eliminate them. It became clear that each antibody 
acted only against a specific antigen. Austrian American 
immunologist and pathologist Karl Landsteiner (1868— 
1943) was able to use this specific antigen-antibody reac- 
tion to distinguish the different blood groups. 


A new element was introduced into the growing body 
of immune system knowledge during the 1880s by the 
Russian microbiologist Elie Metchnikoff (1845-1916). 
He discovered cell-based immunity: white blood cells 
(leucocytes), which Metchnikoff called phagocytes, 
ingested and destroyed foreign particles. Considerable 
controversy flourished between the proponents of cell- 
based and blood-based immunity until 1903, when 
British bacteriologist and immunologist Sir Almroth 
Edward Wright (1861-1947) brought them together by 
showing that certain blood substances were necessary 
for phagocytes to function as bacteria destroyers. A 
unifying theory of immunity was posited by German 
scientist Paul Ehrlich (1854-1915) in the 1890s; his 
side-chain theory explained that antigens and antibod- 
ies combine chemically in fixed ways, like a key fits 
into a lock. Until now, immune responses were seen as 
purely beneficial. In 1902, however, French physiolo- 
gist Charles Richet (1850-1935) and French physiolo- 
gist Paul Portier (1866-1962), demonstrated extreme 
immune reactions in test animals that had become 
sensitive to antigens by previous exposure. This phe- 
nomenon of hypersensitivity, called anaphylaxis, 
showed that immune responses could cause the body 
to damage itself. Hypersensitivity to antigens also 
explained allergies, a term coined by Austrian physi- 
cian Clemens von Pirquet in 1906. 


By the early 1900s immunology had become an 
established medical field with its own journals, first in 
Germany in 1909 and then in the United States in 1916 
(the latter published by the world’s first immunology 
society, founded in 1913). 


Much more was learned about antibodies in the mid- 
twentieth century, including the fact that they are proteins 
of the gamma globulin portion of plasma and are pro- 
duced by plasma cells; their molecular structure was also 
worked out. An important advance in immunochemistry 
came in 1935 when Michael Heidelberger (1881-1991) 
and Edward Kendall (1886-1972) developed a method 
to detect and measure amounts of different antigens and 
antibodies in serum. Immunobiology also advanced. 
Australian biologist Sir Frank Macfarlane Burnet 
(1899-1985) suggested that animals did not produce anti- 
bodies to substances they had encountered very early in 
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life; Brazilian-born British zoologist Peter Medawar 
(1915-1987) proved this idea in 1953 through experiments 
on mouse embryos. 


In 1957, Burnet put forth his clonal selection theory to 
explain the biology of immune responses. On meeting an 
antigen, an immunologically responsive cell (shown by 
C.S. Gowans [1923-] in the 1960s to be a lymphocyte) 
responds by multiplying and producing an identical set of 
plasma cells, which in turn manufacture the specific anti- 
body for that antigen. Further cellular research has shown 
that there are two types of lymphocytes (nondescript 
lymph cells): B-lymphocytes, which secrete antibody, 
and T-lymphocytes, which regulate the B-lymphocytes 
and either kill foreign substances directly (killer T 
cells) or stimulate macrophages to do so (helper T 
cells). Lymphocytes recognize antigens by character- 
istics on the surface of the antigen-carrying molecules. 
Researchers in the 1980s uncovered many more intri- 
cate biological and chemical details of the immune 
system components and the ways in which they 
interact. 


Knowledge about the immune system’s role in rejec- 
tion of transplanted tissue became extremely important as 
organ transplantation became surgically feasible. Peter 
Medawar’s work in the 1940s showed that such rejection 
was an immune reaction to antigens on the foreign tissue. 
Canadian neurologist Donald Calne (1936-) showed in 
1960 that immunosuppressive drugs—drugs that suppress 
immune responses—reduced transplant rejection, and 
these drugs were first used on human patients in 1962. In 
the 1940s, American geneticist George D. Snell 
(1903-1996) discovered in mice a group of tissue- 
compatibility genes that played an important role in con- 
trolling acceptance or resistance to tissue grafts. French 
immunologist Jean Dausset (1916—) found human MHC 
(major histocompatability complex), a set of antigens to 
human leucocytes (white blood cells), called HLA (human 
leucocyte antigen). Matching of HLA in donor and recip- 
ient tissue is an important technique to predict compati- 
bility in transplants. Venezuelan-born American 
immunologist Baruj Benacerraf (1920-) in 1969 showed 
that an animal’s ability to respond to an antigen was 
controlled by genes in the MHC complex. 


In the late 1960s, Ion Gresser (1928—) discovered 
that the protein interferon acts against cancerous 
tumors. After the development of genetically engi- 
neered interferon in the mid-1980s finally made the 
substance available in practical amounts, research into 
its use against cancer accelerated. The invention of 
monoclonal antibodies in the mid-1970s was a major 
breakthrough. Increasingly sophisticated knowledge 
about the workings of the immune system holds out 
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Immune system 


the hope of finding an effective method to combat one 
of the most serious immune system disorders, AIDS 
(acquired immune deficiency syndrome). 


Organs of the immune system 


The organs of the immune system either make the 
cells that participate in the immune response or act 
as sites for immune function. These organs include the 
lymphatic vessels, lymph nodes, tonsils, thymus, Peyer’s 
patch, and spleen. The lymph nodes are small aggrega- 
tions of tissues interspersed throughout the lymphatic 
system. White blood cells (lymphocytes) that function in 
the immune response are concentrated in the lymph 
nodes. Lymphatic fluid circulates through the lymph 
nodes via the lymphatic vessels. As the lymph filters 
through the lymph nodes, foreign cells of microorgan- 
isms are detected and overpowered. 


The tonsils contain large numbers of lympho- 
cytes. Located at the back of the throat and under 
the tongue, the tonsils filter out potentially harmful 
bacteria that may enter the body via the nose and 
mouth. Peyer’s patches are lymphatic tissues that per- 
form this same function in the digestive system. 
Peyer’s patches are scattered throughout the small 
intestine and the appendix. They are also filled with 
lymphocytes that are activated when they encounter 
disease-causing microorganisms. 


The thymus gland is another site of lymphocyte pro- 
duction. Located within the upper chest region, the thy- 
mus gland is most active during childhood when it makes 
large numbers of lymphocytes. The lymphocytes made 
here do not stay in the thymus, however; they migrate to 
other parts of the body and concentrate in the lymph 
nodes. The thymus gland continues to grow until puberty; 
during adulthood, however, the thymus shrinks in size 
until it is sometimes impossible to detect in x rays. 


Bone marrow, found within the bones, also produ- 
ces lymphocytes. These lymphocytes migrate out of the 
bone marrow to other sites in the body. Because bone 
marrow is an integral part of the immune system, certain 
bone cancer treatments that require the destruction of 
bone marrow are extremely risky, because without bone 
marrow, a person cannot make lymphocytes. People 
undergoing bone marrow replacement must be kept in 
strict isolation to prevent exposure to viruses or bacteria. 


The spleen acts as a reservoir for blood and any 
rupture to the spleen can cause dangerous internal 
bleeding, a potentially fatal condition. The spleen 
also destroys worn-out red blood cells. Moreover, 
the spleen is also a site for immune function, since it 
contains lymphatic tissue and produces lymphocytes. 
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Overview of the immune system 


For the immune system to work properly, two 
things must happen: First, the body must recognize 
that it has been invaded by foreign microorganisms. 
Second, the immune response must be quickly acti- 
vated before many body tissue cells are destroyed by 
the invaders. 


How the immune system recognizes foreign 
invaders 


The cell membrane of every cell is studded with 
various proteins that protrude from the surface of the 
membrane. These proteins are a kind of name tag 
called the major histocompatibility complex (MHC). 
They identify all the cells of the body as belonging to 
the self. An invading microorganism, such as a bacte- 
rium, does not have the self MHC on its surface. When 
an immune system cell encounters this non-self cell, it 
alerts the body that it has been invaded by a foreign 
cell. Every person has their own unique MHC. For 
this reason, organ transplants are often unsuccessful 
because the immune system interprets the trans- 
planted organ as foreign, since the transplanted 
organ cells have a non-self MHC. Organ recipients 
usually take immunosuppressant drugs to suppress 
the immune response, and every effort is made to 
transplant organs from close relatives, who have 
genetically similar MHCs. 


In addition to a lack of the self MHC, cells that 
prompt an immune response have foreign molecules 
(called antigens) on their membrane surfaces. An anti- 
gen is usually a protein or polysaccharide complex on 
the outer layer of an invading microorganism. The 
antigen can be a viral coat, the cell wall of a bacterium, 
or the surface of other types of cells. Antigens are 
extremely important in the identification of foreign 
microorganisms. The specific immune response 
depends on the ability of the immune lymphocytes to 
identify the invader and create immune cells that spe- 
cifically mark the invader for destruction. 


How the two defenses work together 


The immune system keeps out microorganisms 
with nonspecific defenses. Nonspecific defenses do 
not involve identification of the antigen of a micro- 
organism; rather the nonspecific defenses simply react 
to the presence of a non-self cell. Oftentimes, these non- 
specific defenses effectively destroy microorganisms. 
However, if they are not effective and the microorgan- 
isms manage to infect tissues, the specific defenses are 
activated. The specific defenses work by recognizing 
the specific antigen of a microorganism and mounting 
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a response that targets the microorganism for destruc- 
tion by components of the non-specific system. The 
major difference between the non-specific defenses 
and the specific defenses is that the former impart a 
general type of protection against all kinds of foreign 
invaders, while the specific defenses create protection 
that is tailored to match the particular antigen that has 
invaded the body. 


The nonspecific defenses 


The nonspecific defenses consist of the outer bar- 
riers, the lymphocytes, and the various responses that 
are designed to protect the body against invasion by 
any foreign microorganism. 


Barriers: skin and mucous membranes 


The skin and mucous membranes act as effective 
barriers against harmful invaders. The surface of the 
skin is slightly acidic, which makes it difficult for many 
microorganisms to survive. In addition, the enzyme 
lysozyme, which is present in sweat, tears, and saliva, 
kills many bacteria. Mucous membranes line many of 
the body’s entrances, such as those that open into the 
respiratory, digestive, and uro-genital tract. Bacteria 
become trapped in the thick mucous layers and are 
thus prevented from entering the body. In the upper 
respiratory tract, the hairs that line the nose also trap 
bacteria. Any bacteria that are inhaled deeper into the 
respiratory tract are swept back out again by the 
cilia—tiny hairs—that line the trachea and bronchii. 
One reason why smokers are more susceptible to res- 
piratory infections is that hot cigarette smoke disables 
the cilia, slowing the movement of mucus and bacteria 
out of the respiratory tract. Within days of quitting 
smoking, the cilia regenerate and new non-smokers 
then cough and bring up large amounts of mucus, 
which eventually subsides. 


Nonspecific immune cells 


Nonspecific lymphocytes carry out search-and- 
destroy missions within the body. If these cells encoun- 
ter a foreign microorganism, they will either engulf the 
foreign invader or destroy the invader with enzymes. 
The following is a list of non-specific lymphocytes: 


Macrophages are large lymphocytes that engulf 
foreign cells. Because macrophages ingest other cells, 
they are also called phagocytes (phagein, to eat; kytos, 
cell). 


Neutrophils are cells that migrate to areas where 
bacteria have invaded, such as entrances created by cuts 
in the skin. Neutrophils phagocytize microorganisms and 
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release microorganism-killing enzymes. Neutrophils die 
quickly; pus is an accumulation of dead neutrophils. 


Natural killer cells kill body cells infected with 
viruses, by punching a hole in the cell membrane, 
causing the cell to lyse, or break apart. 


The inflammatory response 


The inflammatory response is an immune response 
confined to a small area. When a finger is cut, the area 
becomes red, swollen, and warm. These signs are evi- 
dence of the inflammatory response. Injured tissues 
send out signals to immune system cells, which quickly 
migrate to the injured area. These immune cells per- 
form different functions: some engulf bacteria, while 
others release bacteria-killing chemicals. Other immune 
cells release a substance called histamine, which causes 
blood vessels to become wider (dilate), thus increasing 
blood flow to the area. All of these activities promote 
healing in the injured tissue. 


An inappropriate inflammatory response is the 
cause of allergic reactions. When a person is allergic 
to pollen, the body’s immune system is reacting to 
pollen (a harmless substance) as if it was a bacterium 
and an immune response is prompted. When pollen is 
inhaled it stimulates an inflammatory response in the 
nasal cavity and sinuses. Histamine is released that 
dilates blood vessels, and also causes large amounts 
of mucous to be produced, leading to a runny nose. In 
addition, histamine stimulates the release of tears and 
is responsible for the watery eyes and nasal congestion 
typical of allergies. 


To combat these reactions, many people take 
drugs that deactivate histamine. These drugs, called 
antihistamines, are available over-the-counter and by 
prescription. Some allergic reactions, involve the pro- 
duction of large amounts of histamine that impairs 
breathing and necessitates prompt emergency care. 
People prone to these extreme allergic reactions must 
carry a special syringe with epinephrine (adrenalin), a 
drug that quickly counteracts this severe respiratory 
reaction. 


Complement 


The complement system is a group of more than 
20 proteins that complement other immune responses. 
When activated, the complement proteins perform a 
variety of functions: they coat the outside of micro- 
organisms, making them easier for immune cells 
to engulf; they stimulate the release of histamine in 
the inflammatory response; and they destroy virus- 
infected cells by puncturing the plasma membrane of 
the infected cell, causing the cell to burst open. 
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Immune system 


Specific immune defenses 


The specific immune response is activated when 
microorganisms evade the nonspecific defenses. Two 
types of specific defenses destroy microorganisms in 
the human body: the cell-mediated response and the 
antibody response. The cell-mediated response attacks 
cells that have been infected by viruses. The antibody 
response attacks both free viruses that have not yet 
penetrated cells, and bacteria, most of which do not 
infect cells. However, some bacteria, such as the myco- 
bacteria that cause tuberculosis, do infect cells. 


Specific immune cells 


Two kinds of lymphocytes operate in the specific 
immune response: T lymphocytes and B lymphocytes, 
(T lymphocytes are made in the thymus gland, while 
B lymphocytes are made in bone marrow). The T and B 
lymphocytes migrate to other parts of the lymphatic 
system, such as the lymph nodes, Peyer’s patches, and 
tonsils. Non-specific lymphocytes attack any foreign cell, 
while B and T lymphocytes are individually configured to 
attack a specific antigen. In other words, the blood and 
lymph of humans have T-cell lymphocytes that specifi- 
cally target the chickenpox virus, T-cell lymphocytes that 
target the diphtheria virus, and so on. When T-cell lym- 
phocytes specific for the chickenpox virus encounter a 
body cell infected with this virus, the T cell multiplies 
rapidly and destroying the invading virus. 


Memory cells 


After the invader has been neutralized, some 
T cells remain behind. These cells, called memory 
cells, impart immunity to future attacks by the virus. 
Once a person has had chickenpox, memory cells 
quickly stave off subsequent infections. This secon- 
dary immune response, involving memory cells, is 
much faster than the primary immune response. 


Some diseases, such as smallpox, are so dangerous 
that it is better to artificially induce immunity rather 
than to wait for a person to create memory cells after 
an infection. Vaccination injects whole or parts of 
killed viruses or bacteria into the bloodstream, 
prompting memory cells to be made without a person 
developing the disease. 


Helper T cells 


Helper T cells are a subset of T-cell lymphocytes that 
play a significant role in both the cell-mediated and anti- 
body immune responses. Helper T cells are present in 
large numbers in the blood and lymphatic system, 
lymph nodes, and Peyer’s patches. When one of the 
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body’s macrophage cells ingests a foreign invader, it dis- 
plays the antigen on its membrane surface. These antigen- 
displaying-macrophages, or APCs, are the immune sys- 
tem’s distress signal. When a helper T cell encounters an 
APC, it immediately binds to the antigen on the macro- 
phage. This binding unleashes several powerful chemicals 
called cytokines. Some cytokines, such as interleukin I, 
stimulate the growth and division of T cells. Other cyto- 
kines play a role in the fever response, another non- 
specific immune defense. Still another cytokine, called 
interleukin I, stimulates the division of cytotoxic 
T cells, key components of the cell-mediated response. 
The binding also turns on the antibody response. In 
effect, the helper T cells stand at the center of both the 
cell-mediated and antibody responses. 


Any disease that destroys helper T cells destroys 
the immune system. HIV infects and kills helper 
T cells, so disabling the immune system and leaving 
the body helpless to stave off infection. 


B cells and the antibody response 


B-cell lymphocytes, or B cells, are the primary 
players in the antibody response. When an antigen- 
specific B cell is activated by the binding of an APC to 
a helper T cell, it begins to divide. These dividing 
B cells are called plasma cells. The plasma cells, in 
turn, secrete antibodies, proteins that attach to the 
antigen on bacteria or free viruses, marking them for 
destruction by macrophages or complement. After the 
infection has subsided, a few memory B cells persist 
that confer immunity. 


A closer look at antibodies 


Antibodies are made when a B cell specific for the 
invading antigen is stimulated to divide by the binding 
of an APC to a helper T cell. The dividing B cells, 
called plasma cells, secrete proteins called antibodies. 
Antibodies are composed of a special type of protein 
called immunoglobin (Ig). An antibody molecule is 
Y-shaped and consists of two light chains joined to 
two heavy chains. These chains vary significantly 
between antibodies. The variable regions make anti- 
bodies antigen-specific. Constant regions, on the other 
hand, are relatively the same between antibodies. All 
antibody molecules, whether made in response to a 
chickenpox virus or to a Salmonella bacterium, have 
some regions that are similar. 


How antibodies work to destroy invaders 
An antibody does not itself destroy microorganisms. 


Instead, the antibody that has been made in response to a 
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KEY TERMS 


Antibody response—The specific immune response 
that utilizes B cells to neutralize bacteria and free 
viruses. 


Antigen-presenting cell (APC)—A macrophage that 
has ingested a foreign cell and displays the antigen 
on its surface. 


B lymphocyte—Immune system white blood cell 
that produces antibodies. 


Cell-mediated response—The specific immune 
response that utilizes T cells to neutralize cells that 
have been infected with viruses and certain bacteria. 


Complement system—A series of 20 proteins that 
complement the immune system; complement pro- 
teins destroy virus-infected cells and enhance the 
phagocytic activity of macrophages. 

Cytotoxic T cell—A T lymphocyte that destroys 
virus-infected cells in the cell-mediated immune 
response. 

Helper T lymphocyte—The ‘lynch pin’ of specific 
immune responses; helper T cells bind to APCs 
(antigen-presenting cells), activating both the anti- 
body and cell-mediated immune responses. 


Inflammatory response—A non-specific immune 
response that causes the release of histamine into 
an area of injury; also prompts blood flow and 
immune cell activity at injured sites. 


Lymphocyte—White blood cell. 


Macrophage—An immune cell that engulfs foreign 
cells. 


Major histocompatibility complex (MHC)—The 
proteins that protrude from the surface of a cell that 
identify the cell as self. 


specific microorganism binds to the specific antigen on its 
surface. With the antibody molecule bound to its antigen, 
the microorganism is targeted by destructive immune 
cells like macrophages and NK cells. Antibody-tagged 
microorganisms can also be destroyed by the comple- 
ment system. 


T cells and the cell-mediated response 


T-cell lymphocytes are the primary players in the 
cell-mediated response. When an antigen-specific 
helper T cell is activated by the binding of an APC, 
the cell multiplies. The cells produced from this division 
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Memory cell—The T and B cells that remain behind 
after a primary immune response; these cells swiftly 
respond to subsequent invasions by the same 
microorganism. 


Natural killer cell—An immune cell that kills infected 
tissue cells by punching a hole in the cell membrane. 


Neutrophil—An immune cell that releases a bacte- 
ria-killing chemical; neutrophils are prominent in 
the inflammatory response. 


Nonspecific defenses—Defenses such as barriers 
and the inflammatory response that generally target 
all foreign cells. 


Phagocyte—A cell that engulfs another cell. 
Plasma cell—A B cell that secretes antibodies. 


Primary immune response—The immune response 
that is elicited when the body first encounters a 
specific antigen. 

Secondary immune response—The immune response 
that is elicited when the body encounters a specific 
antigen a second time; due to the presence of mem- 
ory cells, this response is usually much swifter than 
the primary immune response. 


Specific defenses—Immune responses that target 
specific antigens; includes the antibody and cell- 
mediated responses. 


Suppressor T cell—T lymphocytes that deactivate T 
and B cells. 


T cells—Immune-system white blood cells that 
enable antibody production, suppress antibody pro- 
duction, or kill other cells. 


Vaccination—Inducing the body to make memory 
cells by artificially introducing antigens into the body. 


are called cytotoxic T cells. Cytotoxic T cells target and 
kill cells that have been infected with a specific micro- 
organism. After the infection has subsided, a few mem- 
ory T cells persist, so conferring immunity. 


How is the immune response ‘turned off?’ 


Chemical signals activate the immune response 
and other chemical signals must turn it off. When all 
the invading microorganisms have been neutralized, 
special T cells (called suppressor T cells) release cyto- 
kines that deactivate the cytotoxic T cells and the 
plasma cells. 
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Immunology 


Current research 


For many years it was believed that the immune 
system responded only to invading antigens and was 
not influenced by psychological events. However, 
building on research that began in the mid-1960s, 
scientists have determined that the immune system is 
also affected by a person’s psychological health, or 
state of mind. This branch of research is referred to 
as pscyhoimmunology, or psychoneuroimmunology 
(the study of the relationship among psychology, neu- 
rology, and immunology). A complex network of nerves, 
hormones, and neuropeptides appear to link the 
immune system and an individual’s psyche. For exam- 
ple, extreme psychological stress has been shown to 
suppress the immune system and accelerate disease in 
people with HIV (human immunodeficiency virus). 
(Short-term stress is believed to have certain benefits 
to the body.) Other psychosocial factors—such as a 
fixation on dying, clinical depression, a lack of pur- 
pose in life, inability to be assertive, and lack of a 
supportive network of friends and family—may also 
affect the immune system. Research into pscyhoim- 
munology focuses on treatments that can impact stress 
levels and other psychological factors. 


Advances in immunological research indicate that 
the immune system may be made of more than 100 
million highly specialized cells designed to combat spe- 
cific antigens. While the task of identifying these cells 
and their functions may be daunting, headway is being 
made. By identifying these specific cells, researchers may 
be able to further advance another promising area of 
immunological research—the use of recombinant DNA 
technology, in which specific proteins can be mass pro- 
duced. This approach has led to new cancer treatments 
that can stimulate the immune system by using synthetic 
versions of proteins released by interferons. 


See also Allergy; Antibody and antigen; Cyclosporine; 
Immunology; Inflammation; Vaccine. 
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l Immunology 


Immunology is the study of how the body 
responds to foreign substances and fights off infection 
and other disease. Immunologists study the molecules, 
cells, and organs of the human body that participate in 
this response. 


The beginnings of our understanding of immunity 
date to 1798, when the English physician Edward 
Jenner (1749-1823) published a report that people 
could be protected from deadly smallpox by sticking 
them with a needle dipped in the material from a cow- 
pox boil. The French biologist and chemist Louis 
Pasteur (1822-1895) theorized that such immuniza- 
tion protects people against disease by exposing them 
to a version of a microbe that is harmless but is enough 
like the disease-causing organism, or pathogen, that 
the immune system learns to fight it. Modern vaccines 
against diseases such as measles, polio, and chicken- 
pox are based on this principle. 


In the late nineteenth century, a scientific debate 
was waged between the German physician Paul 
Ehrlich (1854-1915) and the Russian zoologist Elie 
Metchnikoff (1845-1916). Ehrlich and his followers 
believed that proteins in the blood, called antibodies, 
eliminated pathogens by sticking to them; this phe- 
nomenon became known as humoral immunity. 
Metchnikoff and his students, on the other hand, 
noted that certain white blood cells could engulf and 
digest foreign materials: this cellular immunity, they 
claimed, was the real way the body fought infection. 


Modern immunologists have shown that both the 
humoral and cellular responses play a role in fighting 
disease. They have also identified many of the actors 
and processes that form the immune response. 


The immune response recognizes and responds to 
pathogens via a network of cells that communicate with 
each other about what they have “seen” and whether it 
“belongs.” These cells patrol throughout the body for 
infection, carried by both the blood stream and the 
lymph ducts, a series of vessels carrying a clear fluid 
rich in immune cells. 


The antigen presenting cells are the first line of the 
body’s defense, the scouts of the immune army. They 
engulf foreign material or microorganisms and digest 
them, displaying bits and pieces of the invaders— 
called antigens—for other immune cells to identify. 
These other immune cells, called T lymphocytes, can 
then begin the immune response that attacks the 
pathogen. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


The body’s other cells can also present antigens, 
although in a slightly different way. Cells always dis- 
play antigens from their everyday proteins on their 
surface. When a cell is infected with a virus, or when 
it becomes cancerous, it will often make unusual pro- 
teins whose antigens can then be identified by any of a 
variety of cytotoxic T lymphocytes. These “killer cells” 
then destroy the infected or cancerous cell to protect 
the rest of the body. Other T lymphocytes generate 
chemical or other signals that encourage multiplica- 
tion of other infection-fighting cells. Various types of 
T lymphocytes are a central part of the cellular immune 
response; they are also involved in the humoral 
response, encouraging B lymphocytes to turn into anti- 
body-producing plasma cells. 


The body cannot know in advance what a patho- 
gen will look like and how to fight it, so it creates 
millions and millions of different lymphocytes that 
recognize random antigens. When, by chance, a B or 
T lymphocyte recognizes an antigen being displayed 
by an antigen-presenting cell, the lymphocyte divides 
and produces many offspring that can also identify 
and attack this antigen. The way the immune system 
expands cells that by chance can attack an invading 
microbe is called clonal selection. 


Some researchers believe that while some B and T 
lymphocytes recognize a pathogen and begin to mature 
and fight an infection, others stick around in the blood- 
stream for months or even years in a primed condition. 
Such memory cells may be the basis for the immunity 
noted by the ancient Chinese and by Thucydides. Other 
immunologists believe instead that trace amounts of a 
pathogen persist in the body, and their continued pres- 
ence keeps the immune response strong over time. 


Substances foreign to the body, such as disease- 
causing bacteria, viruses, and other infectious agents 
(known as antigens), are recognized by the body’s 
immune system as invaders. The body’s natural 
defenses against these infectious agents are antibod- 
ies—proteins that seek out the antigens and help 
destroy them. Antibodies have two very useful charac- 
teristics. First, they are extremely specific; that is, each 
antibody binds to and attacks one particular antigen. 
Second, some antibodies, once activated by the occur- 
rence of a disease, continue to confer resistance against 
that disease; classic examples are the antibodies to the 
childhood diseases chickenpox and measles. 


The second characteristic of antibodies makes it 
possible to develop vaccines. A vaccine is a prepara- 
tion of killed or weakened bacteria or viruses that, 
when introduced into the body, stimulates the produc- 
tion of antibodies against the antigens it contains. 
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It is the first trait of antibodies, their specificity, 
that makes monoclonal antibody technology so val- 
uable. Not only can antibodies be used therapeuti- 
cally, to protect against disease; they can also help to 
diagnose a wide variety of illnesses, and can detect the 
presence of drugs, viral and bacterial products, and 
other unusual or abnormal substances in the blood. 


Given such a diversity of uses for these disease- 
fighting substances, their production in pure quanti- 
ties has long been the focus of scientific investigation. 
The conventional method was to inject a laboratory 
animal with an antigen and then, after antibodies had 
been formed, collect those antibodies from the blood 
serum (antibody-containing blood serum is called 
antiserum). There are two problems with this method: 
It yields antiserum that contains undesired substances, 
and it provides a very small amount of usable 
antibody. 


Monoclonal antibody technology allows the pro- 
duction of large amounts of pure antibodies in the 
following way. Cells that produce antibodies naturally 
are obtained along with a class of cells that can grow 
continually in cell culture. The hybrid resulting from 
combining cells with the characteristic of “immortal- 
ity” and those with the ability to produce the desired 
substance, creates, in effect, a factory to produce anti- 
bodies that work around the clock. 


A myeloma is a tumor of the bone marrow that 
can be adapted to grow permanently in cell culture. 
Fusing myeloma cells with antibody-producing mam- 
malian spleen cells, results in hybrid cells, or hybrid- 
omas, producing large amounts of monoclonal 
antibodies. This product of cell fusion combined the 
desired qualities of the two different types of cells, the 
ability to grow continually, and the ability to produce 
large amounts of pure antibody. Because selected 
hybrid cells produce only one specific antibody, they 
are more pure than the polyclonal antibodies pro- 
duced by conventional techniques. They are poten- 
tially more effective than conventional drugs in 
fighting disease, because drugs attack not only the 
foreign substance but also the body’s own cells as 
well, sometimes producing undesirable side effects 
such as nausea and allergic reactions. Monoclonal 
antibodies attack the target molecule and only the 
target molecule, with no or greatly diminished side 
effects. 


While researchers have made great gains in under- 
standing immunity, many big questions remain. 
Future research will need to identify how the immune 
response is coordinated. Other researchers are study- 
ing the immune systems of non-mammals, trying to 
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KEY TERMS 


Autoimmunity—An aberrant immune response 
that attacks the body’s own tissues. 


Cellular immunity—The arm of the immune sys- 
tem that uses cells and their activities to kill patho- 
gens, infected cells, and cancer cells. 


Clonal selection—The process whereby one or a 
few immune cells that by chance recognize an 
antigen multiply when the antigen is present in 
the body. 


Humoral immunity—The arm of the immune sys- 
tem that uses antibodies and other chemicals to 
clear pathogens from the body and to kill infected 
or cancerous cells. 


Immunodeficiency—A condition where the immune 
response is weak or incomplete, allowing patho- 
gens to cause disease more easily. AIDS is a kind of 
immunodeficiency. 


learn how our immune response evolved. Insects, for 
instance, lack antibodies, and are protected only by 
cellular immunity and chemical defenses not known to 
be present in higher organisms. 


Immunologists do not yet know the details behind 
allergy, where antigens like those from pollen, poison ivy, 
or certain kinds of food make the body start 
an uncomfortable, unnecessary, and occasionally life- 
threatening immune response. Likewise, no one knows 
exactly why the immune system can suddenly attack the 
body’s tissues—as in autoimmune diseases like rheuma- 
toid arthritis, juvenile diabetes, systemic lupus erythema- 
tosus, or multiple sclerosis. 


The hunt continues for new vaccines, especially 
against parasitic organisms like the malaria microbe that 
trick the immune system by changing their antigens. Some 
researchers are seeking ways to start an immune response 
that prevents or kills cancers. A big goal of immunologists 
is the search for a vaccine for HIV (human immunodefi- 
ciency virus), the virus that causes AIDS (acquired immu- 
nodeficiency syndrome). HIV knocks out the immune 
system—causing immunodeficiency—by infecting crucial 
T lymphocytes. Some immunologists have suggested that 
the chiefly humoral response raised by conventional vac- 
cines may be unable to stop HIV from getting to lympho- 
cytes, and that a new kind of vaccine that encourages a 
cellular response may be more effective. 


Researchers have shown that transplant rejection 
is just another kind of immune response, with the 
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immune system attacking antigens in the transplanted 
organ that are different from its own. Drugs that sup- 
press the immune system are now used to prevent 
rejection, but they also make the patient vulnerable 
to infection. Immunologists are using their increased 
understanding of the immune system to develop more 
subtle ways of deceiving the immune system into 
accepting transplants. 
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[ Impact crater 


An impact crater is an oval or near-circular 
depression on the surface of a planet, moon, asteroid, 
or other celestial body. Also called simply a crater or 
an impact basin, it is typically the most common type 
of landform seen on the surface of most of the rocky 
and icy planets and satellites in the solar system. 
Impact craters form when a minor planetary body 
(meteoritic fragment, asteroid, or comet) strikes the 
surface of a larger body or major planet. A physical 
scar is excavated on the surface and much energy is 
dispersed in the process. Meteor Crater, also, called 
Barringer Crater, was the first impact crater discov- 
ered by scientists on Earth. It was located in the 1920s 
in Arizona by workers who found pieces of the mete- 
orite that impacted Earth. American geologist Daniel 
Barringer (1860-1929) was one of the first scientists to 
identify the geological features of an impact crater. 
Barringer’s discovery was mostly ignored, as were 
other discoveries, until the Apollo Moon missions 
provided evidence for crating on the moon, which led 
to more serious consideration of past studies of such 
impact craters on the Earth. 


Most impact craters are generally circular, although 
elliptical impact craters are known from very low-angle 
or obliquely impacting projectiles. In addition, some 
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An aerial view of Meteor Crater (near Winslow, Arizona). 
(© Francois Gohier/Photo Researchers.) 


impact craters have been tectonically deformed and, 
thus, are no longer circular. Impact craters may be 
exposed, buried, or partially buried. Geologists distin- 
guish an impact crater, which is rather easily seen, from 
an impact structure, which is an impact crater that may 
be in a state of poor preservation. A meteorite crater is 
distinguished from other impact craters because there 
are fragments of the impacting body preserved near the 
crater. Typically, a meteorite crater is rather small fea- 
ture under 0.62 mi (1 km) in diameter. 


Volcanic activity can also produce circular depres- 
sions (which are also sometimes called craters, but 
these are not impact craters). Impact craters bear the 
evidence of hypervelocity impact (most cosmic objects 
are moving in a solar orbit at several dozen km/sec). 
These features include meteoritic fragments (as small 
craters) and shocked and shock-melted materials 
within and about the impact crater. 


Impact craters are obliterated or covered over by 
younger materials where rates of volcanic activity are 
very high (e.g., Venus and Io) and where weathering, 
erosion, and sedimentation are highly active (e.g., Earth 
and parts of Mars). At present, there are about 1,000 
suspected impact craters on Venus and perhaps one or 
two on Io. On Earth, 150 to 200 impact craters and 
impact structures have been scrutinized sufficiently to 
prove their origin. Several hundred other possible 
impact features also have been identified. Given 
Earth’s rather rapid weathering and tectonic cycling of 
crust, this is a relatively large preserved crater record. On 
Mars, there are several thousand of impact craters in 
various stages of degradation. Even though preserved 
craters are rare on Earth, there is no reason to suspect 
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that Earth has been bombarded any less intensively than 
the moon (which has millions of impact craters), and, 
thus, the vast majority of Earth’s impact features must 
have been erased. 


Impact craters of the Earth are subdivided into 
three distinctive groups based upon their shape, which 
are, in turn, related to crater size. The simple impact 
crater is a bowl-shaped feature (usually less than 
1.2 mi [2 km] in diameter) with relatively high depth 
to diameter ratio. The complex impact crater has a low 
depth to diameter ratio and possesses a central uplift 
and a down-faulted and terraced rim structure. 
Complex impact craters on the Earth range from the 
upper limit of simple impact craters to approximately 
62.1 m (100 km) in diameter. Multi-ring craters (also 
called multi-ring basins) are impact craters with depth 
to diameter ratios like complex impact craters, but they 
possess at least two outer, concentric rings (marked by 
normal faults with downward motion toward crater 
center). Earth has five known multi-ring impact 
basins, but many more are known on the moon and 
other planets and satellites in the solar system, where 
they range from several hundred kilometers up to 
2,485.5 mi (4,000 km) in diameter. The gravity of a 
planet or satellite and the strength of the surface 
material determine the transition diameter from sim- 
ple to complex and complex to multi-ring impact cra- 
ter morphology. 


Impact craters go through three separate stages 
during formation. The contact and compression stage 
comes first. Contact occurs when the projectile first 
touches the planet or satellite’s surface. Jetting of 
molten material from the planet’s upper crust can 
occur at this stage and initial penetration of the crust 
begins (this is the origin of most tektites or impact 
glass objects). During compression, the projectile is 
compressed as it enters the target crustal material. 
Depending upon relative strength of the target and 
projectile, the projectile usually penetrates only a few 
times its diameter into the crust. Nearly all the vast 
kinetic energy of the projectile is imbued into the 
surrounding crust as shock-wave energy. This huge 
shock wave propagates outward radially into the 
crust from the point of projectile entry. At the end of 
compression, which lasts a tiny fraction of a second to 
a few seconds at most (depends upon projectile size), 
the projectile is vaporized by a shock wave that boun- 
ces from the front of the projectile to the back and then 
forward. At this point, the projectile itself is no longer 
a factor in what happens. The subsequent excavation 
stage is driven by the shock wave propagating through 
the surrounding target crust. The expanding shock 
wave moves material along curved paths and, thus, 
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Imprinting 


ejecting debris from the continually opening crater 
cavity. This is the origin of the transient crater cavity. 
It may take several seconds to a few minutes to open 
this transient crater cavity. Material cast out of the 
opening crater during this phase forms an ejecta cur- 
tain that extends high above the impact area. This 
ejected material will fall back, thus, forming an ejecta 
blanket in and around the impact crater (usually 
extending out about three crater radii). During the 
final modification stage, gravity takes over and causes 
crater-rim collapse in simple impact craters. In com- 
plex and multi-ring impact craters, there is central 
peak or peak-ring uplift and coincident gravitational 
collapse in the rim area. Lingering effects of the 
modification stage may go on for many years after 
impact. 


Impact crater densities are used in planetary geol- 
ogy to gauge the age of surfaces that have been 
exposed for long periods of geological time and have 
not been covered by volcanic flows or sediments. 
Impact crater sizes are also used to gauge age because 
the average size of impacting bodies has declined, on 
average, over time since the end of planetary accretion 
(early in the solar system’s history). Sharpness, or 
freshness, of craters on some planetary surfaces is 
also a descriptive gauge of age of the crater itself. 
Crater studies on old planetary surfaces, like those of 
airless worlds like Mercury, the moon, some icy satel- 
lites of the outer planets, and some asteroids allow age 
comparisons to be made between the body’s surfaces. 
Also, crater studies allow estimates to be made of the 
change in density or flux of impacting bodies over time 
in the solar system. 


On Earth (and perhaps on early Mars), it is thought 
that impact events related to craters greater than 62.1 
m (100 km) in diameter likely had globally devastating 
effects. These effects, which may have led to global 
ecosystem instability or collapse, included: gas and 
dust discharge into the upper atmosphere (blocking 
sunlight and causing greenhouse effects); heating of 
the atmosphere due to re-entry of ballistic ejecta (caus- 
ing extensive wildfires); seismic sea waves (causing 
tsunamis); and acid-rain production (causing damage 
to soils and oceans). There is much research currently 
underway to about the effect of cosmic impact events 
upon life on the Earth during the geological past. 
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| Imprinting 


Imprinting refers to two very distinct processes. 
Genomic imprinting is an chromosomal modification 
that describes the preferential expression of a specific 
parental form of a gene (allele). Imprinting is also a 
term used in the behavioral science to describe a learn- 
ing process during which a younger animal identifies 
with, and adopts behaviors exhibited by, other ani- 
mals, usually of the same species. 


Genomic imprinting is a normal but complex 
genetic phenomenon, that is difficult to define. With 
genomic imprinting only one type of gene (allele) 
is expressed while the other allele remains unex- 
pressed (genetically silent). Which allele is expressed 
and which remains silent depends on from which parent 
the genes are inherited. A small subset of approximately 
50 genes exhibit characteristics of genomic imprinting. 


Following fertilization of a mammalian embryo 
most of the genes contributed by each parent begin to 
function equally. When a gene is expressed, the copy 
inherited from the mother (maternal allele), and the 
copy inherited from the father (paternal allele), are 
transcribed equally (bi-alleleic expression) and the 
RNA is translated into the protein product. 


In contrast, with imprinting one allele is transcribed 
while the other is silent (i.e., imprinted). For example, in 
humans the insulinlike growth factor 2 gene, which is an 
important fetal growth factor, is only expressed from 
the allele inherited from the male while the allele inher- 
ited from the mother is imprinted and never normally 
expressed. 


In most cases genomic imprinting is a normal 
process and has no affect on the normal individual. 
However, imprinted genes are involved in the develop- 
ment of some genetic disorders and in cancer. 
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Imprinted genes are involved in the development 
of some cancers. For example, the insulin growth 
factor gene is commonly expressed in Wilms tumor 
of the kidney and cancers of the breast, lung, liver, and 
colon. 


Genomic imprinting may represent a form of 
genetic reproductive conflict between the sexes that 
are each vying for a different reproductive outcome. 
Males desire large offspring males, so they over-ex- 
press growth factors such as the paternally expressed 
fetal growth factor. However, females needing to 
limit fetal growth to ensure their successful birth 
have repressed growth factor expression by imprinting 
the gene. 


The other type of imprinting is behavioral imprint- 
ing. In behavioral imprinting—a form of which is 
termed parental imprinting—a newly hatched or new- 
born animal is able to recognize its own parents from 
among other individuals of the same species. This proc- 
ess helps to ensure that the young will not become 
separated from their parents, even among large flocks 
or herds of similar animals. 


Imprinting occurs during a sensitive period 
shortly after hatching, corresponding to a time when 
the chicks are near the nest and unlikely to encounter 
adults other than their parents. 


Imprinting was first studied in depth by Austrian 
zoologist Konrad Lorenz (1903-1989), who observed 
the process in ducks and geese. Lorenz found that a 
chick will learn to follow the first conspicuous moving 
object it sees after hatching. Normally, this object 
would be the mother bird, but in various experiments, 
ducklings and goslings have imprinted on artificial 
models of birds, bright red balls, and even human 
beings. In 1973, Lorenz’s work earned a share of the 
Nobel Prize for Physiology and Medicine. 


The effects of the imprinting process carry over 
into the adult life of the animal as well. In many cases it 
has been shown that the object imprinted upon as 
a hatchling determines the mating and courtship 
behaviors of the adult. Many species will avoid social 
contact with animals dissimilar to the one to which 
they have imprinted. Under normal circumstances, 
this helps prevent breeding between different species. 
Under artificial conditions, an animal which has 
imprinted on an individual of a different species 
will often attempt to court a member of that species 
later in life. 


Imprinting in animals is most thoroughly studied 
in birds, although it is believed to be especially impor- 
tant in the hoofed mammals, which tend to congregate 
in large herds in which a young animal could easily be 
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separated from its mother. Imprinting also occurs in 
humans to at least some extent. An infant separated 
from its mother for a prolonged period during its first 
year may develop serious mental retardation. 
Irreparable damage and even death may result from 
a separation of several months. 


| Invertebrates 


Invertebrates are animals without backbones. 
There is a tremendous diversity of invertebrates, 
which includes protozoa (single-celled animals), corals, 
sponges, sea urchins, starfish, sand dollars, worms, 
snails, clams, spiders, crabs, and insects. Over 98% of 
the nearly two million currently known species are 
invertebrates. The diversity of invertebrates also includes 
their size, which ranges from less than a millimeter to 
several meters long. Invertebrates also display diverse 
body forms, means of locomotion, and feeding habits. 


Invertebrates are an essential part of every ecosys- 
tem on Earth. Indeed, the human race is absolutely 
dependent on invertebrates; our species would cease to 
exist without them. They are responsible for the 
decomposition of organic waste, which allows the 
recycling of the chemicals. Invertebrates also are 
involved with the pollination of plants, and are crucial 
as links in food chains where herbivores convert the 
energy in plants into energy that is available to animals 
higher up the food web. 


Most invertebrates live in water or have some 
stage of their life in water. The external layers of 
aquatic invertebrates are generally thin and are per- 
meable to water, allowing the exchange of gas, 
although some have specialized respiratory structures 
on their body surface. Aquatic invertebrates feed 
by ingesting directly, by filter feeding, or actively cap- 
turing prey. 

Some groups of invertebrates such as earthworms, 
insects, and spiders live on land. These invertebrates 
need to have special structures to deal with life on 
land. For example, because air is less buoyant than 
water, earthworms have strong muscles for crawling 
and burrowing while insects and spiders move by 
means of several pairs of legs. Drying out on land is 
a problem so earthworms must secrete mucous to keep 
their bodies moist, while insects and spiders are water- 
proof and are physiologically adapted to conserve 
water. 
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In vitro fertilization (IVF) 


Invertebrates make up 98% of the animal kingdom, the largest of the five kingdoms of living organisms. (Hans & Cassidy. Courtesy 
of Gale Group.) 


| In vitro fertilization (IVF) 


IVF is an assisted reproductive technique (ART). 
In vitro (literally “in glass”) fertilization (IVF) is a 
procedure in which eggs (ova) from a woman’s ovary 
are removed and fertilized with sperm in a laboratory 
procedure—hence “in vitro” fertilization. The result- 
ing fertilized egg (embryo) is returned to the woman’s 
uterus in the hope that it will establish itself there and 
grow to term. 
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Human fertilization in vivo (in the living body) 
occurs in oviducts (fallopian tubes) of the female 
reproductive tract. 


IVF is one of several assisted reproductive techni- 
ques (ART) used to help infertile couples to conceive a 
child. If after one year of having sexual intercourse 
without the use of birth control a woman is unable to 
get pregnant, infertility is suspected. IVF is used to 
treat couples with unexplained infertility of long dura- 
tion who have failed with other infertility treatments. 
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Some of the reasons for infertility are damaged or 
blocked fallopian tubes, hormonal imbalance, or 
endometriosis in the woman. In the man, low sperm 
count or poor quality sperm can cause infertility. 


IVF is one of several possible methods to increase 
the chance for an infertile couple to become pregnant. 
Its use depends on the reason for infertility. IVF may 
be an option if there is a blockage in the fallopian tube 
or endometriosis in the woman or low sperm count or 
poor quality sperm in the man. There are other possi- 
ble treatments for these conditions, such as surgery for 
blocked tubes or endometriosis, which may be tried 
before IVF. 


IVF will not work for a woman who is not capable 
of ovulating or a man who is not able to produce at 
least a few healthy sperm. 


Other similar types of assisted reproductive tech- 
nologies are also used to achieve pregnancy. A proce- 
dure called intracytoplasmic sperm injection (ICSI) 
uses a manipulation technique that uses a microscope 
to inject a single sperm into each egg. The fertilized 
eggs can then be returned to the uterus, as in IVF. In 
gamete intrafallopian tube transfer (GIFT) the eggs 
and sperm are mixed in a narrow tube and then depos- 
ited in the fallopian tube, where fertilization normally 
takes place. Another variation on IVF is zygote intra- 
fallopian tube transfer (ZIFT). As in IVF, the fertil- 
ization of the eggs occurs in a laboratory dish. And, 
similar to GIFT, the embryos are placed in the fallo- 
pian tube (rather than the uterus as with IVF). 


Precautions 


The screening procedures and treatments for infer- 
tility can become a long, expensive, and sometimes dis- 
appointing process. Each IVF attempt takes at least an 
entire menstrual cycle and can cost $5,000-$10,000, 
which may not be covered by health insurance. The 
anxiety of dealing with infertility can challenge both 
individuals and their relationship. The added stress 
and expense of multiple clinic visits, testing, treatments, 
and surgical procedures can become overwhelming. 
Couples may want to receive counseling and support 
through the process. 


Description 


In vitro fertilization is a procedure where the join- 
ing of egg and sperm takes place outside of the wom- 
an’s body. A woman may be given fertility drugs 
before this procedure so that several eggs mature in 
the ovaries at the same time. Eggs (ova) are removed 
from a woman’s ovaries using a long, thin needle. The 
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physician gets access to the ovaries using one of two 
possible procedures. One procedure involves inserting 
the needle through the vagina (transvaginally). The 
physician guides the needle to the location of the ova- 
ries with the help of an ultrasound machine. In the 
other procedure, called laparoscopy, a small thin tube 
with a viewing lens is inserted through an incision in 
the navel. This allows the physician to see inside the 
patient, and locate the ovaries, on a video monitor. 


Once the eggs are removed, they are mixed with 
sperm in a laboratory dish or test tube. (This is where 
the term “test tube baby” comes from.) The eggs are 
monitored for several days. Once there is evidence that 
fertilization has occurred and the cells begin to divide, 
they are then returned to the woman’s uterus. 


In the procedure to remove eggs, enough may be 
gathered to be frozen and saved (either fertilized or 
unfertilized) for additional IVF attempts. 


Preparation 


Once a woman is determined to be a good candi- 
date for in vitro fertilization, she will generally be 
given “fertility drugs” to stimulate ovulation and the 
development of multiple eggs. These drugs may 
include gonadotropin releasing hormone agonists 
(GnRHa), Pergonal, Clomid, or human chorionic 
gonadotropin (hcg). The maturation of the eggs is 
then monitored with ultrasound tests and frequent 
blood tests. If enough eggs mature, the physician will 
perform the procedure to remove them. The woman 
may be given a sedative prior to the procedure. A local 
anesthetic agent may also be used to reduce discom- 
fort during the procedure. 


Aftercare 


After the IVF procedure is performed the woman 
can resume normal activities. A pregnancy test can be 
done approximately 12-14 days later to determine if 
the procedure was successful. 


Risks 


The risks associated with in vitro fertilization 
include the possibility of multiple pregnancy (since 
several embryos may be implanted) and ectopic preg- 
nancy (an embryo that implants in the fallopian tube 
or in the abdominal cavity outside the uterus). There is 
a slight risk of ovarian rupture, bleeding, infections, 
and complications of anesthesia. If the procedure is 
successful and pregnancy is achieved, the pregnancy 
would carry the same risks as any pregnancy achieved 
without assisted technology. However because many 
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In vitro and in vivo 


KEY TERMS 


Fallopian tubes—In a woman’s reproductive sys- 
tem, a pair of narrow tubes that carry the egg from 
the ovary to the uterus. 


GIFT—Gamete intrafallopian tube transfer. This is 
a process where eggs are taken from a woman’s 
ovaries, mixed with sperm, and then deposited into 
the woman’s fallopian tube. 


ICSI—Intracytoplasmic sperm injection. This proc- 
ess is used to inject a single sperm into each egg 
before the fertilized eggs are put back into the 
woman’s body. The procedure may be used if the 
male has a low sperm count. 


ZIFT—Zygote intrafallopian tube transfer. In this 
process of in vitro fertilization, the eggs are fertil- 
ized in a laboratory dish and then placed in the 
woman’s fallopian tube. 


IVF patients are of advanced maternal age, and there- 
fore have an increased risk for conceiving a child with 
Down syndrome or other abnormalities, in IVF pro- 
grams it would be better test ovocytes before implan- 
tation in order to detect potential chromosomal 
aneuploidies, thus avoiding the transfer of embryos 
affected by aneuploid oocytes. 


Normal results 


Success rates vary widely between clinics and 
between physicians performing the procedure. A cou- 
ple has about a 10% chance of becoming pregnant 
each time the procedure is performed. Therefore, the 
procedure may have to be repeated more than once to 
achieve pregnancy. 


IVF has been used successfully since 1978, when 
the first child to be conceived by this method was born 
in England. Since then, thousands of couples have 
used IVF or other assisted reproductive technologies 
to conceive. 


Abnormal results 


An ectopic or multiple pregnancy may abort 
spontaneously or may require termination if the health 
of the mother is at risk. There has been medical con- 
troversy over whether children conceived using IVF 
are more liable to suffer birth defects. A 2005 meta- 
study—a study of all existing studies—found a 
30-40% increase in birth defects risk for IVF babies 
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versus those conceived naturally. If this effect is real, 
the cause is not known. 


See also Embryo and embryonic development; 
Embryo transfer; Embryology; Clone and cloning. 
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| In vitro and in vivo 


The definition of in vitro and in vivo research 
depends on the experimental model used. Jn vitro 
research is generally referred to as the manipulation 
of organs, tissues, cells, and biomolecules in a con- 
trolled, artificial environment. The characterization 
and analysis of biomolecules and biological systems 
in the context of intact organisms is known as in vivo 
research. For example, studying the effects of an anti- 
biotic on disease-causing organisms grown in the lab- 
oratory would be an example of an in vivo study. 
Observing the effects of that same antibiotic in a 
human would be in vivo research. 


The basic unit of living organisms is the cell, which in 
terms of scale and dimension is at the interface between 
the molecular and the microscopic level. The living cell is 
in turn divided into functional and structural domains 
such as the nucleus, the cytoplasm, and the secretory 
pathways, which are composed of a vast array of bio- 
molecules. These molecules of life carry out the chemical 
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reactions that enable a cell to interact with its environ- 
ment, use and store energy, reproduce, and grow. The 
structure of each biomolecule and its subcellular local- 
ization determines in which chemical reactions it is able 
to participate and hence, what role it plays in the cell’s life 
process. Any manipulation that breaks down this unit of 
life, that is, the cell into its non-living components is, 
considered an in vitro approach. Thus, in vitro, which 
literally means “in glass,” refers to the experimentation 
conducted using cell-free extracts and purified or parti- 
ally purified biomolecules in test tubes. 


Molecular cloning of a gene with the aim of 
expressing its protein product includes some steps 
that are considered in vitro experiments such, as the 
PCR amplification of the gene. The expression of that 
gene in a host cell is considered an in vivo procedure. 
What characterizes an in vitro experiment is in princi- 
ple the fact the conditions are artificial and are recon- 
structions of what might happen in vivo. Many in vitro 
assays are approximate reconstitutions of biological 
processes by mixing the necessary components and 
reagents under controlled conditions. Examples of 
biological processes that can be reconstituted in vitro 
are enzymatic reactions, folding and refolding of pro- 
teins and DNA, and the replication of DNA in the 
PCR reaction. 


Microbiologists and yeast geneticists working with 
single cells or cell populations are conducting in vivo 
research, while an immunologist who works with puri- 
fied lymphocytes in tissue culture usually considers his 
experiments as an in vitro approach. The in vivo approach 
involves experiments performed in the context of the 
large system of the body of an experimental animal. 


In the case of in vitro fertilization (IVF), physi- 
cians and reproductive biologists are manipulating 
living systems, and many of the biological processes 
involved take place inside the living egg and sperm. 
This procedure is considered an in vitro process in 
order to distinguish it from the natural fertilization 
of the egg in the intact body of the female. 


In vivo experimental research became widespread 
with the use microorganisms and animal models in 
genetic manipulation experiments as well as the use 
of animal models to study drug toxicity in pharmacol- 
ogy. Geneticists have used one-celled organisms like 
yeast, and whole organisms like the fruit fly 
Drosophila, frogs, and mice to study genetics, molec- 
ular biology and toxicology. The function of genes has 
been studied by observing the effects of spontaneous 
mutations in whole organisms or by introducing tar- 
geted mutations in cultured cells. 
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The introduction of gene cloning and in vitro 
mutagenesis has made it possible to produce specific 
mutations in whole animals, thus considerably facili- 
tating in vivo research. Mice with extra copies or 
altered copies of a gene in their genome can be gen- 
erated by transgenesis, which is now a well established 
technique. 


Both in vitro and in vivo approaches are usually 
combined to obtain detailed information about struc- 
ture-function relationships in genes and their protein 
products, either in cultured cells and test tubes or in 
the whole organism. 


See also Embryo transfer; Stem cells. 


Resources 


BOOKS 
Lodish, Harvey, et al. Molecular Cell Biology. New York: 
W. H. Freeman, 2003. 


PERIODICALS 

Foundation for Biomedical Research “Quick Facts about 
Animal Research.” <http://www.fbresearch.org/ 
Education/quickfacts.htm> (accessed on November 
25, 2006). 

Lipinski C, Hopkins A. “Navigating Chemical Space for 
Biology and Medicine.” Nature 432 (2004): 7019, 
855-861. 


Abdel Hakim Nasr 


l Incandescent light 


Incandescent light is given off when an object is 
heated until it glows. To emit white light, an object 
must be heated to at least 1,341°F (727°C); at lower 
temperatures, redder colors are emitted. White-hot 
iron in a forge is incandescent, as is red lava flowing 
down a volcano, as are the red burners on an electric 
stove. The most common example of incandescence is 
the white-hot filament in the light bulb of an incandes- 
cent lamp. 


History of incandescent lamps 


In 1802, Sir Humphry Davy (1778-1829) showed 
that electricity running through thin strips of metal 
could heat them to temperatures high enough that 
they would give off light; this is the basic principle by 
which all incandescent lamps work. In 1820, De La 
Rue demonstrated a lamp made of a coiled platinum 
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Incandescent light 


wire in a glass tube with brass endcaps. When the 
current was switched on, electricity ran through the 
endcaps and through the wire (the filament). The wire 
was heated by its resistance to the current until it 
glowed white-hot, producing light. Between this time 
and the 1870s, the delicate lamps were unreliable, 
short-lived, and expensive to operate. The lifetime 
was short because the filament would burn up in air. 
To combat the short lifetime, early developers used 
thick low-resistance filaments, but heating them to 
incandescence required large currents—and generat- 
ing large currents was costly. 


Thomas Edison (1847-1931) is well-known as 
“the inventor of the light bulb,” but he was, in fact, 
only one of several researchers that created early elec- 
trical incandescent lamps in the 1870s. These research- 
ers include Joseph Swan, Frederick DeMoyleyns, and 
St. George Lane-Fox in England, as well as Moses 
Farmer, Hiram Maxim, and William Sawyer in the 
United States. 


Edison’s contribution was an understanding of the 
necessary electrical properties for lamps. He knew that 
a system for delivering electricity was needed to make 
lamps practical; that it should be designed so that the 
lamps are run in parallel, rather than in series; and that 
the lamp filament should have high, rather than low, 
resistance. Because voltage in a circuit equals the cur- 
rent times the resistance, one can reduce the amount of 
current by increasing the resistance of the load. 
Increasing the resistance also reduces the amount of 
energy required to heat the filament to incandescence. 


Edison replaced low-resistance carbon or plati- 
num filaments with a high-resistance carbon filament. 
This lamp had electrical contacts connected to a cot- 
ton thread that had been burned to char (carbonized) 
and placed in a glass container with all the air pumped 
out. The vacuum, produced by a pump developed only 
a decade earlier by Herman Sprengel, dramatically 
increased the lifetime of the filament. The first practi- 
cal version of the electric light bulb was lit on October 
19, 1879, which burned for 40 hours, and produced 1.4 
lumens per watt of electricity. 


An incandescent non-electric lamp still in use is 
the Welsbach burner, commonly seen in camping lan- 
terns. This burner, invented in 1886 by Karl Auer, 
Baron von Welsbach, consists of a mantle made of 
knit cotton soaked in oxides (originally nitrates were 
used) that is burned to ash the first time it is lit. The ash 
holds its shape and becomes incandescent when placed 
over a flame—and is much brighter than the flame 
itself. 
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Design 


Incandescent lamps come in a huge variety of 
shapes and sizes, but all share the same basic elements 
as De La Rue’s original incandescent lamp. Each 
is contained by a glass or quartz envelope. Current 
enters the lamp through a conductor in an airtight 
joint or joints. Wires carry current to the filament, 
which is held up and away from the bulb by support 
wires. Changes in the specifics of incandescent lamps 
have been made to increase efficiency, lifetime, and 
ease of manufacture. 


Although the first common electric lamps were 
incandescent, many lamps used today are not: Fluores- 
cent lamps, neon signs, and glow-discharge lamps, for 
example, are not incandescent. Fluorescent lamps are 
more energy-efficient than incandescent lamps, but may 
not offer a desired color output. Energy-efficient com- 
pact fluorescent lamps today offer good color perform- 
ance, rapid-on characteristics, and although more costly 
to install, they save buyers money by using less energy 
over a longer bulb lifetime. A compact fluorescent bulb 
that produces as much white light as a 60-watt (W) 
incandescent bulb uses only about 14 W. 


Basic structure 


Today, filaments are made of coiled tungsten, a 
high-resistance material that can be drawn into a wire 
and has both a high melting point of 6,120°F (3,382°C) 
and a low vapor pressure, which keeps it from melting 
or evaporating too quickly. It also has the useful char- 
acteristic of having a higher resistance when hot than 
when cold. If tungsten is heated to melting, it emits 53 
lumens per watt. (Lamp filaments are not heated as 
high to keep the lamp lifetime reasonable, but this 
gives the upper limit of light available from such a 
filament.) The filament shape and length are also 
important to the efficiency of the lamp. Most filaments 
are coiled, and some are double and triple coiled. This 
allows the filament to lose less heat to the surrounding 
gas as well as indirectly heating other portions of the 
filament. 


Most lamps have one screw-type base, through 
which both wires travel to the filament. The base may 
be sealed by a flange seal (for lamps 0.8 in [20 mm] or 
larger) or a low-cost butt seal for lamps smaller than 
0.8 (20 mm) in diameter with smaller wires that carry 
1 amp or less. The bases are cemented to the bulbs. In 
applications that require precise positioning of the fil- 
ament, two-post or bayonet-type bases are preferred. 


The bulb may be made from either a regular lead 
or lime glass or a borosilicate glass that can withstand 
higher temperatures. Even higher temperatures require 
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the use of quartz, high-silica, or aluminosilicate glasses. 
Most bulbs are chemically etched inside to diffuse light 
from the filament. Another method of diffusing the 
light uses an inner coating of powered white silica. 


Lower wattage lights have all the atmosphere 
pumped out, leaving a vacuum. Lights rated at 40 W 
or more use an inert fill gas that reduces the evapora- 
tion of the tungsten filament. Most use argon, with a 
small percentage of nitrogen to prevent arcing between 
the lead-in wires. Krypton is also occasionally used 
because it increases the efficiency of the lamp, but it is 
also more expensive. Hydrogen is used for lamps in 
which quick flashing is necessary. 


As the bulb ages, the tungsten evaporates, making 
the filament thinner and increasing its resistance. This 
reduces the wattage, the current, the lumens, and the 
luminous efficacy from the lamp. Some of the evapo- 
rated tungsten also condenses on the bulb, darkening 
it and resulting in more absorption at the bulb. (You 
can tell whether a bulb has a fill gas or is a vacuum 
bulb by observing the blackening of an old bulb: vac- 
uum bulbs are evenly coated, whereas gas-filled bulbs 
show blackening concentrated at the uppermost part 
of the bulb.) Tungsten-halogen lamps are filled with a 
halogen (bromine, chlorine, fluorine, or iodine) gas 
and degrade much less over their lifetimes. When 
tungsten evaporates from the filament, instead of 
being deposited on the bulb walls, it forms a gaseous 
compound with the halogen gas. When this compound 
is heated (near the filament), it breaks down, redepo- 
siting tungsten onto the filament. The compactness 
and lifelong performance of such lamps is better than 
regular lamps. The temperature is higher (above 
5,121°F [2,827°C]) in these lamps than in regular 
lamps, thus providing a higher percentage of visible 
and ultraviolet output. Linear tungsten-halogen bulbs 
may be coated with filters that reflect infrared energy 
back at the filament, thus raising the efficiency dra- 
matically without reducing the lifetime. 


Color temperature 


The efficiency of the light is determined by the 
amount of visible light it sheds for a given amount of 
energy consumed. Engineering the filament material 
increases efficiency. Losses come from heat lost by the 
filament to the gas around it, loss from the filament to the 
lead-in wires and supports, and loss to the base and bulb. 


Most of the output of the lamp is in the infrared 
region of the spectrum, which is fine if you want a heat 
lamp, but not ideal for a visible light source. Only 
about 10% of the output of a typical incandescent 
lamp is visible, and much of this is in the red and 
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yellow parts of the spectrum (which are closer to the 
infrared region than green, blue, or violet). One way of 
providing a color balance more like daylight is to use a 
glass bulb with a blue tinge that absorbs some of the 
red and yellow. This increases the color temperature, 
but reduces the total light output. 


Tradeoffs in design 


Temperature is one of several tradeoffs in the 
design of each lamp. A high filament temperature is 
necessary, but if it is too high then the filament will 
evaporate quickly, leading to a short lifetime. Too low 
a temperature and little of the radiation will be visible. 
For tungsten-halogen lamps, the temperature must be 
at least 500° F (260°C) to insure operation of the regen- 
erative cycle. Also, although the filament must be hot, 
the bulb and base have temperature limits, as does the 
cement that binds them. Many bulbs have a heat 
button that acts as a heat shield between the filament 
and the base. The position of the bulb (base-down for 
a table lamp, but base-up for a hanging ceiling lamp) 
also changes the amount of heat to which the base is 
exposed, which alters the lifetime of the bulb. 


If the voltage at which the bulb is operating 
changes, this changes the filament resistance, temper- 
ature, current, power consumption, light output, effi- 
cacy (and thus color temperature), and lifetime of the 
bulb. In general, if the voltage increases, all the other 
characteristics increase—except for lifetime, which 
decreases. (None of these relationships are linear.) 


Applications 


With so many different parameters to be balanced 
in each lamp, it is no wonder that thousands of differ- 
ent lamps are available for a myriad of purposes. 
Large lamps (including general purpose lamps), mini- 
ature lamps (such as Christmas tree lights), and photo- 
graphic lamps (such as those for shooting movies) 
cover the three major classes of lamp. 


General service lamps are made in ranges from 
10 W to 1500 W. The higher-wattage lamps tend to be 
more efficient at producing light, so it is more energy- 
efficient to operate one 100-W bulb than two 50-W 
bulbs. On the other hand, long-life bulbs (which pro- 
vide longer lifetimes by reducing the filament temper- 
ature) are less efficient than regular bulbs but may be 
worth using in situations where changing the bulb is a 
bother or may a hazard. 


Spotlights and floodlights generally require accu- 
rately positioned, compact filaments. Reflectorized 
bulbs, such as those used for car headlights (these are 
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KEY TERMS 


Chromaticity—The color quality of light that 
depends on its hue and saturation. Brightness is 
not an aspect of chromaticity. 


Color temperature—The absolute temperature of a 
blackbody radiator having a chromaticity equal to 
that of the light source. Usually used as a way of 
describing the color characteristics of a light 
source. 


Filament—Part of a lamp that is heated until incan- 
descent; the light source. 


Lumen—Luminous flux through a solid angle. One 
lumen is the amount of light emitted into one stera- 
dian from a light source that emits one candela (the 
intensity of light from one standardized candle). 


tungsten-halogen bulbs) or overhead downlights (such 
as those used in track lighting) are made with reflec- 
tors built into the bulb: The bulb’s shape along one 
side is designed so that a reflective coating on that 
inner surface shapes the light into a beam. 


Lamps used for color photography have to provide 
a good color balance, keep the same balance throughout 
their lives, and interact well with the film’s sensitivity. 
These lamps tend to be classified according to their color 
temperatures, which range from 5,301°F (2,927°C) for 
photography, 5,571°F (3,077°C) for professional mov- 
les, to 8,541°F (4,727°C) for “daylight blue” lamps, and 
even some “photographic blue” lamps that approximate 
sunshine and have a color temperature of 9,441°F 
(5,227°C). 


Resources 


OTHER 


British Broadcasting Corporation (BBC). “Light Bulbs: Not 
Such a Bright Idea.” February 3, 2006. <http://news. 
bbe.co.uk/2/hi/science/nature/4667354.stm> (accessed 
November 2, 2006). 


Yvonne Carts-Powell 


| Incineration 


Incineration is the process of burning substances 
to ashes with the use of facilities called incinerators. 
Thus, incinerators are industrial facilities used for the 
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controlled burning of waste materials. The largest 
incinerators are used to burn municipal solid wastes, 
often in concert with a technology that utilizes the heat 
produced during combustion to generate electricity. 
Smaller, more specialized incinerators are used to 
burn medical wastes, general chemical wastes such as 
organic solvents, and toxic wastes such as polychlori- 
nated biphenyls and other chlorinated hydrocarbons. 
Incineration is popular in countries with limited natu- 
ral resources, such as Sweden, Japan, and Denmark. 


Municipal solid wastes 


Municipal solid waste comes from a wide range of 
sources in cities and suburban areas, including resi- 
dences, businesses, educational and government insti- 
tutions, industries, and construction sites. Municipal 
solid waste is typically composed of a wide range of 
materials, including food wastes, paper products, plas- 
tics, metals, glass, demolition debris, and household 
hazardous wastes (the latter assumes that hazardous 
wastes from industries, hospitals, laboratories, and 
other institutions are disposed as a separate waste 
stream). 


Depending on the municipality, some of this solid 
waste may be recycled, reused, or composted. More 
typically, however, most of the wastes are disposed in 
some central facility, generally some sort of sanitary 
landfill. These facilities are regulated, engineered dis- 
posal sites to which the wastes are hauled, dumped on 
land, compacted, and covered with earth. The basin of 
a modern sanitary landfill is generally lined with an 
impermeable material, such as heavy plastic or clay. 
This process allows the collection of water that has 
percolated through the wastes, so it can be treated to 
reduce the concentrations of pollutants to acceptable 
levels, prior to discharge to the environment. 


However, in many places large, sanitary landfills 
are no longer considered a preferable option for the 
disposal of general solid wastes. In some cases, this is 
because land is locally scarce for the development of a 
large landfill. More usually, however, local opposition 
to these facilities is the constraining factor, because 
people living in the vicinity of operating or proposed 
disposal sites object to these facilities. These people 
may be variously worried about odors, local pollution, 
truck traffic, poor aesthetics, effects on property val- 
ues, or other problems potentially associated with 
large, solid-waste disposal sites. 


Everyone, including these people, recognizes that 
municipalities need large facilities for the disposal of 
solid wastes. However, no one wants to have such a 
facility located in their particular neighborhood. This 
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popularly held view about solid waste disposal sites, 
and about other large, industrial facilities, is known as 
the ‘not in my back yard’ or NIMBY syndrome, and 
sometimes as the ‘locally unacceptable land use’ or 
LULU syndrome. 


Municipal incinerators 


Incinerators are an alternative option to the dis- 
posal of general municipal garbage in solid-waste dis- 
posal sites. Municipal incinerators accept organic 
wastes and combust them under controlled condi- 
tions. The major benefit of using incinerators for this 
purpose is the large reductions that are achieved in the 
mass and volume of wastes. 


In addition, municipal incinerators can be engi- 
neered as waste-to-energy facilities, which couple 
incineration with the generation of electricity. For 
example, a medium-sized waste-to-energy facility can 
typically take 550 tons (500 tonnes) per day of munic- 
ipal solid wastes, and use the heat produced during 
combustion to generate about 16 megawatts of elec- 
tricity. About 2 to 3 megawatts would be used to 
operate the facility, including its energy demanding 
air-pollution control systems, and the rest could be 
sold to recover some of the costs of waste disposal. 


Among the major drawbacks of incinerators is the 
fact that these facilities have their own problems with 
NIMBY, mostly associated with the fears of people 
about exposures to air pollutants. As is discussed in 
the next section, incinerators emit a wide range of 
potentially toxic chemicals to the environment. 


In addition, municipal incinerators produce large 
quantities of residual materials, which contain many 
toxic chemicals, especially metals. The wastes of incin- 
eration include bottom ash that remains after the 
organic matter in the waste stream has been com- 
busted, as well as finer fly ash that is removed from 
the waste gases of the incineration process by pollu- 
tion control devices. These toxic materials must be 
disposed in sanitary landfills, but the overall amounts 
are much smaller than that of the unburned garbage. 


Incinerators are also opposed by many people 
because they detract from concerted efforts to reduce 
the amounts of municipal wastes by more intensive 
reducing, recycling, and reusing of waste materials. 
Incinerators require large quantities of organic gar- 
bage as fuel, especially if they are waste-to-energy 
facilities that are contracted to deliver certain quanti- 
ties of electricity. Because of the large fuel demands by 
these facilities, it can be difficult to implement other 
mechanisms of refuse management. Efforts to reduce 
the amounts of waste produced, to recycle, or to 
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compost organic debris can suffer if minimal loads of 
fuels must be delivered to a large incinerator to keep it 
operating efficiently. These problems are best met by 
ensuring that incinerators are used within the context 
of an integrated scheme of solid waste management, 
which would include vigorous efforts to reduce wastes, 
reuse, recycle, and compost, with incineration as a 
balanced component of the larger system. 


Emissions of pollutants 


Incinerators are often located in or near urban 
areas. Consequently, there is intense concern about 
the emissions of chemicals from incinerators, and pos- 
sible effects on humans and other organisms that 
result from exposure to potentially toxic substances. 
Consequently, modern incinerators are equipped with 
rigorous pollution control technologies to decrease the 
emissions of potentially toxic chemicals. The use of 
these systems greatly reduces, but does not eliminate, 
the emissions of chemicals from incinerators. Also, as 
with any technology, there is always the risk of acci- 
dents of various sorts, which in the case of an inciner- 
ator could result in a relatively uncontrolled emission 
of pollutants for some period of time. 


Uncertainty about the effects of potentially toxic 
chemicals emitted from incinerators is the major rea- 
son for the intense controversy that accompanies any 
plans to build these facilities. Even the best pollution- 
control systems cannot eliminate the emissions of 
potentially toxic chemicals, and this is the major rea- 
son for incinerator-related NIMBY. In fact, some 
opponents of incinerators believe that the technology 
is unacceptable anywhere, a syndrome that environ- 
mental regulators have dubbed by the acronym 
BANANA, for ‘build absolutely nothing near any- 
body or anything.’ During the incineration process, 
small particulates are entrained into the flue gases; 
that is, the stream of waste gases that vents from the 
combustion chamber. These particulates typically 
contain large concentrations of metals and organic 
compounds, which can be toxic in large exposures. 


To reduce the emissions of particulates, the flue 
gases of incinerators are treated in various ways. There 
are three commonly used systems of particulate 
removal. Electrostatic precipitators are devices that 
confer an electrical charge onto the particulates, and 
then collect them at a charged electrode. A baghouse is 
a physical filter, which collects particulates, as flue 
gases are forced through a fine fabric. Cyclone filters 
cause flue gases to swirl energetically, so that particles 
can be separated by physical impaction at the periph- 
ery of the device. For incinerators located in or near 
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urban areas, where concerns about emissions are espe- 
cially acute, these devices may be used in series to 
achieve especially efficient removals, typically greater 
than 99% of the particulate mass. Virtually all partic- 
ulates that are not removed by these systems are very 
tiny, and therefore behave aerodynamically as gases. 
Consequently, these emitted particulates are widely 
dispersed in the environment, and do not deposit 
locally in significant amounts. 


The most important waste gases produced by 
incinerators are carbon dioxide (CO3), sulfur dioxide 
(SO3), and oxides of nitrogen (NO and NOs, together 
known as NO,). The major problem with carbon 
dioxide is through its contribution to the enhancement 
of Earth’s greenhouse effect. However, because incin- 
erators are a relatively small contributor to the total 
emissions of carbon dioxide from any municipal area, 
no attempts are made to reduce emissions from this 
particular source. 


Sulfur dioxide and oxides of nitrogen are impor- 
tant in the development of urban smog, and are directly 
toxic to vegetation. These gases also contribute to the 
deposition of acidifying substances from the atmos- 
phere, for example, as acidic precipitation. Within lim- 
its, sulfur dioxide and oxides of nitrogen can be 
removed from the waste gases of incinerators. There 
are various technologies for flue-gas desulfurization, 
but most rely on the reaction of sulfur dioxide with finely 
powdered limestone (CaCO 3) or lime [(Ca(OH),)] to 
form a sludge containing gypsum (CaSO,), which is 
collected and discarded in a solid-waste disposal site. 
This method is also effective at reducing emissions of 
hydrogen chloride (HCl), an acidic gas. Emissions of 
oxides of nitrogen can be controlled in various ways, 
for example, by reacting this gas with ammonia. 
Because urban areas typically have many other, much 
larger sources of atmospheric emissions of sulfur dioxide 
and oxides of nitrogen, emissions of these gases from 
incinerators are not always controlled using the technol- 
ogies just described. 


Various solid wastes can contain substantial con- 
centrations of mercury, including thermometers, elec- 
trical switches, batteries, and certain types of 
electronic equipment. The mercury in these wastes is 
vaporized during incineration and enters the flue-gas 
stream. Pollution control for mercury vapor can 
include various technologies, including the injection 
of fine activated carbon into the flue gases. This mate- 
rial absorbs the mercury, and is then removed from the 
waste gases by the particulate control technology. 


One of the most contentious pollution issues con- 
cerning incinerators involves the fact that various 
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chlorinated hydrocarbons are synthesized during the 
incineration process, including the highly toxic chem- 
icals known as dioxins and furans. These are formed 
during combustions involving chlorine-containing 
organic materials, at a rate influenced by the temper- 
ature of the combustion and the types of material 
being burned, including the presence of metallic cata- 
lysts. The synthesis of dioxins and furans is especially 
efficient at 572 to 932°F (300 to 500°C), when copper, 
aluminum, and iron are present as catalysts. These 
reactions are an important consideration when incin- 
eration is used to dispose of chlorinated plastics such 
as polyvinyl chloride (PVC, commonly used to manu- 
facture piping and other rigid plastic products) and 
polychlorinated biphenyls (PCBs). 


Attention to combustion conditions during incin- 
eration can greatly reduce the rate of synthesis of diox- 
ins and furans. For example, temperatures during 
incineration are much hotter, typically about 1,742 to 
2,102°F (950 to 150°C), than those required for effi- 
cient synthesis of dioxins and furans. However, the 
synthesis of these chemicals cannot be eliminated, so 
emissions of trace quantities of these chemicals from 
incinerators are always a concern, and a major focus of 
NIMBY and BANANA protests to this technology. 


Specialized incinerators 


Relatively small, specialized incinerators are used 
for the disposal of other types of wastes, particularly 
hazardous wastes. For example, hospitals and research 
facilities generally use incinerators to dispose of bio- 
logical tissues, blood-contaminated materials, and 
other medical wastes such as disposable hypodermic 
needles and tubing. These are all considered to be 
hazardous organic wastes, because of the possibilities 
of spreading pathogenic microorganisms. 


Incinerators may also be used to dispose of gen- 
eral chemical wastes from industries and research 
facilities, for example, various types of organic sol- 
vents such as alcohol. More specialized incinerators 
are used to dispose of more toxic chemical wastes, for 
example, chlorinated hydrocarbons such as PBCs, and 
various types of synthetic pesticides. For these latter 
purposes, the incineration technology includes espe- 
cially rigorous attention to combustion conditions and 
pollution control. However, emissions of potentially 
toxic chemicals are never eliminated. 


The role of incinerators 
Industrialized and urbanized humans have a seri- 


ous problem with solid wastes. These materials must 
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KEY TERMS 


Flue gas—The waste gases of a combustion. These 
may be treated to reduce the concentrations of 
toxic chemicals, prior to emission of the flue gases 
to the atmosphere. 


Incinerator—An industrial facility used for the con- 
trolled burning of waste materials. 


NIMBY—Acronym for ‘not in my back yard.’ 


be dealt with by society in a safe and effective manner, 
and incineration is one option that should be consid- 
ered. However, incinerators have some drawbacks, 
including the fact that they invariably emit some quan- 
tities of potentially toxic chemicals. The role of incin- 
erators in waste disposal would best be determined by 
an objective consideration of the best available scien- 
tific information. 


Environmental damages have been caused in 
the past by the use of less efficient technologies to 
dispose of the wastes of society, including incinerators 
without modern combustion and _ pollution-control 
systems. In large part, these damages were associated 
with industries, politicians, and societies that were not 
sufficiently aware of the potential environmental dam- 
ages, or did not care about them to the degree that is 
common today. Modern incineration uses a technol- 
ogy called waste-to-energy plant (WtE), or sometimes 
energy-from-waste (EfW), which is a process that 
incinerates wastes in high-efficiency furnaces/boilers 
that use continuous emission monitors and air pollu- 
tion control systems. Such systems are incorporated in 
Germany where, as of 2005, dioxin emissions from 
incineration plants generated only 1% of the pollution 
in the country. According to German government 
reports, this percentage is down from 33% in 1990, 
at a time when less efficient incinerators were used. 


See also Air pollution. 
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| Indicator, acid-base 


An acid-base indicator is not always a synthetic 
chemical. It is often a complex organic dye that under- 
goes a change in color when the pH of a solution 
changes over a specific pH range. Many plant pig- 
ments and other natural products are good indicators, 
and synthetic ones like phenolphthalein and methyl 
red are also available and widely used. Paper dipped in 
a mixture of several indicators and then dried is called 
pH paper, useful for obtaining the approximate pH 
of a solution. Blue litmus paper turns red in acidic 
solution, and red litmus paper turns blue in basic 
solution. 


The pH at which the color of an indicator changes 
is called the transition interval. Chemists use appro- 
priate indicators to signal the end of an acid-base 
neutralization reaction. Such a reaction is usually 
accomplished by titration—slowly adding a measured 
quantity of the base to a measured quantity of the acid 
(or vice versa) from a buret. (A buret is a long tube 
with volume markings for precise measurement and a 
stopcock at the bottom to control the flow of liquid.) 
When the reaction is complete, that is, when there is no 
excess of acid or base but only the reaction products, 
that is called the endpoint of the titration. The indica- 
tor must change color at the pH which corresponds to 
that endpoint. 


The indicator changes color because of its own 
neutralization in the solution. Different indicators 
have different transition intervals, so the choice of 
indicator depends on matching the transition inter- 
val to the expected pH of the solution just as the 
reaction reaches the point of complete neutralization. 
Phenolphthalein changes from colorless to pink across 
a range of pH 8.2 to pH 10. Methyl red changes from 
red to yellow across a range of pH 4.4 to pH 6.2. Those 
are the two most common indicators, but others are 
available for much higher and lower pH values. 
Methyl violet, for example, changes from yellow to 
blue at a transition interval of pH 0.0 to pH 1.6. 
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Indicator species 


Alizarin yellow R changes from yellow to red at a 
transition interval of pH 10.0 to pH 12.1. Other indi- 
cators are available through most of the pH range, and 
can be used in the titration of a wide range of weak 
acids and bases. 


l Indicator species 


Indicator species are plants and animals that, by 
their presence, abundance, lack of abundance, or 
chemical composition, demonstrate some aspect of 
the character or quality of an environment. 


For example, in places where minerals occur in 
the soil, indicator species of plants can show patterns 
of pollution or they can be used in prospecting for 
potential ore. Indicator plants can accumulate large 
concentrations of metals in their tissues. Nickel con- 
centrations as large as 10% have been found in the 
tissues of indicator plants in the mustard family 
(Alyssum bertolanii and A. murale) in Russia, and a 
concentration as large as 25% occurs in the blue- 
colored latex of Sebertia acuminata from the Pacific 
island of New Caledonia. Similarly, Becium homblei, 
related to mint, has been important in the discovery of 
copper deposits in parts of Africa, where it is confined 
to soils containing more than 0.16 0z/Ib (1,000 mg/kg) 
of copper, because it can tolerate more than 7% cop- 
per in soil. Copper mosses have been used by prospec- 
tors as botanical indicators of surface mineralizations 
of this metal in Scandinavia, Alaska, and Russia. 


Plants are also used as indicators of serpentine 
minerals, a naturally occurring soil constituent that in 
large concentrations can render the substrate toxic to 
the growth of most plants. The toxicity of serpentine 
influenced soils is mostly caused by an imbalance of the 
availability of calcium and magnesium, along with the 
occurrence of large concentrations of toxic nickel, chro- 
mium, and cobalt, and small concentrations of potas- 
sium, phosphorus, and nitrogen. Serpentine soils are 
common in parts of California, where they have devel- 
oped a distinctive flora with a number of indicator 
species, many of which are endemic to this habitat 
type and occur nowhere else. A genus in the mustard 
family, Streptanthus, has 16 species endemic to serpen- 
tine sites in California. Three species have especially 
narrow distributions: Streptanthus batrachopus, S. bra- 
chiatus, and S. niger, only occur at a few sites. 
Streptanthus glandulosus, S. hesperidis, and S. polyga- 
loides maintain wider distributions, but they are also 
restricted to serpentine sites. 
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Indicator plants also occur in many semiarid areas 
on soils containing selenium. Some of these plants can 
accumulate this element to large concentrations, and 
they can be poisonous to livestock, causing a syn- 
drome known as “blind staggers” or “alkali disease.” 
The most important selenium-accumulating plants in 
North America are in the genus Astragalus, of the 
legume family. There are about 500 species of 
Astragalus in North America, 25 of which can accu- 
mulate up to 15 thousand ppm (parts per million) of 
selenium. These species of Astragalus can emit sele- 
nium-containing chemicals to the atmosphere, which 
gives the plants a distinctive and unpleasant odor. 


Sometimes indicator species are used as measures 
of habitat or ecosystem quality. For example, animals 
that are only found in old-growth forests can be used 
as an indicator of the integrity of that type of ecosys- 
tem. Old-growth dependent birds in North America 
include the spotted owl (Strix occidentalis), red-cockaded 
woodpecker (Picoides borealis), marbled murrelet 
(Brachyramphus marmoratus), and pine marten 
(Martes americana). If the area and quality of old- 
growth forest in some area is sufficient to allow these 
indicator animals to maintain viable populations, this 
suggests something positive about the health of the 
larger, old-growth ecosystem. 


Indicator species can also be used as measures of 
environmental quality. For example, many species of 
lichens are sensitive to toxic gases, such as sulfur diox- 
ide and ozone. The growth of these organisms has 
been used to study air pollution. Severe damage to 
lichens is especially common in cities with chronic air 
pollution, and near large point sources of toxic gases, 
such as metal smelters. 


Aquatic invertebrates and fish have commonly been 
surveyed as indicators of water quality and the health of 
aquatic ecosystems. If a site has populations of sewage 
worms or tubificids (Tubificidae), for example, it sug- 
gests that water quality has been degraded by inputs of 
sewage or other oxygen-consuming organic matter. 
Tubificid worms can tolerate virtually anoxic water, in 
contrast with most of the animals of unpolluted 
environments, such as mayflies (Ephemeroptera) and 
stoneflies (Plecoptera), which require well-oxygenated 
conditions. 


In some cases, the absence of a species is indicative 
of environmental change or contamination. For 
instance, if the nymphs of stoneflies mentioned are 
absent from a stream where they would normally be 
expected to reside, it might indicate a lack of oxygen or 
the presence of a pollutant. Caddisfly larvae, mayfly 
nymphs, and stonefly nymphs are often used to 
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evaluate water quality and the presence of acid mine 
drainage in western Pennsylvania, where coalmining is 
prevalent and can affect nearby watersheds. 


Much research is being done to accurately estab- 
lish which species of plants and animals can act as 
sentinels of particular environmental contaminants. 
Through the use of indicator species, it is hoped that 
potential environmental problems may be easily, and 
quickly, identified. 


See also Ecological monitoring; Water pollution. 
Bill Freedman 


Indium see Element, chemical 


l Individual 


An individual, in the sense of evolutionary biol- 
ogy, is a genetically unique organism. An individual 
has a complement of genetic material, encoded in its 
DNA (deoxyribonucleic acid), that is different from 
other members of its species. At the level of popula- 
tions and species, this variation among individuals 
constitutes genetic biodiversity. 


Phenotype, genotype, plasticity, and 
evolution 


Morphology, physiology, and behavior are attrib- 
utes of individual organisms that can be observed. 
These attributes are known as the phenotype. Two 
factors that influence the phenotype are: (1) the specific 
genetic information of the individual (its genotype), 
and (2) environmental influences on the expression of 
the individual’s genetic potential. The term phenotypic 
plasticity refers to the variable growth, physiology, and 
behavior that an individual organism displays, depend- 
ing on environmental conditions experienced during its 
lifetime. 


Because organisms vary in character (phenotype), 
they also differ in their abilities to cope with environ- 
mental stresses and opportunities. Under certain con- 
ditions, an individual with a particular phenotype 
(and genotype) may be relatively successful, compared 
with other individuals. In evolutionary biology, the 
“success” of an individual is measured by how many 
offspring it has produced, and whether those progeny 
go on to reproduce. This is similar to fitness, or the 
genetic contribution of an individual to all the progeny 
of its population. A central element of evolutionary 
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theory is that individuals seek to maximize their fit- 
ness, and thereby to optimize their genetic influence on 
future generations. 


Biologists believe natural selection is the most 
important means by which evolution occurs. Natural 
selection can only proceed if: (a) there is genetically 
based variation among individuals within a popula- 
tion, and (b) some individuals are better adapted 
to coping with the prevailing environmental condi- 
tions. Better-fit organisms tend to be more successful 
having offspring, and they have a greater influence on 
the evolution of subsequent generations. Individuals 
themselves do not evolve, however, they are capable of 
phenotypic plasticity. 


Unusual individuals 


In virtually all species, individuals differ geneti- 
cally. However, there are a few interesting exceptions 
to this generalization. Populations of some plants may 
have no genetic variability because the species propa- 
gates by non-sexual (or vegetative) means. In such 
plants, genetically uniform populations (or clones) 
may develop. These represent a single genetic “individ- 
ual.” For example, extensive clones of trembling aspen 
(Populus tremuloides) can develop when new trees 
sprout from underground stems (or rhizomes). Such 
aspen clones can cover more than 100 acres (40 ha) 
and consist of tens of thousands of trees. In terms of 
total biomass, such aspen clones may represent the 
world’s largest “individual” organisms. Another case 
involves the duckweed, Lemna minor, a tiny aquatic 
plant that grows on water surfaces. Duckweed propa- 
gates by growing buds on the edge of a single leaf. These 
buds grow and break off to produce “new” plants 
genetically identical to the parent. These interesting 
cases of asexual propagation are exceptional because 
most populations and species contain a great deal of 
genetic variation amongst their individuals. 


Bill Freedman 


i Indoor air quality 


Indoor air quality (IAQ) is the condition and 
content of interior air, especially with regards to how 
it affects health and safety of humans. The chemical, 
physical, and biological characteristics of the atmos- 
phere inside of dwellings and in commercial and insti- 
tutional buildings are influenced in numerous ways. 
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Indoor air quality 


Sometimes, effects on indoor air quality can be suffi- 
cient to cause people to experience significant discom- 
fort, and even to become physically ill. Recent studies 
have proven that indoor air quality is generally worse 
than outside air quality. 


People vary greatly in their sensitivity to air pollu- 
tion, both inside and outside of buildings. People also 
differ in the sorts of symptoms that they develop in 
response to deterioration of air quality. Consequently, 
it has proven difficult for scientists to characterize the 
dimensions of indoor air quality, and to precisely 
define the nature of the subsequent environmental ill- 
nesses that some people appear to develop. This has led 
to a great deal of environmental and medical contro- 
versy, concerning the extent and intensity of a syn- 
drome of air-quality related illnesses, known as the 
‘sick building syndrome.’ 


Factors influencing indoor air quality 


Air quality inside of buildings is related to a 
diverse range of chemical, physical, and biological 
factors. In any situation, the importance of these 
many influences can vary greatly, depending on the 
emission rates of various chemicals, the frequency 
with which inside air is exchanged with ambient air, 
the efficiency of atmospheric circulation within the 
building, and numerous other factors. 


In response to the need to conserve energy (and 
money), modern buildings are well insulated to retain 
their heat in winter and their coolness in summer. Such 
buildings receive almost all of their inputs of relatively 
clean, outside air through their carefully designed, 
ventilation system. Such systems have only a few, dis- 
crete intakes of ambient air, and outputs of used air 
back to the outside, as well as particular, internal- 
circulation characteristics. It is not possible, for exam- 
ple, to open any windows in many modern office 
buildings, because this ability would interfere with 
pressure gradients and upset the designed balance of 
the ventilation system. Of course, the ventilation char- 
acteristics of many recently constructed modern build- 
ings have a substantial influence on the quality of the 
internal atmosphere of the structure. 


When ventilation systems are operated with a 
view to saving energy, there are relatively few 
exchanges of indoor air with relatively clean, ambient 
air. Sometimes, too much attention to the efficiency of 
energy use in air-tight buildings can lead to the build- 
up of excessive concentrations of indoor air pollu- 
tants, because of on-going emissions of chemicals 
within the building. 


2272 


In addition, in some cases the intake pipes for 
ambient air to buildings are located too close to 
ducts that exhaust contaminated air from the same 
or a nearby building. This faulty design can lead to 
the intake of poor-quality outside air, impairing 
atmospheric quality within the building. Similarly, 
sinks and other water drains installed without proper 
systems to prevent the back-up of sewer gases can lead 
to incursions of noxious smells and chemicals into 
buildings. In other cases, the poor faulty design or 
operation of internal ventilation systems can lead to 
the development of local zones of restricted air circu- 
lation, which can develop into areas of degraded air 
quality within the building. 


Clearly, the appropriate design and operation of 
air-handling systems in modern, air-tight buildings is a 
critical factor affecting indoor air quality. 


Emission rates of chemicals and dusts within build- 
ings are affected by many factors. The sorts of materials 
of which the building or its furnishings are constructed 
may be important in this regard. For example, minerals 
contained in cement or in stone may emit gaseous 
radon, or may slowly degenerate to release fine, inhal- 
able dusts. The oxidation of materials in humidification 
systems and ventilation duct works can also generate 
large quantities of fine, metallic dusts, as can the wear of 
painted surfaces. Many composite wood products, such 
as plywood and particle boards, emit gaseous formal- 
dehyde, as do many types of synthetic fabrics. 


Chemicals may also be emitted to the internal air 
from laboratories that do not have adequate fume 
hoods to vent noxious vapors and gases to the atmos- 
phere. Similarly, industrial processes involving chem- 
icals may be an important source of emissions in some 
buildings. The use of some kinds of solvents, deter- 
gents, and other substances during cleaning and sani- 
tation of the building may also be important. 


Even the human occupants of buildings emit large 
quantities of gases and vapors that affect air quality, 
for example, carbon dioxide. In addition, although the 
practice is increasingly being restricted, many people 
smoke tobacco (such as through cigarettes) inside of 
buildings, releasing diverse chemicals to the atmos- 
phere. More than 2,000 chemicals have been identified 
in tobacco fumes, including various carcinogens such 
as benzo(a)pyrene and nickel carbonyl, as well as 
many other toxic chemicals. 


These are just a few of the diverse sources of 
emissions of gases, vapors, and particulates inside of 
modern buildings. All of these sources of emissions 
contribute to the degradation of the quality of the 
indoor atmosphere. 
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Some buildings can develop indoor-air problems 
associated with fungi and other microbes that grow in 
damp places, and whose spores or other so-called 
bioaerosols become spread within the building through 
the ventilation system. This microbial problem can 
develop in systems designed to humidify the indoor 
air, in places where stagnant water accumulates within 
the air-circulation system, or in other damp places. 
Some people may be allergic to these spores, or in 
rare cases the microorganisms may be pathogens. The 
latter is the case of Legionnaire disease, a rare condi- 
tion involving pathogenic bacteria spread through the 
ventilation system of buildings. 


Aspects of indoor air quality 


Indoor air quality has many components, some of 
which are physical, others chemical, and a few bio- 
logical. The most significant of these are briefly 
described below. 


The most important physical aspects of indoor air 
quality are air temperature and humidity. Air temper- 
atures that are too warm or cool for human comfort 
can be caused by improper placement or adjustment of 
thermostats, and by an inability of the heating or air- 
conditioning system to compensate for extremes of 
outdoor weather, or to adequately deal with heat gen- 
erated by machinery or large numbers of people. 
Excessive or insufficient humidity can be caused by 
similar problems, including poorly operating or non- 
existent humidity-control mechanisms within the ven- 
tilation system. 


Carbon dioxide (CO>) is a normal constituent of 
the ambient atmosphere, occurring in a concentration 
of about 350 parts per million (ppm, on a volumetric 
basis). However, there are many sources of emission of 
carbon dioxide inside of buildings, including potted 
plants and their soil, respiration by humans, and 
stoves or space heaters fueled by kerosene, propane, 
or methane. Consequently, the concentrations of car- 
bon dioxide are typically relatively large inside of 
buildings, especially in inadequately ventilated rooms 
that are crowded with people. Commonly measured 
concentrations of this gas are about from 600 to 800 
ppm, but in some situations concentrations of thou- 
sands of ppm can be achieved. Longer-term exposure 
to concentrations of carbon dioxide greater than 
about 5,000 ppm is not recommended. Symptoms of 
excessive exposure to carbon dioxide include drowsi- 
ness, dizziness, headaches, and shortage of breath. 


Carbon monoxide (CO) is a product of the incom- 
plete oxidation of organic fuels. Indoor emissions are 
mostly associated with stoves or space heaters fueled by 
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kerosene or natural gas, with cigarette smoke, or with 
poorly vented emissions from automobiles in garages or 
loading docks. Longer-term exposures to carbon mon- 
oxide concentrations greater than nine ppm should be 
avoided, as should shorter-term (about one-hour) expo- 
sures greater than 35 ppm. Carbon monoxide is a rela- 
tively toxic gas because it combines strongly with the 
hemoglobin of blood, thereby restricting the ability of 
the circulation system to transport an adequate supply 
of oxygen to the various parts of the body. Excessive 
exposures to carbon monoxide under poorly ventilated 
conditions can cause headaches, drowsiness, nausea, 
fatigue, impaired judgment, and other symptoms of 
insufficient oxygen supply. Anoxia and death can be 
the ultimate result. 


Formaldehyde is a pungent, organic vapor that 
can be detected by smell at a concentration greater 
than about 0.2 ppm. There are diverse sources of emis- 
sion of formaldehyde, including poorly sealed plywood 
and particle boards, urea-formaldehyde foam insula- 
tion, and many fabrics, carpets, glues, and copy papers. 
Some people are quite sensitive to formaldehyde, devel- 
oping symptoms that can include a dry or sore throat, 
headaches, fatigue, nausea, and stinging sensations 
in the eyes. Most people can tolerate formaldehyde 
concentrations of less than 0.5 ppm without developing 
these sorts of symptoms, but other, hypersensitive 
people may be adversely affected at concentrations 
as small as 0.01 ppm. In general, exposures to form- 
aldehyde exposure in work areas should be less 
than 0.1 ppm. 


Volatile organic compounds (VOCs) are a wide 
range of molecular species that vaporize at normally 
encountered temperatures. Common examples of vol- 
atile organic compounds found in buildings include (in 
alphabetical order): acetone, butyl acetate, dichloro- 
benzene, dichloromethane, hexane, octane, toluene, 
trichloroethane, and xylene. These organic chemicals 
have diverse sources, including synthetic materials 
used to manufacture carpets and fabrics, paints, sol- 
vents, adhesives, cleaning solutions, perfumes, hair 
sprays, and cigarette smoke. All of the common 
VOCs and many others have recommended indoor- 
exposure limits, which vary depending on the toxicity 
of the particular chemical, and on the length of the 
exposure. Human responses to large concentrations of 
volatile organic compounds include dizziness, fatigue, 
drowsiness, tightness of the chest, numbness or tin- 
gling of the extremities, and skin and eye irritation. 
Some people are hypersensitive to specific compounds 
or groups of VOCs. 


The gases nitric oxide (NO), nitrogen dioxide 
(NO3), and sulfur dioxide (SO2) may also be important 
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Indoor air quality 


pollutants of the indoor atmosphere, especially where 
there are fuel-burning appliances or stoves used for 
cooking or space heating. These gases can be irritating 
to the eyes and upper respiratory system of people 
exposed to large concentrations. 


Radon is a radioactive gas emitted by a wide range 
of geological sources, including mineral-containing 
building materials and ground water. Many poorly 
vented homes and some commercial buildings become 
significantly contaminated by radon, a gas that carries 
a risk of causing human toxicity through the develop- 
ment of cancers, especially lung cancer. 


Particulates are various sorts of solid or liquid 
materials that are small enough to be suspended in 
the atmosphere as fine dusts or aerosols. Particulate 
emissions inside of buildings are associated with 
smoke, physical-chemical deterioration of ducts, insu- 
lating materials, walls, ceiling tiles, and paints, fibers 
from clothing and other fabrics, and many other sour- 
ces. Particulates may also be drawn into buildings 
along with unfiltered, ambient air. Particulates are 
aggravating to many people, who may develop irrita- 
tions of the upper respiratory tract, such as asthma. 
Some chemicals contained in particulates, especially 
certain metals and polycyclic aromatic hydrocarbons, 
are widely regarded as toxic substances, and unneces- 
sary exposures should generally be avoided. The par- 
ticulate size range of 0.004 to 0.4 in (0.1 to 10 mm) is of 
particular importance in terms of human exposures, 
because this size range is efficiently retained in the 
deepest parts of the lungs. Particulates smaller than 
0.004 in (0.1 mm) are generally re-exhaled, while par- 
ticles larger than 0.4 in (10 mm) are trapped in the 
upper respiratory system and have little toxic effect. 


Sometimes, microbial matter (or bioaerosols) can be 
an indoor-air problem. Usually, this involves spore- 
producing fungi that occur in damp places in the ventila- 
tion system, carpets, or other places. Many people have 
allergies to fungal spores, and can be made ill by excessive 
exposures to these bioaerosols in indoor air. Bioaerosols 
of other microbes such as yeast, bacteria, viruses, and 
protozoan may also be important problems in the atmos- 
phere of buildings. On a rare occasion, pathogenic 
bacteria such as the Legionella associated with pneumo- 
nialike Legionnaire disease, can be spread through the 
ventilation system of buildings. Other potential patho- 
gens in the inside air of buildings include the fungi 
Aspergillus fumigatus and Histoplasma capsulatum. 


Sick building syndrome 
The ‘sick building syndrome’ exists. However, it 


has proven very difficult for scientists to characterize 
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KEY TERMS 


Bioaerosols—Spores or actual microorganisms that 
occur suspended in the atmosphere. 


Hypersensitivity—The occurrence of extreme sen- 
sitivity to chemicals or pathogens in a small fraction 
of a larger human population. Hypersensitivity may 
be related to an extreme allergic response, or to a 
deficiency of the immune system. 


Sick building syndrome—A condition in which 
people frequently complain about a number of ail- 
ments while they are in a particular building, but 
feel relief when they go outside. 


Ventilation rate—This refers to the amount of outside 
or ambient air that is combined with re-circulating 
inside or return air, and is then supplied to the 
interior space of a building. This may also apply to 
some part of a building, such as a particular room. 


the causes, treatment, or human responses to the sick 
building syndrome. This is because of the extremely 
variable natures of both the exposures to environmen- 
tal stressors in buildings, and the responses of individ- 
ual people, a small fraction of whom appear to be 
hypersensitive to particular aspects of the indoor 
atmosphere. 


The effects of the sick building syndrome on peo- 
ple range from drowsiness and vague feelings of dis- 
comfort, with subsequent decreases in productivity, to 
the development of actual illnesses. In many cases it 
may be necessary for the afflicted people to leave the 
building for some length of time. Sometimes, sensitive 
people must give up their jobs, because they find the 
indoor air quality to be intolerable. 


As a result of the difficult-to-define nature of the 
sick building syndrome, important medical and environ- 
mental controversies have developed. Some scientists 
suggest that people who display building-related ill- 
nesses are imagining their problems. It is suggested 
that these people may have developed so-called psycho- 
somatic responses, in which clinical illnesses are caused 
by non-existent factors that the victim believes are 
important. Increasingly, however, scientists are con- 
vinced that the relatively sensitive physiologies of 
severely afflicted people are direct responses to physical, 
chemical, or biological stressors in the poorly ventilated, 
enclosed spaces where they live or work. Increasingly, 
indoor air quality issues are being taken seriously by 
private individuals, commercial property owners, health 
organizations, and federal, state, and local governments. 
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Further research and monitoring will be required 
before a better understanding of the sick building syn- 
drome can be achieved. This knowledge is required in 
order to design sensible systems of avoiding or treating 
the problems of poor-quality indoor air of buildings, and 
to better protect people who are exposed to this type of 
pollution. Federal and state agencies are working with 
homeowners, developers and building maintenance pro- 
fessionals to develop plans and programs for dealing with 
indoor air quality programs. Particular attention is being 
paid to schools, because the relatively more-sensitive 
physiologies of children make them particularly suscep- 
tible to health threats from poor indoor air quality. 
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| Industrial minerals 


Industrial minerals are naturally occurring non- 
metallic Earth materials that are used in a variety of 
industrial operations. Some of the materials com- 
monly included in this category include asbestos, bar- 
ite, boron compounds, clays, corundum, feldspar, 
fluorspar, phosphates, potassium salts, sodium chlor- 
ide, and sulfur. Some of the materials considered as 
industrial minerals include construction materials 
such as sand, gravel, limestone, dolomite, and crushed 
rock; abrasives and refractories; gemstones; and light- 
weight aggregates. Strictly speaking, materials such as 
limestone, crushed rock, gravel, and sand are rocks 
and sediments, not minerals. 


Asbestos 


Asbestos is a generic term used to described a large 
group of minerals with complex chemical composition 
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that includes magnesium, silicon, oxygen, hydrogen, 
and other elements. The minerals collectively known 
as asbestos are often sub-divided into two smaller 
groups, the serpentines and amphiboles. All forms of 
asbestos are best known for an important common 
property—their resistance to heat and flame. That 
property is responsible for the name asbestos (Greek), 
meaning “unquenchable.” Asbestos has been used for 
thousands of years in the production of heat resistant 
materials such as lamp wicks. 


In recent years, asbestos has been used as a rein- 
forcing material in cement, in vinyl floor tiles, in fire- 
fighting garments and fire-proofing materials, in the 
manufacture of brake linings and clutch facings, for 
electrical and heat insulation, and in pressure pipes 
and ducts. 


Prolonged exposure to asbestos fibers can block 
the respiratory system and cause development of 
asbestosis or lung cancer. The latency period for 
these disorders is at least 20 years, so men and 
women who mined the mineral or used it in construc- 
tion during the 1940s and 1950s were not aware of 
their risk for these diseases until late in their lives. 
Today, uses of the mineral in which humans are likely 
to be exposed to its fibers have largely been discontin- 
ued. Demolition or remodeling of old buildings con- 
taining asbestos requires special measures to ensure 
that the asbestos is not released into the environment. 


Barite 


Barite is a naturally occurring form of barium 
sulfate, commonly found in Canada, Mexico, and the 
states of Arkansas, Georgia, Missouri, and Nevada. 
One of the most important uses of barite is in the 
production of heavy muds that are used in drilling oil 
and gas wells. The mud is circulated to lift rock cuttings 
to the surface and its weight can be adjusted to balance 
the pressure of the oil, gas, or water in the rock and 
prevent blowouts. Barite is also used in the manufac- 
ture of a number of other commercially important 
industrial products such as paper coatings, battery 
plates, paints, linoleum and oilcloth, plastics, litho- 
graphic inks, and as a filler in some kinds of textiles. 
Barium compounds are also widely used in medicine to 
provide the opacity that is needed in taking certain 
kinds of x rays. 


Boron compounds 


Boron is a non-metallic element obtained most 
commonly from naturally occurring minerals known 
as borates. The borates contain oxygen, hydrogen, 
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Industrial minerals 


sodium, and other elements in addition to boron. 
Probably the most familiar boron-containing mineral 
is borax, mined extensively in salt lakes and alkaline 
soils. 


Borax was known in the ancient world and used to 
make glazes and hard glass. Today, it is still an impor- 
tant ingredient of glassy products that include heat- 
resistant glass (Pyrex), glass wool and glass fiber, enamels, 
and other kinds of ceramic materials. Elementary 
boron also has a number of other uses. For example, 
it is used in nuclear reactors to absorb excess neutrons, 
in the manufacture of special-purpose alloys, in the 
production of semiconductors, and as a component or 
rocket propellants. 


Corundum 


Corundum is a naturally occurring form of alu- 
minum oxide that is found abundantly in Greece 
and Turkey and in New York. It is a very hard mineral 
with a high melting point. It is relatively inert chemi- 
cally and does not conduct an electrical current 
very well. 


These properties make corundum highly desirable 
as a refractory (a substance capable of withstanding 
very high temperatures) and as an abrasive (a material 
used for cutting, grinding, and polishing other materi- 
als). One of the more mundane uses of corundum is in 
the preparation of toothpaste, where its abrasive prop- 
erties help in keeping teeth clean and white. 


In its granular form, corundum is known as 
emery. Many consumers are familiar with emery 
boards used for filing fingernails. Emery, like corun- 
dum, is also used in the manufacture of cutting, grind- 
ing, and polishing wheels. 


Feldspar 


The feldspars are a class of minerals known as the 
aluminum silicates. That is, they all contain alumi- 
num, silicon, and oxygen, as sodium, potassium, and 
calcium. In many cases, the name feldspar is reserved 
for the potassium aluminum silicates. The most 
important commercial use of feldspar is in the manu- 
facture of pottery, enamel, glass, and ceramic materi- 
als. The hardness of the mineral also makes it desirable 
as an abrasive. 


Fluorspar 


Fluorspar is a form of calcium fluoride that occurs 
naturally in many parts of the world including North 
America, Mexico, and Europe. The compound gets its 
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name from one of its oldest uses, as a flux. In Latin, the 
word fluor means flux. A flux is a material that is used 
in industry to assist in the mixing of other materials or 
to prevent the formation of oxides during the refining 
of a metal. For example, fluorspar is often added to an 
open-hearth steel furnace to react with any oxides that 
might form during that process. The mineral is also 
used during the smelting of an ore (the removal of a 
metal form its naturally occurring ore). 


Fluorspar is also the principal source of fluorine 
gas. The mineral is first converted to hydrogen fluo- 
ride that, in turn, is converted to the element fluorine. 
Some other uses of fluorspar are in the manufacture of 
paints and certain types of cement, in the production 
of emery wheels and carbon electrodes, and as a raw 
material for phosphors (a substance that glows when 
bombarded with energy, such as the materials used in 
color television screens). 


Phosphates 


The term phosphate refers to any chemical com- 
pound containing a characteristic grouping of atoms, 
given by the formula PO,, or comparable groupings. 
In the field of industrial minerals, the term most com- 
monly refers to a specific naturally occurring phos- 
phate, calcium phosphate, or phosphate rock. 


By far the most important use of phosphate rock 
is in agriculture, where it is treated to produce fertil- 
izers and animal feeds. Typically, about 80% of all the 
phosphate rock used in the United States goes to one 
of these agricultural applications. 


Phosphate rock is also an important source for the 
production of other phosphate compounds, such as 
sodium, potassium, and ammonium phosphate. Each 
of these compounds, in turn, has a very large variety of 
uses in everyday life. For example, one form of sodium 
phosphate is a common ingredient in dishwashing deter- 
gents. Another, ammonium phosphate, is used to treat 
cloth to make it fire retardant. Potassium phosphate is 
used in the preparation of baking powder. 


Potassium salts 


As with other industrial minerals mentioned here, 
the term potassium salts applies to a large group of 
compounds, rather than one single compound. 
Potassium chloride, sulfate, and nitrate are only 
three of the most common potassium salts used in 
industry. The first of these, known as sylvite, can be 
obtained from salt water or from fossil salt beds. It 
makes up roughly 1% of each deposit, the remainder 
of the deposit being sodium chloride (halite). 
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KEY TERMS 


Abrasive—A finely divided, hard material that is 
used to cut, grind, polish, smooth, or clean the 
surface of some other material. 


Flux—A substance that promotes the joining of two 
minerals or metals with each other or that prevents 
the formation of oxides in some kind of industrial 
process. 


Refractory—Any substance with a very high melt- 
ing point that is able to withstand very high 
temperatures. 


Potassium salts are similar to phosphate rocks in 
that their primary use is in agriculture, where they are 
made into fertilizers, and in the chemical industry, 
where they are converted into other compounds of 
potassium. Some compounds of potassium have par- 
ticularly interesting uses. Potassium nitrate, for exam- 
ple, is unstable and is used in the manufacture of 
explosives, fireworks, and matches. 


Sodium chloride 


Like potassium chloride, sodium chloride (halite) is 
found both in sea water and in underground salt depos- 
its left as the result of the evaporation of ancient seas. 
Sodium chloride has been known to and used by 
humans for thousands of years and is best known by 
its common name of salt, or table salt. By far its most 
important use is in the manufacture of other industrial 
chemicals, including sodium hydroxide, hydrochloric 
acid, chlorine, and metallic sodium. In addition, sodium 
chloride has many industrial and commercial uses. 
Among these are in the preservation of foods (by salt- 
ing, pickling, corning, curing, or some other method), 
highway de-icing, as an additive for human and other 
animal foods, in the manufacture of glazes for ceramics, 
in water softening, and in the manufacture of rubber, 
metals, textiles, and other commercial products. 


Sulfur 


Sulfur occurs in its elementary form in large 
underground deposits from which it is obtained by 
traditional mining processes or, more commonly, by 
the Frasch process. In the Frasch process, superheated 
water is forced down a pipe that has been sunk into 
a sulfur deposit. The heated water melts the sulfur, 
which is then forced up a second pipe to Earth’s 
surface. 
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The vast majority of sulfur is used to manufacture 
a single compound, sulfuric acid. Sulfuric acid consis- 
tently ranks number one in the United States as the 
chemical produced in largest quantity. Sulfuric acid 
has a very large number of uses, including the manu- 
facture of fertilizers, the refining of petroleum, the 
pickling of steel (the removal of oxides from the met- 
al’s surface), and the preparation of detergents, explo- 
sives, and synthetic fibers. 


A significant amount of sulfur is also used to 
produce sulfur dioxide gas (actually an intermediary 
in the manufacture of sulfuric acid). Sulfur dioxide, in 
turn, is extensively used in the pulp and paper indus- 
try, as a refrigerant, and in the purification of sugar 
and the bleaching of paper and other products. 


Some sulfur is refined after being mined and then 
used in its elemental form. This sulfur finds applica- 
tion in the vulcanization of rubber, as an insecticide or 
fungicide, and in the preparation of various chemicals 
and pharmaceuticals. 
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I Industrial Revolution 


Industrial Revolution is the name given by the 
German socialist author Friedrich Engels (1820- 
1895) in 1844 to changes that took place in Great 
Britain during the period from roughly 1730 to 1850. 
In general, those changes involved the transformation 
of Great Britain from a largely agrarian society to one 
dominated by industry. In a broader context, the term 
has also been applied to the transformation of the 
trans-Atlantic economy, including continental 
Europe and the United States in the nineteenth cen- 
tury. Most broadly of all, it includes the ongoing 
industrialization of much of the world. 


The Industrial Revolution involved some of the 
most profound changes yet to occur in human society 
in history. However, historians have long argued over 
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the exact nature of these changes, the factors that 
brought them about, and the ultimate effects the 
Revolution was to have on Great Britain and the 
world. 


Most of the vast array of changes that took place 
during the Industrial Revolution can be found in one 
of three major economic sectors—textiles, iron, and 
steel, as well as transportation. These changes had far- 
flung effects on the British economy and social system. 


The textile industry 


Prior to the mid-eighteenth century, textile man- 
ufacture in Great Britain (and the rest of the world) 
was an activity that took place almost exclusively in 
private homes. Families would obtain thread from 
wholesale outlets and then produce cloth by hand in 
their own houses. Beginning in the 1730s, however, a 
number of inventors began to develop machines that 
took over one or more of the hand-knitting operations 
previously used in the production of textiles. 


For example, John Kay invented the first flying 
shuttle in 1733. This machine consisted of a large 
frame to which was suspended a series of threads 
through which a shuttle carrying more thread could 
be passed. Workers became so proficient with the 
machine that they could literally make the shuttle 
“fly” through the thread framework as they wove a 
piece of cloth. 


Over the next half century, other machines were 
developed that further mechanized the weaving of 
cloth. These included the spinning jenny, invented by 
James Hargreaves in 1764; the water frame, invented 
by Richard Arkwright in 1769; the spinning mule, 
invented by Samuel Crompton in 1779; the power 
loom, invented by Edmund Cartwright in 1785; and 
the cotton gin, invented by Eli Whitney in 1792. (Dates 
for these inventions may be in dispute because of 
delays between actual inventions and the issuance of 
patents for them.) One indication of the rate at which 
technology was developing during this period is the 
number of patents being issued. Prior to 1760, the 
government seldom issued more than a dozen patents 
a year. By 1766, however, that number had risen to 31 
and, by 1783, to 64. By the end of the century, it was no 
longer unusual for more than 100 new patents to be 
issued annually. 


At least as important as the invention of individ- 
ual machines was the organization of industrial oper- 
ations for their use. Large factories, powered by steam 
or water, sprang up throughout the nation for the 
manufacture of cloth and clothing. 
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The development of new technology in the textile 
industry had a ripple effect on society, as is so often the 
case with technological change. As cloth and clothing 
became more readily available at more modest prices, 
the demand for such articles increased. This increase in 
demand had the further effect, of course, of encourag- 
ing the expansion of business and the search for even 
more efficient forms of technology. 


Technological change also began to spread to 
other nations. By the mid-nineteenth century, as an 
example, the American inventor Elias Howe had 
applied the principles of the Industrial Revolution to 
hand sewing. He invented a machine that, in a dem- 
onstration contest in 1846, allowed him to sew a gar- 
ment faster than five women sewing by hand. 


Iron and steel manufacture 


One factor contributing to the development of 
industry in Great Britain was that nation’s large sup- 
ply of coal and iron ore. For many centuries, the 
British had converted their iron ores to iron and steel 
by heating the raw material with charcoal, made from 
trees. By the mid-eighteenth century, however, the 
nation’s timber supply had largely been decimated. 
Iron and steel manufacturers were forced to look else- 
where for a fuel to use in treating iron ores. 


The fuel they found was coal. When coal is heated 
in the absence of air it turns into coke. Coke proved to 
be a far superior material for the conversion of iron 
ore to iron and then to steel. It was eventually cheaper 
to produce than charcoal and it could be packed more 
tightly into a blast furnace, allowing the heating of a 
larger volume of iron. 


The conversion of the iron and steel business from 
charcoal to coke was accompanied, however, by a 
number of new technical problems which, in turn, 
encouraged the development of even more new inven- 
tions. For example, the use of coke in the smelting of 
iron ores required a more intense flow of air through 
the furnace. Fortunately, the steam engine that had 
been invented by James Watt in 1763 provided the 
means for solving this problem. The Watt steam engine 
was also employed in the mining of coal, where it 
was used to remove water that collected within most 
mines. 


By the end of the eighteenth century, the new 
approach to iron and steel production had produced 
dramatic effects on population and industrial patterns 
in Great Britain. Plants were moved or newly built in 
areas close to coal resources such as Southern Wales, 
Yorkshire, and Staffordshire. 
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Transportation 


For nearly half a century, James Watt’s steam 
engine was used as a power source almost exclusively 
for stationary purposes. The early machine was bulky 
and very heavy so that its somewhat obvious applica- 
tions as a source of power for transportation were 
not readily solved. Indeed, the first forms of transport 
that made use of steam power were developed not 
in Great Britain, but in France and the United 
States. In those two nations, inventors constructed 
the first ships powered by steam engines. In this coun- 
try, Robert Fulton’s steam ship Clermont, built in 
1807, was among these early successes. 


During the first two decades of the nineteenth 
century, a handful of British inventors solved the 
host of problems posed by placing a steam engine 
within a carriage-type vehicle and using it to transport 
people and goods. In 1803, for example, Richard 
Trevithick had built a “steam carriage” with which 
he carried passengers through the streets of London. 
A year later, one of his steam-powered locomotives 
pulled a load of ten tons for a distance of almost 10 mi 
(16 km) at a speed of about 5 mph (8 km/h). 


Effects of the Industrial Revolution 


The Industrial Revolution brought about dra- 
matic changes in nearly every aspect of British society, 
including demographics, politics, social structures and 
institutions, and the economy. With the growth of 
factories, for example, people were drawn to metro- 
politan centers. The number of cities with populations 
of more than 20,000 in England and Wales rose from 
12 in 1800 to nearly 200 at the close of the century. As 
a specific example of the effects of technological 
change on demographics, the growth of coke smelting 
resulted in a shift of population centers in England 
from the south and east to the north and west. 


Technological change also made possible the growth 
of capitalism. Factory owners and others who controlled 
the means of production rapidly became very rich. As an 
indication of the economic growth inspired by new tech- 
nologies, purchasing power in Great Britain doubled and 
the total national income increased by a factor of ten in 
the years between 1800 and 1900. 


Such changes also brought about a revolution in 
the nation’s political structure. Industrial capitalists 
gradually replaced agrarian land owners as leaders of 
the nation’s economy and power structure. 


Working conditions were often much less than sat- 
isfactory for many of those employed in the new factory 
systems. Work places were often poorly ventilated, 
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KEY TERMS 


Agrarian—Relating to farming and agriculture. 


Patent—A grant given by a governmental body that 
allows a person or company sole rights to make, 
use or sell a new invention. 


Smelting—The process by which a metal is 
obtained from its ore. 


over-crowded, and replete with safety hazards. Men, 
women, and children alike were employed at survival 
wages in unhealthy and dangerous environments. 
Workers were often able to afford no more than the 
simplest housing, resulting in the rise of urban slums. 
Stories of the unbelievable work conditions in mines, 
textile factories, and other industrial plants soon became 
a staple of Victorian literature. 


One consequence of these conditions was that 
action was eventually taken to protect workers—espe- 
cially women and children—from the most extreme 
abuses of the factory system. Laws were passed requir- 
ing safety standards in factories, setting minimum age 
limits for young workers, establishing schools for chil- 
dren whose parents both worked, and creating other 
standards for the protection of workers. Workers 
themselves initiated activities to protect their own 
interests, the most important of which may have 
been the establishment of the first trade unions. 


Overall, the successes of the technological changes 
here were so profound internationally that Great Britain 
became the world’s leading power, largely because of 
the Industrial Revolution, for more than a century. 


David E. Newton 


l Inequality 


In mathematics, an inequality is a statement about 
the relative order of members of a set. For instance, if 
Sis the set of positive integers, and the symbol < is taken 
to mean less than, then the statement 5 < 6 (read 5 is less 
than 6) is a true statement about the relative order of 
5 and 6 within the set of positive integers. The compar- 
ison that is symbolized by < is said to define an ordering 
relation on the set of positive integers. An inequality is 
often used for defining a subset of an ordered set. The 
subset is also the solution set of the inequality. There are 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


many famous inequalities in the field of mathematics. 
One of them is the triangle inequality, which states that 
the length of any side of a triangle must be less than the 
sum of the other two sides, but greater than the differ- 
ence between those two sides. 


Ordered sets 


A set is ordered if its members obey three simple 
rules. First, an ordering relation such as less than (<) 
must apply to every member of the set; that is, for any 
two members of the set, call them a and b, either a < b 
or b < a. Second, no member of the set can have more 
than one position within the ordering; in other words, 
a < a has no meaning. Third, the ordering must be 
transitive; that is, for any three members of the set, call 
them a, b, and c, ifa < b, and b <c, thena <c. There 
are many examples of ordered sets. The alphabet, for 
instance, is an ordered set whose members are letters. 
An encyclopedia is an ordered set whose members are 
entries that are ordered alphabetically. The real num- 
bers and subsets of the real numbers are also ordered. 
Consequently, any set that is ordered can be associ- 
ated on a one-to-one basis with the real numbers, or 
one of its subsets. The algebra of inequalities, then, is 
applicable to any set regardless of whether its members 
are numbers, letters, people, dogs or whatever, as long 
as the set is ordered. 


Algebra of inequalities 


Inequalities involving real numbers are particularly 
important. There are four types of inequalities, or 
ordering relations, which are important when dealing 
with real numbers. They are (together with their sym- 
bols): less than (<), less than or equal to (<), greater 
than (>), and greater than or equal to (>). In each case, 
the symbol points to the lesser of the two expressions 
being compared. Since, by convention, mathematical 
expressions and statements are read from left to right, 
the statement x + 2 < 6is read: x plus two is less than 
six, while 6 > x + 2 is read: six is greater than x plus 
two. Algebraically, inequalities are manipulated in the 
same way that equalities (equations) are manipulated, 
although most rules are slightly different. 


2280 


The rule for addition is the same for inequalities as 
it is for equations: 


for any three mathematical expressions, call them 
A, B, and C,if A > Bthen, A+ C>B+C. 


That is, the truth of an inequality does not change 
when the same quantity is added to both sides of the 
inequality. This rule also holds for subtraction because 
subtraction is defined as being addition of the opposite 
or negative of a quantity. 


The multiplication rule for inequalities, however, 
is different from the rule for equations. It is: for any 
three mathematical expressions, call them A, B, and C, 
if A < B, and Cis positive, then AC > BC, but if A < B, 
and C is negative, then AC < BC. 


This rule also holds for division, since division is 
defined in terms of multiplication by the inverse. 


Examples 


As stated previously, an inequality can be a state- 
ment about the general location of a member within an 
ordered set, or it can be interpreted as defining a 
solution set or relation. For example, consider the 
compound expression 5 < x < 6 (read: 5 is less than x 
and x is less than 6) where x is a real number. This 
expression is a statement about the general location of 
x within the set of real numbers. Associating each of 
the real numbers with a point on a line (called the real 
number line) provides a way of picturing this location 
relative to all the other real numbers (Figure 1). 


In addition, this same expression defines a solution 
set, or subset of the set of real numbers, namely all 
values of x for which the expression is true. More gen- 
erally, an expression in two variables, such as y > 5x + 6, 
defines a solution set (or relation) whose members 
are ordered pairs of real numbers. Associating each 
ordered pair of real numbers with points in a plane 
(called the Cartesian coordinate system) it is possible 
to picture the solution set as being that portion of the 
plane that makes the expression true (Figure 2). 


See also Cartesian coordinate plane. 
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KEY TERMS 


Ordering relation—An ordering relation is a rule 
for comparing the members of a set in a way that 
provides a method for placing each member in a 
specific order relative to the other members of the 
set. The integers, and the alphabet are examples of 
ordered sets. 


Relation—A relation between two sets X and Y is a 
subset of all possible ordered pairs (x,y) for which 
there exists a specific relationship between each x 
and y. 

Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


Solution set—The solution set of an inequality is 
that subset of an ordered set which makes the 
inequality a true statement. 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 
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l Inertial guidance 


Inertial guidance is a navigation technology that 
monitors changes in location by measuring cumulative 
acceleration. In inertial guidance, the motion of the 
object in three-dimensional space is measured contin- 
uously by an on-board device. This enables a com- 
puter to provide related real-time information about 
velocity (speed) and location. 


An inertial navigation system (INS) does not use 
information from an external reference once it has been 
placed in operation, in contrast to less-sophisticated 
navigation techniques. Gyrocompasses, older naviga- 
tion aids that are dependent on the position of the stars 
or sun for guidance, are internally self sufficient, rely- 
ing on precision gyroscopes for direction reference. 
However, gyrocompasses will drift with time as a 
result of slow, friction-induced gyrations and must 
be readjusted occasionally. Radiolocation navigation 
systems use precisely timed radio signals from distant 
transmitters or satellites. Radar mapping and optical 
terrain matching navigation require interaction with 
Earth’s surface. 


In contrast to these navigation tools, inertial nav- 
igation systems need only sense the inertial force that 
results from changing velocity. These forces are not 
dependent upon external references, but can be meas- 
ured by accelerometers in a sealed, shielded container. 


Inertial navigation was first applied for military 
uses—guiding deeply submerged submarines, ballistic 
missiles, and airplanes. Inertial navigation gave results 
that were more accurate than could be obtained with 
conventional navigation. An inertial navigation sys- 
tem is effectively immune to deliberate interference, an 
obvious advantage in wartime. 


In addition, inertial navigation functions as well 
near Earth’s poles as it does at the equator. This feature 
is in marked contrast to the limitations imposed by 
a magnetic compass’s unreliable performance in the 
Arctic or Antarctic regions of Earth. Magnetic com- 
passes are also undependable in Earth’s polar regions 
because of day-to-day variations in Earth’s magnetic 
field strength and direction. Magnetic storms caused by 
solar disturbances that affect Earth are particularly 
troublesome near the magnetic poles. 


The theoretical basis for inertial navigation 


Inertial navigation obtains its information from 
the same type of inertial forces one experiences riding 
in an automobile when turning corners at high speed, 
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accelerating away from a stop sign, or braking. An 
accelerometer measures these forces continually, and 
this information is processed by a computer. 


An inertial navigation system makes independent 
measurements along each of the three principal geo- 
metric axes, which is collected by a computer. The 
result is real-time information about velocity and dis- 
tance traveled. 


Inertial guidance utilizes a family of relationships 
from kinematics, the description of motion. The con- 
nections between the principal formulas describing 
acceleration, velocity, and displacement are used. 
Each of these three aspects of motion contains infor- 
mation about the other two. An inertial navigation 
system continuously measures acceleration along 
each of the three dimensions, and then calculates the 
corresponding instantaneous velocity. This can be 
used to determine the total distance traveled. By meas- 
uring acceleration as a function of time, an inertial 
guidance system calculates instantaneous speed and 
location without the need to for outside reference. 


Inertial navigation and flight 


Planes flying over the oceans often rely on inertial 
navigation to stay on their course. Even in the early 
1970s, some of the first 747 jets were designed to carry 
several inertial guidance systems. When more than one 
inertial navigation system is in use, each can monitor 
the plane’s position independently for improved 
reliability. 


On long flights, as from the United States to 
Japan, an inertial guidance system can control a 
plane automatically by providing instructions to the 
autopilot. At the start of the journey the intended 
flight path is divided into a succession of short seg- 
ments, perhaps a half dozen. The pilot enters the coor- 
dinates of the end points of each of these short flights 
into a computer. The inertial guidance system flies the 
plane to each of these waypoints in turn. The overall 
route is closely approximated by the series of nearly 
straight-line segments. The inertial navigation sys- 
tem’s computer knows where the plane is located and 
its velocity because acceleration is measured continu- 
ously. These systems are so accurate that a plane can 
fly non-stop from San Francisco to Japan under the 
control of an inertial navigation system, arriving with 
a location uncertainty of about 10 ft (3 m). 


For longer journeys over the surface of Earth, 
interpreting inertial navigation data is more compli- 
cated. The computer must project the measured accel- 
eration onto the spherical surface of Earth to determine 
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KEY TERMS 


747—Early jumbo-jet plane still in commercial 
service. 


Geomagnetic—Related to Earth’s magnetic field. 


Gyroscope—A device similar to a top, which main- 
tains rotation about an axis while maintaining a 
constant orientation of that axis in space. 


Precession—Wobbling of a gyroscope’s axis due to 
an external torque. 


Real time—Happening when events actually occur. 


instantaneous position relative to Earth’s coordinate 
system of latitude and longitude. There is an additional 
complication resulting from the rotation of Earth. It is 
not enough to know the direction of a destination when 
a plane takes off. As Earth rotates, the direction of the 
planned destination may seem to change. Navigation 
must continually correct for a plane’s tendency to drift 
off course because of Earth’s rotational acceleration, a 
consequence of the so-called Coriolis force. The inertial 
navigation system’s computer compensates for these 
challenges accurately and quickly. 


With the advent of the newer global positioning 
system, inertial navigation may be less significant in 
the future—at least for non-military applications. 
(Missiles are most reliable if independent of all outside 
systems.) For the near future, navigation by INS will 
continue to make a valuable contribution to trans- 
portation safety and a backup to GPS-guided systems. 
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| Infection 


Infection describes the process whereby harmful 
microorganisms enter the body, multiply, and cause 
disease. Normally the defense mechanisms of the 
body’s immune system keep infectious microorgan- 
isms from becoming established. Those organisms, 
however, that can evade or diffuse the immune system 
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and therapeutic strategies (e.g., the application of anti- 
biotics) are able to increase their population numbers 
faster than they can be killed. The population increase 
usually results in host illness. 


There are a variety of ways by which harmful 
microorganisms can be acquired. Blood contaminated 
with microbes, such as the viral agents of hepatitis and 
acquired immunodeficiency syndrome, is one source. 
Infected food or water is another source that causes 
illness and death to millions of people around the 
world every year. A prominent example is the food 
and water-borne transmission of harmful strains of 
Escherichia coli bacteria. Harmful microbes can enter 
the body through close contact with infected creatures. 
Transmission of the rabies virus by an infected raccoon 
bite and of encephalitis virus via mosquitoes are but two 
examples. Finally, breathing contaminated air can cause 
illness. Bacterial spores of the causative bacterial agent 
of anthrax are readily aerosolized and inhaled into the 
lungs, where, if sufficient in large enough numbers, can 
germinate and cause severe illness and even death. 


To establish an infection, microbes must defeat 
two lines of defense of the body. The first line of 
defense is at body surfaces that act as a barrier guard 
the boundaries between the body and the outside 
world. These barriers include the skin, mucous mem- 
branes in the nose and throat, and tiny hairs in the 
nose that act to physically block invading organisms. 
Organisms can be washed away from body surfaces by 
tears, bleeding, and sweating. These are non-specific 
mechanisms of resistance. 


The body’s second line of defense involves the 
specific mechanisms of the immune system, a coordi- 
nated response involving a variety of cells and protein 
antibodies, whereby an invading microorganism is 
recognized and destroyed. The immune system can 
be strengthened by vaccination, which supplies or 
stimulates the creation of antibodies to an organism 
that the body has not yet encountered. 


An increasing cause of bacterial infection is the 
ability of the bacteria to resist the killing action of 
antibiotics. Within the past decade, the problem of 
antibiotic resistant bacteria has become a significant 
clinical issue. Part of the reason for the development of 
resistance has been the widespread and sometimes 
inappropriate use of antibiotics (e.g., use of antibiotics 
for viral illness because antibiotics are not effective 
against viruses). 


Resistance can have molecular origins. The mem- 
brane(s) of the bacteria may become altered to make 
entry of the antibacterial compound more difficult. 
Also, enzymes can be made that will destroy or 
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inactivate the antibacterial agent. These resistance 
mechanisms can be passed on to subsequent genera- 
tions of bacteria that will then be able to survive in 
increasing numbers. 


Bacteria can also acquire resistance to antibiotics 
and other antibacterial agents, even components of 
the immune system, by growing on body surfaces, 
passages, and tissues. In this mode of growth, termed 
a biofilm, the bacteria are enmeshed in a sticky poly- 
mer produced by the cells. The polymer and the slow, 
almost dormant, growth rate of the bacteria protect 
them from antibacterial compounds that would oth- 
erwise kill them, and can encourage the bacteria to 
become resistant to the compounds. Examples of such 
resistance includes the chronic Pseudomonas aerugi- 
nosa lung infections experienced by those with cystic 
fibrosis and infection of artificially implanted mate- 
rial, such as urinary catheters and heart pacemakers. 


Bacteria and viruses can also evade immune destruc- 
tion by entering host cells and tissues. Once inside 
the host structures they are shielded from immune 
recognition. 
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fl Infertility 


Infertility is the inability of a man and woman to 
carry a pregnancy to full term and to conceive a child 
after attempting to do so for at least one full year. 
Primary infertility refers to a situation in which preg- 
nancy has never been achieved. Secondary infertility 
refers to a situation in which one or both members of 
the couple have previously conceived a child, but are 
unable to conceive again after a full year of trying. 


Currently in the United States, according to the 
American Society for Reproductive Medicine (ASRM), 
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about 15 to 20% of couples struggle with infertility at 
any given time, which, as of 2005, involves about 6.1 
million people in the United States that are in the repro- 
ductive age population. Infertility has increased as a 
problem, as demonstrated by an early study conducted 
between the years of 1965 and 1982, which compared 
fertility rates in married women ages 20 to 24 years of 
age. In that time period, infertility increased 177%. 
Some scientific studies in the 2000s attribute this contin- 
ued increase in infertility on primarily social phenomena, 
including the tendency for marriage to occur at a later 
age, and the associated tendency for attempts at first 
pregnancy to occur at a later age. Fertility in women 
decreases with increasing age, as illustrated by the 
following statistics: 


- infertility in married women ages 16 to 20 years: 
4.5% 


- infertility in married women ages 35 to 40 years: 
31.8% 


- infertility in married women over age 40 years: 70%. 


Since the 1960s, there has also been greater social 
acceptance of sexual intercourse outside of marriage, 
and individuals often have multiple sexual partners 
before they marry and attempt conception. This has 
led to an increase in sexually transmitted infections. 
Scarring from these infections, especially from pelvic 
inflammatory disease (PID)—a serious infection of 
the female reproductive organs—seems to be partly 
responsible for the increase. Furthermore, use of the 
contraceptive device called the intrauterine device 
(IUD) also has contributed to an increased rate of 
PID, with subsequent scarring. 


To understand issues of infertility, it is first neces- 
sary to understand the basics of human reproduction. 
Fertilization occurs when a male sperm merges with a 
female ovum (egg), creating a zygote, which contains 
genetic material (DNA, deoxyribonucleic acid) from 
both the father and the mother. If pregnancy is then 
established, the zygote will develop into an embryo, 
then a fetus, and ultimately a baby will be born. 


Sperm are small cells that carry the father’s 
genetic material. This genetic material is contained 
within the oval head of the sperm. Sperm are produced 
within the testicles, and proceed through a number of 
developmental stages in order to mature. This whole 
process of sperm production is called spermatogenesis. 
The sperm are mixed into a fluid called semen, which is 
discharged from the penis during a process called 
ejaculation. The whiplike tail of the sperm allows the 
sperm motility; that is, permits the sperm to essentially 
swim up the female reproductive tract, in search of the 
egg it will attempt to fertilize. 
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The ovum (or egg) is the cell that carries the moth- 
er’s genetic material. These ova develop within the ova- 
ries. Once a month, a single mature ovum is produced 
and leaves the ovary in a process called ovulation. This 
ovum enters the fallopian tube (a tube extending from 
the ovary to the uterus) where fertilization occurs. 


If fertilization occurs, a zygote containing genetic 
material from both the mother and father results. This 
single cell will divide into multiple cells within the 
fallopian tube, and the resulting cluster of cells (called 
a blastocyst) will then move into the uterus. The ute- 
rine lining (endometrium) has been preparing itself to 
receive a pregnancy by growing thicker. If the blasto- 
cyst successfully reaches the inside of the uterus and 
attaches itself to the wall of the uterus, then implanta- 
tion and pregnancy have been achieved. 


Unlike most medical problems, infertility is an 
issue requiring the careful evaluation of two separate 
individuals, as well as an evaluation of their interac- 
tions with each other. In about 3 to 4% of couples, no 
cause for their infertility will be discovered. The main 
factors involved in causing infertility, listing from 
the most to the least common, include: (1) Male fac- 
tors; (2) Peritoneal factors; (3) Uterine/tubal factors; 
(4) Ovulatory factors; and (5) Cervical factors. 


Male factor infertility 


Male factor infertility can be caused by a number 
of different characteristics of the sperm. To check for 
these characteristics, a semen analysis is carried out, 
during which a sample of semen is obtained and exam- 
ined under the microscope. The four most basic char- 
acteristics evaluated are: (1) Sperm count or the 
number of sperm present in a semen sample. The nor- 
mal number of sperm present in just one milliliter (ml) 
of semen is over 20 million. A man with only 5 to 20 
million sperm per ml of semen is considered subfertile, 
a man with fewer than five million sperm per ml of 
semen is considered infertile. (2) Sperm motility. Better 
swimmers indicate a higher degree of fertility, as does 
longer duration of survival. Sperm are usually capable 
of fertilization for up to 48 hours after ejaculation. (3) 
Sperm morphology or the structure of the sperm. Not 
all sperm within a specimen of semen will be perfectly 
normal. Some may be developmentally immature 
forms of sperm, some may have abnormalities of the 
head or tail. A normal semen sample will contain no 
more than 25% abnormal forms of sperm. (4) Volume 
of a representative semen sample. The semen is made 
up of a number of different substances, and a decreased 
quantity of one of these substances could affect the 
ability of the sperm to successfully fertilize an ovum. 
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The semen sample may also be analyzed chemi- 
cally to determine that components of semen other 
than sperm are present in the correct proportions. If 
all of the above factors do not seem to be the cause for 
male infertility, then another test is performed to eval- 
uate the ability of the sperm to penetrate the outer coat 
of the ovum. This is done by observing whether sperm 
in a semen sample can penetrate the outer coat of a 
guinea pig ovum; fertilization cannot, of course, 
occur, but this test is useful in predicting the ability 
of the patient’s sperm to penetrate a human ovum. 


Any number of issues can affect male fertility as 
evidenced by the semen analysis. Individuals can be 
born with testicles that have not descended properly 
from the abdominal cavity (where testicles develop 
originally) into the scrotal sac, or they can be born 
with only one testicle, instead of the normal two. 
Testicle size can be smaller than normal. Past infection 
(including mumps) can affect testicular function, as 
can a past injury. The presence of abnormally large 
veins (varicocele) in the testicles can increase testicular 
temperature, which decreases sperm count. A history 
of exposure to various toxins, drug use, excessive alco- 
hol use, use of anabolic steroids, certain medications, 
diabetes, thyroid problems, or other endocrine distur- 
bances can have direct effects on spermatogenesis. 
Problems with the male anatomy can cause sperm to 
be ejaculated not out of the penis, but into the bladder, 
and scarring from past infections can interfere with 
ejaculation. 


Treatment of male factor infertility includes 
addressing known reversible factors first, for example 
discontinuing any medication known to have an effect 
on spermatogenesis or ejaculation, as well as decreas- 
ing alcohol intake and treating thyroid or other endo- 
crine disease. Varicoceles can be treated surgically. 
Testosterone in low doses can improve sperm motility. 


Some recent advances have greatly improved the 
chances for infertile men to conceive. Azoospermia 
(lack of sperm in the semen) may be overcome by 
mechanically removing sperm from the testicles either 
by surgical biopsy or needle aspiration (using a needle 
and syringe). The isolated sperm can then be used for 
in vitro fertilization. Another advance involves using a 
fine needle to inject a single sperm into the ovum. This 
procedure, called intracytoplasmic sperm injection 
(ICSI) is useful when sperm have difficulty fertilizing 
the ovum and when sperm have been obtained 
through mechanical means. 


Other treatments of male factor infertility include 
collecting semen samples from multiple ejaculations, 
after which the semen is put through a process that 
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allows the most motile sperm to be sorted out. These 
motile sperm are pooled together to create a concen- 
trate that can be mechanically deposited directly into 
the female partner’s uterus at a time that will coincide 
with ovulation. In cases where the male partner’s 
sperm is proven to be unable to cause pregnancy in 
the female partner, and with the consent of both part- 
ners, donor sperm may be used for this process. These 
procedures (depositing the male partner’s sperm or 
donor sperm by mechanical means into the female 
partner) are both forms of artificial insemination. 


In January 2005, the Fertility and Sterility journal, 
which is associated with the ASRM, published an article 
concerning infertility. The results showed that one in ten 
American couples are infertile, approximately 100,000 
pregnancies are attempted each year using in vitro fertil- 
ization, and more than 177,000 babies have been born in 
the United States through in vitro fertilization. 


Female factor infertility 


Peritoneal factors refer to any factors (other than 
those involving specifically the ovaries, fallopian tubes, 
or uterus) within the abdomen of the female partner 
that may be interfering with her fertility. Two such 
problems include pelvic adhesions and endometriosis. 


Pelvic adhesions are thick, fibrous scars. These 
scars can be the result of past infections, particularly 
sexually transmitted diseases such as PID, or infections 
following abortions or prior births. Previous surgeries 
can also leave behind scarring. Complications from 
appendicitis and certain intestinal diseases can also 
result in adhesions in the pelvic area. 


Endometriosis also results in pelvic adhesions. 
Endometriosis is the abnormal location of uterine 
tissue outside of the uterus. When uterine tissue is 
planted elsewhere in the pelvis, it still bleeds on a 
monthly basis with the start of the normal menstrual 
period. This leads to irritation within the pelvis around 
the site of this abnormal tissue and bleeding, and 
ultimately causes scarring. 


Pelvic adhesions contribute to infertility primarily 
by obstructing the fallopian tubes. The ovum may be 
prevented from traveling down the fallopian tube 
from the ovary, and the sperm prevented from travel- 
ing up the fallopian tube from the uterus; or the blas- 
tocyst may be prevented from entering into the uterus 
where it needs to implant. Scarring can be diagnosed 
by examining the pelvic area with a scope, which can 
be inserted into the abdomen through a tiny incision 
made near the naval. This scoping technique is called 
laparoscopy. 
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Obstruction of the fallopian tubes can also be 
diagnosed by observing through an x-ray examination 
whether dye material can travel through the patient’s 
fallopian tubes. Interestingly enough, this procedure 
has some actual treatment benefits for the patient, as a 
significant number of patients become pregnant fol- 
lowing this exam. It is thought that the dye material in 
some way helps clean out the tubes, decreasing any 
existing obstruction. 


Pelvic adhesions can be treated using the same 
laparoscopy technique utilized in the diagnosis of the 
problem. For treatment, use of the laparoscope to 
visualize adhesions is combined with use of a laser to 
disintegrate those adhesions. Endometriosis can be 
treated with certain medications, but may also require 
surgery to repair any obstruction caused by adhesions. 


Uterine factors contributing to infertility include 
tumors or abnormal growths within the uterus, 
chronic infection and inflammation of the uterus, 
abnormal structure of the uterus, and a variety of 
endocrine problems (problems with the secretion of 
certain hormones), which prevent the uterus from 
developing the thick lining necessary for implantation 
by a blastocyst. 


Tubal factors are often the result of previous 
infections that have left scar tissue. This scar tissue 
blocks the tubes, preventing the ovum from being 
fertilized by the sperm. Scar tissue may also be present 
within the fallopian tubes due to the improper implan- 
tation of a previous pregnancy within the tube, instead 
of within the uterus. This is called an ectopic preg- 
nancy. Ectopic pregnancies cause rupture of the tube, 
which is a medical emergency requiring surgery, and 
results in scarring within the affected tube. 


X-ray studies utilizing dyes can help outline the 
structure of the uterus, revealing certain abnormal- 
ities. Ultrasound examination and hysteroscopy (in 
which a thin, wand-like camera is inserted through 
the cervix into the uterus) can further reveal abnor- 
malities within the uterus. Biopsy (removing a tissue 
sample for microscopic examination) of the lining of 
the uterus (the endometrium) can help in the evalua- 
tion of endocrine problems affecting fertility. 


Treatment of these uterine factors involves anti- 
biotic treatment of any infectious cause, surgical 
removal of certain growths within the uterus, surgical 
reconstruction of the abnormally formed uterus, and 
medical treatment of any endocrine disorders discov- 
ered. Progesterone, for example, can be taken to 
improve the hospitality of the endometrium toward 
the arriving blastocyst. Very severe scarring of the 
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fallopian tubes may require surgical reconstruction 
of all or part of the scarred tube. 


Ovulatory factors are those factors that prevent 
the maturation and release of the ovum from the ovary 
with the usual monthly regularity. Ovulatory factors 
include a host of endocrine abnormalities, in which 
appropriate levels of the various hormones that influ- 
ence ovulation are not produced. Numerous hor- 
mones produced by multiple organ systems interact 
to bring about normal ovulation. Therefore, ovulation 
difficulties can stem from problems with the ovaries, 
the adrenal glands, the pituitary gland, the hypothal- 
amus, or the thyroid. 


The first step in diagnosing ovulatory factors is to 
verify whether or not an ovum is being produced. 
Although the only certain proof of ovulation (short 
of an achieved pregnancy) is actual visualization of an 
ovum, certain procedures suggest that ovulation is or 
is not taking place. 


The basal body temperature is the body temper- 
ature that occurs after a normal night’s sleep and 
before any activity (including rising from bed) has 
been initiated. This temperature has normal variations 
over the course of the monthly ovulatory cycle, and 
when a woman carefully measures and records these 
temperatures, a chart can be drawn that suggests 
whether or not ovulation has occurred. 


Another method for predicting ovulation involves 
measurement of a particular chemical that should appear 
in the urine just prior to ovulation. Endometrial biopsy 
will reveal different characteristics depending on the ovu- 
latory status of the patient, as will examination of the 
mucus found in the cervix (the opening to the uterus). 
Also, pelvic ultrasound can visualize developing follicles 
(clusters of cells that encase a developing ovum) within 
the ovaries. 


Treatment of ovulatory factors involves treatment 
of the specific organ system responsible for ovulatory 
failure (for example, thyroid medication must be given 
in the case of an underactive thyroid, a pituitary tumor 
may need removal, or the woman may need to cease 
excessive exercise, which can result in improper activ- 
ity of the hypothalamus). If ovulation is still not occur- 
ring after these types of measures have been taken, 
certain drugs exist that can induce ovulation. These 
include Clomid®, Pergonal®, Metrodin®, Fertinex®, 
Follistim®, and Gonal® F. These drugs, however, may 
cause the ovulation of more than one ovum per cycle, 
which is responsible for the increase in multiple births 
(twins, triplets, etc.) noted since these drugs became 
available to treat infertility. 
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Assisted hatching—The process in which a small 
opening is made in the outer shell of the pre-embryo 
or blastocyst to increase the implantation rate. 
Blastocyst—A cluster of cells representing multiple 
cell divisions after successful fertilization of an ovum 
by asperm. This is the developmental form that must 
implant itself in the uterus to achieve pregnancy. 
Cervix—the front portion, or neck, of the uterus. 
Ejaculation—A spasmodic muscular contraction 
expelling semen from the penis. 
Endometrium—tThe blood-rich interior lining of the 
uterus. 

Fallopian tubes—In a woman’s reproductive system, 
a pair of narrow tubes that carry the egg from the 
ovary to the uterus. 

Ovary—The female organ in which eggs (ova) are 
stored and mature. 


The cervix is the opening from the vagina into the 
uterus through which the sperm must pass. Mucus 
produced by the cervix helps to transport the sperm 
into the uterus. Injury to the cervix during a prior 
birth, surgery on the cervix due to a pre-cancerous or 
cancerous condition, or scarring of the cervix after 
infection, can all result in a smaller than normal cer- 
vical opening, making it difficult for the sperm to 
enter. Furthermore, any of the above conditions can 
also decrease the number of mucus-producing glands 
in the cervix, leading to a decrease in the quantity of 
cervical mucus. In other situations, the mucus pro- 
duced is the wrong consistency (perhaps too thick) to 
allow sperm to travel through it. Certain infections 
can also serve to make the cervical mucus environment 
unfavorable to the transport of sperm, or even directly 
toxic to the sperm themselves (causing sperm death). 
Some women produce antibodies (immune cells) that 
identify sperm as foreign invaders. 


The qualities of the cervical mucus can be exam- 
ined under a microscope to diagnose cervical factors as 
contributing to infertility. The interaction of a live 
sperm sample from the male partner and a sample of 
cervical mucus can also be examined. 


Treatment of cervical factors includes antibiotics in 
the case of an infection, steroids to decrease production 
of anti-sperm antibodies, and artificial insemination 
techniques to completely bypass the cervical mucus. 
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Ovum (plural=ova)—The reproductive cell of the 
female which contains genetic information and par- 
ticipates in fertilization. Also popularly called the 


egg. 
Semen—The fluid which contains sperm which is 
ejaculated by the male. 


Sperm—Substance secreted by the testes during sex- 
ual intercourse. Sperm includes spermatozoon, the 
mature male cell which is propelled by a tail and has 
the ability to fertilize the female egg. 


Spermatogenesis—The process by which sperm 
develop to become mature sperm. 


Zygote—tThe cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 


Assisted reproduction comprises those techniques 
that perhaps receive the most publicity as infertility 
treatments. These include in vitro fertilization (IVF), 
gamete intrafallopian tube transfer (GIFT), and 
zygote intrafallopian tube transfer (ZIFT). All of 
these are used after other techniques to treat infertility 
have failed. 


IVF involves the use of a drug to induce multiple 
ovum production, and retrieval of those ova either sur- 
gically or by ultrasound-guided needle aspiration 
through the vaginal wall. Meanwhile, multiple semen 
samples are obtained from the male partner, and a 
sperm concentrate is prepared. The ova and sperm are 
then cultured together in a laboratory, where hopefully 
several of the ova are fertilized. Cell division is allowed 
to take place up to either the pre-embryo or blastocyst 
state. While this takes place, the female may be given 
medication to prepare her uterus to receive an embryo. 
When necessary, a small opening is made in the outer 
shell (zona pellucida) of the pre-embryo or blastocyst by 
a process known as assisted hatching. Two or more pre- 
embryos or two blastocysts are transferred into the 
uterus, and the wait begins to see if any or all of them 
implant and result in an actual pregnancy. 


There has been medical controversy over whether 
children conceived using IVF are more liable to suffer 
birth defects. A 2005 metastudy—a study of all exist- 
ing studies—found a 30-40% increase in birth defects 
risk for IVF babies versus those conceived naturally. If 
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this effect is real, the cause is not known. Without a 
doubt, however, because most IVF procedures place 
more than one embryo into the uterus, the chance for a 
multiple birth (twins or more) is greatly increased. 


GIFT involves retrieval of both multiple ova and 
semen, and the mechanical placement of both within 
the fallopian tubes, where fertilization may occur. 
ZIFT involves the same retrieval of ova and semen, 
and fertilization and growth in the laboratory up to 
the zygote stage, at which point the zygotes are placed 
in the fallopian tubes. Both GIFT and ZIFT seem to 
have higher success rates than IVF. 


Ova can now be frozen for later use, although 
greater success is obtained with fresh ova. However, 
storing ova may provide the opportunity for future 
pregnancy in women with premature ovarian failure 
or pelvic disease or those undergoing cancer treatment. 


Any of these methods of assisted reproduction can 
utilize donor sperm and/or ova. There have even been 
cases in which the female partner’s uterus is unable to 
support a pregnancy, so the embryo or zygote resulting 
from fertilization of the female partner’s ovum with the 
male partner’s sperm is transferred into another 
woman, where the pregnancy progresses to birth. 


Chances at pregnancy can be improved when the 
pre-embryos are screened for chromosomal abnormal- 
ities and only the normal ones are transferred into the 
uterus. This method is useful for couples who are at an 
increased risk of producing embryos with chromosomal 
abnormalities, such as advanced maternal age or when 
one or both partners carry a fatal genetic disease. 


Multiple ethical issues have presented themselves as 
a result of assisted reproduction. Some of these issues 
involve the use of donor sperm or ova, and surrogate 
motherhood. Other issues include what to do with fro- 
zen embryos, particularly when the couple has divorced. 


A particularly difficult ethical problem has come 
about by virtue of the technique of transferring multiple 
embryos or zygotes into the female. When pregnancy 
occurs in which there are multiple developing fetuses, 
there is a greatly increased chance for pregnancy com- 
plications, preterm delivery, and life-long medical prob- 
lems. Techniques allowing only one or two of the fetuses 
to continue developing may be employed. 


See also Reproductive system. 


Resources 


BOOKS 


Cedars, Marcelle, ed. Infertility: Practical Pathways in 
Obstetrics and Gynecology. New York: McGraw-Hill 
Medical Publishing Division, 2005. 


2288 


The Merck Manual of Diagnosis and Therapy. 18th edition. 
Whitehouse Station, NJ: Merck Research 
Laboratories, 2006. 

Speroff, Leon. Clinical Gynecologic Endocrinology and 
Infertility. Philadelphia, PA: Lippincott Williams & 
Wilkins, 2005. 

OTHER 

American Society for Reproductive Medicine (ASRM). 
“Home page of ASRM.” <http://www.asrm.org/> 
(accessed October 12, 2006). 


Rosalyn Carson-DeWitt 


l Infinity 


As children, we learn to count, and are pleased 
when first we count to 10, then 100, and then 1,000. 
By the time we reach 1,000, we may realize that counting 
to 2,000, or certainly 100,000, is not worth the effort. 
This is partly because we realize that such projects could 
take up all our time, and partly because we realize no 
matter how high we count, it is always possible to count 
higher. At this point we are introduced to the infinite, 
and begin to realize what infinity is. 


Infinity, written as oo, is not the largest number. It 
is the term we use to convey the notion that there is no 
largest number. We say there is an infinite number of 
numbers. 


There are aspects of the infinite that are not alto- 
gether intuitive, however. For example, at first glance 
there would seem to be half as many odd (or even) 
integers as there are integers all together. Yet it is cer- 
tainly possible to continue counting by twos forever, 
just as it is possible to count by ones forever. In fact, we 
can count by tens, hundreds, or thousands, it does not 
matter. Once the counting has begun, it never ends. 


What of fractions? It seems that just between zero and 
one there must be as many fractions as there are positive 
integers. This is easily seen by listing them, 1/1, 1/2, 1/3, 1/ 
4, 1/5, 1/6, 1/7, 1/8,.... But there are multiples of these 
fractions as well, for instance, 2/8, 3/8, 4/8, 5/8, 6/8, 7/8, 
and 8/8. Of course many of these multiples are duplicates, 
2/8 is the same as 1/4 and so on. It turns out, after all the 
duplicates are removed, that there is the same number of 
fractions as there are integers. Not at all an obvious result. 


In addition to fractions, or rational numbers, there 
are irrational numbers, which cannot be expressed as the 
ratio of whole numbers. Instead, they are recognized by 
the fact that, when expressed in decimal form, the digits 
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Counting numbers—As the name suggests, the 
counting numbers are 1,2,3..., also called the nat- 
ural numbers. The whole numbers are the counting 
numbers plus zero. 


Transfinite numbers—Transfinite numbers were 
invented by Georg Cantor as a means of expressing 
the relative size of infinite sets. 


to the right of the decimal point never end, and never 
form a repeating sequence. Terminating decimals, such 
as 6.125, and repeating decimals, such as 1.333m or 
6.534m (the bar over the last digits indicates that 
sequence is to be repeated indefinitely), are rational. 
Irrational numbers are interesting because they can 
never be written down. The instant one stops writing 
down digits to the right of the decimal point, the number 
becomes rational, though perhaps a good approxima- 
tion to an irrational number. 


It can be proved that there are infinitely more irra- 
tional numbers than there are rational numbers, in spite 
of the fact that every irrational number can be approxi- 
mated by a rational number. Taken together, the rational 
and irrational numbers form the set of real numbers. 


The word infinite is also used in reference to the 
very small, or infinitesimal. Consider dividing a line 
segment in half, then dividing each half, and so on, 
infinitely many times. This procedure would results in 
an infinite number of infinitely short line segments. Of 
course it is not physically possible to carry out such a 
process; but it is possible to imagine reaching a point 
beyond which it is not worth the effort to proceed. We 
understand that the line segments will never have exactly 
zero length, but after a while no one fully understands 
what it means to be any shorter. In the language of 
mathematics, we have approached the limit. 


Beginning with the ancient Greeks, and continu- 
ing to the turn of the twentieth century, mathemati- 
cians either avoided the infinite, or made use of the 
intuitive concepts of infinitely large or infinitely small. 
Not until the German mathematician, Georg Cantor 
(1845-1918), rigorously defined the transfinite num- 
bers did the notion of infinity finally seem fully under- 
stood. Cantor defined the transfinite numbers in terms 
of the number of elements in an infinite set. The nat- 
ural numbers have No elements (the first transfinite 
number). The real numbers have ; elements (the sec- 
ond transfinite number). Then, any two sets whose 
elements can be placed in 1-1 correspondence, have 
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the same number of elements. Following this proce- 
dure, Cantor showed that the set of integers, the set of 
odd (or even) integers, and the set of rational numbers 
all have No elements; and the set of irrational numbers 
has X&, elements. He was never able, however, to show 
that no set of an intermediate size between No and X, 
exists, and this remains unproved today. 


Resources 


BOOKS 

Rucker, Rudy. Infinity and the Mind: The Science and 
Philosophy of the Infinite. Princeton, NJ: Princeton 
University Press, 2004. 

Wallace, David Foster. Everything and More: A Compact 
History of Infinity. New York: W.W. Norton, 2004. 


PERIODICALS 

Moore, A. W. “A Brief History of Infinity.” Scientific 
American 272, No. 4 (1995): 112-16. 

Paulos, John Allen. Beyond Numeracy, Ruminations of a 
Numbers Man New York: Knopf, 1991. 


J. R. Maddocks 


| Inflammation 


Inflammation is a localized defensive response of 
the body to injury. The response is usually characterized 
by pain, redness, heat, swelling, and, depending on the 
extent of trauma, loss of function. The process of inflam- 
mation, called the inflammatory response, is a series of 
events, or stages, that the body performs to attain 
homeostasis (the body’s effort to maintain stability). 


The body’s inflammatory response mechanism 
serves to confine, weaken, destroy, and remove bac- 
teria, toxins, and foreign material at the site of trauma 
or injury. As a result, the spread of invading substan- 
ces is halted, and the injured area is prepared for 
regeneration or repair. Inflammation is a nonspecific 
defense mechanism; the body’s physiological response 
to a superficial cut is much the same as with a burn or a 
bacterial infection. The inflammatory response pro- 
tects the body against a variety of invading pathogens 
and foreign matter, and should not be confused with 
an immune response, which reacts to specific invad- 
ing agents. Inflammation can occur and dissipate in 
a short time (acute inflammation) or can persist for a 
much longer time (chronic inflammation). 


Within minutes after the body’s physical barriers, the 
skin and mucous membranes, are injured or traumatized 
(for example, by bacteria and other microorganisms, 
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extreme heat or cold, and chemicals), the arterioles and 
capillaries increase in diameter (dilate), allowing more 
blood to flow to the injured area. When the blood 
vessels dilate, they become more permeable, allowing 
plasma and circulating defensive substances such as 
antibodies, phagocytes (cells that ingest microbes and 
foreign substances), and fibrinogen (blood-clotting 
chemical) to pass through the vessel wall to the site of 
the injury. The blood flow to the area decreases and the 
circulating phagocytes attach to and digest the invading 
pathogens. Unless the body’s defense system is com- 
promised by a preexisting disease or a weakened con- 
dition, healing takes place. Treatment of inflammation 
depends on the cause. Anti-inflammatory drugs such as 
aspirin, acetaminophen, ibuprofen, or a group of drugs 
known as non-steroidal anti-inflammatory drugs (com- 
monly abbreviated NSAIDs) are sometimes taken to 
counteract some of the symptoms of inflammation. 


B inflection point 


In mathematics, an inflection point is a point ona 
curve at which the curve changes from being concave 
upward to being concave downward, or vice versa. A 
concave upward curve can be thought of as one that 
would hold water, if extended far enough, while a con- 
cave downward curve is one that would not: a valley- 
curve versus a hill-curve. An important qualification is 
that the curve must have a unique tangent line at the 
point of inflection. This means that the curve must 
change smoothly from concave upward to concave 
downward, not abruptly. As a practical example of 
an inflection point consider an S curve on the highway. 
Precisely at the inflection point, the driver changes 
from steering left to steering right (or vice versa, 
depending on which way they are going). 


In calculus, an inflection point is characterized by 
a change in the sign of the second derivative. Such a 
sign change occurs when the second derivative passes 
through zero. 


D iithacees 


Influenza (commonly called the flu) is an infec- 
tious disease caused by the influenza virus. The disease 
is easily spread from person to person, typically by 
inhaling virus that has been expelled into the air by 
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A transmission electron micrograph (TEM) of influenza 
viruses budding from the surface of an infected cell. (CNR// 
Science Photo Library, National Audubon Society Collection/ 
Photo Researchers, Inc.) 


coughing or sneezing. The virus can also be spread by 
touch. For example, if someone touches a doorknob 
that has influenza viruses clinging to it and then 
touches their mouth, the virus can pass into their 
body and cause influenza. 


The influenza virus infects the nose, throat, and 
lungs of people. In contrast to the common cold, 
which is caused by a different virus, the symptoms of 
the flu develop suddenly. These symptoms include fever, 
headache and body aches, tiredness, cough, sore throat, 
and stuffy nose. The incubation period for influenza is 
short—between one and three days—and the first symp- 
tom is a fever that may reach 103°F (39.4;°C). Cough 
and gastrointestinal discomfort may also accompany the 
disease. Usually, the viral infection runs its course in 
about a week. However, the virus weakens the immune 
system, making the human body subject to secondary 
infections such as bacterial pneumonia. Fatalities asso- 
ciated with influenza usually result from such secondary 
complications. The presence of viral pneumonia was 
probably the cause of many deaths during the great 
influenza epidemics of the past. 


Most people who contract the flu recover com- 
pletely in a few weeks. However, in some people influ- 
enza can progress to pneumonia, which can be life 
threatening. Recovery from influenza does not protect 
someone from future bouts of the disease. This is 
because the influenza virus readily changes the expres- 
sions of its genetic material (1.e., it mutates readily). 
Thus, the influenza virus that the body’s immune sys- 
tem responds to one season may be different from the 
virus that infects the body some months later. 


Influenza is a common illness. For example, accord- 
ing to the U.S. Centers for Disease Control and 
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Prevention (CDC) every year approximately 15-60 mil- 
lion Americans (about 5—20% of the population of the 
United States, as of August 2006) contract influenza. Of 
these, about 36,000 people die of the infection, and over 
200,000 people require hospitalization. 


There are three types of influenza virus. All three 
are in the viral group called Orthomyxovirus. The 
three viral types are called influenza A, B, and C. 
Influenza A and B cause large numbers of cases of 
the flu almost every winter, when people are confined 
indoors and spread of the virus is easier. 


Influenza A is further divided into two subtypes 
called hemagglutinin (H) and neuraminidase (N). H 
and N are two proteins that are found on the surface of 
the filament-like virus particles. They both protrude 
from the surface and appear as spikes when viruses are 
examined under high magnification. The protein 
spikes function to help the virus invade host cells. 


Influenza viruses are resident in animals and birds 
including pigs, horses, seals, whales, a variety of wild 
birds, and ducks. The virus can spread from this res- 
ervoir to humans. 


Influenza has been part of humankind for millen- 
nia. Historically, influenza has been known for centu- 
ries and may have been what Ancient Greek physician 
Hippocrates of Cos (c. 460-370 BC) described as the 
cause of an epidemic as early as 412 BC. In the twen- 
tieth century, there were a number of large outbreaks. 
For example, in 1918-1919 the Spanish flu killed more 
than 500,000 people in the United States and up to 50 
million people around the world. The influenza virus 
that caused this outbreak was very deadly. Concerns 
have been raised that the same virus could establish 
another epidemic. 


Not until the 1930s with the invention of more 
powerful microscopes did scientists began to see patho- 
gens much smaller than bacteria—what today are 
called viruses. During that decade, the nature of viruses 
was discovered. Wendell M. Stanley (1904-1971), an 
American biochemist, prepared large quantities of 
viruses, and found that they could be crystallized. 
Viruses are very simple structures made of only pro- 
teins and nucleic acids that could be crystallized in 
much the same way as other nonliving chemicals. 
However, when a virus is inside a living cell it uses the 
cell’s genetic machinery to make more copies of itself. 
Stanley had discovered that viruses are on the border- 
line between living and nonliving things because they 
grow only when inside living cells. During World War 
II, Stanley worked on culturing the influenza virus. 


In 1957 to 1958 the Asian flu caused 70,000 deaths 
in the United States. The same virus remains in 
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circulation today. In 1968 to 1969, an outbreak of 
what was dubbed the Hong Kong flu killed approx- 
imately 34,000 Americans. In 1976, a small outbreak 
affected soldiers at a military base in Fort Dix, New 
Jersey. Experts predicted that the influenza, which was 
known as the Swine flu, could spread throughout the 
United States. The subsequent public concern bor- 
dered on hysteria, and prompted a vaccination cam- 
paign in which 40 million Americans were vaccinated. 
The outbreak did not materialize. 


In 1997 a three-year-old boy in Hong Kong died 
from a virus previously thought to occur only in birds. 
Investigators believe that the transmission was direct 
from bird to human without the usual intermediary 
pig. Prior to the boy’s infection, thousands of chickens 
in Hong Kong died from the virus. By the end of 1997, 
15 additional cases had occurred in the city. 


Research has shown that viruses have a phenom- 
enal ability to change, or mutate, very quickly. A treat- 
ment that may have worked on one flu virus may not 
work on another. Each year different strains develop. 
They are named for places where they first occurred. 


From late 2003 to 2006, outbreaks of avian influ- 
enza HSN1 occurred in poultry in many countries in 
Asia. Over 100 million birds were killed or died from 
the disease. Although thought to be under control in 
March 2004, it resurfaced again in June/July 2004. 
Since December 2003, several cases have been reported 
in humans, mostly from direct or close contact with 
infected poultry or contaminated surfaces. Experts 
from around the world are closely watching the 
HS5NI1 virus, now commonly called (simply) the avian 
flu. Governments such as the United States are prepar- 
ing for the possibility that the avian flu may begin to 
spread quickly from human-to-human, resulting in a 
possible influenza pandemic, or a worldwide outbreak. 


Vaccination is not a guarantee that all types of 
influenza will be prevented. Rather, influenza is typi- 
cally dealt with after it appears. Flu is treated with rest 
and fluids. Maintaining a high fluid intake is impor- 
tant, because fluids increase the flow of respiratory 
secretions that may prevent pneumonia. Antiviral 
medications such as amantadine and rimantadine 
may be prescribed for people who have initial symp- 
toms of the flu and who are at high risk for complica- 
tions. This medication does not prevent the illness, but 
reduces its duration and severity. 


A flu vaccine is available that is formulated each 
year against the current type and strain of flu virus. 
The virus is grown in chicken eggs, extracted, and, 
then, rendered noninfective by chemicals. The vaccine 
is also updated to the current viral strain by the 
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addition of proteins that match the protein composi- 
tion of the influenza virus type that is currently circu- 
lating in a population. The vaccine would be most 
effective in reducing attack rates if it was effective in 
preventing influenza in schoolchildren; however, in 
vaccine trials the vaccine has not been shown to be 
effective in flu prevention in this age group. In certain 
populations, particularly the elderly, the vaccine is 
effective in preventing serious complications of influ- 
enza and thus, lowers mortality. 


Vaccine research is ongoing. One of the more 
exciting advances in flu vaccines involves research 
studies examining an influenza vaccine mist, which is 
sprayed into the nose. This is predicted to be an excel- 
lent route of administration, which will confer even 
stronger immunity against influenza. Because it uses a 
live virus, it encourages a strong immune response. 
Furthermore, it is thought to be a more acceptable 
immunization route for schoolchildren, who are an 
important reservoir of the influenza virus. 


See also Aerosols; Cold, common. 
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I Infrared astronomy 


Infrared astronomy is the study of infrared (IR) 
radiation, or that radiation between 750 and one mil- 
lion nanometers (where, one micrometer equals 1,000 
nanometers) in wavelength. Throughout most of his- 
tory astronomers were confined to using optical light, 
the light scientists can detect with their eyes. The 
advent of electronic detectors has, in the past few 
decades, opened up new vistas to astronomers, allow- 
ing them to utilize the entire electromagnetic spec- 
trum. Infrared astronomers use traditional optical 
telescopes equipped with special detectors that can 
detect infrared light. Earth’s atmosphere is, for the 
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most part, only mildly transparent to infrared light, 
so infrared astronomers work from high, dry moun- 
tain tops, airplanes, high altitude balloons, or space. 
The infrared spectral window allows astronomers 
to probe dusty regions of the universe that obscure 
optical light. 


Electromagnetic spectrum 


Light is a form of electromagnetic radiation. The 
electromagnetic waves that comprise electromagnetic 
radiation consist of oscillations in electric and mag- 
netic fields, just as water waves consist of oscillations 
of the water in the ocean. 


Certain properties describe all types of waves. One 
is the wavelength, which is the distance between two 
adjacent peaks in the wave. The frequency is the num- 
ber of peaks that move past a stationary observer in 
one second. In the case of water waves at the beach, 
the frequency would be the number of incoming waves 
that hit a person in one second, and the wavelength 
would be the distance between two waves. A higher 
frequency corresponds to a shorter wavelength and 
vice versa. 


The different colors of light that eyes can detect 
correspond to different wavelengths—or frequencies— 
of light. Red light has a longer wavelength than violet 
light. Orange, yellow, green, and blue are in between. 
Infrared light, ultraviolet light, radio waves, micro- 
waves, and gamma rays are all forms of electromagnetic 
radiation, but they differ in wavelength and frequency. 


Infrared light has slightly longer wavelengths than 
red light. Human eyes cannot detect infrared light, but 
humans can feel it as heat. Infrared astronomy uses the 
wavelength range from about 0.75 to just less than one 
thousand micrometers. Wavelengths near 1,000 micro- 
meters (1 millimeter) are considered radio waves and 
studied by radio astronomers using different techniques 
than infrared astronomers. 


Infrared astronomers divide the infrared spectrum 
into near-, mid-, and far-infrared. The exact bounda- 
ries between these regions are indistinguishable, but 
near-infrared is generally considered to be from 0.75 
to five micrometers. Wavelengths of five to 20 micro- 
meters are considered mid-infrared. Wavelengths lon- 
ger than about 20 micrometers are far-infrared. 


Utilizing infrared astronomy 


Special infrared detectors must be used to see the 
infrared universe. These detectors can be mounted on 
traditional optical telescopes either on the ground or 
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above the atmosphere. The first infrared detector was 
a thermometer used by German-born English astron- 
omer William Herschel (1738-1822) in 1800. He 
passed sunlight through a prism and placed the ther- 
mometer just beyond the red light to detect the heat 
from the infrared light. To detect the heat from distant 
stars and galaxies, modern infrared detectors must be 
considerably more sensitive. The infancy of infrared 
astronomy began with the advent of these detectors in 
the 1960s. 


Modern infrared detectors use exotic combina- 
tions of semiconductors that are cooled to either liquid 
nitrogen or liquid helium temperatures. Photovoltaic 
detectors utilize the photoelectric effect, the same 
principle as the solar cell in a solar powered calculator. 
Light strikes certain materials and kicks the electrons 
away from the atoms to produce an electric current 
as the electrons move. Because infrared light has 
less energy than ordinary optical light, photovoltaic 
infrared detectors must be made from materials 
that require little energy to force the electron from 
the atom. 


Photoresistive thermal detectors work by measur- 
ing minute changes in the electrical resistance of the 
detector. The electrical resistance of a wire generally 
depends on its temperature. Infrared radiation strik- 
ing a photoresistive detector will raise its temperature 
and, therefore, change its electrical resistance by a 
minute amount. A mixture of gallium and germanium 
is often used. These detectors must be cooled with 
liquid helium to get the extreme sensitivity required 
by infrared astronomers. 


Early infrared detectors featured a single channel. 
Accordingly, they could measure the brightness of a 
single region of the sky seen by the detector, but could 
not produce pictures. Early infrared images or maps 
were quite tedious to make. Images were created by 
measuring the brightness of a single region of the sky, 
moving the telescope a bit, measuring the brightest of 
a second region, and so on. 


In the 1980s, infrared arrays revolutionized infra- 
red imaging. Arrays are essentially two-dimensional 
grids of very small, closely spaced individual detectors, 
or pixels. Infrared arrays as large as 256 x 256 pixels, 
or even larger, are now available, allowing astrono- 
mers to create infrared images in a reasonable amount 
of time. 


In addition to images, astronomers can measure 
the brightness of an infrared source at various infrared 
wavelengths. Detectors record a range of wavelengths, 
so a filter must be used to select a specific wavelength. 
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This measurement of brightness is called photometry. 
Both optical and infrared astronomers break light up 
into its component colors, its spectrum. This can be 
done on a smaller scale by passing light through a 
prism. This process, spectroscopy, is useful for finding 
the compositions, motions, physical conditions, and 
many other properties of stars and other celestial 
objects. When light is polarized, the electromagnetic 
oscillations line up. Infrared polarimetry, measuring 
the amount of polarization, is useful in deducing opti- 
cal properties of the dust grains in dusty infrared 
sources. 


Ground-based infrared astronomy 


Infrared light is heavily absorbed by both carbon 
dioxide and water vapor, major components of Earth’s 
atmosphere. Accordingly, the atmosphere is opaque to 
many infrared wavelengths. There are a few specific 
wavelength bands between one and five micrometers, 
around 10 micrometers, and, sometimes, near 20 micro- 
meters at which the atmosphere is partially transparent. 
These bands make up the standard ground-based infra- 
red bands. Still, astronomers must build infrared observ- 
atories at very dry, high-altitude sites to get above as 
much atmosphere as possible. One of the best infrared 
sites in the world is the 14,000-ft (4,200-m) summit of 
Mauna Kea in Hawaii. On a clear night, half a dozen 
large telescopes may probe the infrared sky, although 
some of the telescopes are used for optical astronomy. 
The high altitude at Mauna Kea makes observation at 
its summit very rigorous. 


There are special difficulties to infrared astron- 
omy, especially from the ground. The heat radiation 
from the telescope, telescope building, and atmos- 
phere are all very bright in the infrared. They combine 
into an infrared background that is at least a million 
times brighter than strong astronomical infrared sour- 
ces. To account for this strong background astrono- 
mers rapidly oscillate the telescope field of view from 
the star to a region of sky nearby. Taking the differ- 
ence of the two intensities allows astronomers to sub- 
tract the background. 


Airborne and space infrared astronomy 


To conduct experiments in infrared astronomy at 
wavelengths other than those observable from the 
ground, astronomers must place their telescopes 
above the atmosphere. Options include mounting tele- 
scopes on high-altitude balloons, airplanes, rockets, or 
satellites. High-altitude balloons are less expensive than 
the other options, but astronomers cannot ride with the 


2293 


Awouo.jse pasesjuy 


Infrared astronomy 


telescope and have little control over the flight path of 
the balloon. Today aircraft are more frequently used. 
Since 1974, NASA has operated the Gerald P. Kuiper 
Airborne Observatory (KAO), which is a 36 in (91 cm) 
infrared telescope in a military cargo plane. It flies at 
high altitudes in a controlled path with the astronomers 
along to operate the telescope. Astronomers can make 
observations at far-infrared wavelengths with more 
control than from a balloon. The KAO was retired in 
1996. As of 2006, NASA is in the process of replacing 
the KAO with the Stratospheric Observatory for 
Infrared Astronomy (SOFIA), a 100-in (254 cm) tele- 
scope that will be flown on a Boeing 747SP. As of 
October 2006, the SOFIA was in its final test stage 
before being turned operational. 


To record long-term images from space, astrono- 
mers must place infrared telescopes on orbiting satel- 
lites. Such experiments are quite expensive, but allow 
astronomers to record a large number of observations. 
Infrared observatories in space have a more limited 
lifetime than other space observatories because they 
run out of liquid helium. Space is cold, but not cold 
enough for infrared detectors, so they must still be 
cooled with liquid helium, which evaporates after a 
year or two. Astronomers must carefully plan their 
observations to get the most out of the limited lifetime. 


In the early 1980s the Infrared Astronomical 
Satellite (IRAS) surveyed the entire sky at four infra- 
red wavelengths not accessible from the ground (12, 
25, 60, and 100 micrometers). The helium ran out in 
1983 after a successful mission. Astronomers are still 
mining the vast amounts of data accumulated from 
that experiment. The satellite charted the positions of 
about 15,000 galaxies, allowing a sky survey team to 
produce a three-dimensional map that covers a sphere 
with a radius of 700 million light-years. Of particular 
interest to astronomers is the presence of massive 
superclusters, consisting of formed of galactic clusters 
containing dozens to thousands of galaxies like 
Earth’s own Milky Way galaxy. Between these super- 
clusters lie vast voids that are nearly galaxy-free, pro- 
voking great interest from scientists. 


In 1995, the European Space Agency launched the 
Infrared Space Observatory (ISO), an astronomical 
satellite that operated at wavelengths from 2.5 to 240 
micrometers. ISO allowed astronomers to study comet 
Hale-Bopp in detail. The satellite discovered protostars, 
planet-forming nebula around dying stars, and water 
throughout the universe, including in star-forming 
regions and in the atmospheres of the gas giants like 
Saturn and Uranus. The telescope survived until 1998, 
when it ran out of liquid helium. 
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On August 25, 2003, another infrared satellite was 
launched by NASA. Called the Spitzer Space Telescope, 
formerly called the Space Infrared Telescope Facility 
(SIRTF), it is a cryogenically-cooled infrared observa- 
tory that will be able to observe objects within the solar 
system and those near the far reaches of the universe. It 
is in a heliocentric orbit (about the sun). The satellite has 
a primary mirror that is made of beryllium, 33.5 in 
(65 cm) in diameter, and cooled to 5.5K (Kelvin). Its 
three instruments onboard will permit spectroscopy 
study from five to 40 micrometers, and spectrophotom- 
etry study from five to 100 micrometers. 


Infrared view 


Infrared light penetrates dust much more easily 
than optical light. For this reason infrared astronomy 
is most useful for learning about dusty regions of the 
universe. 


One example is star-forming regions. A star forms 
from a collapsing cloud of gas and dust. Forming and 
newly formed stars are still enshrouded by a cocoon of 
dust that blocks optical light. Infrared astronomers 
can more easily probe these stellar nurseries than opti- 
cal astronomers can. The view of the center of our 
galaxy is also blocked by large amounts of interstellar 
dust. The galactic center is more easily seen by infrared 
than by optical astronomers. 


Many molecules emit primarily in the infrared and 
radio regions of the spectrum. One example is the 
hydrogenmolecule (H») that emits in the infrared. 
Infrared astronomers can study the distribution of 
these different kinds of molecules to learn about the 
processes forming molecules in interstellar space and 
the clouds in which these molecules form. 


In 1998, using data from the Cosmic Background 
Explorer (COBE), astronomers discovered a back- 
ground infrared glow across the sky. Radiated by 
dust that absorbed heat from all the stars that have 
ever existed, the background glow puts a limit on the 
total amount of energy released by all the stars in the 
universe. 


Astronomers began with data acquired by COBE, 
then modeled and subtracted the infrared glow from 
foreground objects in the solar system, the galaxy’s 
stars, and vast clouds of cold dust between the stars of 
the Milky Way. What remained was a smooth back- 
ground of residual infrared light in the 240 and 140 
micrometer wavelength bands in windows near the 
north and south poles of the Milky Way, which pro- 
vide a relatively clear view across billions of light 
years. 
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KEY TERMS 


Infrared detector—An electronic device for detect- 
ing infrared light. 


Infrared light—Light with wavelengths longer than 
those of visible light, often used in astronomy to 
study dim objects. 


Optical (visible) light—The portion of the electro- 
magnetic spectrum that humans can detect with 
eyes. 


In 2006, American astrophysicists and cosmolo- 
gists George Fitzgerald Smoot III (1945—) and John 
Cromwell Mather (1946—) received the Nobel Prize in 
physics for their work involving COBE. The two men, 
along with thousands of engineers and technicians, 
discovered the black body (any body that absorbs all 
electromagnetic radiation that falls upon it) form and 
anisotropy (property of being directionally depend- 
ent) of the cosmic microwave background radiation. 
Their discovery in infrared astronomy helps to further 
validate the big bang theory of the universe,. 


The above examples are just a few of the observa- 
tions made by infrared astronomers. In the past few 
decades, the new vistas opened in the infrared and other 
spectral regions have revolutionized astronomy. As 
such, telescopes in outer space have been found to be 
ideal places to apply infrared astronomy. Consequently, 
many telescopes are launched that include the ability to 
view infrared radiation. In fact, the Herschel Space 
Observatory, formerly called the Far Infrared and 
Sub-millimeter Telescope, is planned to be launched in 
2008 by the European Space Agency. As its former 
name states, it will study the far infrared and sub-milli- 
meter wavelengths of the infrared radiation bandwidth. 
In addition, it will also contain the largest mirror ever 
launched into space: with a diameter of 11.5 ft (3.5 m). 


See also Stellar evolution. 
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| Infrared detection devices 


Infrared detection devices are sensors that detect 
radiation in the infrared portion of the electromag- 
netic spectrum (= 10!? to 5 x 10!4 Hz). Often, such 
devices form the information they gather into visible- 
light images for the benefit of human users; alternatively, 
they may communicate directly with an automatic 
system, such as the guidance system of a missile. 


Because all objects above absolute zero emit radia- 
tion in the infrared part of the electromagnetic spectrum, 
infrared detection provides a means of “seeing in the 
dark”—that is, forming images when light in the visible 
portion of the spectrum (~4.3 x 10'* to 7.5 x 10'* Hz) 
is scarce or absent. Because an the warmer an object it is 
the more infrared radiation it emits, infrared imaging is 
also useful for the detection of outstanding heat sources 
that may be invisible or hard to detect even when there is 
ample visible light (e.g., exhaust heat from ships, tanks, 
jets, or rockets). Many devices used by police, security, 
and military organizations, including user-wearable, 
gun-mounted, vehicle-mounted, missile-mounted, and 
orbital systems, exploit some form of infrared detection 
technology. 


Infrared—“below-red”—light consists of electro- 
magnetic radiation that is too low in frequency (i.e., 
too long in wavelength) to be perceived by the human 
eye, yet is still too high in frequency to be classed as 
microwave radio. Infrared (IR) light that is just 
beyond the human visual limit (1.0 x 10'* to 4.0 x 
10'* Hz) is termed near IR, while light farther from the 
visible spectrum is divided into middle IR, far IR, and 
extreme IR. Military and security systems utilize 
mostly near IR and a narrow band in the far IR 
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Border patrol agent monitors the United States-Mexico border at night by viewing images captured with infrared tracking 
devices. (© Andrew Holbrooke/Corbis.) 


centered on 3.0 x 10!* Hz, because the Earth’s atmos- 
phere happens to be transparent to IR radiation pri- 
marily in these two “windows.” 


All objects above absolute zero glow in the far IR, 
so no source of illumination is needed to image scenes 
using such radiation; to image scenes in near IR, illu- 
mination from a light-emitting diode or filtered light 
bulb must be supplied. Near-IR imagers, however, are 
still cheaper than passive, far-IR imagers. 


There are two basic designs for electronic IR 
imagers. The first is the scanner. In this design, light 
from a tiny portion of the scene to be imaged is focused 
by an optical and mechanical system on a small circuit 
element that is sensitive to photons in the desired IR 
frequency range. The intensity of the signal from the 
IR detector element is recorded, then the mechanico- 
optical system shifts its focus to a different fragment of 
the scene. The response of the IR detector element is again 
recorded, the view shifts again, and so forth, system- 
atically covering the scene. Many scene-covering geo- 
metries have been employed by scanning imagers; the 
scanner may record horizontal or vertical lines (ras- 
ters), spiral outward from a central point, cover a 
series of radii, and so on. 
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The second basic type of IR imaging system is the 
“starer.” Such a system is said to “stare” because its 
optics do not move like a scanner’s, scanning the scene 
a little bit at a time; instead, they focus the image onto 
an extended focal plane. Located in this plane is a flat 
(planar) array of tiny sensors, each equivalent to the 
single IR sensor employed in a scanning system. By 
measuring the IR response of all the elements in the 
flat array simultaneously (or rapidly), the system can 
record an entire image at once. Image resolution in a 
staring scanner is limited by the number of elements in 
the array, whereas in a scanning system it is limited by 
the size of the scanning dot. 


Hybrid designs, in which partial or entire scan- 
lines are sensed simultaneously by rows of sensors, 
have also been developed. Chemical films have also 
been developed for IR imaging, but these are rarely 
used today. 


The earliest IR imagers, built in the 1940s, 
1950s, and 1960s, were scanners. Starers were not 
technologically feasible until the early 1970s, when 
large-scale circuit integration made the manufacture 
of focal-plane arrays with good resolution feasible. As 
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integrated-circuit technology has been refined, focal- 
plane arrays have become cheaper. Starers have many 
advantages, including greater reliability due to the 
absence of moving parts, quicker image acquisition, 
and freedom from internally-produced mechanical 
vibration. 


Formerly, both scanners and starers needed to be 
cooled by liquid nitrogen in order to keep the sensor 
from blinding itself with its own IR radiation. In 
recent years, however, uncooled IR imagers, both 
scanners and starers, have been increasing in quality 
and decreasing in price. 


Aircraft, ground vehicles, surface ships, human 
beings, industrial facilities, rockets, and warheads 
entering the atmosphere are some of the objects of 
military interest that emit IR radiation in telltale pat- 
terns. To exploit these patterns, wide array of military 
IR systems have been developed. For example, “heat- 
seeking” missiles that home in on the IR-bright gasses 
emitted by jet-aircraft engines have been common- 
place since the 1950s. Heat-seeking missiles have also 
been developed for use against surface vehicles and 
ships. Also, starting in the early 1960s, military IR- 
imaging satellites have been observing the Earth to 
detect the IR emissions of rocket and missile launches, 
and modern proposals for ballistic-missile defense 
depend heavily on space- and ground-based IR detec- 
tors that will track missiles and warheads as they arc 
through space. The U.S. military is currently designing 
anew system of satellites dedicated to tracking missiles 
using IR imaging, the Space Based Infrared System. 
According to the United States Air Force, this system 
will have a “unique capability to track missiles 
throughout their trajectory—not just during the ‘hot’ 
boost phase [when IR emissions from the missile 
are most intense]—allow[ing] the system to effectively 
cue missile defense systems with accurate targeting 
data.” 


Various IR camera systems for “seeing in the 
dark” are also commonplace. These may be mounted 
on vehicles or at stationary locations to allow night- 
time surveillance of a fixed area. Night-vision systems 
worn on helmets and mounted on portable weapons 
usually do not operate by sensing IR; instead, they 
amplify the visible light already present in a dark 
scene. Hence they are sometimes called “starlight” 
vision systems. 


IR imaging is under investigation for the detection 
of landmines. Antipersonnel mines are typically 
buried only a few centimeters below the surface, so 
the heat radiation (IR) pattern of an area can, under 
some conditions reveal their presence. 
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The security of a building or area of land from 
intruders is often enhanced by cameras that image the 
perimeter of the secure area and can be monitored by 
personnel in a central office. At night, such systems 
must either be supplied with illumination or must be 
capable of IR imaging. Visible-light camera systems 
are cheaper and easier for human users to interpret; 
however, because excess illumination of an area by 
visible light (“light pollution’) is sometimes a concern, 
and because security forces may wish to keep an area 
under surveillance without making their presence 
known, IR systems are widely used for perimeter 
security and other surveillance tasks. 


IR imaging has many other uses in police and 
security work besides surveillance. Aerial IR imaging 
can track vehicles, show which vehicles in a parking lot 
have arrived most recently, distinguish heated build- 
ings, and locate buried structures (e.g., clandestine 
chemical laboratories) emitting heat through vents. 
IR images can be used to precisely determine the 
time of death of a body less than 15 hours old or to 
detect document forgery by revealing subtle mechan- 
ical and chemical disturbances of the original paper 
and ink. The power consumption in a building can be 
estimated in real time by observing the IR radiation 
emitted by the power transformer on the pole outside; 
modifications to walls or automobiles are often 
obvious in IR images; and IR images can reveal such 
visually inconspicuous features of crime scenes as use 
of cleaning solvents to remove blood, drag-marks 
across carpets, fresh paint, and explosives residues. 


IR imaging, like all surveillance and targeting 
technologies, has given risen to a thriving counter- 
measures field. IR countermeasures fall into three 
broad categories: blinding, decoys, and concealment. 
Blinding refers to the use of IR lasers to overload an 
enemy’s imaging detectors, as for example those of an 
approaching missile. Decoys are heat sources released 
in the vicinity of a target heat source (e.g., aircraft or 
ship) in order to reduce the chances that an approach- 
ing missile will home in on the true target. For exam- 
ple, a system named the AN/ALQ-156(V)2 Missile 
Approach Detector is standard on several U.S. mili- 
tary aircraft. This system uses radar to scan for 
approaching heat-seeking missiles. When one is 
detected, the AN/ALQ-156(V)2 automatically acti- 
vates the M-130 General Purpose Dispenser System, 
which releases a flare from the aircraft. The flare emits 
more IR radiation than the aircraft itself, hopefully 
distracting from the missile from the aircraft. 


Since most proposals for ballistic missile defense 
include interceptor missiles that home in on the heat 
signature of ballistic warheads approaching from space 
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(and thus IR-bright against a cool background), 
thought has also been given to the question of “infrared 
stealth” measures for ballistic-missile warheads. One 
possibility is “shrouding,” which would involve the 
placement of a close-fitting cap over the cone-shaped 
warhead. The cap would consist, essentially, of a hol- 
low aluminum shell filled with liquid nitrogen and kept 
aloof from the warhead itself by insulated supports. 
The liquid nitrogen would cool the exterior of the war- 
head, reducing its IR emissions to low levels and mak- 
ing it difficult or impossible for the heat-seeking system 
of an interceptor missile to locate. The exterior coating 
of the warhead could be made of a radar-absorbing 
material, making the warhead radar-stealthy as well. 


See also Electromagnetic spectrum; Light. 


Larry Gilman 


Infrared radiation see Electromagnetic 
spectrum 


| Inherited disorders 


Heredity plays a part in almost all diseases. Recent 
advances in gene research have allowed a steadily increas- 
ing number of specific genes and genetic factors to be 
linked to a wide variety of medical complaints. There are 
currently 4,000—6,000 known genetic diseases. Those that 
result from simple mutations of single genes are often 
referred to as hereditary diseases, and they exhibit dis- 
tinctive patterns of inheritance in families. Most of these 
inherited disorders are rare, and only affect one or so 
people out of tens or hundreds of thousands. However, 
other inherited disorders are more common. For exam- 
ple, cystic fibrosis, in one form or the other, is carried by 
about 5% of the United States population. 


Inherited diseases result primarily or exclusively 
from genetic mutations or genetic imbalance passed 
on from parent to child at conception. These include 
Mendelian genetic conditions as well as chromosomal 
abnormalities. A third group of disorders exists 
wherein both the environment and genetic factors 
interact to produce—or influence the course of—a 
disease. These conditions are often referred to as hav- 
ing multifactorial or complex inheritance patterns. 


Autosomal dominant diseases 


Normally there are two working copies of every 
gene in each individual. In the case of a dominant 
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genetic disease, one copy of the gene is altered by 
mutation and causes the disease even though the 
other gene copy is normal. In autosomal dominant 
genetic diseases, a parent who shows the trait will 
pass the mutation on to half of his/her children with 
an equal chance for sons and daughters to be affected. 
Children who do not have the trait will generally not 
pass the disease on to their children. This is sometimes 
referred to as vertical transmission because it can be 
observed in each generation, usually without skipping 
a generation. Examples of autosomal dominant dis- 
eases include achondroplasia (a form of dwarfism), 
neurofibromatosis, and Huntington disease. 


Autosomal recessive diseases 


In autosomal recessive diseases, both parents must 
be carriers (i.e., they are clinically normal but have one 
mutation of a particular gene), and both must pass the 
mutation to a child in order for that child to be 
affected. This inheritance pattern is distinctive in that 
the parents and other relatives of the person with the 
disease appear to be completely normal, while 25% of 
their brothers and sisters will share the same disease. 
This is sometimes called horizontal transmission 
because there is no expression seen in previous gener- 
ations by the ancestors and relatives who carry the 
mutation. Rather, the mutation travels unobserved 
(silently) within the family and is expressed by siblings 
in a single generation. Examples of autosomal reces- 
sive disease include sickle cell anemia, cystic fibrosis, 
Tay-Sachs disease, and phenylketonuria. 


Sex-linked diseases 


When diseases can be attributed to genes on a sex 
chromosome, either the X or the Y, they are charac- 
terized as sex-linked diseases. Human males carry one 
X and one Y chromosome, and human females carry 
two X chromosomes. 


For example, X-linked recessive diseases are caused 
by genes on the X chromosome. Because males have 
only one X chromosome, they tend to express all muta- 
tions on the X chromosome they inherit from their 
mother. Daughters receive an X chromosome from 
each parent, and they, therefore, have a second copy of 
each gene that usually compensates for any recessive 
mutations they might inherit. For this reason, the great 
majority of patients with X-linked recessive diseases 
(XLR diseases) are male. The inheritance pattern is 
characterized by clusters of affected males who are 
related through apparently healthy female relatives. 
Examples of XLR diseases include hemophilia (types 
A and B) and Duchenne muscular dystrophy. 
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KEY TERMS 


Autosome or autosomal chromosome—Chromo- 
somes other than sex chromosomes. In humans, all 
chromosomes except the X and Y sex chromosomes. 


Chromosomes—Long strands of DNA complexed 
with proteins, which contain the genetic informa- 
tion. At the time of conception, an extra, missing, or 
damaged copy of a chromosome or even a part of a 
chromosome disrupts normal development. 


Sex chromosomes—In humans the X and Y chro- 
mosomes are termed sex chromosomes. Normal 
males carry one X and one Y chromosome, normal 
females carry two X chromosomes in their somatic 
cells. Somatic cells are all cells other than sex or 
germ cells (e.g., spermatozoa or ova). 


Polygenic disorders 


When there is interaction between genetic and non- 
genetic factors, resulting diseases are termed multifac- 
torial, or polygenic disorders. The inheritance patterns 
can be quite complex. Most chronic illnesses in humans 
are multifactorial hereditary disorders. Examples 
include heart disease, diabetes, stroke, hypertension, 
cancer, and most forms of mental illness. 


Chromosome abnormalities and disease 


Some inherited diseases are attributed to damaged 
or improperly distributed chromosomes and are 
termed chromosomal diseases. Chromosomes are 
long strands of DNA (deoxyribonucleic acid) com- 
plexed with proteins and RNA (ribonucleic acid) that 
condense and allow for equal distribution of the genes 
when cells divide. Each chromosome contains hun- 
dreds or thousands of genes, and every cell needs to 
have two copies of each chromosome in order to main- 
tain genetic balance. At the time of conception, an 
extra copy or missing copy of a chromosome or even 
a part of a chromosome disrupts normal development. 
Most chromosomal abnormalities result from simple 
accidents of chromosome segregation and, as such, 
they tend not to recur in families. One example 
of genetic disorder that results from chromosomal 
imbalance is Down syndrome. This condition is 
caused by the presence of an extra copy of chromo- 
some 21. 


See also Birth defects; Embryo and embryonic 
development; Genetic engineering; Genetics. 
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Inoculation see Vaccine 


Inorganic compound see Compound, 
chemical 


| Insecticides 


An insecticide is a substance used by humans to 
gain some advantage in the struggle with various 
insects that are considered pests. In the sense used 
here, a pest insect is considered undesirable, from the 
human perspective, because: (a) it is a vector that 
transmits disease-causing pathogens to humans (such 
as those causing malaria or yellow fever), or other 
diseases to livestock or crop plants; or (b) it causes a 
loss of the productivity or economic value of crop 
plants, domestic animals, or stored foodstuffs. The 
abundance and effects of almost all insect pests can 
be managed through the judicious use of insecticides. 


However, the benefits of insecticide use are partly 
offset by important damages that may result. There 
are numerous cases of people being poisoned by acci- 
dental exposures to toxic insecticides. More com- 
monly, ecological damage may be caused by the use 
of insecticides, sometimes resulting in the deaths of 
large numbers of wildlife. 


History: yesterday and today 


Humans have been using insecticides for thou- 
sands of years. The Egyptians used unspecified chem- 
icals to combat fleas in their homes about 3,500 years 
ago, and arsenic has been used as an insecticide in 
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China for at least 2,900 years. Today of course, insec- 
ticide use is much more prevalent. During the 1990s, 
more than 300 insecticides were available, in hundreds 
of different formulations and commercial products 
(which may involve similar formulations manufac- 
tured by different companies). 


Nature of insecticices 


Almost all insecticides are chemicals. Some are 
natural biochemicals extracted from plants, while 
others are inorganic chemicals based on toxic metals 
or compounds of arsenic. However, most modern 
insecticides are organic chemicals that have been syn- 
thesized by chemists. The costs of developing a new 
insecticide and testing it for its usefulness, toxicology, 
and environmental effects are huge, equivalent to tens 
of millions of dollars. However, if an insecticide effec- 
tive against an important pest is discovered, the profits 
are also potentially huge. 


Kinds of insecticides 


Insecticides are an extremely diverse group of 
chemicals, plus additional formulations based on liv- 
ing microorganisms. The most important groups of 
insecticides are described below. 


- Inorganic insecticides are compounds containing 
arsenic, copper, lead, or mercury. They are highly 
persistent in terrestrial environments, being slowly 
dispersed by leaching and erosion by wind and 
water. Inorganic insecticides are used much less 
than in the past, having been widely replaced by 
synthetic organics. Examples of insecticides include 
Paris green (a mixture of copper compounds), lead 
arsenate, and calcium arsenate. 


Natural organic insecticides are extracted from 
plants. They include nicotine extracted from tobacco 
(usually applied as nicotine sulphate), pyrethrum 
extracted from daisylike plants, and rotenone from 
several tropical shrubs. 


Chlorinated hydrocarbons (or organochlorines) are 
synthetic insecticides, including DDT (dichlorodiphe- 
nyltrichloroethane) and its relatives DDD (dichloro- 
diphenyl-dichloroethane) and methoxychlor, lindane, 
and cyclodienes such as chlordane, heptachlor, aldrin, 
and dieldrin. Residues of organochlorines are quite 
persistent in the environment, having a half-life of 
about 10 years in soil. They are virtually insoluble 
in water, but are highly soluble in fats and lipids. 
Their persistence and strongly lipophilic nature 
causes organochlorines to bio-concentrate and to 
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further food-web magnify in high concentrations in 
species at the top of food webs. 


Organophosphate insecticides include fenitrothion, 
malathion, parathion, and phosphamidon. These 
are not very persistent in the environment, but most 
are extremely toxic to arthropods and also to non- 
target fish, birds, and mammals. 


Carbamate insecticides include aldicarb, aminocarb, 
carbaryl, and carbofuran. They have a moderate 
persistence in the environment, but are highly toxic 
to arthropods, and in some cases to vertebrates. 


Synthetic pyrethroids are analogues of natural pyr- 
ethrum, and include cypermethrin, deltamethrin, 
permethrin, synthetic pyrethrum and pyrethrins, 
and tetramethrin. They are highly toxic to inverte- 
brates and fish, but are of variable toxicity to mam- 
mals and of low toxicity to birds. 


More minor groups of synthetic organic insecticides 
include the formamidines (e.g., amitraz, formeta- 
nate) and dinitrophenols (e.g., binapacryl, dinocap). 


Biological insecticides are formulations of microbes 
that are pathogenic to specific pests, and conse- 
quently have a relatively narrow spectrum of activity 
in ecosystems. An example is insecticides based on 
the bacterium Bacillus thuringiensis (or B.t.). There 
are also insecticides based on nuclear polyhedrosis 
virus (NPV) and insect hormones. 


Benefits of insecticide use 


Humans have attained important benefits from 
many uses of insecticides, including: (1) increased 
yields of crops because of protection from defoliation 
and diseases; (2) prevention of much spoilage of stored 
foods; and (3) prevention of certain diseases, which 
conserves health and has saved the lives of millions of 
people and domestic animals. Pests destroy an esti- 
mated 37% of the potential yield of plant crops in 
North America. Some of this damage can be reduced 
by the use of insecticides. In addition, insecticide 
spraying is one of the crucial tools used to reduce the 
abundance of mosquitoes and other insects that carry 
certain diseases (such as malaria) to humans. The use 
of insecticides to reduce the populations of these vec- 
tors has resulted in hundreds of millions of people 
being spared the deadly or debilitating effects of var- 
ious diseases. 


This is not to say that more insecticide use would 
yield even greater benefits. In fact, it has been argued 
that pesticide use in North America could be decreased 
by one-half without causing much of a decrease in 
crop yields, while achieving important environmental 
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benefits through fewer ecological damages. In fact, 
three European countries (Sweden, Denmark, and the 
Netherlands) passed legislation in the 1990s, which 
required at least a 50% reduction in agricultural pesticide 
use by the year 2000. Similar actions have been proposed 
and adopted in North America in the 2000s. 


Because of the substantial benefits of many uses of 
pesticides, their use has increased enormously since 
the 1950s. For example, pesticide usage increased by 
ten-fold in North America between 1945 and 1989, 
although it leveled off during the 1990s and early- 
2000s. Pesticide usage (including insecticides) is now 
a firmly integrated component of the technological 
systems used in modern agriculture, forestry, horticul- 
ture, and public-health management in most parts of 
the world. 


Damages caused by insecticide use 


The considerable benefits of many uses of insecti- 
cides are partially offset by damages caused to ecosys- 
tems and sometimes to human health. Each year about 
one million people are poisoned by pesticides (mostly 
by insecticides), including 20,000 fatalities. Although 
developing countries only account for about 20% of 
global pesticide use, they sustain about one-half of the 
poisonings. This result is because highly toxic insecti- 
cides are used in many developing countries, but with 
poor enforcement of regulations, illiteracy, and inad- 
equate use of protective equipment and clothing. The 
most spectacular case of pesticide-related poisoning 
occurred in 1984 at Bhopal, India. About 2,800 people 
were killed and 20,000 seriously poisoned when a fac- 
tory accidentally released 44 tons (40 tonnes) of vapors 
of methyl isocyanate to the atmosphere. (Methyl iso- 
cyanate is a precursor chemical used to manufacture 
carbamate insecticides.) 


In addition, many insecticide applications cause 
ecological damage by killing non-target organisms 
(that is, organisms that are not pests). These damages 
are particularly important when broad-spectrum 
insecticides (i.e., that are not toxic only to the pest) 
are sprayed over a large area, such as an agricultural 
field or a stand of forest. Broadcast sprays of this sort 
expose many non-target organisms to the insecticide 
and cause unintended but unavoidable mortality. For 
instance, broadcast insecticide spraying causes non- 
target mortality to numerous arthropods other than 
the pest species, and birds, mammals, and other crea- 
tures may also be poisoned. The non-target mortality 
may include predators and competitors of the pest 
species, which may cause secondary damage by releas- 
ing the pest from some of its ecological controls. 
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Some of the best-known damage caused by insecti- 
cides involves DDT and related organochlorines, such 
as DDD, dieldrin, aldrin, and others. These chemicals 
were once widely used in North America and other 
industrialized countries, but their use was banned in 
the early 1970s. DDT was first synthesized in 1874, 
and its insecticidal properties were discovered in 1939. 
The first successful uses of DDT were during World 
War IT (1939-1945), in programs to control body lice, 
mosquitoes, and other vectors of human diseases. DDT 
was quickly recognized as an extremely effective insec- 
ticide, and immediately after the war it was widely used 
in agriculture, forestry, and spray programs against 
malaria. The manufacturing and use of DDT peaked 
in 1970, when 385 million Ib (175 million kg) were 
produced globally. At about that time, however, devel- 
oped countries began to ban most uses of DDT. This 
action was taken because of ecological damages that were 
being caused by its use, including the contamination of 
humans and their agricultural food web, and the pos- 
sibility that this was causing human diseases. However, 
the use of DDT has continued in less-developed coun- 
tries, especially in the tropics, and mostly in programs 
against mosquito vectors of diseases. 


Two physical-chemical properties of DDT and 
other organochlorines have an important influence 
on their ecological damages: their persistence and 
high solubility in fats. Chlorinated hydrocarbons are 
highly persistent in the environment because they are 
not easily degraded by microorganisms or physical 
agents such as sunlight or heat. DDT has a typical 
half-life in soil of about three years. In addition, DDT 
and related organochlorines are extremely insoluble in 
water, so they cannot be diluted into this abundant 
solvent. However, these chemicals are highly soluble 
in fats or lipids (i.e., they are lipophilic), which mostly 
occur in organisms. Consequently, DDT and related 
organochlorines have a powerful affinity for organ- 
isms, and therefore bio-concentrate into organisms in 
strong preference to the non-living environment. 
Moreover, organisms are efficient at assimilating any 
organochlorines present in their food. As a result, 
predators at the top of the food web develop the high- 
est residues of organochlorines, particularly in their 
fatty tissues (this is known as food-web magnifica- 
tion). Both bio-concentration and food web magnifi- 
cation tend to be progressive with age, that is, the 
oldest individuals in a population are most contami- 
nated. Although organochlorine residues are ubiqui- 
tous in the biosphere, much higher concentrations 
typically occur in animals that live close to areas 
where these chemicals have been used, such as North 
America. 
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Intense exposures to DDT and other organo- 
chlorines cause important ecological damages, includ- 
ing poisonings of birds. In some cases, bird kills were 
caused directly by the spraying of DDT in urban areas 
during the 1950s and 1960s to kill the beetle vectors of 
Dutch elmdisease. So much bird mortality occurred in 
sprayed neighborhoods that there was a marked 
reduction of bird song—hence the title of Rachael 
Carson’s (1962) book: Silent Spring, which is often 
considered a harbinger of the modern environmental 
movement in North America. 


In addition to the direct toxicity of chlorinated 
hydrocarbons, more insidious damage was caused to 
birds and other wildlife over large regions. Mortality 
to many species was caused by longer-term, chronic 
toxicity, often occurring well away from sprayed 
areas. It took years of population monitoring and 
ecotoxicological research before organochlorines 
were identified as the causes of these damages. In 
fact, the chronic poisoning of birds and other wildlife 
can be considered an unanticipated problem that 
occurred because scientists (and society) had not had 
experience with the longer-term effects of persistent, 
bio-accumulating organochlorines. 


Species of raptorial birds were among the most 
prominent victims of organochlorine insecticides. 
These birds are vulnerable because they feed at the 
top of their food web, and therefore accumulate orga- 
nochlorines to high concentrations. Breeding popula- 
tions of various raptors suffered large declines. In 
North America, these included the peregrine falcon 
(Falco peregrinus), osprey (Pandion haliaetus), bald 
eagle (Haliaeetus leucocephalus), and golden eagle 
(Aquila chrysaetos). In all cases, these birds were 
exposed to a combination (‘cocktail’) of organochlor- 
ines that included the insecticides DDT, DDD (both 
of which are metabolized to DDE (dichlorodiphenyl- 
dichloroethylene) in organisms), aldrin, dieldrin, and 
heptachlor, as well as PCBs, a non-insecticide with 
many industrial uses. Research has suggested that 
DDT was the more important toxin to birds in 
North America, while cyclodienes (particularly diel- 
drin) were more important in Britain. 


Damage caused to predatory birds was largely 
associated with chronic effects on reproduction, rather 
than toxicity to adults. Reproductive damages included 
the production of thin eggshells that could break under 
the weight of an incubating parent, high death rates of 
embryos and nestlings, and abnormal adult behavior. 
These effects all contributed to decreases in the num- 
bers of chicks raised, which resulted in rapid declines in 
the sizes of populations of the affected birds. 
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Since the banning of most uses of DDT and other 
organochlorines in North America, their residues in 
wildlife have been declining. This has allowed previ- 
ously affected species to increase in abundance. In 
1999, for example, the U.S. Fish and Wildlife Service 
removed the peregrine falcon from the list of species 
considered endangered. Although the population 
recovery of the peregrine falcon was aided by a pro- 
gram of captive-breeding and release, its recovery 
would not have been possible if their exposure to 
organochlorines in wild habitats had not been first 
dealt with. As of February 2006, the American bald 
eagle is being considered for removal from the endan- 
gered species list after the federal government said in 
1999 it was no longer in danger of extinction. 


DDT and related organochlorine insecticides 
have largely been replaced by organophosphate and 
carbamate chemicals. These chemicals poison insects 
and other arthropods by inhibiting a specific enzyme, 
acetylcholine esterase (AChE), which is critical in the 
transmission of neural impulses. Vertebrates such as 
amphibians, fish, birds, and mammals are also highly 
sensitive to poisoning of their cholinesterase enzyme 
system. In all of these animals, acute poisoning of the 
AChE function by organophosphate and carbamate 
insecticides can cause tremors, convulsions, and ulti- 
mately death to occur. 


Carbofuran is a carbamate insecticide that caused 
much bird mortality during its routine agricultural 
usage. For this reason, the further use of this chemical 
was banned in North America during the late 1990s. In 
1996, it was discovered that agricultural use of the orga- 
nophosphate monocrotophos against grasshoppers in 
Argentina was killing large numbers of Swainson’s 
hawks (Buteo swainsoni). This raptor breeds in the west- 
ern United States and Canada and winters on the pam- 
pas of South America. Populations of Swainson’s hawks 
had been declining for about fifteen years, and it appears 
the cause was poorly regulated use of monocrotophos 
on their wintering grounds. Because of risks of ecolog- 
ical damages caused by its use, monocrotophos has been 
banned in the United States. It was never registered for 
use in Canada, but it could be legally used in Argentina. 
These are two examples of non-organochlorine insecti- 
cides that cause important ecological damages. In 2006, 
an international agreement between industry, environ- 
mentalists, and government officials protect the 
Swainson’s hawks from poisoning by monocrotophos 
in Argentina. 


Of course, not all insecticides cause these kinds of 
serious ecological damages. For example, the toxicity 
of the bacterial insecticide B.t. is largely limited to 
moths, butterflies, beetles, and flies—it is essentially 
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KEY TERMS 


Bioconcentration—The occurrence of chemicals 
in much higher concentrations in organisms than 
in the ambient environment. 


Broad-spectrum pesticide—A pesticide that is not 
toxic only to the pest but other plant and animal 
species as well. 


Ecotoxicology—tThe study of the effects of toxic chem- 
icals on organisms and ecosystems. Ecotoxicology 
considers both direct effects of toxic substances and 
also the indirect effects caused, for example, by 
changes in habitat structure or the abundance of food. 


Food-web magnification—The tendency for top 
predators in a food web to have the highest residues 
of certain chemicals, especially organochlorines. 


Non-target organism—Organisms that are not 
pests, but which may be affected by a pesticide 
treatment. 


Pest—Any organism judged to be significantly 
interfering with some human purpose. 


non-toxic to most other invertebrates or vertebrate 
animals. Other relatively pest-specific insecticides are 
being developed and are increasing rapidly in use, often 
in conjunction with a so-called integrated pest manage- 
ment (or IPM) system. In IPM, insecticides may be 
used as a method of last resort, but heavy reliance is 
also placed on other methods of pest management. 
These include the cultivation of pest-resistant crop 
varieties, growing crops in rotation, modifying the 
habitat to make it less vulnerable to infestation, and 
other practices that reduce the overall impacts of pest 
insects. 


The continued development of pest-specific insec- 
ticides and IPM systems will further reduce society’s 
reliance on broad-spectrum insecticides and other 
damaging pesticides. Until this happens, however, 
the use of relatively damaging, broad-spectrum insec- 
ticides will continue in North America. In fact, the use 
of these chemicals is rapidly increasing globally, 
because they are becoming more prevalent in less- 
developed countries of tropical regions. 
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| Insectivore 


Insectivores are predators that catch and eat 
insects. These predators may also eat other small 
invertebrates, such as spiders, millipedes, centipedes, 
and earthworms, as well. 


Some insectivores specialize in catching and feed- 
ing upon flying insects, sometimes called aeroplank- 
ton. Examples of this type include dragonflies, smaller 
species of bats, flycatchers, swallows, and swifts. 
Insectivores that feed on flying insects must be quick 
and maneuverable fliers, and must have acute means 
of detecting their prey. Most species are visual preda- 
tors, meaning they detect flying insects by sight. Bats, 
however, feed in darkness at night or dusk, and they 
locate their prey using echolocation, a type of biolog- 
ical sonar. 


Other insectivores are gleaners, and they carefully 
search surfaces for insects to eat. Most gleaners visu- 
ally examine the surfaces of plant leaves and the 
branches and trunks of trees. Many birds that exploit 
the forest canopy hunt insects in this way, for example, 
warblers and vireos; as does the praying mantis. 


A few insectivore species find their prey in wood. 
They may excavate substantial cavities as they search 
for food, as do many woodpeckers, and sometimes 
bears searching for beetle grubs or carpenter ants. 


Large numbers of insects live in soil and in the 
organic matter that sits atop the soil. Many species of 
burrowing and digging mammals feed on insects and 
other invertebrates in this substrate, including shrews, 


2303 


DIOAIPIISU] 


Insects 


The endangered Haitian solenodon (Solenodon paradoxus) 
secretes toxic saliva, which it uses to paralyze its insect prey. 
(N. Smythe. National Audubon Society Collection/ Photo 
Researchers, Inc.) 


moles, and hedgehogs (in fact, the order of these small 
mammals is called Insectivora). Some birds also hunt 
insects located in surface litter, for example, thrushes 
and grouse. There are also many species of burrowing, 
predacious insects and mites that hunt insects within 
this zone. 


Freshwater lakes, ponds, and wetlands can harbor 
enormous numbers of insects, and these are eaten by a 
wide range of insectivores. Trout, for example, feed 
voraciously on aquatic insects. A few species of birds, 
known as dippers, actually submerge themselves and 
walk underwater in mountain streams, searching on 
and under stones and debris for bottom-dwelling insects. 


Virtually all insectivores are animals. However, a 
few plants have also evolved specialized morphologies 
and behaviors to trap, kill, and digest insects and other 
small invertebrates. Usually, these plants grow in 
nutrient-deficient habitats, such as bogs and dilute 
lakes. Examples of so-called insectivorous plants 
include the venus’ flytrap, sundews, and pitcher plants. 


| Insects 


Insects are invertebrates in the class Insecta, 
which contains 28 living orders. This class of the phy- 
lum Arthropoda is distinguished by a number of ana- 
tomical features, including an adult body that is 
typically divided into three parts (head, thorax, and 
abdomen), three pairs of segmented legs attached to 
the thorax, one pair of antennae, and ventilation of 
respiratory gases through pores called spiracles and 
along tubes called tracheae. Insect orders in the 
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subclass Pterygota have two pair of wings as adults, 
but some relatively primitive orders in the subclass 
Apterygota are wingless. 


Insects have a complex life cycle, with a series of 
intricate transformations called metamorphoses 
occurring between the stages, each of which is radi- 
cally different in morphology, physiology, and behav- 
ior. The most complicated life cycles have four stages: 
egg, larva, pupa, and adult. Insect orders with this life 
cycle include butterflies and moths (Lepidoptera) and 
the true flies (Diptera). Other orders of insects have a 
less complex, more direct development, involving 
egg, nymph, and adult. Insect orders with this life 
cycle include the relatively primitive springtails 
(Collembola) and the true bugs (Hemiptera). 


Most insects are nonsocial. However, some spe- 
cies have developed remarkably complex social behav- 
iors, with large groups of closely related individuals 
living together and caring for the eggs and young of 
the group, which are usually the progeny of a single 
female, known as the queen. This social system is most 
common in the bees, wasps, and ants (Hymenoptera), 
and in the unrelated termites (Isoptera). 


A few species of insects are useful to humans. 
Others are important factors in the transmission of 
diseases. For example, malaria, yellow fever, sleeping 
sickness, and certain types of encephalitis are caused 
by microorganisms transmitted by particular species 
of biting flies, especially mosquitoes. Other insects are 
important defoliators of trees, and can cause substan- 
tial damage to commercial timber stands and to shade 
trees. Insects may also defoliate agricultural plants, 
or may feed on unharvested or stored grains, causing 
great economic losses. Some insects, particularly 
termites, cause enormous damage to wood, literally 
eating buildings constructed of that material. 
Pesticides—chemicals that are toxic to insects—are 
sometimes used to control the populations of insects 
regarded as major pests. 


Taxonomists have recognized and named more 
than one million species of insects—more than have 
been recognized in any other group of organisms. Of 
these, approximately three-quarters of a million have 
been described in some detail. To lend perspective of 
the vast number of insect species, there are a mere 
6,200 bird and 5,800 reptile species known. There are 
over 10,000 species of ants alone. In addition, biolo- 
gists believe that tens of millions of species of insects 
remain undiscovered, especially in tropical rainforests. 
Although the insect orders are poorly known, as many 
as 30 million species of insects may exist, many 
thought to be beetles (Coleoptera). 
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Main nerve cord 


Spiracles 


Trachea 


External and internal features of a generalized insect. (Hans & Cassidy. Courtesy of Gale Group.) 


Globally, there is an enormous abundance and pro- 
ductivity of insects, and an extraordinary richness of 
species. These exploit a remarkable diversity of habitats, 
and are ecologically important as herbivores, predators, 
parasites, and scavengers. As a result of these attributes, 
insects are considered to be one of the most successful 
group of organisms on Earth, if not the most successful. 


See also Pesticides. 


i Insomnia 


Insomnia is the inability to obtain an adequate 
amount or quality of sleep. The difficulty can be in 
falling asleep, remaining asleep, or both. People with 
insomnia do not feel refreshed when they wake up. 
Insomnia is a common symptom affecting millions of 
people that may be caused by many conditions, dis- 
eases, or circumstances. Primary insomnias include 
chronic and temporary sleeplessness. Secondary 
insomnias are defined as unusual sleeping patterns 
like sleepwalking or nocturnal eating, night terrors or 
nightmares, and respiratory movement or nervous dis- 
orders such as the restless leg syndrome. 
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Most adults require between seven and eight 
hours of sleep each night. However, scientists who 
deal with insomnia state that about 58% of adults 
experience symptoms of insomnia on a weekly basis, 
a few days each week on average, while 35% of adults 
report some type of insomnia every night or at least 
almost every night. Statistics Canada reported in 2005 
that about 3.3 million Canadians (that is about one in 
every seven people 15 years old or older) have difficul- 
ties going to sleep or staying asleep. These statistics are 
consistent with sleep difficulties in U.S. citizens. 


Sleep is essential for mental and physical restora- 
tion. It is a cycle with two separate states: rapid eye 
movement (REM), the stage in which most dreaming 
occurs; and non-REM (NREM). Four stages of sleep 
take place during NREM: stage I, when the person 
passes from relaxed wakefulness; stage II, an early 
stage of light sleep; stages III and IV, which are 
increasing degrees of deep sleep. Most stage IV sleep 
(also called delta sleep), occurs in the first several 
hours of sleep. A period of REM sleep normally fol- 
lows a period of NREM sleep. 


Temporary insomnia 
Anyone will, at some point during his or her life- 


time, experience a temporary inability to fall asleep. 


2305 


eluwosu| 


Insomnia 


This is officially known as psychophysiological insom- 
nia (PI), because the body and mind can react to 
different kinds of stress by developing insomnia. 
A change in work schedule, jet lag, a recent death in 
the family, or the use of certain prescription medicines 
or drugs like caffeine can disrupt a person’s circadian 
rhythm. This rhythm is a roughly 24-hour cycle of 
sleeping and waking, but it can be set off-balance by 
an all-night study session, during a hospital stay, or by 
traveling from one time zone to another. 


Other forms of temporary insomnia accompany 
stages of the life cycle. Children, pregnant women, and 
the elderly exhibit sleeplessness in reaction to changes in 
their body chemistry or of their surroundings. Preschool 
children commonly find it hard to go to bed on schedule 
every day. Physicians are wary of prescribing unneces- 
sary drugs to pregnant women, so often they are pre- 
vented from relying on their usual sleep aids. 


Certain acute medical conditions count insomnia 
among their symptoms. The endocrine disorder called 
hyperthyroidism can interfere with brain wave pat- 
terns, and also obstruct the throat to cause sleep 
apnea or intermittent breathlessness during sleep. 
Any medical condition that causes chronic pain will 
also keep people awake, from ulcers or angina for 
instance. Psychiatric causes of insomnia range from 
depression to anorexia-nervosa to psychotic break- 
downs. Drug addicts such as alcoholics will encounter 
insomnia as a withdrawal effect. 


Chronic insomnia 


Idiopathic, which means primary, insomnia devel- 
ops in childhood and persists throughout a person’s 
lifetime. Its true cause is a mystery, though people who 
exhibit this chronic sleeplessness often suffer from 
particular brain dysfunctions as well; dyslexia, for 
example. These disorders may share a root cause 
with idiopathic insomnia, but more studies will have 
to be commissioned before any theories may be 
formed. Those who suffer from childhood tend to 
cope more easily than those who develop temporary 
insomnias. Idiopathic insomniacs are thereby less 
prone to sleep phobias and other psychological reac- 
tions that often accompany transient insomnias. 


Evaluation and treatment 


Pseudoinsomnia remains a puzzle for sleep 
researchers. While the prefix pseudo indicates a false 
impression of sleeplessness, there is a possibility that 
current monitoring technologies like the EEG (electro- 
encephalogram) may not differentiate clearly enough 
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KEY TERMS 


Circadian rhythm—The rhythmical biological cycle 
of sleep and waking that, in humans, usually occurs 
every 24 hours. 


Idiopathic insomnia—Chronic insomnia that begins 
in childhood and continues into adulthood. 


PI—An acronym for psychophysiological insom- 
nia. This term applies to insomnia that may begin 
in response to emotional distress, illness or disrup- 
tions of the daily schedule. 


Pseudoinsomnia—A complaint of insomnia or 
insufficient sleep not supported by sleep log reports 
or medical examinations. 


Sleep apnea—A disorder that contributes to insom- 
nia, during which a sleeper stops breathing for 
seconds at a time throughout the night. 


Sleep hygiene—A form of therapy that attempts to 
treat insomnia without using drugs, by instead 
changing disruptive behavioral patterns of the 
patient. 


between sleeping and waking states. Further compli- 
cations involve variations in sleep needs from person 
to person. For instance, German—American physicist 
Albert Einstein (1879-1955) was fond of naps but 
American inventor Thomas Alva Edison (1847-1931) 
hardly slept at all. 


Is one person’s good night’s rest another person’s 
waste of time? Self-described ‘night owls’ function bet- 
ter by working evening shifts and sleeping daytime, but 
this can be debilitating for ‘larks’ or morning people. 
Some individuals operate on a 25-hour circadian 
rhythm, which does not synch with 24-hour clock time. 


Self-administered sleep aids can sometimes back- 
fire on an insomniac. Alcohol can at first lull one to 
sleep, but habitual use of this depressant can in turn 
further disrupt sleeping patterns. A vicious cycle may 
soon surface, in which increased use of sleep aids like 
over-the-counter pills and/or alcohol contributes only 
to worsening the original condition. 


An alternative that does not resort to prescription 
drugs is known as sleep hygiene. This regimen of behav- 
ior modification is designed to lessen exposure to stress 
and improve the patient’s attitude towards sleeping and 
waking. A sleep log is kept to help a therapist pinpoint 
the probable causes of the patient’s insomnia. Then, self- 
monitoring is encouraged, so the patient learns to avoid 
excitement or heavy meals before bed, curtail the use of 
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stimulants and depressants, and avoid naps. More 
experimental modification techniques like biofeedback 
may also be prescribed. Sleep hygiene programs are 
thereby tailored to individual needs. 


See also Sleep disorders. 
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[ Instinct 


An instinct is a stereotyped species-typical behav- 
ior that appears fully functional the first time it is 
performed, without the need for learning. Such behav- 
iors are usually triggered by a particular stimulus or 
cue, and are not readily modified by subsequent expe- 
rience. For instance, a kangaroo rat instantly per- 
forms an automatic escape jump maneuver when it 
hears the sound of a striking rattlesnake, even if it 
has never encountered one before. Clearly, instinctive 
behaviors play an important role in survival, but our 
understanding of the forces that promote and guide 
their development in living animals is in fact quite 
limited. 


Examples of instinct 


Researchers of animal behavior, ethologists, first 
named the stereotyped species-typical behaviors 
exhibited in particular circumstances “fixed-action 
patterns,” later called instincts. A cocoon-spinning 
spider ready to lay its eggs builds a silk cocoon in a 
particular way, first spinning a base plate, then the 
walls, laying its eggs within, and finally adding a lid 
to seal the top. The spider performs all these actions in 
a specific sequence, and, indeed, cannot spin its 
cocoon in any other way. If the spider is relocated 
after having spun the base plate, she will still make 
the walls, deposit the eggs (which promptly fall out the 
bottom), and spin the lid for the top. When ready to 
begin the next cocoon, if the spider is returned to her 


GALE ENCYCLOPEDIA OF SCIENCE 4 


original base plate, she will nonetheless begin by spin- 
ning a new base plate over the first, as if it were not 
there. 


Many fixed-action patterns occur in association 
with a triggering stimulus, sometimes called a releaser. 
Baby gulls respond to the sight of their parent’s bill by 
pecking it to obtain food. The releaser here is a bright 
red spot on the parent’s bill; neither the shape nor the 
color of the adult’s head have a significant influence 
on the response. When a female rat is sexually recep- 
tive, rubbing her hindquarters (the releaser) results in a 
stereotypical posture known as lordosis, in which the 
front legs are flexed, lowering the torso, while the 
rump is raised and the tail is moved to one side 
(a fixed-action pattern). A male rat who encounters a 
female in lordosis experiences another releaser and 
initiates copulation. Neither sequence requires any 
prior experience on the part of the animal. 


The role of instinct in learning 
Imprinting 


In another classic study of instinctive behavior, 
ethologist Konrad Lorenz (1903-1989) showed that 
baby ducks and geese, which closely follow their 
mother on early forays away from the nest, could 
also be induced to follow a substitute. The baby 
birds would form an attachment to any individual 
present they saw moving after they hatch, regardless 
of that individual’s species identity. Young birds that 
had thus imprinted on Lorenz followed him every- 
where as they matured, and as adults, were observed 
to court humans, in preference to members of their 
own species. 


Lorenz concluded that imprinting represented a 
kind of preprogrammed learning, guided by a mecha- 
nism that under normal circumstances would not be 
corrupted by individuals of the wrong species. In the 
natural situation, imprinting would facilitate the 
babies’ social attachment to their mother, which later 
allows them to recognize appropriate mating partners. 


Critical periods 


Bird song is a largely species-specific behavior 
performed by males to establish and maintain their 
territories and to attract females. Many songbirds 
develop their mature songs through a process involv- 
ing a critical period when, as nestlings, they hear their 
fathers’ song. The juvenile bird does not sing until the 
following spring, when it begins to match its immature 
song to the one it heard. If the nestling is prevented 
from hearing adult song during this critical period, it 
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will never develop a species-typical song. There may 
also be a strongly instinctive aspect to what may be 
learned during the critical period; most birds cannot 
produce every song heard during that time, but appear 
to be selective toward those produced by other mem- 
bers of their species. 


Instincts can be exploited 


Some animals have evolved the capacity to take 
advantage of the reliable, instinctive behavior of 
others. Avian brood parasites, including the North 
American cowbird and the European cuckoo, exploit 
the parental behavior of other birds and lay their eggs 
in the host’s nest. The unwitting host feeds the inter- 
loper’s hatchlings, which are often bigger than its own, 
and thus may represent a greater releaser of the power- 
fully instinctive feeding behavior of the parents. The 
adult brood parasite is literally parasitizing the paren- 
tal behavior of the host bird, for it exerts no further 
parental investment in its offspring, leaving them 
instead in the care of the host. 


Instinct and learning: a continuum 


Many people who study animal behavior argue that 
the term “instinct” tells little about the real mechanism 
that underlies the behavior. It indicates only that the 
behavior is relatively closed to modification by experi- 
ence—nothing more. Since nervous system tissues are 
soft, delicate, and often very complex, understanding 
the operation of these structures in producing behavior 
presents a great challenge. This, combined with the role 
of experience in producing many superficially “instinc- 
tive” behaviors, makes things even more difficult. 


Many behaviors held up as examples of instinct, 
however, are shown to have an experiential component: 
for instance, as new gull chicks continue to peck at bill- 
like objects, the accuracy of their pecking improves and 
the kinds of bill-like objects they will peck at are 
increasingly restricted. Thus, the wide variety of behav- 
ioral patterns observed in living organisms surely rep- 
resents a continuum, from those not much influenced 
by learning to those that are greatly influenced by it; a 
strict “nature versus nurture” dichotomy is probably 
too simplistic to describe any animal behavior. 


The answer to “Under what conditions should a 
behavior be genetically closed, and when should a pro- 
vision be made for learning?” seems to be related to the 
situation’s predictability in nature. When it is crucial 
that the correct response to some occurrence be carried 
out the first time (like a kangaroo rat faced with a 
striking rattlesnake), natural selection would favor a 
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Brood parasite—An animal that deposits its eggs or 
offspring into the nest of another individual (often 
of a different species) to be cared for by that 
individual. 


Critical period—A developmental phase in the life 
of a young animal, usually with a measurable 
beginning and end, during which some crucial 
experience must occur if the animal is to develop 
normally. 


Ethologist—A scientist of animal behavior, with 
particular focus on instinctive behaviors. 


Fixed-action pattern—Triggered by a particular 
cue or stimulus, fixed-action patterns appear as a 
sequence of programmed behaviors which are per- 
formed to completion once they have been 
activated. 


Releaser—The cue or stimulus that acts as a signal 
to induce a behavior in an animal. 


fairly rigid, infallible program to underlie an appropri- 
ate response. The existence of a reliable relationship 
between some environmental cue and a biologically 
appropriate response permits the development of a 
releaser for triggering the “right” reaction the first 
time, whether to a predator, potential mates, or one’s 
own offspring. 
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I Insulin 


Insulin is a hormone secreted by the pancreas 
gland, one of the glands in the endocrine system. 
Insulin, working in harmony with other hormones, 
regulates the level of blood sugar (glucose). Endocrine 
glands are ductless glands; that is, they pour their 
products (hormones) directly into the bloodstream. 
The pancreas, a gland in the upper abdomen, has cells 
within it that secrete insulin directly into the blood- 
stream. An insufficient level of insulin secretion leads 
to high blood sugar, a disease called diabetes mellitus 
or, simply, diabetes. Specifically, diabetes is a meta- 
bolic disease caused by the body’s inability to use the 
hormone insulin to effectively convert carbohydrates 
into the simple sugar glucose that cells store and use to 
perform vital functions. 


Without glucose to fuel their activity, the cells use 
fat instead, producing ketones as a waste product. 
Ketones build up in blood and disrupt brain functions. 
Common signs of diabetes are excessive thirst, urina- 
tion, and fatigue. The disease can also cause vision 
loss, decreased blood supply to hands and feet, pain, 
and skin infections. If left untreated diabetes can 
induce coma and cause death. Diabetes often runs in 
families. In the United States about 10% of the 
Caucasian population suffers from diabetes, and it 
is even more common among African-American, 
Mexican-American, and certain Native American 
groups. The sixth leading cause of death in the 
United States, diabetes remains a major health prob- 
lem. According to the American Diabetes Association, 
about 20.8 million children and adults (about 7% of 
the U.S. population), as of 2006, suffer from diabetes 
mellitus. About 14.6 million people have been diag- 
nosed with diabetes. However, about 6.2 million 
people (about one-third) do not know that they have 
diabetes. 


History 


Prior to the twentieth century, diabetes was a fatal 
disease. Its cause was unknown, and the method of 
treating it had yet to be discovered. Not until 1921 did 
the research of Sir Frederick Grant Banting (1891- 
1941), a Canadian surgeon and medical scientist, and 
Charles Herbert Best (1899-1978), a Canadian physi- 
ologist and medical scientist, reveal that insulin is 
crucial in blood glucose regulation. The two scientists 
then isolated insulin, an achievement for which they 
were awarded the Nobel Prize. Their work was built 
on previous research by Paul Langerhans (1847-1888), 
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a German pathologist and biologist who described the 
irregular, microscopic collections of cells scattered 
throughout the pancreas. These cells later were named 
the islets of Langerhans and were found to be the 
source of insulin secretion. 


In 1952, British biochemist Frederick Sanger 
(1918-) analyzed insulin and discovered it was made 
up of two chains of amino acids. One chain, called the 
alpha chain, has 21 amino acids and the second chain, 
the beta chain, has 30 amino acids. The chains run 
parallel to each other and are connected by disulfide 
bonds (made up of two sulfuratoms). With the discov- 
ery of the chemical structure of insulin, efforts to 
synthesize it began. 


Types of diabetes 


Diabetes manifests in two types. Type I diabetes is 
also called childhood onset because it begins in early 
childhood. Adult onset diabetes or Type II affects 
adults. 


Glucose is a source of energy to the muscles of the 
body. Normally, the glucose content of blood is deter- 
mined by the demands made by the muscles; the secre- 
tion of insulin, which lowers blood glucose; the 
secretion of glucagon, also manufactured and secreted 
in the pancreas, which raises blood glucose; extraction 
by the liver of glucose from the blood to be converted 
to glycogen and stored; and other hormones secreted 
by the adrenal and pituitary glands. The secretion of 
glucagon in the pancreas is a function of the alpha cells 
of the islets of Langerhans, and the secretion of insulin 
is the function of the beta cells of the same islets. 


If the beta cells fail to function properly or are 
genetically insufficient in number to provide the 
needed hormone, diabetes can result. Also, in adults, 
the damage to, or failure of the cells resulting in low- 
ered insulin secretion can lead to diabetes mellitus. 


No cure has been found for diabetes; that is, no 
way has been found to restore full function to the beta 
cells in the islets of Langerhans. Individuals who have 
diabetes must take insulin by injection or take pills 
that control carbohydratemetabolism. 


The insulin used by diabetics used to be extracted 
from porcine (pig) and bovine (cattle) pancreas. 
However, with the genetic revolution, genetic engineer- 
ing has allowed bacteria to be transformed to produce 
human insulin protein, which is purified from large 
industrial cultures. Thus, human insulin is obtained 
from bacteria that have human genes inserted into 
them. Human insulin technology has advanced to 
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produce new, more effective forms of insulin. One of 
the problems with insulin therapy is that diabetic 
patients must inject themselves with insulin regularly— 
an unpleasant process for many people. The develop- 
ment of Humulin-L, Humulin-N, Humulin-R, and 
Humulin-U have allowed some patients to reduce the 
frequency of shots required. These new forms of human 
insulin (from which the name Humulin comes) have 
effects that last longer than ordinary insulin, making 
fewer injections possible. As a result, more diabetes 
patients are likely to stick to their insulin therapy. 


l Integers 


The integers are the positive and negative whole 
numbers... -4, -3, -2, -1, 0, 1, 2,.... The name “integer” 
comes directly from the Latin word for “whole.” The set 
of integers can be generated from the set of natural 
numbers by adding zero and the negatives of the natural 
numbers. To do this, one defines zero to be a number 
which, added to any number, equals the same number. 
One defines a negative of a given number to be a 
number which, plus the given number, equals zero. 
Symbolically, for any number n: 0 + n = n (additive 
identity law) and -n + n = 0 (additive inverse law). 
Because arithmetic is done with natural numbers, one 
needs rules that will convert integer arithmetic into 
natural-number arithmetic. This is true even with a 
calculator. Most simple four-function calculators have 
no easy way of entering negative numbers, and the user 
has to apply the rules. Rules are often stated using the 
concept of absolute value. The absolute value of a 
number is the number itself if it is positive and its 
opposite if it is negative. For example, the absolute 
value of +5 is +5, or 5, while the absolute value of -3 
is + 3, or 3. Absolute values are always positive or zero. 


There are two basic rules for addition: 1) To add 
two numbers with like signs, add their absolute values 
and give the answer the common sign. 2) To add two 
numbers with opposite signs, subtract the smaller 
absolute value from the larger and give the answer 
the sign of the larger. 

For example: -4 + (-7) is -11, and -8 + 3 is -5. 

There is a single rule for subtraction. It does not 
give the result directly but converts a difference into a 
sum: To subtract a number, add its opposite. For 
example, -8 - 9 becomes -8 + (-9), and 4 - (-2) becomes 
4 + 2. This latter example uses the fact that the 
negative (or opposite) of a negative number is positive. 
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Facts about integers 


Addition Law 
ab is a unique integer. a+ bis a unique integer. 
ab = ba at+b=b+a 
a(bc) = (ab)c a+(b+c) =(a+b)+c 
(1)(a) =a O+a=a 

-at+a=0 
If ac = be (c = 0), Ifa+c=b+c, 
then a = b. thena=b 
a(b + c) = ab + ac 


Multiplication 


Closure law 
Commutative law 
Associative law 


Identity law 
Inverse law 


Cancellation law 


Distributive law 


(Thomson Gale.) 


Division and multiplication have two simple rules: 
1) The product or quotient of two numbers with like 
signs is positive. 2) The product or quotient of two 
numbers with unlike signs is negative. For example, 
(-30)(18) is -540; (-6)/(-3) is 2; and 20/(-4) is -5. 


Because the integers include negative numbers, it 
is possible for every subtraction, as well as every addi- 
tion and multiplication, to be completed using only 
integers. The set of integers is therefore “closed” with 
respect to subtraction, addition, and multiplication. It 
is not closed with respect to division, however. Three 
divided by seven is not an integer. 


The set of integers form an “integral domain.” 
This is a mathematical system governed by these laws 
for all integers a, b, and c. Notice that there is no 
inverse law for multiplication. Integral domains do 
not necessarily have multiplicative inverses, and, con- 
sequently, division is not always possible. 


Integers are useful in business, where an amount 
of money can be a loss as well as a gain. They are useful 
in science when a quantity can be negative or positive, 
as in the charge borne by electrons, protons and other 
elementary particles, or in temperatures above and 
below zero. They show up in games, even, where one 
can be a number of points ahead or “in the hole.” And 
they are absolutely necessary in mathematics, which 
would otherwise be incomplete and of little interest. 


See also Irrational number; Rational number. 
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l Integral 


The integral is one of two main concepts embod- 
ied in the branch of mathematics known as calculus. 
Interpreted graphically, an integral of a function cor- 
responds to the area under the graph of that function. 
In concept, the area under the curve made by plotting 
the function is approximated by a series of rectangles. 
As the number of these rectangles approaches infinity, 
the approximation approaches a limiting value that is 
called the value of the integral. The integral provides a 
means of determining the areas of those irregular fig- 
ures whose areas cannot be calculated in any other 
way (such as by multiple applications of formulas 
for simple geometric shapes). When an integral repre- 
sents an area, it is called a definite integral, because it 
has a definite numerical value; integrals may also 
take the form of functions, however, without single 
numerical values, in which they are called indefinite 
integrals. 


The integral is the inverse of the other main con- 
cept of calculus, the derivative, and thus provides a 
way of identifying functional relationships when only 
a rate of change is known. When an integral represents 
a function whose derivative is known, it is called an 
indefinite integral and is a function, not a number. 
Fermat, the great French mathematician, was prob- 
ably the first to calculate areas by using the method of 
integration. 


Definite integrals 


A definite integral represents the area under a 
curve, but as such, it is much more useful than merely 
a means of calculating irregular areas. To illustrate the 
importance of this concept to the sciences consider the 
following example. The work done on a piston, during 
the power stroke of an internal combustion engine, is 
equal to the product of the force acting on the piston 
times the displacement of the piston (the distance the 
piston travels after ignition). Engineers can easily 
measure the force on a piston by measuring the 
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pressure in the cylinder (the force is the pressure 
times the cross sectional area of the piston). At the 
same time, they measure the displacement of the pis- 
ton. The work done decreases as the displacement 
increases, until the piston reaches the bottom of its 
stroke. Because area is the product of width times 
height, the area under the curve is equal to the product 
of force times displacement, or the work done on the 
piston between the top of the stroke and the bottom. 


The area under this curve can be approximated by 
drawing a number of rectangles, each of them h units 
wide. The height of each rectangle is equal to the value of 
the function at the leading edge of each rectangle. 
Suppose we are interested in finding the work done 
between two values of the displacement, a and b. Then 
the area is approximated by Area = hf(a) + hf(at+h) + 
hf(at+2h) +... + hf(at+(n-Dh) + hf(b-h). In this 
approximation n corresponds to the number of rectan- 
gles. If n is allowed to become very large, then h becomes 
very small. Applying the theory of limits to this problem 
shows that in most ordinary cases this results in the sum 
approaching a limiting value. When this is the case the 
limiting value is called the value of the integral from a to b 
and is written: 


Where the integral sign (an elongated s) is 
intended to indicate that it is a sum of areas between 
x = a and x = b. The notation f(x)dx is intended 
to convey the fact that these areas have a height 
given by f(x), and an infinitely small width, denoted 
by dx. 


Indefinite integrals 


An indefinite integral is the inverse of a derivative. 
According to the fundamental theorem of calculus, if 
the integral of a function f(x) equals F(x) + K, then 
the derivative of F(x) equals f(x). This is true for any 
numerical value of the constant K, and so the integral 
is called indefinite. 


The inverse relationship between derivative and 
integral has two very important consequences. First, 
in many practical applications, the functional relation- 
ship between two quantities is unknown, and not 
easily measured. However, the rate at which one of 
these quantities changes with respect to the other is 
known, or easily measured (for instance the previous 
example of the work done on a piston). Knowing the 
rate at which one quantity changes with respect to 
another means that the derivative of the one with 
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Integrated circuit 


KEY TERMS 


Fundamental theorem of calculus—The funda- 
mental theorem of calculus states that the deriva- 
tive and integral are related to each other in inverse 
fashion. That is, the derivative of the integral of a 
function returns the original function, and vice 
versa. 


Limit—A limit is a value that a sequence or func- 
tion tends toward. When the sum of an infinite 
number of terms has a limit, it means that it has a 
finite value. 


Rate—A rate is a comparison of the change in one 
quantity with the simultaneous change in another, 
where the comparison is made in the form of a 
ratio. 


respect to the other is known (since that is just 
the definition of derivative). Thus, the underlying 
functional relationship between two quantities can be 
found by taking the integral of the derivative. The 
second important consequence arises in evaluating 
definite integrals. Many times it is exceedingly diffi- 
cult, if not impossible, to find the value of the integral. 
However, a relatively easy method, by comparison, is 
to find a function whose derivative is the function to be 
integrated, which is then the integral. 


Applications 


There are many applications in business, econom- 
ics and the sciences, including all aspects of engineer- 
ing, where the integral is of great practical importance. 
Finding the areas of irregular shapes, the volumes of 
solids of revolution, and the lengths of irregular 
shaped curves are important applications. In addition, 
integrals find application in the calculation of energy 
consumption, power usage, refrigeration requirements 
and innumerable other applications. 
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l Integrated circuit 


An integrated circuit (IC) is a single semiconduct- 
ing chip the shape of a square postage stamp but 
generally smaller, that contains transistors and other 
electronic components, including capacitors, resistors, 
and diodes. These components are connected to create 
an electrical circuit. Because they are all parts of a 
single solid object, they are said to be “integral” to it, 
hence an integrated circuit (as opposed to one built of 
“discrete” or separate components). Integrated cir- 
cuits can be found in almost all electronic devices 
today, including those in automobiles, microwave 
ovens, traffic lights, and watches. 


Just a few years ago, the circuits required to oper- 
ate a hand-held calculator would have taken up an 
entire room. But today, hundreds of millions of micro- 
scopic parts can fit onto a small piece of silicon capa- 
ble of balancing on the tip of your finger. 


With the invention of the transistor in 1948, the 
need for bulky vacuum tubes in computers and other 
electronic devices was eliminated. As other compo- 
nents were also reduced in size, engineers were able 
to design smaller and increasingly complex electronic 
circuits. However, the transistors and other parts of 
the circuit were made separately and then had to be 
wired together—a difficult task that became even 
more difficult as circuit components became smaller 
and more numerous. Circuit failures often occurred 
when the wire connections broke. The idea of manu- 
facturing an electronic circuit with multiple transistors 
as a single, solid unit arose as a way to solve this 
problem. 


The integrated circuit concept was first suggested 
by British radar engineer G. W. A. Dummer in 1952. 
He imagined implanting electronic components in a 
solid layered block of semiconducting material, with 
connections made by cutting out areas of the layers 
instead of by wires. In the United States, where the 
Department of Defense was distributing millions of 
dollars attempting to miniaturize electronic compo- 
nents, Dummer’s idea was made a reality in the late 
1950s by two inventors. 


In Dallas, Texas, Jack Kilby of Texas Instruments 
began wrestling with the circuit problem in 1958 and 
came up with an idea similar to Dummer’s. By 
September 1958, Kilby had succeeded in making the 
first working integrated circuit—tiny transistors, resis- 
tors, and capacitors connected by gold wires on a 
single chip. Kilby’s 1959 patent application added an 
important feature: the connections were made directly 
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A circular wafer of silicon carrying numerous individual integrated circuits. Multiple circuits are fabricated on one silicon base 
and later cut from it. (Adam Hart-Davis. National Audubon Society Collection/Photo Reserchers, Inc.) 


on the insulating layer of the semiconductor chip, 
eliminating the need for wires. 


Meanwhile, Robert Noyce of Fairchild Semicon- 
ductor in Mountain View, California, was also pursu- 
ing a solution to the miniaturization problem. Working 
independently of Kilby, Noyce, too, had considered 
housing an electronic circuit and its connections on a 
single piece of silicon. Noyce’s integrated circuit used a 
planar technique of laying down alternating layers of 
semiconductor and insulating material, with photo- 
etching to establish the circuit. Noyce applied for a 
patent for this technology in 1959. 


Despite an ensuing patent dispute, Noyce and 
Kilby became recognized as co-inventors of the inte- 
grated circuit, which completely revolutionized the 
electronics industry. The individual transistor, like 
the vacuum tube before it, became obsolete. The inte- 
grated circuit was much smaller, more reliable, less 
expensive, and far more powerful. It made possible 
the development of the microprocessor and therefore, 
the personal computer, along with an array of devices 
such as the pocket calculator, microwave ovens, and 
computer-guided aircraft. 
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The early integrated circuits contained only a few 
transistors. In the era of small scale integration (SSI), 
IC’s typically contained tens of transistors. With the 
advent of medium scale integration (MSI), the circuits 
contained hundreds of transistors. With large scale 
integration (LSJ), the number of transistors increased 
to thousands. By 1970, LSI circuits were in mass pro- 
duction, being used for computer memories and hand- 
held calculators. With the advent of very large scale 
integration (VLSI), hundreds of thousands or more 
transistors could be accommodated in an IC. The year 
1986 saw the introduction of the first one megabyte 
random access memory (RAM), containing more than 
one million transistors. 


To construct an integrated circuit, a small rectangle 
is first cut from a silicon (or for special applications, 
sapphire) wafer. This wafer is known as the substrate. 
Separate areas of the substrate are deposited (doped) 
with other elements to make them generators of either 
positive (“p-type”) or negative (“n-type”) carriers. Tracks 
of polycrystalline silicon or aluminum are next etched 
into layers above the substrate surface. The wafer is 
then cut up into pieces called dies, and each die is 
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Integrated pest management 


then connected to input and output ports, usually 
located at the edge of the die using gold wires, to 
form the “chip.” 


There are three classes of integrated circuits: dig- 
ital, analog and hybrid (both digital and analog on the 
same chip). Digital integrated circuits, which are char- 
acterized by the presence of logic gates, process infor- 
mation discretely (i.e., in Boolean 1s and Os). Their 
small size permits digital IC’s to operate at high speed, 
and with low power dissipation. Digital IC’s have the 
distinct marketing advantage that they are relatively 
inexpensive to manufacture. In contrast to digital IC’s, 
analog integrated circuits process information contin- 
uously, as would be required in a thermostat or light 
dimmer switch. 


Logic gates are used in devises whose electronic 
output signals depend only on their input. The input 
and output values for logic gates are either 0 (False) or 
1 (True). Logic gates are used to implement a variety 
of Boolean functions including AND (e.g., output is 
1 when every input signal is 1), OR (e.g., output is 
1 when one or more input signals is 1), NAND 
(e.g., output is 1 when any input is 0, and 0 when all 
inputs are 1), and NOR (e.g., output is 1 when all input 
signals are 0, and 0 when at least one input signal is 1). 
Other examples of logic gates are inverters, flip-flops, 
and multiplexors. 


A manufacturing facility for integrated circuits 
costs over a billion dollars to build; the manufacture 
of these chips is one of the most knowledge-intensive 
projects that our society undertakes. However, the 
profits from IC’s can be commensurate with the effort 
required to make them. It is no understatement to say 
that integrated circuits have made fundamental 
changes to social patterns in the industrialized world 
in only a few decades. 


See also Capacitor; Diode; Electric circuit. 


Randall Frost 


l Integrated pest management 


Integrated pest management (IPM) is a system 
that incorporates many methods of dealing with pest 
problems. IPM systems may include pest-resistant 
crop varieties; modification of habitat to make it less 
suitable for the pest; pest-specific predators, parasites, 
herbivores, or diseases; and pesticides when necessary. 
However, because IMP systems do not rely exclusively 
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on the use of pesticides, they are a key element of any 
strategy to reduce the overall use of these chemicals, 
and thereby avoid the toxicological and ecological 
damages they cause. 


Conventional pest control and its problems 


Pests can be defined as any animals, plants, or 
microorganisms that interfere with some human pur- 
pose. For example, insects may be considered pests if 
they eat crop plants or stored foods, or if they are 
important vectors in the transmission of diseases of 
humans or domestic animals. Plants are considered 
pests, or weeds, if they compete excessively with crop 
plants in agriculture or forestry, or if they have an 
unwanted aesthetic, as is the case of weeds in grassy 
lawns. Microorganisms are regarded as pests if they 
cause disease in humans, domestic animals, or agricul- 
tural plants. In eaqch case, humans may attempt to 
manage their pest problems with pesticides, that is, 
chemicals toxic to the pest. 


The judicious use of pesticides can be beneficial. 
For example, agricultural yields can be increased, and 
stored foods can be protected. Human lives can also be 
saved by decreasing the frequency of diseases spread by 
arthropods; malaria, for example, is spread through 
bites of a few species of mosquitoes. However, there 
are also some important negative consequences of the 
use of pesticides to achieve these benefits. 


Pesticides are toxic chemicals, and they are rarely 
poisonous only to the pests against which they may be 
used. The spectrum of pesticide toxicity is usually 
quite wide, and includes a diverse range of nonpest 
(or nontarget) species, in addition to the pest. Most 
insecticides, for example, are poisonous to a wide 
range of insect species, to other arthropods such as 
spiders and crustaceans, and often to fish, amphibians, 
birds, and mammals, including humans. 


Moreover, the operational use of pesticides does 
not usually achieve a specific exposure of only the pest 
target—many nonpest species are also exposed 
through offsite drift or other movements of the 
sprayed pesticide, both on the actual spray site as 
well as elsewhere. Nontarget exposures are especially 
important when pesticides are applied as a broadcast 
spray over a large treatment area, for example, by an 
aircraft or tractor-drawn apparatus. 


Some important ecological effects are caused by 
the typically broad spectrum of toxicity of pesti- 
cides, and the extensive exposures to nonpest species 
whenever broadcast sprays are used. For example, 
the extensive spraying of synthetic insecticides to 
manage epidemic populations of spruce budworm 
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Integrated pest management 


Conventional pest control compared to integrated pest management. (Hans & Cassidy. Courtesy of Gale Research.) 


(Choristoneura fumiferana), an important defoliator of 
coniferforests in northeastern North America, results 
in huge nontarget kills of diverse arthropod species, 
and deaths of birds and other vertebrate animals. 
Similarly, the use of herbicides kills large numbers of 
plants, in addition to the few species that are suffi- 
ciently abundant to be considered weeds. 


In addition, some pesticides are toxic to humans, 
and people may be poisoned as a result of exposures 
occurring through the normal use of these chemicals. 
The most intense exposures involve accidents; in rare 
cases people may be killed by pesticide poisoning. 
Usually, however, the exposure is much smaller, and 
the toxic response is milder—often not easily measur- 
able. Generally, people who are employed in the man- 
ufacture or use of pesticides are subject to relatively 
intense exposures to these chemicals. However, all 
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people are exposed to some degree, through the food, 
water, and air in their environments. In fact, there is 
now a universal contamination of animals, including 
humans, with certain types of pesticides, most notably 
the persistent chlorinated hydrocarbons such as DDT. 


Other ecological effects of pesticide use occur as a 
result of habitat changes. These effects are indirect, 
and they can negatively influence populations of wild- 
life even if they are not susceptible to direct toxicity 
from the pesticide. For example, the use of herbicides 
in forestry causes large changes in the abundance and 
species composition of the plant community. These 
changes are highly influential on the wildlife commun- 
ity, even if the herbicide is not very toxic to animals. 
Alternative methods of pest management would 
allow reliance on the extensive pesticide use to be 
diminished. 
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Integrated pest management 


Integrated pest management 


Compared to reliance on the broadcast pesticide 
use, integrated pest management is _ preferable. 
Through IPM an acceptable degree of pest control 
can be achieved by using a variety of complementary 
approaches. These include: 


(1) Development and use of varieties of pest- and 
disease-resistant crop species. If there is genetically 
based susceptibility to the pest or disease, resistant 
crop varieties can be developed using standard breed- 
ing practices. (2) Attacking the pest biologically by 
introducing or enhancing the populations of its natu- 
ral predators, parasites, or diseases. (3) Changing 
other ecological conditions to make the habitat less 
suitable for the pest. (4) Undertaking careful monitor- 
ing of the abundance of pests, so that specific control 
strategies can be used efficiently, and only when 
required. (5) Using pesticides as a last resort, and 
only when they are a necessary component of an inte- 
grated, pest-management system. 


If a system of integrated management can be 
successfully designed and implemented to deal with a 
pest problem, reliance on pesticides can be greatly 
reduced, although their use is not necessarily elimi- 
nated. For example, a system of integrated pest man- 
agement has been developed to control boll weevils 
(Anthonomus grandis) in Texas cottonfields. The wide- 
spread use of this system has allowed large reductions 
in the use of insecticides for this purpose. About 19 
million pounds(8.8 million kg) of insecticides were 
used against boll weevil in 1964, but only 2.4 million 
pounds (1.1 million kg) in 1976 after an IPM system 
became widely used. 


Biological control of pests 


A very beneficial aspect of IPM is that its control 
methods are highly specific to the pest, whenever this is 
biologically or ecologically possible. This allows non- 
target damages to be avoided or greatly reduced. 


Often, the most useful pest-specific control meth- 
ods involve some sort of biological-control agent, such 
as a disease, predator, or herbivore that specifically 
attacks the pest species. Biological agents have been 
most successful against invasive pests introduced from 
another continent that are thriving in the absence of 
their natural control agents. 


In the late-nineteenth century, for example, the 
cottony-cushion scale insect (Ucyera purchasi) was 
accidentally introduced from Australia to the United 
States, where it became a serious threat to the devel- 
oping California citrus industry. In one of the first 
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triumphs of biological control, this pest was success- 
fully managed by introducing an Australian lady bee- 
tle (Vedalia cardinalis) and parasitic fly (Cryptochetum 
iceryae). 

Because it is toxic to cattle, the klamath weed 
(Hypericum perforatum) became a serious problem in 
pastures in southwestern North America after it was 
introduced from Europe. However, this weed was con- 
trolled by the introducing two European beetles that 
eat its foliage. A similar success is the control of 
European ragwort (Senecio jacobea) in pastures in 
western North America through the introduction of 
three of its insect herbivores. 


The common vampire bat (Desmodus rotundus) 
from subtropical parts of the Americas bites cattle 
and other animals to obtain a blood meal, which 
may weaken the victims or cause them to develop 
diseases. This serious livestockpest can now be con- 
trolled by capturing individual bats, treating them 
with petroleum jelly that contains a pesticide, and 
then setting the animals free to return to their commu- 
nal roosts in caves, where the poison is transferred to 
other bats during social grooming. This treatment is 
specific, and other bat species are not affected. 


Another serious pest of cattle is the screw-worms 
(Callitroga ominivorax), whose larvae feed on open 
wounds and can prevent them from healing. This 
pest has been controlled in some areas by releasing 
large numbers of male flies that have been sterilized by 
exposure to gamma radiation. Because females of this 
species will only mate once, any copulation with a 
sterile male prevents them from reproducing. The ster- 
ile-male technique works by overwhelming wild pop- 
ulations with infertile males, resulting in few successful 
matings, and a decline of the pest to an economically 
acceptable abundance. 


The future of pest management 


Clearly, it is highly desirable to use IPM systems, 
especially in comparison with broadcast sprays of con- 
ventional, synthetic pesticides. This is particularly true 
of those relatively few pests for which effective bio- 
logical controls have been discovered, because these 
methods have few nontarget effects. IPMs are the key 
to reducing reliance on pesticides in agriculture, for- 
estry, horticulture, and public health. 


It is unfortunate that in spite of ongoing research 
into their development, effective integrated systems have 
not yet been discovered for most pest management prob- 
lems. Because it is important to manage pests, their con- 
trol must therefore continue to rely heavily on synthetic 
pesticides. Regrettably, the toxicological and ecological 
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KEY TERMS 


Agroecosystem—An agricultural ecosystem, com- 
prised of crop species, noncrop plants and animals, 
and their environment. 


Drift—Movement of sprayed pesticide by wind 
beyond the intended place of treatment. 


Nontarget effects—Effects on organisms other than 
the intended pest target of pesticide spraying. 


damages associated with a heavy reliance on pesticides 
will continue until a broader range of integrated tools is 
available to pest managers. 
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l Integumentary system 


The integumentary system includes the skin and 
the related structures that cover and protect the bodies 
of plants and animals. The integumentary system of 
plants includes the epidermis, cuticle, plant hairs, and 
glands. The integumentary system of invertebrates 
includes shells and exoskeletons as body covering. 
The integumentary system of vertebrates comprises 
skin, scales, feathers, hair and glands. The human 
integumentary system is made up of the skin that 
includes glands, hair, and nails. In humans, the skin 
protects the body, prevents water loss, regulates body 
temperature, and senses the external environment. 
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Plant integumentary system 


The epidermis is the main surface tissue of young 
plants and the covering material of all leaves. Usually 
the epidermis is one cell deep; its cells have thick outer 
and side walls. On the parts of the plant that are above 
ground, the epidermal cells secrete an outer waxy 
cuticle that is water resistant. The thickened cell 
walls, together with the cuticle, prevent drying out, 
injury, and fungus infection. The epidermis in aerial 
parts of the plant gives rise to plant hairs, spines, and 
glands. In leaves, the epidermis develops guard cells 
that regulate the size of pores or stomata, which allows 
the exchange of gases with the atmosphere. Root epi- 
dermis lacks the waxy cuticle found in aboveground 
parts of the plant, allowing it to absorb water from the 
soil. Root hairs that increase absorbing surface arise 
from epidermal tissue. When a plant diameter grows, 
stem and root epidermis is replaced by periderm, 
which contains cork cells whose walls after cell death 
provide a protective waterproof outer covering. 


Invertebrate integuments 


Snails, slugs, oysters, and clams are protected by a 
hard shell made of calcium carbonate secreted by the 
mantle, a heavy fold of tissue that surrounds the mol- 
lusc’s internal organs. Spiders, insects, lobsters, and 
shrimp, have bodies covered by an external skeleton, 
the exoskeleton, which is strong, impermeable, and 
allows some arthropods to live on land. The exoskel- 
eton is composed of layers of protein and a tough 
polysaccharide called chitin, and can be a thick hard 
armor or a flexible paper-thin covering. Arthropods 
grow by shedding their exoskeletons and secreting a 
larger one in a process called molting. 


Vertebrate integumentary systems 


Keratin, an insoluble protein in the outer layer of 
the vertebrate skin, helps prevent water loss and dehy- 
dration and has contributed to the successful adapta- 
tion to life on land. Keratin is also the major protein 
found in nails, hooves, horns, hair, and wool. 
Feathers, scales, claws and beaks of birds and reptiles 
are also composed of keratin. 


Human integumentary system 


The human integumentary system is made up of the 
skin, hair, nails, and glands, and serves many protective 
functions. It prevents excessive water loss, keeps out 
microorganisms that could cause illness, and protects 
underlying tissue from mechanical damage. Pigments 
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Integumentary system 


Hair shaft 


Stratum corneum 
Epidermis 
Stratum basale 


Arrector pili muscle 


Dermis 
Sebaceous gland 


Collagen fibers 


Subcutaneous tissue 


Hair follicle 


Adipose tissue 


Vein 


Sweat gland 


Merkel's discs (touch, pressure) 


Naked nerve endings (pain) 


End-bulb of Krause (cold) 
Meissner's corpuscle (touch, pressure) 


Ruffini's end organ (heat) 
Pacinian corpuscle (deep pressure) 
——- Adipose tissue 


A cross-section of the skin. Sensory structures are labeled on the right. (Hans & Cassidy. Courtesy of Gale Group.) 


called melanin absorb and reflect the sun’s harmful 
ultraviolet radiation. 


The skin also helps regulate body temperature. If 
heat builds up, sweat glands produce more sweat, 
which evaporates and cools the skin. In addition, 
when the body overheats, blood vessels expand and 
bring more blood to the skin surface, allowing body 
heat to be lost. If the body is too cold, on the other 
hand, blood vessels in the skin contract, putting less 
blood at the body surface and conserving heat. In 
addition, the skin serves as a minor excretory organ, 
since sweat removes small amounts of nitrogenous 
wastes produced by the body, and functions as a 
sense organ since it contains millions of nerve endings 
that detect touch, heat, cold, pain, and pressure. 
Finally, the skin produces vitamin D in the presence 
of sunlight, and renews and repairs damage to itself. 


In an adult, the skin covers about 21.5 square feet 
(2 sq m), and weighs about 11 pounds (5 kg). Depending 
on location, the skin ranges from 0.02-0.16 inch (0.5-4.0 
mm) thick. Its two principal parts are the outer layer, or 
epidermis, and a thicker inner layer, the dermis. A sub- 
cutaneous layer of fatty or adipose tissue is found below 
the dermis. Fibers from the dermis attach the skin to the 
subcutaneous layer, and the underlying tissues and 
organs also connect to the subcutaneous layer. 


2318 


The epidermis 


Ninety percent of the epidermis, including the 
outer layers, contains keratinocytes cells that produce 
keratin, a protein that helps waterproof and protect 
the skin. Melanocytes are pigment cells that produce 
melanin, a brown-black pigment that adds to skin 
color and absorbs ultraviolet light, thereby shielding 
the genetic material in skin cells from damage. Touch- 
sensitive Merkel’s cells are found in the deepest layer 
of the epidermis of hairless skin. 


In most areas of the body, the epidermis consists of 
four layers. On the soles of the feet and palms of the 
hands, where there is a lot of friction, the epidermis has 
five layers. In addition, calluses (abnormal thickenings 
of the epidermis), occur on skin subject to constant 
friction. At the surface, the uppermost layer consists 
of about 25 rows of flat dead cells that contain keratin. 


The dermis 


The dermis is made up of connective tissue that 
contains protein, collagen, and elastic fibers. It also 
contains blood and lymph vessels, sensory receptors, 
related nerves, and glands. The outer part of the der- 
mis has fingerlike projections, called dermal papillae, 
that indent the lower layer of the epidermis. Dermal 
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papillae cause ridges in the epidermis above it, which 
in the digits give rise to fingerprints. The ridge pattern 
of fingerprints is inherited, and is unique to each 
individual. 


The dermis is thick in the palms and soles, but very 
thin in other places, such as the eyelids. The blood 
vessels in the dermis contain a volume of blood. If a 
part of the body, such as a working muscle, needs 
more blood, vessels in the dermis constrict, causing 
blood to leave the skin and enter the circulation that 
leads to muscles and other body parts. Sweat gland 
ducts pass through the epidermis to the outside and 
open on the skin surface through pores embedded in 
the deep layers of the dermis. 


Hair follicles and roots also originate in the der- 
mis; hair shafts extend from the root through the skin 
layers to the surface. Also in the dermis are sebaceous 
glands associated with hair follicles which produce an 
oily substance called sebum. Sebum softens the hair 
and prevents it from drying, but if sebum blocks a 
sebaceous gland, a whitehead appears on the skin. 
A blackhead results if the material oxidizes and dries. 
Acne is caused by infections of the sebaceous glands. 
When this occurs, the skin breaks out in pimples and 
can become scarred. 


The skin is an important sense organ and as such 
includes a number of nerves that are mainly in the 
dermis, with a few reaching the epidermis. Nerves 
carry impulses to and from hair muscles, sweat glands, 
and blood vessels, and receive messages from touch, 
temperature, and pain receptors. Some nerve endings 
are specialized, such as sensory receptors that detect 
external stimuli. The nerve endings in the dermal pap- 
illae are known as Meissner’s corpuscles, these detect 
light touch, such as a pat, or the feel of clothing on the 
skin. Pacinian corpuscles, located in the deeper der- 
mis, are stimulated by stronger pressure on the skin. 
Receptors near hair roots detect displacement of the 
skin hairs by stimuli such as touch or wind. Bare nerve 
endings throughout the skin report information to the 
brain about temperature change (both heat and cold), 
texture, pressure, and trauma. 


Skin disorders 


Some skin disorders result from overexposure to 
the ultraviolet (UV) rays in sunlight. At first, over- 
exposure to sunlight results in injury known as sun- 
burn. UV rays damage skin cells, blood vessels, and 
other dermal structures. Continual overexposure leads 
to leathery skin, wrinkles, and discoloration and can 
also lead to skin cancer. Anyone excessively exposed 
to UV rays runs a risk of skin cancer, regardless of the 
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KEY TERMS 


Chitin—Polysaccharide that forms the exoskeleton 
of insects, crustaceans, and other invertebrates. 


Dermis—tThe internal layer of skin lying below the 
epidermis. It contains the sweat and oil glands, hair 
follicles, and provides replacement cells for those 
that are shed from the outer layer. 


Epidermis—The thinner, outermost layer of the 
skin. Also the thin outermost covering in plants. 


Keratin—Insoluble protein found in hair, nails, and 
skin. 


Melanin—Brown-black pigment found in skin and 
hair. 


amount of pigmentation normally in the skin. 
Seventy-five percent of all skin cancers are basal cell 
carcinomas that arise in the epidermis and rarely 
spread (metastasize) to other parts of the body. 
Physicians can surgically remove basal cell cancers. 
Squamous cell carcinomas also occur in the epidermis, 
but these tend to metastasize. Malignant melanomas 
are life-threatening skin cancers that metastasize 
rapidly. There can be a 10-20 year delay between 
exposure to sunlight and the development of skin 
cancers. 
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Interference 


| Interference 


In physics and engineering, interference is the 
interaction of two or more waves. Waves move in 
their direction of propagation as a series of by crests 
and troughs. The crests may be literally raised areas, as 
in water waves, or may consist of heightened field 
intensities (electromagnetic waves) or pressure peaks 
(sound waves). The troughs, likewise, may be actual 
dips, weaker fields, or lower pressures. Wherever two 
or more waves reach the same point at the same time, 
interference occurs. That is, the effects of each wave 
on the local wave material—liquid, field, or gas—add 
at each point. If the effects are of opposite senses (peak 
vs. trough), then the effect of adding them is a cancel- 
lation, just as adding a negative number to a positive 
number is the same as a subtraction. 


The two-wave case is easiest to consider. When the 
waves atrive in phase (i.e., the crests arrive together), 
constructive interference occurs. The combined crest is 
stronger than that from either individual wave. When 
they arrive out of phase (i.e., the crest from one wave 
overlaps a trough from the other), destructive interfer- 
ence cancels the wave motion. Moreover, in linear media, 
the waves can pass through each other after interfering, 
and continue on unchanged. This can be seen in a pool of 
water into which two pebbles have been cast at about the 
same time. The ring-shaped waves propagating outward 
from each splash point interfere briefly where they meet, 
then continue on across the surface of the water. 


Interference occurs in sound waves, surface waves, 
and electromagnetic waves (e.g., light waves, radio, and 
x rays). Waves display crests and troughs like the wig- 
gles along the length of a vibrating jump rope. In the 
case of the ripples in the pool, we see interference when 
ripples from one source encounter ripples from 
another. In some places the combination makes a 
large wave; in other places the waves cancel and the 
water appears (momentarily) calm. Radio, visible light, 
X rays, and gamma rays are waves with crests and 
troughs in the alternating electromagnetic field. 
Interference occurs in all of these waves. Interference 
of sound waves causes some regions of a concert hall to 
have special behavior. Where the multiple reflections of 
the concert sound interfere destructively, the sound is 
muffled and appears “dead.” Where the reflections are 
enhanced by adding constructively, the sound appears 
brighter, or “live.” Switching the polarity of the wires 
on a stereo speaker also can result in the sound appear- 
ing flat because of interference effects. 


The most striking examples of interference occur 
in visible light. Interference of two or more light waves 
appears as bright and dark bands called “fringes.” 
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Interference patterns created by the waves from several fallen 
drops of water. (Martin Dohrn. National Audubon Society 
Collection/Photo Researchers, Inc.) 


Interference of light waves was first described in 1801 
by Thomas young (1773-1829) when he presented 
information supporting the wave theory of light. 


White light is a mixture of colors, each with a 
unique wavelength. When white light from the sun 
reflects off a surface covered with an oil film, such as 
that found in a parking lot, the thickness of the film 
causes a delay in the reflected beam. Light of some 
colors will travel a path through the film where it is 
delayed enough to get exactly out of phase with the light 
reflected off the surface of the film. These colors 
destructively interfere and disappear. Other colors 
reflecting off the surface exactly catch up to the light 
traveling through the film. They constructively inter- 
fere, appearing as attractive color swirls on the film. The 
various colors on soap bubbles as they float through the 
air are another example of thin film interference. 


Modern technology makes use of interference in 
many ways. Active automobile mufflers electronically 
sense the sound wave in the exhaust system and artifi- 
cially produce another wave out-of-phase that 
destructively interferes with the exhaust sound and 
cancels the noise. The oil film phenomenon is used 
for filtering light. Precise coatings on optical lenses in 
binoculars or cameras, astronaut’s visors, or even sun- 
glasses cause destructive interference and the elimina- 
tion of certain unwanted colors or stray reflections. 


l Interferometry 


Interferometry is the use of the principles of 
interference to determine properties of waves, their sour- 
ces, or wave propagation media. Acoustic interferometry 
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Figure 1. The Michelson interferometer. (/Ilustration by Hans & Cassidy. Courtesy of Gale Group.) 


has been applied to study the velocity of sound in a 
fluid. Radio astronomers use interferometry to get 
accurate measurements of the position and properties 
of stellar radio sources. Optical interferometry is used 
in the creation and readback or display of holographs 
(records of interference patterns that may be used to 
record digital information or three-dimensional 
images). In interferometry, light beams pass along dif- 
ferent paths and they combine at an observation point 
or region, where interference effects occur. Interpreting 
the interference effects reveals information about opti- 
cal surfaces, the precise distance between the source and 
the observer, spectral properties of light, or the visual- 
ization of processes such as crystal growth, combustion, 
diffusion, and shock wave motion. 


The Michelson-Morley experiment 


The observation and explanation of interference 
fringes dates back to Robert Hooke (1635-1703) 
and Isaac Newton (1642-1727), but the invention of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


interferometry is generally attributed to the American 
physicist Albert Michelson (1852-1931). The Michelson 
interferometer consists of two perpendicular arms with a 
half-silvered mirror (a beam splitter) at the intersection 
(see Figure 1). 


Each arm has a mirror at one end. Light from the 
source enters the interferometer along one arm, and is 
equally split at the beam splitter. Half the light travels 
to mirror #1 and reflects back toward the beam split- 
ter. It passes through the beam splitter and continues 
to the detector, which can be like a motion picture 
screen. The other half of the light first travels straight 
through the beam splitter, reflects off mirror #2, and 
then returns to the beam splitter, where it is reflected 
and sent to the detector. When the two beams combine 
at the detector, they interfere and produce a pattern of 
fringes that depends upon the path they traveled and 
the time it took them to travel this path. 


In 1887, Michelson, along with the physicist 
Edward W. Morley (1838-1923), set out to determine 


2321 


As}9W019J19}U] 


Interferometry 


if the speed of light was dependent on the speed of 
the observer. According to the accepted theory of the 
time, light had to propagate in a medium called the 
ether. The motion of Earth traveling through the ether 
would affect the fringe pattern on Michelson’s inter- 
ferometer, because it would take the light longer to 
travel over one arm than the other arm. When the 
interferometer was rotated through 90°, the fringes 
would shift if the speed of light was not constant. In 
this most celebrated null experiment in the history of 
science, Michelson and Morley observed no changes 
in the fringes after many repetitions. The speed of light 
appears constant, regardless of the speed of its source, 
which was later explained by Einstein’s theory of 
relativity. 


Interferometers 


Interferometers such as Michelson’s can be used 
for many types of measurements. As a spectrometer, 
they can be used to accurately measure the mirror #1 
mounted on a motor, so it can be moved along the 
direction of the beam at a constant speed. As the 
mirror moves, a fringe at a point in the interference 
plane will appear as an alternating bright and dark 
band. The frequency of the changing fringes is related 
to the wavelength, and can be calculated to better than 
several parts in 100 billion. 


The Twyman-Green interferometer 


Modifications to the Michelson interferometer 
were introduced in 1916 by the electrical engineer 
Frank Twyman (1876-1959) and A. Green for the 
purpose of testing optical instruments. If the element 
transmits light, like a prism or a lens, it is inserted 
between the beam splitter and mirror #1 in such a 
manner that the fringes that are observed become a 
measure of the element’s optical quality. If the element 
to be tested is a mirror, and reflects light, it is substi- 
tuted for mirror #1 altogether. Once again, the 
Twyman-Green interferometer fringes act as a map 
of irregularities of the optical element. 


The Mach-Zehnder interferometer. 


Another type of interferometer was introduced by 
L. Mach and L. Zehnder in 1891 (see Figure 2). light 
leaves the sources, and is divided by beam splitter #1. 
One half travels toward mirror #1, and is reflected. 
The other half is reflected from mirror #2. the beams 
are combined by beam splitter #2, and propagate to 
the detector, where interference is observed. By virtue 
of the fact that the beams are separated, the objects to 
be tested can be quite large. The Mach-Zehnder two- 
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Figure 2. Top view of the interferometer introduced by Mach 
and Zehnder. (I//ustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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Figure 3. Top view of the Sagnac cyclic interferometer. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


beam interferometer is used for observing gas flows 
and shock waves, and for optical testing. It has also 
been used to obtain interference fringes of electrons 
that exhibit wavelike behavior. 


Cyclic interferometers 


Interference can occur if a beam is split, and one 
half travels in a clockwise path around the interferom- 
eter, while the other travels counterclockwise. Figure 3 
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Figure 4. Fabry-Perot interferometer. (I/iustration by Hans & Cassidy. Courtesy of Gale Group.) 


shows the top view of a cyclic interferometer, named a 
Sagnac interferometer for its inventor, physicist 
Georges Sagnac (1869-1928). one half of the beam 
reflects off the beam splitter and travels from mirror 
#1, to mirror #2, to mirror #3, and again reflects off 
the beam splitter. The two halves interfere at the 
detector. The Sagnac interferometer is the basis for 
laser gyroscopes that were first demonstrated in 1963. 
They sense the interference pattern to determine the 
direction and the speed of rotation in a moving vehicle 
like an airplane or a spacecraft. 


The Fabry-Perot interferometer 


In 1899, physicists Charles Fabry (1867-1945) 
and Alfred Perot (1863-1925) introduced an interfer- 
ometer designed to produce circular interference 
fringes when light passes through a pair of parallel 
half-silvered mirrors. Figure 4 shows the Fabry-Perot 
interferometer used with a broad light source. When 
the plates are separated by a fixed spacer, the interfer- 
ometer is called a Fabry-Perot etalon. The diameter of 
the fringes from the etalon is related to the wavelength, 
so it can be used as a spectrometer. If two beams of 
slightly different wavelength enter the etalon, the posi- 
tion of the overlap in fringes can be used to determine 
the wavelength to better than one part in 100,000. If 
the two plates of the Fabry-Perot interferometer are 
aligned parallel to each other, the device becomes the 
device becomes the basic laser resonant cavity, since 
only certain wavelengths will add constructively as 
they propagate between the mirrors. 


Wavefront splitting interferometry 


Rather than splitting the amplitude of the beam 
by beam splitters, one part of the beam can be made to 
interfere with another in the manner of Lloyd’s mirror 
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(see Figure 5). One half of the beam from the source 
propagates directly to the detector. The other half 
reflects off the mirror and interferes with the direct 
beam at the detector. Information about the surface of 
the mirror is contained in the fringes. The surface of 
crystals can be studied with fringes from x rays. The 
surface of a lake or Earth’s ionosphere can be studied 
using interference from radio waves. 


Wavefront shearing interferometry 


A variation of the Mach-Zehnder interferometer, 
introduced by W. J. Bates in 1947, made it possible to 
measure the wavefront (phase) of a beam without an 
error-free reference wave. By rotating one beam split- 
ter in the Mach-Zehnder configuration, an incoming 
beam is split into two, and one half is shifted (sheared). 
Overlapping these beams results in an interference 
pattern that is a measure of the slope, or tilt, of the 
wavefront. Shearing interferometers are used in opti- 
cal testing and in astronomy for measuring the distor- 
tions of the atmosphere. 


Applications 


The basic interferometer improves over the years 
as new technology appears. High-speed cameras and 
electronics, precise optics, and computers are brought 
together to make possible accurate interpretation of 
the fringes, as well as the extraction of new and excit- 
ing information. 


Stellar interferometry 


Even though we cannot directly photograph and 
resolve the image of two stars close together, we can 
use interferometry to measure their separation. first 
proposed by the physicist Armand Fizeau (1819-1896) 
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Interferometry 


Detector 


Figure 5. Wavefront splitting interferometer. (I//ustration by Hans & Cassidy. Courtesy of Gale Group.) 


in 1868, the method was first applied by Michelson 
and American astronomer Francis Pease (1881-1938) 
in 1920, and is commonly called Michelson stellar 
interferometry. 


Light from two sources is collected by two tele- 
scopes that are a known distance apart. The light is 
filtered to restrict the wavelength, and then brought 
together. Each star exhibits a fringe pattern. The fringes 
will line up if the patterns of the two stars overlap. 
When the separation of the two telescopes is small, 
the fringes are visible. When the separation of the tele- 
scopes is exactly equal to the wavelength divided by 
twice the angle between the two sources, the fringes 
will disappear. By varying the separation of the tele- 
scopes and observing when the fringes disappear, the 
separation of the sources is calculated. In a similar way, 
a single remote star can be thought of as two halves that 
appear as point sources close together. By using stellar 
interferometry, the size of a star can be measured. 


By placing an opaque screen with holes over the 
aperture of a telescope, each pair of holes will cause 
interference fringes. stellar interferometry over a num- 
ber of simultaneous separations is called aperture 
plane interferometry. 


Radio astronomers R. Hanbury Brown and R. Q. 
Twiss, the first to use stellar interferometry in the 
radio region, measured the size of the star sirius. 
Today, “Very Long Baseline Interferometry” links 
radio telescopes around the world to create interfer- 
ence fringes that can be used to measure stellar sizes in 
fractions of an arcsecond. 


Speckle interferometry 
Invented by Antoine Labeyrie in 1970, speckle 


interferometry provides a method for large telescopes 
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to see objects without being limited by the turbulence of 
the atmosphere. A star exposure for less than one hun- 
dredth of a second appears speckled, because light from 
all points of the telescope interferes with each other. The 
speckle is similar to the speckled pattern of red light that 
reflects off the glass of a supermarket price scanner. 


Averaging many short exposures (or taking a long 
exposure) smears out the speckles because the atmos- 
phere is constantly moving around. Information in the 
image, smeared out by the blur, is lost. Because individ- 
ual speckles themselves contain information about the 
object, the speckle interferometer gathers many short 
exposures, and a computer processes them to extract 
the information. Many measurements have been made 
in the last quarter century. The size and surface features 
of asteroids and the planet Pluto have been determined 
by speckle interferometry. The size of the nearby star 
Betelguse has also been measured. The angular separa- 
tion of binary stars, measured by this technique, leads 
astronomers to calculate the star masses and develop 
theories about the evolution of the universe. 


Holographic interferometry 


Holography was invented by Dennis Gabor 
(1900-1979) in 1948. A hologram is recorded by splitting 
a light beam and letting half the beam scatter from an 
object while the other half travels undisturbed. The two 
beams combine on photographic film, where a compli- 
cated fringe pattern is formed. When light shines on the 
hologram, some of it will pass through the bright fringes, 
and some will be absorbed by the dark fringes. By observ- 
ing the light from the hologram one reveals a three- 
dimensional replica of the original object. 


Holographic interferometry is used to view small 
changes in an object. when two holograms, taken at 
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KEY TERMS 


Beam splitter—A sheet of glass or plastic specially 
coated to reflect part of a beam of light and transmit 
the remainder. 


Holography—A technique for recording and dis- 
playing the three-dimensional image of an object. 


Interference—The interaction of two or more waves. 
Propagation—Movement of waves. 


Spectrometer—An_ instrument for determining 
radiant intensity of atomic spectra. 


different times, of the same object are superimposed, 
fringes will reveal the difference between the two objects. 
It is possible to see slowly varying changes of a growing 
plant, or rapidly varying changes of a vibrating object 
such as the face of a violin. Today, holography is coming 
into use for high-capacity optical data storage systems. 
Holographic anti-counterfeiting elements, which cannot 
be copied using scanners and printers, are frequently 
attached to credit cards and other items. 


See also Hologram and holography. 
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| Interferons 


Interferon is the name given to a group of proteins 
known primarily for their role in inhibiting viral infec- 
tions and in stimulating the entire immune system to 
fight disease. Research has also shown that these pro- 
teins play numerous roles in regulating many kinds of 
cell functions. Interferons can promote or hinder the 
ability of some cells to differentiate, that is, to become 
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specialized in their function. They can inhibit cell divi- 
sion, which is one reason why they hold promise for 
stopping cancer growth. Recent studies have also found 
that one interferon may play an important role in the 
early biological processes of pregnancy. Although once 
thought to be a potential cure-all for a number of viral 
diseases and cancers, subsequent research has shown 
that interferons are much more limited in their potential. 
Still, several interferon proteins have been approved as 
therapies for diseases like chronic hepatitis, genital 
warts, multiple sclerosis, and several cancers. 


The first interferon was discovered in 1957 by 
Alick Isaacs and Jean Lindenmann. During their inves- 
tigation, the two scientists found that virus-infected 
cells secrete a special protein that causes both infected 
and noninfected cells to produce other proteins that 
prevent viruses from replicating. They named the pro- 
tein interferon because it interferes with infection. 
Initially, scientists thought there was only one inter- 
feron protein, but subsequent research showed that 
there are many different interferon proteins. 


Interferons are members of a larger class of pro- 
teins called cytokines (proteins that carry signals 
between cells). Most interferons are classified as alpha, 
beta, or gamma interferons, depending on their molec- 
ular structure. Two other classes of interferons, omega 
and tau, have also been discovered. So far, more than 
20 different kinds of interferon-alpha have been discov- 
ered but few beta and gamma interferons have been 
identified. 


Interferons are differentiated primarily through 
their amino acid sequence. (Amino acids are molecu- 
lar chains that make up proteins.) Interferon-alpha, 
-beta, -tau, and -omega, which all have relatively sim- 
ilar amino acid sequences, are classified as type I inter- 
ferons. Type I interferons are known primarily for 
their ability to make cells resistant to viral infections. 
Interferon-gamma is the only type II interferon, clas- 
sified as such because of its unique amino acid 
sequence. This interferon is known for its ability to 
regulate overall immune system functioning. 


In addition to their structural makeup, type I and 
type I interferons have other differences. Type I inter- 
ferons are produced by almost every cell in the body, 
while the type II interferon-gamma is produced only 
by specialized cells in the immune system known as T 
lymphocytes and natural killer cells. The two classes 
also bind to different kinds of receptors, which lie on 
the surface of cells, and attract and combine with 
specific molecules of various substances. 


Interferons work to stop a disease when they are 
released into the blood stream and then bind to cell 
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Interferons 


Commercial fermentation units like these are used to grow 
cultures of microorganisms for biological products like 
interferon. (S. Stammens. National Audubon Society Collection/ 
Photo Researchers, Inc.) 


receptors. After binding, they are drawn inside the 
cell’s cytoplasm, where they cause a series of reactions 
that produce other proteins that fight off disease. 
Scientists have identified over 30 disease-fighting pro- 
teins produced by interferons. 


In addition to altering a cell’s ability to fight off 
viruses, interferons also control the activities of a 
number of specialized cells within the immune system. 
For example, type I interferons can either inhibit or 
induce the production of B lymphocytes (white blood 
cells that make antibodies for fighting disease). 
Interferon-gamma can also stimulate the production 
of a class of T lymphocytes known as suppressor 
CD8 cells, which can inhibit B cells from making 
antibodies. 


Another role of interferon-gamma is to increase 
immune system functioning by helping macrophages, 
still another kind of white blood cell, to function. 
These scavenger cells attack infected cells while also 
stimulating other cells within the immune system. 
Interferon-gamma is especially effective in switching 
on macrophages to kill tumor cells and cells that have 
been infected by viruses, bacteria, and parasites. 


Interferon-tau, first discovered for its role in help- 
ing pregnancy to progress in cows, sheep, and goats, 
also has antiviral qualities. It has been shown to block 
tumor cell division, and may interfere with the repli- 
cation of the acquired immune deficiency, or AIDS, 
virus. Because it has fewer unwanted side-effects (flu- 
like symptoms and decreased blood cell production) 
than the other interferons, interferon-tau is becoming 
a new focal point for research. 


In 1986, interferon-alpha became the first interferon 
to be approved by the Food and Drug Administration 
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KEY TERMS 


Immune system—That network of tissues and cells 
throughout the body which is responsible for rid- 
ding the body of invaders such as viruses, bacteria, 
protozoa, etc. 


Proteins—Macromolecules made up of long sequen- 
ces of amino acids. They make up the dry weight of 
most cells and are involved in structures, hor- 
mones, and enzymes in muscle contraction, immu- 
nological response, and many other essential life 
functions. 


Type I interferons—A group of interferons that 
have similar amino acid sequences. They include 
the alpha, beta, tau, and omega interferons. 


Type II interferons—A type of interferon that has a 
unique amino acid sequence. Interferon gamma is 
the only interferon in this group. 


(FDA) as a viable therapy, in this case, for hairy-cell 
leukemia. (Interferons are used therapeutically by inject- 
ing them into the blood stream.) In 1988, this class of 
interferons was also approved for the treatment of gen- 
ital warts, proving effective in nearly 70% of patients 
who do not respond to standard therapies. In that same 
year, it was approved for treatment of Kaposi’s 
Sarcoma, a form of cancer that appears frequently in 
patients suffering from AIDS. In 1991, interferon-alpha 
was approved for use in chronic hepatitis C, a conta- 
gious disease for which there was no reliable therapy. 
Interferon has been shown to eliminate the disease’s 
symptoms and, perhaps, prevent relapse. Interferon- 
alpha is also used to treat Hodgkin’s lymphoma and 
malignant melanoma. 


In 1993, another class of interferon, interferon- 
gamma, received FDA approval for the treatment of 
a form of multiple sclerosis characterized by the inter- 
mittent appearance and disappearance of symptoms. 
It has also been used to treat chronic granulomatous 
diseases, inherited immune disorders in which white 
blood cells fail to kill bacterial infections, thus causing 
severe infections in the skin, liver, lungs, and bone. 
Interferon-gamma may also have therapeutic value in 
the treatment of leishmaniasis, a parasitic infection 
that is prevalent in parts of Africa, America, Europe, 
and Asia. 


Although all of the disease fighting attributes of 
interferon demonstrated in the laboratory have not 
been attained in practice, continued research into 
interferons will continue to expand their medical 
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applications. For example, all three major classes of 
interferons are under investigation for treating a vari- 
ety of cancers. Also, biotechnological advances mak- 
ing genetic engineering easier and faster are making 
protein drugs like interferons more available for study 
and use. Using recombinant DNA technology, or gene 
splicing, genes that code for interferons are identified, 
cloned, and used for experimental studies and in mak- 
ing therapeutic quantities of protein. These modern 
DNA manipulation techniques have made possible 
the use of cell-signaling molecules like interferons as 
medicines. Earlier, available quantities of these mole- 
cules were too minute for practical use. 
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[ Internal combustion engine 


The internal combustion engine is any heat engine 
that obtains mechanical energy by burning chemical 
energy (fuel) in confined space (combustion chamber). 
The invention and development of the internal com- 
bustion engine in the nineteenth century has had a 
profound impact on human life. The internal combus- 
tion engine offers a relatively small, lightweight source 
for the amount of power it produces. Harnessing that 
power has made possible practical machines ranging 
from the smallest model airplane to the largest truck. 
Electricity is often generated by internal combustion 
engines. Lawnmowers, chainsaws, and generators also 
may use internal combustion engines. An important 
device based on the internal combustion engine is the 
automobile. 


In all internal combustion engines, however, the 
basic principles remain the same. Fuel is burned inside 


GALE ENCYCLOPEDIA OF SCIENCE 4 


a chamber, usually a cylinder. The energy created by 
the combustion, or burning, of the fuel is used to 
propel a device, usually a piston, through the chamber. 
By attaching the piston to a shaft outside of the cham- 
ber, the movement and force of the piston can be 
converted to other movements. 


Principles 


Combustion is the burning of fuel. When fuel is 
burned it gives off energy, in the form of heat, which 
creates the expansion of gas. This expansion can be 
rapid and powerful. The force and movement of the 
expansion of gas can be used to push an object. 
Shaking a can of soda is a way to see what happens 
when gas expands. The shaking motion causes a reac- 
tion of carbon dioxide—the soda’s fizz—which, when 
the can is opened, pushes the soda’s liquid from the 
can and through the opening. 


Simply burning fuel, however, is not very useful 
for creating motion. Lighting a match, for example, 
burns the oxygen in the air around it, but the heat 
raised is lost in all directions and, therefore, gives a 
very weak push. In order for the expansion of gas 
caused by combustion to be made useful, it must 
occur in a confined space. This space can channel, or 
direct the movement of the expansion; it can also 
increase its force. 


A cylinder is a useful space for channeling the 
force of combustion. The round inside of the cylinder 
allows gases to flow easily and, also, acts to increase 
the strength of the movement of the gases. The circular 
movement of the gases can also assist in pulling air and 
vapors into the cylinder, or force them out again. A 
rocket is a simple example of the use of internal com- 
bustion within a cylinder. In a rocket, the bottom end 
of the cylinder is open. When the fuel inside the cylin- 
der explodes, gases expand rapidly toward the open- 
ing, giving the push needed to force the rocket away 
from the ground. 


This force can be even more useful. It can be made 
to push against an object inside the cylinder, causing it 
to move through the cylinder. A bullet in a pistol is an 
example of such an object. When the fuel, in this case 
gunpowder, is exploded, the resulting force propels the 
bullet through the cylinder, or barrel, of the pistol. 
This movement is useful for certain things; however, 
it can be made still more useful. By closing the ends of 
the cylinder, it is possible to control the movement of 
the object, making it move up and down inside the 
cylinder. This movement, called reciprocating motion, 
can then be made to perform other tasks. 
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Internal combustion engine 


Structure of the internal combustion engine 


Internal combustion engines generally employ 
reciprocating motion, although gas turbine, rocket, 
and rotary engines are examples of other types of 
internal combustion engines. Reciprocating internal 
combustion engines are the most common, however, 
and are found in most cars, trucks, motorcycles, and 
other engine-driven machines. 


The most basic components of the internal com- 
bustion engine are the cylinder, the piston, and the 
crankshaft. To these are attached other components 
that increase the efficiency of the reciprocating motion 
and convert that motion to the rotary motion of the 
crankshaft. Fuel must be provided into the cylinder, 
and the exhaust, formed by the explosion of the fuel, 
must be provided a way out of the cylinder. The igni- 
tion, or lighting, of the fuel must also be produced. In 
the reciprocating internal combustion engine, this is 
done in one of two ways. 


Diesel engines are also called compression engines 
because they use compression to cause the fuel to self- 
ignite. Air is compressed, that is, pushed into a small 
space, in the cylinder. Compression causes the air to 
heat up; when fuel is introduced to the hot, com- 
pressed air, the fuel explodes. The pressure created 
by compression requires diesel engines to be more 
strongly constructed, and thus, heavier than gasoline 
engines, but they are more powerful, and require a less 
costly fuel. Diesel engines are generally found in large 
vehicles, such as trucks and heavy construction equip- 
ment, or in stationary machines, but are finding their 
way into automobiles in the 2000s as technology 
improves and the need for less expensive fuels are 
sought. 


Gasoline engines are also called spark ignition 
engines because they depend on a spark of electricity 
to cause the explosion of fuel within the cylinder. 
Lighter than a diesel engine, the gas engine requires a 
more highly refined fuel (thus, more costly). 


In an engine, the cylinder is housed inside a engine 
block strong enough to contain the explosions of fuel. 
Inside the cylinder is a piston that fits the cylinder 
precisely. Pistons generally are dome-shaped on top, 
and hollow at the bottom. The piston is attached, via a 
connecting rod fitted in the hollow bottom, to a crank- 
shaft, which converts the up and down movement of 
the piston to a circular motion. This is possible 
because the crankshaft is not straight, but has a bent 
section (one for every cylinder) called a crank. 


A similar structure propels a bicycle. When bicy- 
cling, the upper part of a person’s leg is akin to the 
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piston. From the knee to the foot, the leg acts as a 
connecting rod, which is attached to the crankshaft by 
the crank or the bicycle’s pedal assembly. When power 
is applied with the upper leg, these parts are made to 
move. The reciprocating motion of the lower leg is 
converted to the rotary, or spinning, motion of the 
crankshaft. 


Notice that when bicycling, the leg makes two 
movements, one down and one up, to complete the 
pedaling cycle. These are called strokes. Because an 
engine also needs to draw fuel in and expel the fuel out 
again, most engines employ four strokes for each cycle 
the piston makes. The first stroke begins when the 
piston is at the top of the cylinder, called the cylinder 
head. As it is drawn down, it creates a vacuum in the 
cylinder. This is because the piston and the cylinder 
form an airtight space. When the piston is pulled 
down, it causes the space between it and the cylinder 
head to become larger, while the amount of air 
remains the same. This vacuum helps to take the fuel 
into the cylinder, much like the action of the lungs. 
This stroke is therefore called the intake stroke. 


The next stroke, called the compression stroke, 
occurs when the piston is pushed up again inside the 
cylinder, squeezing, or compressing the fuel into a 
tighter and tighter space. The compression of the fuel 
against the top of the cylinder causes the air to heat up, 
which also heats the fuel. Compressing the fuel also 
makes it easier to ignite, and makes the resulting explo- 
sion more powerful. There is less space for the expand- 
ing gases of the explosion to flow, which means they 
will push harder against the piston in order to escape. 


At the top of the compression stroke, the fuel is 
ignited, causing an explosion that pushes the piston 
down. This stroke is called the power stroke, and this 
is the stroke that turns the crankshaft. The final 
stroke, the exhaust stroke, takes the piston upward 
again, which expels the exhaust gases created by the 
explosion from the cylinder through an exhaust valve. 
These four strokes are also commonly called “suck, 
squeeze, bang, and blow.” Two-stroke engines elimi- 
nate the intake and exhaust strokes, combining them 
with the compression and power strokes. This allows 
for a lighter, more powerful engine—relative to the 
engine’s size—requiring a less complex design. 
However, the two-stroke cycle is a less efficient 
method of burning fuel. A residue of unburned fuel 
remains inside the cylinder, which impedes combus- 
tion. The two-stroke engine also ignites its fuel twice as 
often as a four-stroke engine, which increases the wear 
on the engine’s parts. Two-stroke engines are therefore 
used mostly where a smaller engine is required, such as 
on some motorcycles and with small tools. 
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Combustion requires the presence of oxygen, so 
fuel must be mixed with air in order for it to ignite. 
Diesel engines introduce the fuel directly to react with 
the hot air inside the cylinder. Spark-ignition engines, 
however, first mix the fuel with air outside the cylin- 
der. This is done either through a carburetor or 
through a fuel-injection system. Both devices vaporize 
the gasoline and mix it with air at a ratio of around 14 
parts of air to every one part of gasoline. A choke 
valve in the carburetor controls the amount of air to 
be mixed with the fuel; at the other end, a throttle valve 
controls how much of the fuel mixture will be sent to 
the cylinder. 


The vacuum created as the piston moves down 
through the cylinder pulls the fuel into the cylinder. 
The piston must fit precisely inside the cylinder in 
order to create this vacuum. Rubber compression 
rings fitted into grooves in the piston make certain of 
an airtight fit. The gasoline enters the cylinder through 
an intake valve. The gasoline is then compressed up 
into the cylinder by the next movement of the piston, 
awaiting ignition. 

An internal combustion engine can have any- 
where from one to twelve or more cylinders, all acting 
together in a precisely timed sequence to drive the 
crankshaft. The bicyclist on a bicycle can be described 
as a two-cylinder engine, each leg assisting the other in 
creating the power to drive the bicycle, and in pulling 
each other through the cycle of strokes. Automobiles 
generally have four-, six-, or eight-cylinder engines, 
although two-cylinder and twelve-cylinder engines 
are also available. The number of cylinders affects 
the engine’s displacement; that is, the total volume of 
fuel passed through the cylinders. A larger displace- 
ment allows more fuel to be burned, creating more 
energy to drive the crankshaft. 


Spark is introduced through a spark plug placed 
in the cylinder head. The spark causes the gasoline to 
explode. Spark plugs contain two metal ends, called 
electrodes, which extend down into the cylinder. Each 
cylinder has its own spark plug. When electric current 
is passed through the spark plug, the current jumps 
from one electrode to the other, creating the spark. 


This electric current originates in a battery. The 
battery’s current is not, however, strong enough to 
create the spark needed to ignite the fuel. It is therefore 
passed through a transformer, which greatly amplifies 
its voltage, or strength. The current can then be sent to 
the spark plug. 


In the case of an engine with two or more cylin- 
ders, however, the spark must be directed to each 
cylinder in turn. The sequence of firing the cylinders 
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must be timed so that while one piston is in its power 
stroke, another piston is in its compression stroke. In 
this way, the force exerted on the crankshaft can be 
kept constant, allowing the engine to run smoothly. 
The number of cylinders affects the smoothness of the 
engine’s operation; the more cylinders, the more con- 
stant the force on the crankshaft, and the more 
smoothly the engine will run. 


The timing of the firing of the cylinders is con- 
trolled by the distributor. When the current enters the 
distributor, it is sent through to the spark plugs 
through leads, one for each spark plug. Mechanical 
distributors are essentially spinning rotors that send 
current into each lead in turn. Electronic ignition 
systems utilize computer components to perform 
this task. 


The smallest engines use a battery, which, when 
drained, is simply replaced. Most engines, however, 
have provisions for recharging the battery, utilizing 
the motion of the spinning crankshaft to generate 
current back to the battery. 


The piston or pistons push down and pull up on 
the crankshaft, causing it to spin. This conversion 
from the reciprocating motion of the piston to the 
rotary motion of the crankshaft is possible because 
for each piston the crankshaft has a crank, that is, a 
section set at an angle to the up-and-down movement 
of the position. On a crankshaft with two or more 
cylinders, these cranks are set at angles to each other 
as well, allowing them to act in concert. When one 
piston is pushing its crank down, a second crank is 
pushing its piston up. 


A large metal wheel-like device called a flywheel is 
attached to one end of the crankshaft. It functions to 
keep the movement of the crankshaft constant. This is 
necessary on a four-stroke engine because the pistons 
perform a power stroke only once for every four 
strokes. A flywheel provides the momentum to carry 
the crankshaft through its movement until it receives 
the next power stroke. It does this by using inertia, that 
is, the principle that an object in motion will tend to 
stay in motion. Once the flywheel is set in motion by 
the turning of the crankshaft, it will continue to move, 
and turn the crankshaft. The more cylinders an engine 
has, however, the less it will need to rely on the move- 
ment of a flywheel, because the greater number of 
pistons will keep the crankshaft spinning. 


Once the crankshaft is spinning, its movement can 
be adapted to a great variety of uses, by attaching 
gears, belts, or other devices. Wheels can be made to 
turn, propellers can be made to spin, or the engine can 
be used simply to generate electricity. Also geared to 
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the crankshaft is an additional shaft, called the cam- 
shaft, which operates to open and close the intake and 
exhaust valves of each cylinder in sequence with the 
four-stroke cycle of the pistons. A cam is a wheel that 
shaped basically like an egg, with a long end and a 
short end. Several cams are fastened to the camshaft, 
depending on the number of cylinders the engine has. 
Set on top of the cams are push-rods, two for each 
cylinder, which open and close the valves. As the 
camshaft spins, the short ends allow the push-rods to 
draw back from the valve, causing the valve to open; 
the long ends of the cams push the rods back toward 
the valve, closing it again. In some engines, called 
overhead cam engines, the camshaft rests directly on 
the valves, eliminating the need for the push-rod 
assembly. Two-stroke engines, because the intake 
and exhaust is achieved by the movement of the piston 
over ports, or holes, in the cylinder wall, do not require 
the camshaft. 


Two more components may be operated by the 
crankshaft: the cooling and lubrication systems. The 
explosion of fuel creates intense heat that would 
quickly cause the engine to overheat and even melt if 
not properly dissipated, or drawn away. Cooling is 
achieved in two ways, through a cooling system and, 
to a lesser extent, through the lubrication system. 


There are two types of cooling systems. A liquid- 
cooling system uses water, which is often mixed with 
antifreeze to prevent freezing. Antifreeze lowers the 
freezing point and, also, raises the boiling point of 
water. The water, which is very good at gathering 
heat, is pumped around the engine through a series 
of passageways contained in a jacket. The water then 
circulates into a radiator, which contains many tubes 
and thin metal plates that increase the water’s surface 
area. A fan attached the radiator passes air over the 
tubing, further reducing the water temperature. Both 
the pump and the fan are operated by the crankshaft’s 
movement. 


Air-cooled systems use air, rather than water, to 
draw heat from the engine. Most motorcycles, many 
small airplanes, and other machines where a great deal 
of wind is produced by their movement, use air-cooled 
systems. In these, metal fins are attached to the outside 
of the cylinders, creating a large surface area; as air 
passes over the fins, the heat conducted to the metal 
fins from the cylinder is swept away by the air. 


The lubrication of an engine is vital to its oper- 
ation. The movement of parts against each other cause 
a great deal of friction, which raises heat and causes 
the parts to wear. Lubricants, such as oil, provide a 
thin layer between the moving parts. The passage of oil 
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KEY TERMS 


Inertia—The tendency of an object in motion to 
remain in motion, and the tendency of an object at 
rest to remain at rest. 


Reciprocating motion—Movement in which an 
object moves up and down, or back and forth. 


Rotary motion—Movement in which an object spins. 


through the engine also helps to carry away some of 
the heat produced. 


The crankshaft at the bottom of the engine rests in 
a crankcase. This may be filled with oil, or a separate oil 
pan beneath the crankcase serves as a reservoir for the 
oil. A pump carries the oil through passageways and 
holes to the different parts of the engine. The piston is 
also fitted with rubber oil rings, in addition to the 
compression rings, to carry oil up and down the inside 
of the cylinder. Two-stroke engines use oil as part of 
their fuel mixture, providing the lubrication for the 
engine and eliminating the need for a separate system. 
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tl International Space Station 


The International Space Station (ISS), formally 
designated International Space Station Alpha, is a hab- 
itable (normally manned) orbital facility that has been 
under construction since 1998 and is scheduled for com- 
pletion (as of October 2006) in 2010. About 40 assembly 
and utilization flights (in total) by the United States 
space shuttle fleet are required to assemble the ISS. 
In addition, the Russian space program will fly other 
necessary construction flights, along with Japanese and 
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James Newman, an astronaut on the space shuttle Endeavor preparing for mission, working to connect wires on the 


International Space Station. (AP/Wide World Photos.) 


ESA flights to add experimental equipment, fuel, con- 
sumable, and other necessary materials to ISS. The 
space station is a joint project of the United States 
(National Space and Aeronautics Administration, 
NASA), Russia (Russian Federal Space Agency, 
RKA), Japan (Japan Aerospace Exploration Agency, 
JAXA), Canada (Canadian Space Agency, CSA), and 
Europe (European Space Agency, ESA). (Brazil also 
participates through NASA, while Italy participates 
through ESA.) As of October 2006, participants from 
twelve countries have worked onboard ISS. When 
finished, it will contain about four times as much work- 
ing space as the former Russian space station Mir 
(1986-2001), the former record holder, and will have a 
mass of about 881,800 lb (400,000 kg) and a pressurized 
volume of about 35,300 cu ft (1,000 cu m). The ISS 
orbits at an average altitude of 220 mi (360 km) and at 
an average speed of 17,200 mph (27,685 km/h). 


A number of science experiments are to be con- 
ducted aboard the ISS in such fields as health effects of 
radiation, molecular and cell biology, earth science, 
fluid dynamics, astronomy, combustion physics, and 
crystal growth. 
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History and structure 


The ISS was originally proposed by United States 
President Ronald Reagan (1911—2004) in 1984, and was 
slated to cost $8 billion. Originally, thirty-six U.S. shut- 
tle flights plus nine Russian rocket launches were 
required for ISS construction. However, as of October 
2006, fewer flights will be needed due to cutbacks on the 
number of sections to be installed on the structure. The 
project is about five years behind schedule due primar- 
ily to the two U.S. space shuttle disasters in January 
1986 (Challenger) and February 2003 (Columbia). Since 
the 2003 loss of Columbia twelve construction flights 
will be used to finish the building of ISS. Today there 
are 15 major partners in the ISS effort, including the 
United States, Russia, Japan, Canada, and 11 of the 
member states of the European Space Agency. The 
U.S., through its National Aeronautics and Space 
Administration (NASA), is the largest single contrib- 
utor, bearing most of the cost of building, launching, 
and operating ISS for at least a decade. 


Assembly of the ISS commenced in 1998 with 
launch of the Russian control module Zarya on a 
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proton rocket from Kazahkstan. The U.S. module 
Unity Node, a connecting segment, was carried into 
space on the shuttle Endeavor later in 1998. This unit is 
primarily a docking hub to which other sections join. 
In 2000, another Proton rocket lofted the Russian 
service module Zvezda, the main Russian contribution 
to the ISS. Zvezda provided living quarters and life 
support during the early phases of the ISS’s growth; it 
also provides steering rockets to control the ISS’s 
attitude (orientation in space) and to re-boost it to 
higher altitudes as its orbit decays due to friction 
with high-altitude traces of the Earth’s atmosphere. 


The ISS is powered by photovoltaic electricity. 
The first of its four large solar arrays (112 by 39 ft 
[34.2 by 11.9 m]) was added in 2000. When completed, 
the ISS will receive about 260 kilowatts of power 
(peak) from an acre of sun-tracking solar panels. An 
energy-storage subsystem consisting of six large 
nickel-hydrogen (Ni-H2) batteries supplies electrical 
power to the ISS during its passage through Earth’s 
shadow, which lasts about 45 out of every 90 minutes. 


In 2001, the U.S. laboratory module Destiny, the 
largest and most elaborate of the ISS components, was 
added using the robot arm of the space shuttle A7lantis. 
The United States lab module contains 13 equipment 
racks, on which various scientific experiments will be 
mounted, and a 20-in (0.5-m) window set in the 
Earthside wall. 


Smaller components were added piecemeal in 
2002 by several shuttle flights, and in 2001-2002 sev- 
eral Russian flights ferried passengers and supplies. 
The ISS’s final configuration will contain a European 
laboratory module, a Japanese laboratory module, 
three Russian laboratory modules, a Canadian robot 
arm to assist in assembly and maintenance, exterior 
racks for experiments requiring direct exposure to 
space, and an emergency Crew Return Vehicle on 
standby. The shuttle has been continuously inhabited 
since November 2, 2000, and under normal circum- 
stances houses a full crew of six. 


Science 


The ISS is intended to serve as a platform for the 
performance of scientific experiments that can only be 
carried out in space. The presence of a crew allows more 
complex experiments to be performed with simpler equip- 
ment than would be possible using purely robotic space 
vehicles. On the other hand, human beings require much 
complex gear to survive in space. Further, the ISS is not a 
particularly efficient platform for astronomical experi- 
ments, as it is vulnerable to vibrations, and experiments 
that merely require a vacuum can be performed 
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economically in vacuum chambers on Earth. Yet, the 
ISS does offer something that cannot be obtained for 
more than a few seconds at a time on earth: weightlessness, 
or, more precisely (since the components of the ISS itself 
create a slight gravitational field), microgravity. 


Unlike traditional science-fiction space stations, 
the ISS does not rotate in order to provide a centrifu- 
gal equivalent of gravity to its inhabitants. Such an 
arrangement would require a much more expensive 
structure due to the stresses imposed by rotation; 
observational science experiments that need to point 
steadily at one part of the sky would be difficult to 
operate on a rapidly rotating platform; and rotation 
would destroy the very microgravitational conditions 
that make the ISS a unique place to conduct science. 


Several of the experiments that have exploited (or 
will exploit) microgravity are the following: 


- Dendrite formation in solidifying metals. When met- 
als solidify they tend, like snowflakes, to form 
branching or treelike crystalline structures termed 
dendrites (from the Greek word dendrites, meaning 
pertaining to a tree). Observing the growth of metal- 
lic dendrites that are not deformed by Earth’s gravity 
should help improve mathematical models of den- 
drite formation, which in turn may help in the design 
of stronger and more durable alloys. 


Bone deterioration. As previous experience with 
long-term habitation of space has shown, persons 
living in weightlessness lose about 1% of their bone 
mass per month, even when performing bone-stressing 
exercises. Generations of small animals raised in 
space will enable biologists to study the effect of 
microgravity on genetic mechanisms of bone growth 
and resorbtion. Understanding these mechanisms 
may someday make long space voyages (e.g., to 
Mars) medically feasible. 


Atomic clock. A French experiment will use micro- 
gravity to improve the accuracy of an atomic clock 
by a factor of ten by observing oscillations of cesium 
atoms in free fall. 


Commercial research. Between 30 and 40% of the 
United States lab module resources are reserved for use 
by private corporations, who will pay for access to 
microgravity research conditions. A slightly lower per- 
centage of lab resources are reserved for commercial 
buyers in the European laboratory module. However, 
few corporations have yet purchased lab time on the ISS. 


Controversy 


The ISS is enthusiastically supported by many 
people who are interested in space travel for its own 
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sake and by those scientists who hope to fly their own 
experiments on the platform. However, it has long 
been heavily criticized by a majority of the scientific 
community for delivering too little science for the 
dollar. In other words, it diverts money from other 
research. Some scientists argue that the bulk of the 
research planned for the ISS addresses technical ques- 
tions that are peripheral, rather than fundamental. 
For example, Science, the journal of the American 
Association for the Advancement of Science, com- 
plained in 1998 that the ISS’s “greatest impact will be 
felt in the small community already studying problems 
related to space flight—a vital research area only if we 
assume that increasing numbers of people will some- 
day travel, or even live, outside of normal Earth grav- 
ity.” In other words, the ISS is an ultimately romantic 
project that puts astronauts in space in order to figure 
out how to put more astronauts in space. 


The claim that the ISS has little to offer science 
was boosted by Russia’s conveyance to the ISS of two 
private space tourists—officially designated Space 
Flight Participants—in 2001 and 2002, over loud pro- 
tests from other ISS participant nations. Two wealthy 
men, one American and the other South African, paid 
$20 million apiece to the cash-strapped Russian gov- 
ernment in exchange for a trip to the ISS. As of 2006, 
four space tourists have gone to the ISS via Russian 
supply missions, at a cost of $20 million each. 


Even before the loss of the space shuttle Columbia 
in February 2003, funding for completion of the ISS 
was in doubt. Both the United States Congress and the 
governments of the European Union have long been 
skeptical of the ISS’s costs, and NASA was under such 
political pressure that it admitted it could not guarantee 
that the station will ever be grown beyond the “core 
complete” stage, with long-term living quarters for only 
three astronauts. Three astronauts, however, are not 
enough to tend the scores of experiments for which 
the ISS’s racks have room, so if the ISS is not expanded 
much of the science potential already constructed will 
go to waste. Critics of the ISS argued that continued 
support for the ISS amounted to throwing good money 
after bad; supporters of the ISS counter-argued that 
ISS research is essential for make an eventual trip to 
Mars and that human space-travel projects generate 
valuable technological spinoffs. 


The Columbia disaster of early 2003 has, has 
delayed the progression of ISS by numerous months. 
Although Russian rockets have supplied many of the 
ISS’s needs and ferried astronauts back and forth to it, 
only the space shuttle’s cargo hold is large enough to 
carry many of the components planned for the ISS. 
Another, more urgent factor is that the ISS loses 
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orbital altitude steadily due to friction with the outer 
fringes of the Earth’s atmosphere. Small rockets 
attached to the station regularly restore its altitude. 
The fuel for these rockets has been delivered via space 
shuttle, but after the Columbia disaster, minimum 
needed deliveries of fuel has been provided by the 
Russians until the United States resumed fuel deliv- 
eries in 2006. 


As of 2006, about 80% of the original hardware 
for the ISS will still be added to ISS. Between 2006 and 
2010, 16 shuttle flights by the space shuttle fleet will 
deliver hardware to ISS. Two flights have already 
flown: Discovery (STS-114) launched on July 26, 2005, 
with the External Stowage Platform onboard, and 
Atlantis (STS-115) launched on September 9, 2006 
with the P3/P4 Truss-Solar arrays onboard. STS-121 
(Discovery) also flew on July 4, 2006, but did not send 
any assembly structures to ISS. 


If all goes on schedule, in 2007, the following will 
be delivered to the ISS: Node 2 (built by Italy) to 
provide air, electrical power, water, and other life 
support systems; and Columbus Laboratory Module 
(ESA) to provide science equipment such as the Fluid 
Science Laboratory, Biolab, and European Drawer 
Rack. In 2008: Multipurpose Laboratory Module 
(Russia) to provide Russian science equipment; and 
Japanese Experiment Module (Japan, on three shuttle 
flights) to provide two pressurized sections and one 
exposed facility. In 2009 and 2010: Node 3 and Cupola 
(Italy, may be cancelled) to provide storage space; and 
unpressurized elements to support solar arrays. 


Budget 


It is very difficult to pinpoint an exact figure for 
the cost of ISS because so many countries are contri- 
buting to the project. In addition, the annual U.S./ 
NASA budget for the space shuttle program is not 
included in the cost of ISS, even though much of its 
expense involves serving the space station. However, 
the most quoted figure for all of the participants of the 
ISS, as of 2006, stands at about $100 billion. The ISS 
budget for NASA is listed as $25.6 billion for 1994 
through 2005; $1.7 billion and $1.8 billion for 2005 
and 2006, respectively; and a rising budget from 2007 
to 2010, with an estimated budget in 2010 of $2.3 billion. 
The budget is expected to level off after 2010, with an 
expected end of the project in 2016. 


The future of the ISS is highly dependent on the 
health of the space shuttle fleet. No other country 
except the United States can accomplish all the assem- 
bly flights necessary to complete the station. If NASA 
suffers another disaster or a serious problem with the 
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shuttles, then the completion of the ISS is doubtful at 
best. NASA resumed flights on July 26, 2005, with the 
STS-114 mission of Discovery. The mission was suc- 
cessful; however, foam was again shed from the exter- 
nal tank. NASA officials grounded the fleet until the 
problem was identified and resolved. NASA resumed 
shuttle flights in July 2006. With two successful flights 
to the ISS, NASA is hopeful that the space station can 
be completed by 2010. NASA expects to retire the 
space shuttle fleet in 2010 and replace it with Orion, 
an Apollo-type vehicle that will take humans to the 
moon and Mars beginning in 2015. 


See also Gravity and gravitation; Spacecraft, 
manned. 
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I International Ultraviolet 


Explorer 


The International Ultraviolet Explorer satellite 
(UE) was a joint project of the National Aeronautics 
and Space Administration (NASA), the European 
Space Agency (ESA), and the Planetary Plasma and 
Atmospheric Research Center (PPARC) in the United 
Kingdom. It was originally proposed in 1964 by a 
group of British scientists within the European Space 
Research Organization (ESRO), an organization that 
turned into the ESA. Beyond their technological 
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capabilities, NASA scientist Robert Wilson developed 
the project as Small Astronomy Satellite-D (SAS-D). 


NASA provided the spacecraft, telescope, spec- 
trographs, and one ground observatory facility. ESA 
created the solar panels for powering the craft in orbit, 
and the second ground observatory site. The PPARC 
provided the four spectrographic detectors. In addi- 
tion to controlling the satellite, the ground sites acted 
as typical astronomical observatories, except that 
instead of using telescopes at their locations, their 
direct participation was by a link to a telescope orbit- 
ing far out in space. IUE was the longest lasting and 
most productive orbiting astronomical observatory up 
to its time (it lasted 19 years after initially set for a 
three-year mission). It was also the first orbiting ultra- 
violet observatory available to general users, and the 
first orbiting astronomical observatory in high Earth 
orbit. Because ultraviolet light from space is largely 
absorbed by Earth’s atmosphere, observations by [UE 
provided a whole new range of information not readily 
available from the ground. Only a small number of 
high-altitude observatories on Earth can be used with 
limited effectiveness for ultraviolet studies. 


IUE was launched into geosynchronous orbit on 
January 26, 1978, and remained there until 1996. 
During these nearly 19 years of operation, it sent to 
the Earth 104,470 images of 9,600 astronomical objects, 
ranging from comets in the inner solar system to quasars 
at the edge of the known universe. IUE was the first 
scientific satellite that allowed visiting astronomers to 
make real-time observations of ultraviolet spectra with a 
response time of less than one hour. This ability pro- 
vided great flexibility in scheduling observation targets 
for the satellite. In conjunction with the IUE, simulta- 
neous ground-based observations were performed in 
wavelengths other than ultraviolet in order to provide 
measurements of the same objects over a wide range of 
the electromagnetic spectrum. This provided astrophys- 
icists with a new multi-wavelength method of looking at 
objects. The end result was a vast archive of new and 
more complete information than ever before made avail- 
able to the scientific community worldwide. 


IUE greatly surpassed its expected lifetime and the 
original science goals set for the mission. These included: 


- Obtaining high-resolution spectra of stars of all types 
in order to determine their physical characteristics. 
The IVE extended the range of observations avail- 
able from ground-based observatories into the ultra- 
violet region. 


- Studying streams of gas in and around binary star 
systems, which are difficult to observe from the ground 
or with standard optical telescopes even from space. 
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KEY TERMS 


Geosynchronous orbit—When placed in orbit at an 
altitude of 22,241 mi (35,786 km) above the surface of 
Earth, a satellite orbits Earth once each day. This means it 
remains stationary over a specific location on Earth and 
is said to be synchronized with Earth. Communications 
satellites can be found in geosynchronous (also called 
geostationary) orbit above the equator. 


Gyroscope—A device similar to a top, which main- 
tains rotation about an axis while maintaining a con- 
stant orientation of that axis in space. The child’s toy 
gyroscope is a very simple version of the gyros used 
to provide a frame of reference for guidance and 
attitude control systems in spacecraft. 


- Observing faint stars, galaxies, and quasars at low 
resolution, and comparing these spectra to high- 
resolution spectra of the same objects. 


- Obtaining ultraviolet spectra of planets and comets, 
again extending scientific knowledge by looking at 
them in new ways. Such spectra help determine the 
composition of the atmospheres of planets and gas 
content of comets. 


- Making repeated observations of objects with spec- 
tra that change over time in order to reveal new 
information about them. The long duration of IUE 
allowed several long-term studies to be performed on 
objects in areas never before possible. 


- Studying the changes of observed starlight passing 
through interstellar dust and gas. This can reveal how 
much and what type of gas and dust exists between 
Earth and the objects from which the light originated. 


IVE firsts 


IUE contributed to a number of studies and made 
discoveries that might not have been possible without 
the long-term availability of a successfully working 
satellite. One was the discovery of short-term varia- 
tions in the auroras in the atmosphere of Jupiter 
(which were initially discovered by IUE). Since auro- 
ras are caused by the interaction between the upper 
atmosphere of a planet and particles radiated from the 
sun, and the emission of these particles increases as the 
sun becomes more active, the long life of IUE allowed 
unique studies associating Jovian aurora activity with 
the solar sunspot cycle. IVE was the first instrument to 
provide a systematic study of the distribution of differ- 
ent species of comets in space. The long life of IUE 
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High Earth orbit—The region around Earth above 
500 mi (380 km) from the surface. This is where the 
communications and many other satellites are found. 
For example, the Space Shuttle orbits the Earth in low 
Earth orbit, about 300 mi (460 km) above the surface 
of Earth. 


Magellanic Clouds—Two small irregular galaxies 
that are relatively close to Earth’s own galaxy. They 
can be seen in the sky from low northern and all 
southern latitudes as small fuzzy patches of light. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


also enabled the monitoring of variations in the occur- 
rence of different types of comets, the discovery of new 
material within them, and the classification of comets 
into groups as a function of age. The behavior and 
distribution of stellar particle radiation (stellar winds) 
is now beginning to become clearer, and there is hope 
of understanding the underlying mechanisms driving 
the stellar winds because of the observations per- 
formed with IVE. 


IUE spectra combined with optical observations 
have allowed distances to the Magellanic Clouds, the 
closest galaxies to the Milky Way, to be determined. 
Many other studies within and outside the Milky Way 
galaxy were also conducted adding significant data to 
the science of astrophysics. Volumes of scientific data 
and information have already been published on these 
and many other topics. With the importance of the 
IUE observations and the concurrent development of 
the Internet while the data was being received and 
analyzed, the IUE data archive has become the most 
heavily used astronomical archive in existence. 


Possible future needs were identified during and 
after the IUE mission, which brought about the con- 
cept of creating a World Space Observatory that could 
provide flexible access to space-based observatories 
and observation times for astrophysicists world-wide. 
A working group was formed to further study the 
associated problems and opportunities. 


With all its success, [UE had a few serious prob- 
lems during its very long mission. All of these came 
from the fact that five of the six gyroscopes in its 
attitude control system failed over the years. After the 
fourth one failed in 1985, TUE continued operations 
because of the use of its fine sun sensor as a substitute 
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to controlling the attitude of the spacecraft. Even when 
another gyro was lost in the final year, IUE could still 
be stabilized in three-axes, with only one remaining 
gyroscope, by adding star tracker measurements to 
other guidance parameters. Until October 1995, IUE 
was in continuous operation, controlled 16 hours a day 
from the Goddard Space Flight Center in Greenbelt, 
Maryland, and eight hours from ESA’s Villafranca 
Satellite Tracking Station (VILSPA) west of Madrid, 
Spain. After that, ESA took on the role of redesigning 
control schemes to make it feasible to cover the science 
operations fully controlled from VILSPA. However, 
then, only 16 hours were used for scientific operations, 
with eight hours used for spacecraft housekeeping. [UE 
remained operational until its attitude control fuel was 
deliberately released into space, its batteries drained 
and its transmitter turned off on September 30, 1996. 
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| Internet file transfer and 


tracking 


The Internet allows data, files, and other informa- 
tion to be carried between computers through various 
sets of rules. For instance, electronic mail (e-mail) uses 
the Simple Mail Transfer Protocol (SMTP), the Web 
uses HyperText Transfer Protocol (HTTP), and file 
transfer uses the File Transfer Protocol (FTP). 
However, these transfers are not distinct. For exam- 
ple, files can be transferred within e-mails. 


2336 


Thus, files can be transferred over the Internet 
through e-mail messages and through the use of FTP 
programs. Internet messages (e-mail, instant mes- 
sages, and similar activities) and file transfers leave 
an electronic trail that can be traced, or tracked. 
Tracing (what is also called Internet file tracking and 
profiling) is a process that follows the Internet activity 
backwards, from the recipient to the user. As well, a 
user’s Internet activity on Web sites can also be 
tracked on the recipient site (i.e., what Web sites are 
visited and how often, the activity at a particular site). 


The process of tracking assembles and analyses 
events in order to gain information about patterns of 
activities of the original user. For instance, if a music 
company wants to know where young adults are going 
on the Internet to listen and download music, it could 
track such activities of users. This organization, and 
others, use the profiling of people’s Web browsing 
(looking and searching) and collect the identifies of 
the Web sites visited by their targeted users. The 
profiling does not always identify individual users 
but only general characteristics valuable to the organ- 
ization. Sometimes this tracking and tracing ability is 
used to generate e-mail to the user promoting a prod- 
uct that is related to the sites visited. User information, 
however, can also be gathered covertly. 


“Phishing” is a computer term that is used to 
define people who fraudulently try to acquire personal 
or sensitive information through the Internet, such as 
credit card information, passwords, and user identifi- 
cations. Phishers use such information to defraud their 
victims. They often act as legitimate individuals or 
organizations that are using emails or instant mes- 
sages to correct a problem or resolve an issue that 
requires information be sent back through the 
Internet. With large amount of phishing occurring in 
the 2000s, many countries have enacted legislation, or 
are in the process of enacting legislation, to control 
phishing. Many public-service organizations have 
instituted educational programs to help make the pub- 
lic aware of the problem. 


Techniques of Internet tracking and tracing can 
also enable authorities to pursue and identify those 
responsible for malicious Internet activity. For exam- 
ple, on February 8, 2000, a number of key commercial 
Internet sites such as Yahoo, Ebay, and Amazon were 
jammed with incoming information and rendered 
inoperable. Through tracing and tracking techniques, 
law enforcement authorities established that the attacks 
had arisen from the computer of a 15-year-old boy in 
Montreal, Canada. The youth, whose Internet identity 
was Mafiaboy, was arrested within months of the 
incidents. Now, in the 2000s, Internet tracking by 
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law enforcement officials has gained strength in the 
area of pornography and, especially, in the area of 
pedophilia (the crime of sex against children). In addi- 
tion, the war on terrorism has promoted the use of 
Internet tracking of radical terrorist Web sites. For 
instance, Aaron Weisburd, founder of Internet 
Haganah (Carbondale, Illinois), has turned in hundred 
of Web sites to the United States intelligence commun- 
ity that were perceived fronts for active terrorist cells. 


Law enforcement use of Internet tracking is exten- 
sive. For example, the U.S. Federal Bureau of 
Investigation (FBI) has a tracking program designated 
Carnivore. The software came from a previous FBI 
project called Omnivore, which began in February 
1997. The program is capable of scanning thousands 
of e-mails to identify those that meet the search cri- 
teria. After negative press coverage of Carnivore, the 
FBI changed its name to DCS1000, (Digital Collection 
System 1000). DSC1000 consisted of Carnivore, Packeteer, 
and CoolMiner. However, as of 2005, the FBI had 
terminated its DSC1000, and began using commercial 
software instead. 


Tracking tools 
Cookies 


Cookies (sometimes called HTTP [hypertext 
transfer protocol] cookies or Web cookies) are com- 
puter files that are stored on a user’s computer during 
a visit to a Web site. When the user electronically 
enters the Web site, the host computer automatically 
loads the file(s) to the user’s computer. 


The cookie originated with Netscape Communicat- 
ions in 1994 when Lou Montulli and John Girnnandrea 
wrote the first cookie (what they called magic cookie) to 
check whether visitors to the Netscape Web site were 
repeat or non-repeat visitors. Cookies were first incorpo- 
rated into Microsoft’s Internet Explorer in October 1995 
with the release of version 2. Users were unaware of 
cookies until an article was written about them in the 
February 12, 1996 issue of the Financial Times. The U.S. 
Federal Trade Commission began investigating cookies 
in 1996. 


The cookie is a tracking device, which records the 
electronic movements made by the user at the site, as 
well as identifiers such as a username and password. 
Commercial Web sites make use of cookies to allow a 
user to establish an account on the first visit to the site 
and so to avoid having to enter account information 
(i.e., address, credit card number, financial activity) 
on subsequent visits. User information can also be 
collected unbeknownst to the user, and subsequently 
used for whatever purpose the host intends. 
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Cookies are files, and so can be transferred from 
the host computer to another computer. This can 
occur legally (i.e., selling of a subscriber mailing list) 
or illegally (1.e., hacking into a host computer and 
copying the file). Also, cookies can be acquired as 
part of a law enforcement investigation. Based on a 
survey of 1,555,802 sites, 18.1% of servers were found 
to be sending cookies along with a Web page. 


Stealing a cookie requires knowledge of the file 
name. Unfortunately, this information is not difficult 
to obtain. A survey conducted by a U.S. Internet 
security company in 2002 on 109,212 Web sites that 
used cookies found that almost 55% of them used the 
same cookie name. The user may disable cookies. 
However, this activity calls for programming knowl- 
edge that many users do not have or do not wish to 
acquire. Since then, other surveys have found similar 
results. In 2003, a survey found that of about 1.6 million 
Web sites, over 18% of servers were found to be send- 
ing cookies with Web pages. Three years later, of 
about 1.1 million Web sites, nearly 25% of the servers 
were sending cookies along with a Web page. 


Bugs or beacons 


A bug or a beacon is an image that can be installed 
on a Web page or in an e-mail. Unlike cookies, bugs 
cannot be disabled. They can be prominent or surrep- 
titious. As examples of the latter, graphics that are 
transparent to the user can be present, as can graphics 
that are only 1 x1 pixels in size (corresponding to a dot 
on a computer monitor). When a user clicks onto the 
graphic in an attempt to view, or even to close the 
image, information is relayed to the host computer. 


Information that can be gathered by bugs or bea- 
cons includes: 


- User’s IP address (the Internet address of the 
computer), 


- E-mail address of the user, 


- User computer’s operating system (which can be 
used to target viruses to specific operating systems), 


« URL (Uniform Record Locator), or address, of the 
Web page that the user was visiting when the bug or 
beacon was activated, and 


- Browser that was used (i.e., Netscape, Explorer). 


When used as a marketing tool or means for an 
entrepreneur to acquire information about the con- 
sumer, bugs or beacons can be merely an annoyance. 
However, the acquisition of IP addresses and other user 
information can be used maliciously. For example, 
information on active e-mail addresses can be used to 
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send spam e-mail or virus-laden e-mail to the user. And, 
like cookies, the information provided by the bug or 
beacon can be useful to law enforcement officers who 
are tracking down the source of an Internet intrusion. 


Active X, JavaScript 


These computer-scripting languages are auto- 
matically activated when a site is visited. The mini- 
programs can operate within the larger program, to 
create the pop-up advertiser windows that appear with 
increasing frequency on Web sites. When the pop-up 
graphic is visited, user information such as described 
in the above sections can be gathered. 


Tracing e-mail 


E-mail transmissions have several features that 
make it possible to trace their passage from the sender 
to the recipient computers. For example, every e-mail 
contains a section of information that is dubbed the 
header. Information concerning the origin time, date, 
and location of the message is present, as is the 
Internet address (IP) of the sender’s computer. 


If an alias has been used to send the message, the 
IP number can be used to trace the true origin of the 
transmission. When the originating computer is that 
of a personally owned computer, this tracing can often 
lead directly to the sender. However, if the sending 
computer serves a large community—such as a uni- 
versity, and through which malicious transmissions 
are often routed—then identifying the sender can 
remain daunting. 


Depending on the e-mail program in use, even a 
communal facility can have information concerning 
the account of the sender. 


The information in the header also details the 
route that the message took from the sending com- 
puter to the recipient computer. This can be useful in 
unearthing the identity of the sender. For example, in 
the case of Mafiaboy, examination of the transmis- 
sions led to a computer at the University of California 
at Santa Barbara that had been commandeered for the 
prank. Examination of the log files allowed authorities 
to trace the transmission path back to the sender’s 
personal computer. 


Chat rooms are electronic forums where users can 
visit and exchange views and opinions about a variety 
of issues. By piecing together the electronic transcripts 
of the chat room conversations enforcement officers 
can track down the source of malicious activity. 


Returning to the example of Mafiaboy, enforce- 
ment officers were able to find transmissions at certain 
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chat rooms where the upcoming malicious activity was 
described. The source of the transmissions was deter- 
mined to by the youth’s personal computer. Matching 
the times of the chat room transmissions to the mali- 
cious events provided strong evidence of the youth’s 
involvement. 


While Internet tracking serves a useful purpose in 
law enforcement, its commercial use is increasingly 
being examined from the standpoint of personal pri- 
vacy. The 1984 Cable Act in the United States permits 
the collection of such information if the information is 
deemed to aid future commercial developments. User 
consent is required. However, the information that is 
capable of being collected can exceed that needed for 
commerce. 


Countermeasures 


Several countermeasures are offered to protect 
oneself from Internet tracking measures. A firewall is 
a software system that permits only approved infor- 
mation into a computer. In essence, it blocks access to 
traffic that is suspicious on the Internet. Anti-virus 
programs are programs that protect against such 
things as viruses, Trojan horses, and worms. Anti- 
spyware is a program that specifically eliminates spy- 
ware (programs that collect personal information) 
from running on a computer. 


In the United States, the federal government has set 
up Internet security (cyber-security) directives within 
several branches of the government in order to regulate, 
safeguard, and control computer systems and informa- 
tion technology. Two of these acts passed by the U.S. 
Congress are the 1999 Gramm-Leach-Bliley Act and 
the 2002 Homeland Security Act. Within the Homeland 
Security Act, the Federal Information Security 
Management Act helps to strengthen computer and 
network security within the federal government and 
its contractors. However, as of 2005, most government 
agencies are ill prepared for cyber-security, as stated by 
watchdog organizations who track the status of such 
governmental organizations. 


See also Computer languages; Computer mem- 
ory, physical and virtual memory; Computer software; 
Computer, analog; Computer, digital; Internet and 
the World Wide Web. 
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l Internet search engine 


An Internet search engine is a service that searches 
the Internet for specific items, following search terms 
specified by a user. The items retrieved may be texts, 
images, audio files, or video files. The leading Internet 
search engines, in decreasing order of United States 
usage share as of May 2006, were: Google (47%), 
Yahoo! (16%), and MSN Search (11%). 


There are three basic stages to the functioning of 
an Internet search engine. First, the provider of the 
service must systematically visit as many of the Web 
pages on the Internet as possible—preferably all of 
them. Since millions of new Web pages appear daily, 
this effort to traverse the whole Web, called “crawling 
the Web,” is an ongoing process. Crawling is not done 
by human beings but by a software device known as a 
spider or Web crawler that follows every link that 
appears on every Web page. No search engine actually 
visits more than about a fifth of all pages on the 
publicly available Web. (Many pages are available 
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only when a query has been submitted to a database: 
no direct link to such a page appears on any Web page, 
making it difficult for a crawler to discover.) 


Second, the search engine provider must index the 
pages visited. All text appearing on the Web page 
being crawled is downloaded to the computers of the 
service provider. On the order of hundreds of tera- 
bytes (trillions of bytes) is required to store the text 
available on the Internet, but storage is so cheap today 
that this is not an overwhelming cost factor, even with 
backup. Text is analyzed to determine whether it 
belongs to a file name, Web link, readable text, or 
other category. 


Third, the index must be searched when a user 
submits search terms. This stage is where the methods 
used by search engine providers become especially 
complex. There may be millions or billions of hits for 
some words, but most users do not have the time to 
scan more than a few dozen hits. Therefore, rules must 
be devised to display the links that are most likely to be 
of interest to a user at the top of the results list. New 
rules are continually being devised to rank results 
according to relevance. 


When results have been displayed in a Web 
browser window on the user’s computer screen, the 
user chooses a result link to click on, and their Web 
browser takes them to the page—f it is still available. 
Web links are continually becoming unavailable or 
being relocated, a phenomenon called “link rot.” 
Adapting to link rot is another task continually pur- 
sued by the automated systems of the search engine 
provider. 


The first Internet search engine, Wandex, appeared 
soon after the appearance of the World Wide Web 
itself in 1993. Over two dozen search engines have 
appeared since, but not all have remained available. 
Google was launched in 1998 and Yahoo! Search 
and MSN Search in 2004. Without Internet search 
engines, the World Wide Web would be comparatively 
useless. 


Users do not pay fees to access Internet search 
engines. The costs of the companies supplying the 
service are supported by advertising. This includes 
sidebar placement or top-of-list placement of links to 
companies whose sites are relevant to a given Internet 
search. For example, a sport equipment manufacturer 
might pay to have their website listed first when a user 
searches for the term “sneakers.” 


Because search engines are so key to accessing 
the content of the Web, some governments censor 
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The logo and search page of the multi-facetted internet giant Google is displayed on a computer screen. (Scott Barbour/Getty 


Images.) 


search-engine results. For example, German and 
French law forbids anti-Semitic, Nazi, and White 
Supremacist speech, and in compliance, Google does 
not show users in these countries results for a number 
of such Web sites. In the United States, the First 
Amendment to the Constitution protects all political 
speech, including offensive speech such as is found on 
these Web sites, so Google results are not censored for 
U.S. users. In contrast, the Chinese government is one 
of the most severe censors of the Internet in the world, 
and Google’s China branch (operative since January, 
2006) censors thousands of search terms in compliance 
with the Chinese government’s censorship policies. 
For example, a Google search for the phrase 
“Tiananmen Square” performed by a U.S. user brings 
up thousands of references to the Chinese govern- 
ment’s massacre of pro-democracy demonstrators in 
Tiananmen Square in Beijing, China in 1989, while a 
user in China will not be shown these links. Instead, 
the Chinese user is shown a notice that content has 
been blocked. 


Larry Gilman 
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l Internet and the World 


Wide Web 


Overview of the Internet 


The Internet is global computer-based information 
system that is based on thousands of data networks 
scattered throughout the world. The networks may 
link hundreds, thousands, or millions of computers, 
allowing them to share information with one another 
and to share computational resources at businesses, 
universities, Internet service providers, governments, 
and other such organizations. Besides computer hard- 
ware, the Internet is also composed of software, cell 
phones, cameras, satellites, television monitors, robotic 
devices, and a wide array of other components. 
Whatever can be connected so that it can access the 
Internet is considered part of the Internet. 


The Internet was created in 1983 as a product of 
academic and scientific communications. Universities 
and other academic institutions formed a network to 
connect their internal networks to a larger system, and 
these communications were built on standards or 
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protocols for addressing systems and for exchanging 
data. Called the Transmission Control Protocol/ 
Internet Protocol (TCP/IP), these included the word 
Internet that came to identify the huge, global network 
in use today. 


By linking their communications, the original 
users of the Internet were able to exchange electronic 
mail (now known as e-mail), use file transfer protocol 
(ftp) to exchange data, obtain access via telephone 
lines to computers at other locations (through telnet), 
and to converse using newsgroups and bulletin 
boards. By the 1990s, the Internet was the common 
bond among millions of computers. 


Internet history 


The Internet did have a parent in a program called 
ARPANET, the Advanced Research Projects Agency 
Network. The United States Department of Defense 
developed ARPANET in 1969, from a directive given 
by President Dwight Eisenhower, as a network for 
organizations involved in defense research and as a 
secure communications system that would also survive 
attack. The first connection of the ARPANET was 
between the University of California at Los Angeles 
(UCLA) and Stanford Research Institute (SRI). One 
of the characteristics of ARPANET was that its data 
were transmitted in so-called packets that were small 
parts of the longer messages the computers were 
exchanging. By segmenting the data and sending it 
by packet-switching, fewer problems in data transfer 
occurred. The system also had fault tolerance, which 
meant that communication errors could happen with- 
out shutting down the whole system. 


When researchers began extending ARPANET into 
other applications, the National Science Foundation 
(NSF) adapted ARPANET’s TCP/IP protocols to its 
own NSFNET network with many potential layers and 
the ability to carry far more communications. In fact, 
many other education and research organizations 
formed other networks in the 1980s; the Computer + 
Science Network (CSNET), the National Aeronautics 
and Space Administration (NASA), and the Department 
of Education (DOE) were among these. The need to 
make these networks a seamless operation was addressed 
when the National Research and Education Network 
(NREN) was formed, and it smoothed operations to 
make the Internet the network of all networks. By 
1990, ARPANET ceased to exist because it had been 
fully replaced by the Internet. 


While government and academic entities were 
developing networks that eventually combined under 
the infrastructure of the Internet, some businesses 
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created successful networks of their own. Perhaps the 
most famous of these was Ethernet, a creation of Xerox 
Corporation that, in 1974, enabled all the machines in 
a single location to communicate with each other. 
In 1991, the Commercial Internet Exchange, or CIX, 
was formed by businesses with their own large net- 
works. CIX is a high-speed interconnection point that 
allowed the member networks to exchange information 
for commercial purposes. CIX was largely independent 
of the NSFNET. Today, the Internet seems like one 
massive entity, and these separate networks are not 
easily distinguished in the global workings of the 
Internet. 


The NSF remains actively involved in the opera- 
tions and future of the Internet as one of several 
organizations that administers the Internet. The 
Internet Network Information Center (InterNIC) 
and the Internet Architecture Board (IAB) name net- 
works and computers and resolve conflicts. Other 
organizations develop and administer protocols and 
engineer the complex interrelationships of networks. 


While the Internet was evolving, need arose for 
methods for independent computer users to access the 
Internet. Within businesses, educational institutions, 
and government organizations, the Internet is accessed 
through a LAN, or Local Area Network, that pro- 
vides service to all the employees of a company, for 
example, and is also a stepping-off point for Internet 
access. Independent users contract with commercial 
access providers to obtain Internet access. The com- 
mercial access providers are hosts to the Internet. They 
include America Online (AOL), Compuserve, Netcom, 
Verizon, AT&T, and many other nationwide and local 
providers. 


Internet communications use a number of other 
technologies. Services are transmitted by telephone, 
television cables, satellites, fiber optics, and radio. 
Cable television wires and fiber optic telephone wires 
are steadily becoming more popular especially among 
users who want high-speed Internet services termed 
broadband services. Most consumers use modems 
(devices that translate electrical signals to sound sig- 
nals and back) as the means of accessing the Internet 
through telephone lines. Special cable modems have 
speeds of 3 to 30 Megabits per second (Mbps) or more 
(a bit is a basic unit of computer information, and 
mega means million) per second. Telephone compa- 
nies also provide Digital Subscriber Line services that 
use a wider range of frequencies over regular telephone 
lines and can transmit data at 8 million bps (Mbps) or 
more. 
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Internet and the World Wide Web 


Evolution of the World Wide Web 


In 1990, British physicist and computer scientist 
Sir Timothy John (Tim) Berners-Lee (1955—) and 
other scientists at the international organization called 
CERN (European Center for Nuclear Research) in 
Geneva, Switzerland, developed a computer protocol 
called the HyperText Transfer Protocol (HTTP) that 
became the standard communications language 
between Internet clients and servers. Exchanges of 
information on the Internet take place between a 
server (a computer program that both stores informa- 
tion and transmits it from one computer to another) 
and a client (also a computer program but one that 
requests those transmittals of documents from the 
server). The client is not a person; the person giving 
instructions to the client is called a user. The first Web 
server in the United States was the Stanford Linear 
Accelerator Center (SLAC) in Palo Alto, California. 
To be able to look at retrieved documents, the user’s 
computer is equipped with browser software. The pro- 
grammers at CERN also developed a text-based Web 
browser that was made public in 1992; they also pro- 
posed the name World Wide Web for their system. 


Documents that comply with the HTTP protocol 
are called hypertext documents and are written in 
HyperText Markup Language (HTML), which includes 
both text and links. Links are formally called hyper- 
media links or hyperlinks that connect related pieces 
of information through electronic connections. 
Through links, users can access arrays of documents 
identified by these shared links. Documents consisting 
of text are identified through hypertext; and other 
kinds of information like photos and other images, 
sounds, and video are identified as hypermedia. Users 
find and access hypertext or hypermedia through 
addresses called Uniform Resource Locators or URLs. 
URLs often contain the letters http, www, and html 
(or htm) showing that, within the HTTP rules, they 
want to access the World Wide Web by speaking 
in HTML. 


Most Web pages use HTML, however, lately 
Extensible Markup Language (XML) is becoming 
popular for business use. It allows a particular com- 
pany to customize its Web presence, rather than to use 
the predetermined language of HTML. Others lan- 
guages are also becoming more popular in use. The 
Wireless Markup Language (WML) is used for small 
wireless devices such as cell phones and personal dig- 
ital assistants (PDAs). ECMA Script (or, JavaScript) 
is being used as a scripting language. In the future, 
Content Distribution Network (CDN), or mirroring, 
will gain popularity as Internet users demand faster 
response times. CDN allows multiple sites to contain 
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the same information so the user can access the site 
that can provide the information the fastest. This abil- 
ity is especially important when companies expect an 
exceptionally large volume at their Web site. 


Web browsers 


The World Wide Web helped new users to explore 
the Internet and became known as the Web or www. 
The World Wide Web is a graphical map for the 
Internet that is simple to understand and helps the 
user navigate around Internet sites; without the Web, 
the Internet would have remained a mystery to those 
without computer training. Web browsers have made 
the huge blossoming of use of the Web possible. 
Following CERN’s pioneering work, the National 
Center for Supercomputing Applications at the 
University of Illinois (Urbana-Champaign) developed 
Mosaic, a web browser that adapted the graphics, 
familiar icons (picture symbols), and point-and-click 
methods which were available on personal computers 
in 1993 to the Web. In 1994, Marc Andreesen (1971-), 
originally from Cedar Falls, Iowa, one of Mosaic’s 
creators, helped form the Netscape Communications 
Corporation and devised Netscape Navigator, a 
highly successful Web browser that gave users com- 
fortable access to the Web by using a mouse to click on 
familiar picture icons and search for information 
through links. These easy steps eliminate the need for 
the average user to understand computer languages 
and programming. 


The cyberspace explosion 


In two years, from 1993 to 1995, the World Wide 
Web exploded from an unknown entity to one that 
pervades every aspect of life: access to libraries around 
the world, recipes and coupons for tonight’s dinner, 
medical advice, details on how to build a space shuttle, 
and shopping for everything from music to mortgages. 
By 1997, 47 million Americans had attempted to 
access the Internet, prompting high-tech executives 
to classify the Internet as “mass media.” By 2005, it 
is estimated that there were about 197,800 million 
users of the Internet in the United States—about 
two-thirds the population of the United States. The 
top five users of the Internet in the world, as of 2005, 
were: the United States (approximately 197,800,000 
people; 18.3% of total world usage), China 
(119,500,000; 11.1%), Japan (86,300,000; 8.0%), 
India (50,600,000; 4.7%, and Germany (46,300,000; 
4.3%). 


Colleges are using the Internet to market their 
facilities, recruit students, and solicit funds from 
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alumni. In 2003, the Internet search engine Yahoo! 
reviewed 4,000 campuses and identified the top 
100 schools as the most wired with access to library 
catalogs, access to the Web for students, computer 
connections available to every dormitory resident, 
and a range of other services. Forbes magazine did a 
similar review in 2006 and found that Atlanta, Georgia, 
is the most wired city in the United States, followed by 
Orlando, Florida; Seattle, Washington; and San 
Francisco, California, in that order. Programs for 
younger students sponsored by the NSF (National 
Science Foundation) and NASA let grade school chil- 
dren go on “electronic field trips” through closed-cir- 
cuit television broadcasts from the planet Mars, the 
South Pole of Earth, and other places far beyond the 
classroom. The New York Times newspaper reported 
that the average Internet user spent about three hours 
per day using the Internet (as compared to 1.7 hours for 
television watching), with most of the time spend email- 
ing, web browsing, and instant messaging. 


Blogs 


A blog (which is a contraction of Web log) is an 
Internet website where personal thoughts and opin- 
ions are made in journal style writings and displayed in 
reverse chronological order. Blogs are often compared 
to a mixture of a person’s personal diary and a guide- 
book. They provide commentary or news on a partic- 
ular subject such as politics, local community news, 
business features, and sports figures or events. Blogs 
report political news. Some blogs are personal diaries 
of people going through (for example) cancer treat- 
ments, divorces, or other similar problems within their 
lives, and of highlights in their lives such as marriages 
and pregnancies. Some blogs contain photographs, 
audios, and videos, but many are simply text mes- 
sages. Before blogs became popular on the Internet, 
people used bulletin boards, email lists, and other 
means to communicate with friends and strangers. 


According to the Pew Internet and American Life 
Project (Pew Charitable Trusts), a poll taken between 
January and March 2005 reports that 9% of Internet 
users say they have created a blog and 25% of Internet 
users say they have read blogs. 


The blog was first used by Jorn Barger (1953-), 
from Ohio, on December 17, 1997 when—after invent- 
ing the word weblog to describe the act of logging 
information on the Web—he altered the word weblog 
to “we blog” within his own blog site. The word blog 
caught on, and it began to circulate throughout the 
Web. Blogging was around before the 1990s but 
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KEY TERMS 


Cyberspace—The computer universe including soft- 
ware and data. 


Hypermedia, hypermedia links, or hyperlinks— 
Computer sound, video and images that comply 
with HyperText Transfer Protocol (HTTP). 


Hypertext—Computer text documents complying 
with HyperText Transfer Protocol (HTTP). 


Internet—The huge network connecting all other 
networks. 


Links—The electronic connections between pieces 
of information. 


Local Area Network (LAN)—The private network 
used within a company or other organization. 


Modem—A device that modulates electrical com- 
puter signals from the sender into telephone tones 
and demodulates them back to computer signals at 
the receiver's end. 


Network—A system made up of lines or paths for 
data flow and nodes where the lines intersect and 
the data flows into different lines. 


Packets—Small batches of data that computers 
exchange. 


Protocols—Rules or standards for operations and 
behavior. 


Web browser—Software that allows the user to 
access the World Wide Web and the Internet and 
to read and search for information. 


became more popular when automated publishing 
services (such as Blogger, Radio, and Microsoft 
Network [MSN] Spaces) offered blogging services. 
At that time, around 1999, the activity of blog sites 
became very popular. Open Diary, considered the first 
blog community, opened in October 1999. Other blog 
sites opened in that year included LiveJournal, 
Pitas.com, and Diaryland. Evans Williams and Meg 
Houriban started blogger.com in August 1999, which 
was later bought by Google in 2003. 


There are different types of blogs. Business blogs 
are used for the express purpose of companies, either 
internally for their employees or externally for such 
areas as marketing, customer/investor communica- 
tions, and advertising. Video blogs rely only on videos 
to relay their messages, while photo blogs only use 
photographs. Many blogs cover only specific topics 
such as politics, news, travel, and entertainment. Some 
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Interstellar matter 


blogs are typecast as to the digital device used to create 
them: whether it be a cell phone, PDA, laptop, or other 
similar device. 


Since 2004, many blogs have complimented the 
established news media with their coverage of news 
events. News services often now have their own blogs 
to add to their news coverage. Many politicians 
use blogs to discuss issues with their constituents. 
The United States Democratic and Republican parties 
both acknowledged the usefulness of bloggers during 
their political campaigns and conventions in 2004. 


Internet2 is a consortium of hundreds of univer- 
sities, laboratories, corporations, and government 
organizations tied together with high-speed networks 
linked by fiber optic backbones. They have joined 
together to help organize the many emerging technolo- 
gies that are shaping the Internet for the future. 
The University Corporation for Advanced Internet 
Development (UCAID) created it in 1996. Members 
of the UCAID hope to create, develop, coordinate, and 
manage new applications that can be used as comple- 
ments to the existing Internet applications and infra- 
structures for the use and betterment of all of society. 
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| Interstellar matter 


The constellation of Orion, the hunter, is most 
easily visible on a clear winter night. A row of three 
stars makes up his belt. Hanging from his belt is his 
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sword, a smaller row of three fainter stars. Looking at 
the center star in the sword with a pair of binoculars or 
a small telescope, small fuzzy patch of interstellar gas 
and dust is visible, called the Orion Nebula. Space is 
not empty. The matter in the space between the stars is 
called interstellar matter or the interstellar medium. 
The interstellar medium consists of atoms, ions, and 
molecules of gas and dust grains. It is both concen- 
trated into clouds and spread out between stars and 
the clouds. The interstellar medium is tenuous enough 
to qualify as a vacuum on Earth, but it plays a crucial 
role in the evolution of the galaxy. Stars are born out 
of the interstellar medium, and when stars die they 
recycle some of their material back into the interstellar 
medium. 


Components of the interstellar medium 


The interstellar medium can be broadly classified 
into gas and dust components. The average density of 
the interstellar gas is roughly one hydrogen atom per 
cubic centimeter. This density can however vary con- 
siderably for different components of the interstellar 
gas. The components of the interstellar gas include: 
cold atomic gas clouds, warm atomic gas, the coronal 
gas, HII regions (a volume of space where hydrogen 
[H] is in an ionized state rather than in its usual neutral 
state), and molecular clouds. Most of the atoms in 
space are hydrogen, about 90%. The remaining 
atoms are helium, at 9%, and all the other elements 
making up the other 1%. 


Gas 


The cold atomic gas clouds consist primarily of 
neutral hydrogen atoms. Astronomers refer to neutral 
hydrogen atoms as HI, so these clouds are also called 
HI regions. These gas clouds have densities from 10 to 
50 atoms per cubic centimeter and temperatures about 
50 to 100K (-369.4 to -279.4°F [-223 to -173°C]). They 
can be as large as 30 light-years in diameter (one light- 
year is the distance in vacuum that light travels in one 
year) and contain roughly 1,000 times the mass of the 
sun. 


The warm atomic gas is much more diffuse than 
the cold atomic gas. Its density only averages one atom 
per ten or more cubic centimeters. The temperature is 
much warmer and can range from 3,000 to 6,000K 
(4,940.6 to 10,340.6°F [2,727 to 5,727°C]). Like the 
cold atomic clouds, the warm atomic gas is primarily 
neutral hydrogen. For both the warm and cold atomic 
gas, 90% of the atoms are hydrogen, but other types of 
atoms are mixed in at their normal cosmic abundan- 
ces. The atomic gas accounts for roughly half the mass 
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and volume of the interstellar medium. The warm 
diffuse gas is spread out between the clumps of the 
cold gas clouds. 


The coronal gas is named for its similarity to the 
sun’s corona, which is the outermost layer of the sun. 
The coronal gas like the sun’s corona is both very hot 
and diffuse. The average temperature and density of 
the coronal gas are roughly 1,799,541°F (99,727°C) 
and one atom per 1,000 cubic centimeter, respectively. 
The coronal gas is most likely heated by supernova 
explosions in the galaxy. Because the temperature is so 
high, the hydrogen atoms are ionized, meaning that 
the electrons have escaped from the nuclei. 


Astronomers often call ionized hydrogen HII, so 
HII regions are clouds of ionized hydrogen. HII 
regions have temperatures of roughly 17,541°F 
(9,727°C) and densities of a few thousand atoms per 
cubic centimeter. These HII regions are generally asso- 
ciated with regions of star formation. Newly formed 
stars are still surrounded by the clouds of gas and dust 
out of which they were formed. The hottest and most 
massive stars emit significant amounts of ultraviolet 
light that has enough energy to eject the electrons from 
the hydrogen atoms. An ionized HII region forms 
around these stars. Like the other atomic clouds, 
90% of the atoms in HII regions are hydrogen, but 
other types of atoms are also present. These other 
types of atoms also become ionized to varying degrees. 


The ionized atoms emit visible light so many HII 
regions can be seen in small telescopes and are quite 
beautiful. The Orion Nebula, for example, is the clos- 
est example of a glowing HII region that is heated by 
newly formed stars. These HII regions are also called 
emission nebulae. Molecular clouds are also associ- 
ated with star formation. Giant molecular clouds 
have temperatures below -369.4°F (-223°C), but can 
contain several thousand molecules per cubic centi- 
meter. They can also be quite large. They range up to 
100 light-years in size and typically contain 100,000 
times the mass of the sun. These clouds appear dark 
because they block the light from stars behind them. 
The most massive contain as much as 10 million times 
the mass of the sun. Roughly half the mass of the 
interstellar medium is found in molecular clouds. 
Like the atomic gas, most of the molecules are hydro- 
gen molecules, but hydrogen molecules are difficult to 
detect. Molecular clouds are therefore most com- 
monly mapped out as carbon monoxide (CO) clouds 
because the CO molecule is easy to detect using a radio 
telescope. 


So far more than 80 different types of molecules 
have been found in molecular clouds, including some 
moderately complex organic molecules. The most 
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common molecules are the simplest ones, containing 
only two atoms. These include molecular hydrogen 
(H2), some carbon monoxide (CO), the hydroxyl rad- 
ical (OH), and carbon sulfide (CS), followed by the 
most common three-atom molecule, water (HO). More 
complex species are relatively rare. However, mole- 
cules having as many as 13 atoms have been identified, 
and even larger species are suspected. 


How can all these molecules form in interstellar 
space? For molecules to form atoms have to get close 
together. In even the densest interstellar clouds the 
atoms are too spread out. How can they get close? 
The details are poorly understood, but astronomers 
think that dust grains play a crucial role in interstellar 
chemistry, particularly for such important species as 
molecular hydrogen. The atoms on the surface of the 
dust grains can get close enough to form molecules. 
Once the molecules form, they do not stick to the dust 
grains as well as atoms so they escape the surface of the 
dust grain. 


Dust 


In addition to gas, the other major component of 
interstellar matter is dust. Dust grains permeate the 
entire interstellar medium, in clouds and between 
them. Interstellar dust grains are usually less than a 
millionth of a meter in radius. Their compositions are 
not well known, but likely compositions include sili- 
cates, ices, carbon, and iron. The silicates are similar in 
composition to the silicate rocks found on the moon 
and in Earth’s mantle. The ices can include carbon 
dioxide, methane, and ammonia ice as well as water 
ice. Astronomers think that a typical grain composi- 
tion is a silicate core with an icy mantle, but pure 
carbon grains may be present as well. 


Dust exists in diffuse form throughout the inter- 
stellar medium. In this diffuse form, each dust grain 
typically occupies the volume of a cube the length of a 
football field on each side (one million cubic meters). 
Astronomers detect this diffuse interstellar dust by the 
extinction and reddening of starlight. The dust grains 
block starlight, creating extinction, and they, also, 
preferentially block blue light over red light, causing 
reddening. Stars therefore appear redder in color than 
they otherwise would appear. This extinction and red- 
dening is similar to the effect that makes sunsets red, 
especially over a smoggy city. 


Astronomers can see dust grains more directly in 
dense regions, that is, in interstellar clouds. Two types 
of clouds showing the effects of dust are dark clouds 
and reflection nebulae. Astronomers see dark clouds 
by their effect on background stars. They block the 


2345 


49}}OW 1L]}9}S19}U| 


Interstellar matter 


light from stars behind the cloud, so a region of the sky 
is seen with very few stars. Reflection nebulae are dust 
clouds located near a star or stars. They shine with 
reflected light from the nearby stars, and are blue in 
color because the grains selectively reflect blue light. 


Significance of the interstellar medium 


Neutral hydrogen atoms in the interstellar medium 
emit radio waves at a wavelength of 8 in (21 cm). 
Studies of this 8-in (21-cm) emission are not just 
important for studying the interstellar medium. 
Mapping the distribution of this interstellar hydrogen 
has revealed to scientists the spiral structure of the 
Milky Way galaxy. It has also revealed that about 
3% of the Milky Way galaxy is interstellar gas and 
1% is interstellar dust. 


The interstellar medium is intimately intertwined 
with the stars. Stars are formed from the collapse of 
gas and dust in molecular clouds. The leftover gas 
around newly formed massive stars forms the HII 
regions. At various times stars return material to the 
interstellar medium. This recycling can be gentle in the 
form of stellar winds, or it can be as violent as a 
supernova explosion. The supernovas are a particu- 
larly important form of recycling in the interstellar 
medium. The material recycled by supernovas is 
enriched in heavy elements produced by nuclear fusion 
in the star and in the supernova itself. With time the 
amount of heavy elements in the composition of the 
interstellar medium and of stars formed from the 
interstellar medium slowly increases. The interstellar 
medium therefore plays an important role in the chem- 
ical evolution of the galaxy. 


Dark matter is interstellar material in the universe 
that is non-luminous—that is, material that does not 
emit or reflect light and that is therefore invisible. 
Everything seen when looking through a telescope is 
visible because it is either emitting or reflecting light; 
stars, nebulae, and galaxies are examples of luminous 
objects. However, luminous matter appears to make 
up only a small fraction of all the matter in the uni- 
verse, perhaps only a few percent. The rest of the 
matter is cold, dark, and hidden from direct view. 


The identity of the universe’s dark matter remains a 
subject of dispute among physicists. Dark matter is 
known to exist thanks to observations with NASA’s 
Chandra X-ray Observatory, along with the Hubble 
Space Telescope, the European Southern Observatory’s 
Very Large Telescope and the Magellan optical tele- 
scopes. However, astronomers do not know what 
makes up dark matter. Most proposals include dark 
matter as part of interstellar matter. For example, 
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KEY TERMS 


Dark cloud—A cloud of dust that block light from 
stars behind it. 


HI region—A cloud of neutral hydrogen. 
HII region—A cloud of ionized hydrogen. 
Interstellar medium—The matter between the stars. 


lon—An atom that has lost or gained one or more 
electrons. In astronomy it will virtually always have 
lost electrons. 


Molecular cloud—An interstellar cloud of molecules. 
Nebula—An interstellar cloud of gas and/or dust. 


Reflection nebula—A cloud of dust that glows from 
reflected starlight. 


subatomic particles known as neutrinos pervade the 
universe in very great numbers. In 1998, they were 
proven by astronomers to have a small mass, ending 
a decades-long dispute among physicists about 
whether they are without mass (massless). It is now 
thought that each neutrino’s mass is so small that 
neutrinos can account for at most a fifth of the dark 
matter in the universe. However, other research shows 
that particles of some unknown kind, generically 
termed wimps (weakly-interacting massive particles), 
may permeate the space around galaxies. They may be 
held together in clouds by gravity. Whatever ever 
makes up dark matter is still up for debate. 


Dark matter has long been thought to play a 
crucial role in determining the fate of the universe. 
The most widely accepted theory regarding the origin 
and evolution of the universe is the big bang theory, 
which provides an elegant explanation for the well- 
documented expansion of the universe. One question 
is whether the universe will expand forever, propelled 
by the force of the big bang, or eventually stop 
expanding and begin to contract under its own gravity, 
much as a ball thrown up into the air eventually turns 
around and descends. The deciding factor is the 
amount of mass in the universe: the more mass, then 
the more overall gravity. From about 1995 to the 
present, strong scientific evidence shows that the 
expansion of the universe, far from slowing down, is 
accelerating. If this result is confirmed, which it has 
not been as of October 2006, then the fate of the 
universe is at last definitely known: it will expand for- 
ever, becoming darker, colder, and more diffuse. 


To account for the observed acceleration, physi- 
cists have postulated a dark energy, still mysterious in 
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origin, that pervades the universe and actually helps to 
push things apart rather than keep them together. 
Since energy (even dark energy) and matter are inter- 
changeable, some of the universe’s dark matter may 
thus turn out to be not matter at all, but energy. 


See also Stellar evolution. 
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| Interval 


An interval is a set containing all the real numbers 
located between any two specific real numbers on the 
number line. It is a property of the set of real numbers 
that between any two real numbers, there are infinitely 
many more. Thus, an interval is an infinite set. An 
interval may contain its endpoints, in which case it is 
called a closed interval. If it does not contain its end- 
points, it is an open interval. Intervals that include one 
or the other of, but not both, endpoints are referred to 
as half-open or half-closed. 


Notation 


An interval can be shown using set notation. For 
instance, the interval that includes all the numbers 
between 0 and 1, including both endpoints, is written 
0 <x < 1, and read “the set of all x such that 0 is less 
than or equal to x and x is less than or equal to 1.” The 
same interval with the endpoints excluded is written 
0 <x < 1, where the less than symbol (<) has replaced 
the less than or equal to symbol (<). Replacing only 
one or the other of the less than or equal to signs 
designates a half-open interval, such as 0 < x < 1, 
which includes the endpoint 0 but not 1. A shorthand 
notation, specifying only the endpoints, is also used to 
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KEY TERMS 


Continuous—The property of a function that 
expresses the notion that it is unbroken in the 
sense that no points are missing from its graph and 
no sudden jumps occur in its graph. 


designate intervals. In this notation, a square bracket 
is used to denote an included endpoint and a paren- 
thesis is used to denote an excluded endpoint. For 
example, the closed interval 0 < x < 1 is written [0,1], 
while the open interval 0 < x < 1 is written (0,1). 
Appropriate combinations indicate half-open inter- 
vals such as [0,1) corresponding to0 <x <1. 


An interval may be extremely large, in that one of 
its endpoints may be designated as being infinitely 
large. For instance, the set of numbers greater than 1 
may be referred to as the interval 1 < x < oo, or simply 
(1,00). Notice that when an endpoint is infinite, the 
interval is assumed to be open on that end. For exam- 
ple the half-open interval corresponding to the non- 
negative real numbers is [0,o0), and the half-open 
interval corresponding to the nonpositive real num- 
bers is (-co,0]. 


Applications 


There are a number of places where the concept of 
interval is useful. The solution to an inequality in one 
variable is usually one or more intervals. For example, 
the solution to 3x + 4 < 10 is the interval (-co,2]. 


The interval concept is also useful in calculus. For 
instance, when a function is said to be continuous on 
an interval [a,b], it means that the graph of the func- 
tion is unbroken, no points are missing, and no sudden 
jumps occur anywhere between x = a and x = b. The 
concept of interval is also useful in understanding and 
evaluating integrals. An integral is the area under a 
curve or graph ofa function. An area must be bounded 
on all sides to be finite, so the area under a curve is 
taken to be bounded by the function on one side, the 
X-axis on one side and vertical lines corresponding to 
the endpoints of an interval on the other two sides. 


See also Domain; Set theory. 
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I Introduced species 


An introduced species refers to a species whose 
habitat occupies a much wider range than under nat- 
ural conditions. This invasion into new habitat is the 
result of human action. Some of these introductions 
have been deliberate and were intended to improve 
conditions for some human activity, for example, in 
agriculture, or to achieve certain aesthetics. Other 
introductions have been accidental, as when plants 
were introduced with soil and water transported as 
ballast in ships or when insects were transported with 
timber or food. Many introduced species have become 
extremely troublesome pests, causing great economic 
damage or severe damage to of natural ecosystems. 
One study estimated that there were more than 30,000 
introduced species in the United States resulting in 
$123 billion in economic losses. 


Deliberate introductions 


The most common reason for deliberate introduc- 
tions of species beyond their natural range has been to 
improve the prospects for agricultural productivity. 
Usually this is done by introducing agricultural plants 
or animals for cultivation. In fact, all of the most 
important species of agricultural plants and animals 
are much more widespread today than they were prior 
to their domestication and extensive cultivation by 
humans. Wheat (Triticum aestivum), for example, was 
originally native only to a small region of the Middle 
East, but it now occurs virtually anywhere that con- 
ditions are suitable for its cultivation. Corn or maize 
(Zea mays) originated in a small area in Central 
America, but it is now cultivated on all of the habitable 
continents. Rice (Oryza sativa) is native to Southeast 
Asia, but is now very widespread under cultivation. 
The domestic cow (Bos taurus) was native to Eurasia, 
but it now occurs worldwide. The turkey (Meleagris 
gallopavo) is native to North America, but it now 
occurs much more extensively. There are many other 
examples of plant and animal species that have been 
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widely introduced beyond their natural range because 
they are useful as agricultural crops. 


Other species have been widely introduced because 
they are useful in improving soil fertility for agricul- 
ture or sometimes for forestry. For example, various 
species of nitrogen-fixing legumes such as clovers 
(Trifolium spp.) and alfalfa (Medicago sativa) have 
been extensively introduced from their native Eurasia 
to improve the fertility of agricultural soils in other 
places. Species of earthworms (such as the European 
nightcrawler, Lumbricus terrestris) have been widely 
introduced because these animals humify organic mat- 
ter, aerate soil and improve its structural quality. 
There have also been introductions of beneficial 
microorganisms for similar reasons, as when mycor- 
rhizal fungi are inoculated into soil or directly onto 
tree roots. When their roots are infected with a suit- 
able root mycorrhiza, plants gain significant advan- 
tages in obtaining nutrients, especially nitrogen. 


In some cases, species of animals have been intro- 
duced to improve the prospects for hunting or fishing. 
For example, Eurasian game birds such as the ring- 
necked pheasant (Phasianus colchicus) and gray or 
Hungarian partridge (Perdix perdix) have been widely 
introduced in North America, as have various species of 
deer in New Zealand, especially red deer (Cervus ela- 
phus). Species of sport fish have also been widely intro- 
duced. For example, various species of Pacific salmon 
(Oncorhynchus spp.) and common carp (Cyprinus car- 
pio) have been introduced to the Great Lakes to estab- 
lish fisheries. 


Species of plants and animals have also been widely 
introduced in order to gain aesthetic benefits. For exam- 
ple, whenever people of European cultures discovered 
and colonized new lands, they introduced many species 
with which they were familiar in their home countries 
but were initially absent in their new places of residence. 
For example, parts of eastern North America, especially 
cities, have been widely planted with such European 
trees as Norway maple (Acer platanoides), linden (Tilia 
cordata), horse chestnut (Aesculus hippocastanum), 
Scots pine (Pinus sylvestris), Norway spruce (Picea 
abies), as well as with many exotic species of shrubs 
and herbaceous plants. The European settlers also intro- 
duced some species of birds and other animals with 
which they were familiar, such as the starling (Sturnus 
vulgaris), house sparrow (Passer domesticus), and pigeon 
or rock dove (Columba livia). 


Accidental introductions 


Humans have also accidentally introduced many 
species to novel locations, and where the habitat was 
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Growth of introduced kudzu (from Asia) in Tennessee. (JLM Visuals.) 


suitable populations became established. For example, 
when cargo ships do not have a full load of goods they 
must carry some other heavy material as ballast, which 
is important in maintaining stability of the vessel in 
rough seas. The early sailing ships often used soil as 
ballast, and after a trans-oceanic passage this soil was 
usually dumped near the port and replaced with goods 
to be transported elsewhere. In North America, many 
of the familiar European weeds and soil invertebrates 
probably arrived in ballast, as is the case for water 
horehound (Lycopus europaeus), an early introduction 
to North America at the port of New York. In addition, 
ships have used water as ballast since the late nineteenth 
century, and many aquatic species have become widely 
distributed by this practice. Two major pests, the zebra 
mussel (Dreissena polymorpha) and the spiny water flea 
(Bythothrepes cederstroemii) were introduced to the 
Great Lakes from European waters in this way. 


An important means by which many agricultural 
weeds became widely introduced is through the con- 
tamination of agricultural seed-grain with their seeds. 
This was especially important prior to the twentieth 
century when the technologies available for cleaning 
seeds intended for planting were not very efficient. 
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Introduced species as an environmental 


problem 


In most places of the world, introduced species 
have caused important ecological damage and they 
represent a critical component of the global environ- 
mental crisis. A few selected examples can be used to 
illustrate problems associated with introduced species. 


Several European weeds are toxic to cattle if eaten 
in large quantities, and when these plants become 
abundant in pastures they represent a significant man- 
agement problem and economic loss. Some examples 
of toxic introduced weeds of pastures in North 
America are common St. John’s wort (Hypericum per- 


foratum), ragwort (Senecio jacobaea), and common 


milkweed (Asclepias syriaca). 


Some introduced species become extremely inva- 
sive, penetrating natural habitats and dominating 
them to the exclusion of native species. Purple looses- 
trife (Lythrum salicaria), originally introduced in 
North America as a garden ornamental, is becoming 
extensively dominant in wetlands, causing major deg- 
radation as habitat for other species of plants and 
animals. In Florida, several introduced species of 
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Invariant 


KEY TERMS 


Naturalized—Describes an introduced species 
capable of maintaining a population in a novel 
habitat without intervention by humans. 


Pest—Any organism that significantly interferes 
with some human purpose. 


shrubs and trees are similarly degrading habitats, as is 
the case of the bottlebrush tree (Melaleuca quinqui- 
nerva) and Australian oak (Casuarina equisetifolia). 
In Australia, the prickly pear cactus (Opuntia spp.) 
was imported from North America for use as an orna- 
mental plant and as a living fence, but it became a 
serious weed of rangelands and other open habitats. 
The cactus has since been controlled by the deliberate 
introduction of a moth (Cactoblastis cactorum) whose 
larvae feed on its tissues. 


Some introduced insects have become trouble- 
some pests in forests, as is the case of the gypsy moth 
(Lymantria dispar), a defoliator of many tree species 
introduced to North America in 1869 from Europe. 
Similarly, the introduced elmbark beetle (Scolytus 
multistriatus) has been a key factor in the spread of 
Dutch elm disease, caused by an introduced fungus 
(Ceratocystis ulmi) that is deadly to North American 
species of elm trees (especially Ulmus americana). 
Another introduced fungus (Endothia parasitica) 
causes chestnut blight, a disease that has eliminated 
the once abundant American chestnut (Castanea den- 
tata) as a canopy tree in deciduous forests of eastern 
North America. 


Other introduced species have caused problems 
because they are wide-feeding predators or herbivores. 
Vulnerable animals in many places, especially isolated 
oceanic islands, have been decimated by introduced 
predators such as mongooses (family Viverridae), 
domestic cats (Felis catus), and domestic dogs (Canis 


familiaris), by omnivores such as pigs (Sus scrofa) and 


rats (Rattus spp.), and by herbivores such as sheep 
(Ovis aries) and goats (Capra hircus). The recent delib- 
erate introduction of the predatory Nile perch (Lates 
niloticus) to Lake Victoria, Africa’s largest and the 
world’s second largest lake, has recently caused a 
tragic mass extinction of native fishes. Until recently, 
Lake Victoria supported an extremely diverse com- 
munity of more than 400 species of fish, mostly cichl- 
ids (family Cichlidae), with 90% of those species 
occurring nowhere else. About one-half of the 
endemic cichlid species are now extinct in Lake 
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Victoria because of predation by the Nile perch, 
although some species survive in captivity, and a few 
are still in the lake. 
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| Invariant 


In mathematics a quantity is said to be invariant if 
its value does not change following a given operation 
or under a set of given transformations. The property 
of being an invariant is called invariance. For instance, 
multiplication of any real number by the identity ele- 
ment (1) leaves it unchanged. Thus, all real numbers 
are invariant under the operation of multiplication by 
the identity element (1). In some cases, mathematical 
operations leave certain properties unchanged. When 
this occurs, those properties that are unchanged are 
referred to as invariants under the operation. Translation 
of coordinate axes (shifting of the origin from the 
point (0,0) to any other point in the plane) and rota- 
tion of coordinate axes are also operations. Vectors, 
which are quantities possessing both magnitude (size) 
and direction, are unchanged in magnitude and direc- 
tion under a translation of axes, but only unchanged in 
magnitude under rotation of the axes. Thus, magni- 
tude is an invariant property of vectors under the 
operation of rotation, while both magnitude and 
direction are invariant properties of a vector under a 
translation of axes. 


An important objective in any branch of mathe- 
matics is to identify the invariants of a given opera- 
tion, as they often lead to a deeper understanding of 
the mathematics involved, or to simplified analytical 
procedures. 


Geometric invariance 


In geometry, the invariant properties of points, 
lines, angles, and various planar and solid objects are 
all understood in terms of the invariant properties of 
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these objects under such operations as translation, 
rotation, reflection, and magnification. For example, 
the area of a triangle is invariant under translation, 
rotation and reflection, but not under magnification. 
On the other hand, the interior angles of a triangle are 
invariant under magnification, and so are the propor- 
tionalities of the lengths of its sides. 


The Pythagorean theorem states that the square 
of the hypotenuse of any right triangle is equal to the 
sum of the squares of its legs. In other words, the 
relationship expressing the length of the hypotenuse 
in terms of the lengths of the other two sides is an 
invariant property of right triangles, under magnifica- 
tion, or any other operation that results in another 
right triangle. 


Very recently, geometric figures called fractals have 
gained popularity in the scientific community. Fractals 
are geometric figures that are invariant under magnifi- 
cation. That is, their fragmented shape appears the 
same at all magnifications. Increased interest in fractal 
comes from the idea that most natural objects look 
more like fractals than regular geometric figures. For 
example, clouds, trees, and mountains look more like 
fractal figures than they do circles (or ellipses), (upside 
down) triangles, and pyramids, respectively. 


Algebraic invariance 


Algebraic invariance refers to combinations of 
coefficients from certain functions that remain con- 
stant when the coordinate system in which they are 
expressed is translated, or rotated. An example of this 
kind of invariance is seen in the behavior of the conic 
sections (cross-sections of a right circular cone result- 
ing from its intersection with a plane). The general 
equation of a conic section is ax” + bxy + cy? + dx 4 
ey + f = 0. Each of the equations of a circle, or an 
ellipse, a parabola, or hyperbola represents a special 
case of this equation. One combination of coefficients, 
(b? - 4ac), from this equation is called the discriminant. 
For a parabola, the value of the discriminant is zero, 
for an ellipse it is less than zero, and for a hyperbola is 
greater than zero. However, regardless of its value, 
when the axes of the coordinate system in which the 
figure is being graphed are rotated through an arbi- 
trary angle, the value of the discriminant (b* - 4ac) is 
unchanged. Thus, the discriminant is said to be invar- 
iant under a rotation of axes. In other words, knowing 
the value of the discriminant reveals the identity of a 
particular conic section regardless of its orientation in 
the coordinate system. Still another invariant of the 
general equation of the conic sections, under a 
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KEY TERMS 


Conic section—A conic section is a figure that 
results from the intersection of a right circular 
cone with a plane. The conic sections are the circle, 
ellipse, parabola, and hyperbola. 


Magnification—Magnification is the operation that 
multiplies the dimensions of an object by a con- 
stant leaving the coordinate system unchanged, or 
vice versa. 


rotation of axes, is the sum of the coefficients of the 
squared terms (a + c). 
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l Invasive species 


An invasive species is an exotic species (one that 
has been deliberately or accidentally introduced into a 
habitat it would not normally populate) that thrives in 
its new environment, disrupting the natural ecosys- 
tem. The majority of exotic species have been intro- 
duced unintentionally. Hitchhiking organisms such as 
seeds or insects attach to people’s shoes, clothes, or 
luggage when they travel. Most of the time, the exotic 
species cannot survive in its new environment. 
Changes in climate, resources, and competition simply 
do not favor survival, and the organism eventually 
dies out. Occasionally, the introduced species ends 
up being invasive, out-competing the natural habitat 
for resources, displacing native flora and fauna, and 
wreaking economic havoc on a community. 


When a new species is introduced into an ecosys- 
tem, there are four different interspecific interactions 
that can occur. Interspecific interactions are those that 
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Invasive species 


occur between two different species living in the same 
community. These interactions can have positive, neg- 
ative, or neutral effects on the involved organisms. 
One interspecific interaction is predation. This is 
when one species, the predator, feeds on the other 
(the prey). This interaction benefits only the predator. 
When an introduced species is a predator, it may 
become invasive if it can out-compete the native pred- 
ators. This competition is the second interspecific 
interaction. This interaction hurts both species involved. 
When two species are both competing for the same 
resources, neither will be as successful as they would be 
alone. The last two possible interactions, commensal- 
ism and mutualism, would not make an introduced 
species invasive. Commensalism is when one species 
benefits and the other is unaffected, and mutualism is 
when both species benefit from the interaction. Most 
of the time, an introduced species cannot compete with 
native populations and does not survive. Of the species 
that do become successful in their new environment, 
the majority of these organisms have no effect on the 
ecosystem. For example, the pheasant is a bird that 
was introduced to North America from Asia. These 
birds have had no impact on native species. The spe- 
cies is considered invasive when it can out-compete 
and displace other species already present in the 
ecosystem. 


An introduced species must exhibit certain char- 
acteristics in order to become invasive. The organism 
must be able to reproduce in their new environment, 
out-compete the native populations, must not be sus- 
ceptible to herbivores or diseases, especially if these 
types of organisms characterize the ecosystem to 
which they have been introduced, and must be able 
to survive in their new climate with the available 
resources. 


When an introduced species becomes invasive, the 
economic damage can be considerable. In the United 
States alone, invasive species cause more than $123 billion 
in damages per year. It has been estimated that almost 
70% of the organisms listed as threatened or endan- 
gered species by the International Union for the 
Conservation of Nature and Natural Resources have 
been classified as a result of invasive species. Over 
50,000 of the approximately 750,000 species in the 
United States are exotic, with approximately 5,000 of 
these exotic species considered invasive (likely an 
underestimate). Invasive species not only displace 
native flora and fauna, they homogenize existing eco- 
systems, greatly reducing the number of available bio- 
logical resources. 


There are many examples of invasive species and 
the problems they cause. The water hyacinth was 


2352 


introduced into the United States from South Africa 
in 1884. This was an intentional introduction; travelers 
brought back the flower for its ornamental beauty. 
These flowers grow quite rapidly, and without any 
natural predators in their new environments, they 
quickly overpopulated their new environments. As a 
result, they clogged waterways, out-shaded natural 
vegetation, and displaced several native species. A 
well-known example in the southern United States is 
kudzu. This legume was introduced from Asia, where it 
is considered an ornamental vine. In the United States, 
it has taken over the land. It grows over anything in its 
path, including trees, shrubs, and even houses. 


Many disease-causing organisms are invasive spe- 
cies. For example, the fungus Ophiostoma ulmi, the 
pathogen that causes Dutch elm disease, and the 
bark beetle, which carries the pathogen, were both 
introduced to the United States from Europe. They 
were both imported on infected wood, first the beetle 
in 1909, and then the fungus in 1930. The combination 
of these two organisms has caused the destruction of 
millions of elm trees. The chestnut blight fungus, 
Cryphonectria parasitica, was introduced into the 
United States from Asia on nursery plants in 1900. 
This fungus has caused the destruction of almost all of 
the eastern American chestnut trees. Both of these 
pathogens have caused great disruptions in forest 
ecosystems. 


Starlings and English sparrows were both intro- 
duced intentionally to the northeastern United States 
from Europe in the 1800s. They can now be found just 
about anywhere in North America, and have displaced 
the native birds in many communities, caused signifi- 
cant crop damage, and contributed to the spread of 
certain swine diseases. Deer were introduced to Angel 
Island in the San Francisco Bay from the mainland in 
the early 1900s. This island was a game reserve with no 
natural deer predators. The deer population exploded 
and soon outgrew the meager food supply on the small 
island. People who visited the island felt sorry for the 
starving deer and fed them bits of their picnic lunches. 
Therefore, the deer survived and continued to multi- 
ply, despite their limited resources. The deer were eat- 
ing the native grasses, tearing the leaves off of 
seedlings, and killing trees by eating bark. The deer 
had to be removed, a project that cost the State of 
California over $60,000. Sea lampreys from the North 
Atlantic Ocean were introduced to the United States 
through the Erie Canal in the 1860s, and again 
through the Welland Canal in 1921. These organisms 
have displaced the lake trout and whitefish from the 
Great Lakes, and have cost the United States and 
Canada over $10 million a year. 
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Argentine fire ants were introduced to the south- 
ern United States from a coffee shipment from Brazil 
in 1891. These organisms damage crops and disrupt 
ecosystems. They have been spreading steadily north- 
ward since their introduction. Examples of their 
destruction include the reduction of native ant species 
in one part of Texas from 15 to 5 species, and their 
killing of brown pelican hatchlings (a threatened spe- 
cies) in wildlife refuges. The Japanese beetle was intro- 
duced to the United States from Japan on a shipment 
of iris or azalea flowers in 1911. These beetles have 
caused the destruction of over 250 native plant species. 
Gypsy moths were once contained in a research facility 
on the east coast of the United States until they 
escaped in 1869. These moths have caused the destruc- 
tion of entire forests by eating the leaves off of the 
trees, with damages estimated near $5 million. 


More recently, the zebra mussel was imported 
from the Caspian Sea to the United States via a 
cargo ship that emptied its ballast water into the St. 
Lawrence Seaway in the mid-1980s. By 1993, zebra 
mussels could be found as far south as New Orleans. 
Zebra mussels compete with native shellfish and fish 
for food and shelter. By attaching to water outflow 
channels in huge numbers, they also clog waterways. 


The United States is not the only nation to suffer 
the effects of invasive species. Well-intentioned 
Europeans, for the purpose of providing food and 
income to natives, introduced the Nile perch into 
Lake Victoria in East Africa. Lake Victoria was the 
home of many native fish, including cichlids. These 
fish feed on detritus and plants at the bottom of the 
lake. The addition of the Nile perch introduced a new 
predator, which fed on the cichlids. Eventually, all of 
the cichlids disappeared, and once this happened, the 
perch had no food. The perch ended up dying off as 
well, leaving the native people in an even worse situa- 
tion, with nothing but a lake overgrown with detritus 
and plants. In 1859, an Australian released two dozen 
English rabbits for hunting. Without any natural 
predators, the rabbit population grew to over 40,000 
in only six years. The rabbits displaced many natural 
animals, including kangaroos. The Australians tried 
building a 2,000-mile (32.2 kilometer) long fence to 
contain the rabbits, but some had traveled past the 
fence before its completion. The myxoma virus was 
introduced to the rabbit population in 1951 in hopes of 
controlling its growth. Recently, a new population of 
rabbits that are resistant to this virus has begun grow- 
ing, and the problem is far from being solved. 


As the use of genetic engineering technologies 
increases, the threat of a new type of invasive species 
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KEY TERMS 


Ballast—An area of a ship filled with water to help 
stabilize the ship. 


Biocontrol agent—An organism that can itself be 
used to control unwanted organisms, usually by 
feeding on the unwanted species. 


Community—In ecology, acommunity is an assem- 
blage of populations of different species that occur 
together in the same place and at the same time. 
Detritus—Dead organic matter. 


Ecosystem—All of the organisms in a biological com- 
munity interacting with the physical environment. 


Fauna—Animals or animal life. 
Flora—Plants or plant life. 


Homogenize—To create an area made entirely of 
same or similar things. 


Myxoma virus—A fatal virus that infects rabbits. 
Pathogen—A disease-causing agent. 


emerges. Genetically engineered organisms, if intro- 
duced into the wild, could also alter ecosystems in 
many ways. Genetically engineered plants have 
acquired such traits as herbicide resistance, pest resist- 
ance, faster growth, and tolerance of extreme climatic 
changes. If these engineered organisms were acciden- 
tally released, they would have a competitive advant- 
age over native species, and could become invasive. 


In 1999, then President Clinton signed an execu- 
tive order to address the growing problem of invasive 
species in the United States. This order created an 
Invasive Species Council that will develop a proposal 
to minimize the detrimental effects caused by, as well 
as to prevent, the introduction of new invasive species. 
The agenda also included the reintroduction of native 
species into their original habitats. 


In the United States, thousands of inspectors sta- 
tioned at ports of entry examine imported agricultural 
products to deter the entry of insects. 
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i lon exchange 


Ions are electrically charged atoms or groups of 
atoms. Ion exchange refers to the replacement of one 
ion with another of similar charge. Ion exchange resins 
are solids containing strongly bonded charged atom 
groups. (Positively charged atoms are called cations; 
negatively charged, anions.) They occur as natural 
materials and can be synthetically made. An ion of 
opposite charge is loosely bound to a charged group. 
When placed in contact with an ionic solution (a sol- 
ution of an ionic substance), the loosely bound ions 
are replaced by those in solution and are retained on 
the solid. Ion exchange membranes are sheet-like films 
which allow the passage of ions while restricting the 
crossing of larger, uncharged molecules. 


lon exchange resins 


If an ionic solution is brought into contact with a 
solid having ions that are only weakly joined in its 
crystalline structure, it is possible for ions from the 
solution to interchange with those of the same charge 
in the solid. Electrical neutrality is maintained 
throughout this exchange; that is, the total number 
of positive charges equals the total number of negative 
charges in the solid and the solution at all times. What 
changes is the type of ion that then resides with the 
solid and in the solution. A solid that has loosely 
bound sodium ions, when placed in a solution of 
potassium chloride, will interchange some of its 
sodium ions for potassium ions. The result is that the 
solid and the solution each have sodium and potas- 
sium ions in some ratio determined by the inherent 
capacity of the solid to undergo the exchange process. 


There are several naturally occurring materials 
that function as ion exchangers. Many synthetic ion 
exchange materials are also available. Many of these 
synthetic materials are tailor-made to serve a specific 
purpose and be selective in the type of ions with which 
they exchange. Zeolites are a naturally occurring class 
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Selected charged ion exchange groups 


Cation exchange groups joined to an ion exchange framework(1) 
R-0S0; M* 
R-COO-M* 


sulfonic acid group 
carboxylic acid group 


Anion exchange groups joined to an ion exchange framework 
R-CH,NCHs)3* X~ 
R-NH(CHs)2* X~ 


quaternary ammonium group 
ternary ammonium group 


(1) R represents the divinylbenzene polymer framework 
M*represents and exchangeable cation. 
X" represents an exchangeable anion. 


Table 1. Selected Charged lon Exchange Groups. (Thomson 
Gale.) 


of minerals containing aluminum, silicon, oxygen and 
a loosely held cation from group | or group 2 of the 
periodic table (e.g., sodium or magnesium). When 
placed in a solution of an ionic compound, exchange 
occurs between the loosely held zeolite cation and the 
dissolved cation in water. Various clay and soil mate- 
rials also possess ion exchange capabilities. Most often 
an ion exchange reaction uses a synthetic ion exchange 
material specifically designed to achieve the desired 
separation. 


Synthetic ion exchangers are composed of a 
charged group attached to a rigid structural frame- 
work. One end of the charged group is permanently 
fixed to the frame while a positive or negative charged 
portion loosely held at the other end attracts other ions 
in solution. Common materials for these ion exchange 
resins are styrene and divinylbenzene. Molecules of 
these organic substances can join together forming a 
divinylbenzene polymer consisting of long rows of styr- 
ene cross-linked, that is attached, by divinylbenzene. 


The extent to which divinylbenzene is cross-linked 
affects the ability of the resin to undergo ion exchange 
with an ion in solution. Resins that are only slightly 
cross-linked may have sufficient open space to allow 
solution ions to pass through and avoid contact with 
the fixed, exchangeable groups. Resins that are too 
highly cross-linked may not have openings big enough 
for solution ions to penetrate. This prevents them 
from contact with the fixed exchangeable groups. 


Cation resins often are prepared in their hydrogen 
ion form. In this state exchange occurs when the 
resulting product in solution is the acid corresponding 
to the dissolved solid. A similar exchange between 
dissolved sodium chloride and a strong anion resin in 
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Styrene Divinyl benzene 


CH=CH, CH=CH, 


CH=CH, 


c. Anion exchange resin framework. 


| 
CH—CH,— CH 


CH, —CH—CH; 


CH—CH,— CH—CH,;— CH—CH; 


CH;— CH—CH, ‘a CH; 


d. Anion exchange resin framework into which a cation 


exchange group is attached. 


CH—CH,— CH—CH,;— CH—CH;— CH 


Figure 1. Structure of a synthetic ion exchange resin. (Hans & Cassidy. Courtesy of Gale Group.) 


the hydroxide (basic) form yields dissolved sodium 
hydroxide, a strong base. 


Complete exchange of solution ions (cation or 
anion)—that is, complete absorption on the resin— 
can occur if the sample solution is poured slowly 
through a packed column of resin material. This 
allows the sample to come into contact continually 
with fresh resin; the exchange occurs until none of 
the original exchangeable ions remains. These ions 
then can be collected by running another solution 
through the column, a solution that removes, or elutes, 
the absorbed ions from the resin. 


Applications 


Ion exchange and exchange resins have numerous 
applications. In scientific studies, exchange resins are 
used to isolate and collect various ionic species, cati- 
ons on a cation resin, and anions on an anion resin. In 
industry resins are used to purify water by removing 
all ions from it. Upon passage of a water sample 
through both a cation resin (H* form) and an anion 
resin (OH form) the cations and anions in the water 
are retained. The H* and OH ions released from the 
resin then combine to form additional water. 
Deionized water also is a source of pure water con- 
taining no ionic chemical compounds. 
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Ion exchange also is used to remove ionic com- 
pounds from boiler water used in the steam generation 
of electric power. Ion exchange resins also are used in 
the separation and purification of various chemicals. 
Rare earth elements are separated from their ores and 
purified in this manner. 


lon exchange membranes 


Various membrane materials, both natural and 
synthetic, have the ability to selectively allow or retard 
passage of charged and uncharged molecules through 
their surface. These semipermeable membranes are 
extremely important in ion transport within living 
systems and have many industrial applications. 


The balance between sodium ion, Na*, and 
potassium ion, K ~, within the cells of living organisms 
is essential for life. The transport of these ions across 
the cell membrane allows this proper balance to be 
maintained. 


Semipermeable membranes are used in the purifi- 
cation of large organic molecules. They allow small 
ionic compounds to pass through, separating them 
from the larger molecules. This procedure, known as 
dialysis, is the principle upon which patients with non- 
functioning kidneys can remove harmful waste prod- 
ucts artificially. 
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lon and ionization 


KEY TERMS 


Anion resin—A solid material with tightly bonded 
positively charged ions and loosely bonded nega- 
tive counter ions that will exchange the negative 
ions for dissimilar negative ions in solution. 


Cation resin—A solid material with tightly bonded 
negatively charged ions and loosely bonded posi- 
tive counter ions that will exchange the positive 
ions for dissimilar positive ions in solution. 


lon exchange membrane—A flat sheet-like semi- 
permeable material that allows ions to pass unre- 
strictedly while serving as a barrier to larger, 
uncharged molecules. 


Commercially, the forced separation of ions from 
seawater by passing them through a semipermeable 
membrane is an economical means of transforming 
seawater into potable water (water safe for drinking). 
This technique is known as reverse osmosis and is in 
use by countries bordering oceans or seas to obtain 
fresh drinking water. 


Resources 


BOOKS 


Gross, M.L., R. Caprioli, and P.B. Armentrout. The 
Encyclopedia of Mass Spectrometry: Ion Chemistry and 
Theory. Oxford: Pergamon Press, 2001. 

Wachinski, Anthony M. Jon Exchange Treatment for 
Drinking Water. Denver: American Waterworks 
Association, 2004. 


Zagorodni, Andrei A. Jon Exchange Materials: Properties 
and Applications. St. Louis: Elsevier Science, 2006. 


Gordon A. Parker 


| lon and ionization 


Ionization is the removal from, or addition to, one 
or more electrons from an atom or molecule, thereby 
creating a particle with a nonzero electrical charge— 
an ion. The word “ionization” is also used for the 
process in which an ionic solid, such as a salt, disso- 
ciates into its component ions in solution. This article 
will discuss primarily positive ionization, which occurs 
when an atom or molecule loses electrons. This is the 
most common form of ionization. 
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In order to remove an electron from an atom, 
enough energy must be supplied to break the bond 
between the negatively charged electron and the pos- 
itively charged nucleus; this is the ionization energy. 
Ionization can be induced by high energy radiation 
such as x rays and ultraviolet light (photoionization), 
bombardment by high energy electrons (electron 
impact ionization) or small molecular ions (chemical 
ionization) and by exposure to high electric fields (field 
ionization). Ionization is employed in many important 
analytical techniques used to study the character of 
atoms and molecules including mass spectrometry, 
photoelectron and Auger electron spectroscopy, and 
multiphoton ionization spectroscopy. 


lonization energy 


In the Bohr model of atomic structure, electrons 
orbit the nucleus at fixed distances, similar to the 
orbits of the planets around the sun. For every ele- 
ment, the distances of the electron orbitals are fixed 
and unique to that element. Normally, the electrons 
occupy the orbits closest to the nucleus. This is the 
most stable configuration of the atom and is known as 
the ground state. To move an electron to an orbital 
further from the nucleus requires the input of energy. 
Atoms which have an electron in a higher orbit are 
said to be in an excited state. 


The strength of attraction between a negatively 
charged electron and the positively charged nucleus is 
greater the closer together they are. The energy needed 
to move an electron from one orbit to a higher energy 
one is equal to the difference in the attraction between 
the two configurations; it takes increasing amounts of 
energy to move an electron to orbits further and further 
from the nucleus. The energy needed to move electrons 
from one orbit to another can be thought of like the 
energy needed to move between rungs on a ladder; to 
move from a lower rung to a higher rung requires the 
input of energy, and the more rungs you move up, the 
more energy it takes. However, if the electron is moved 
too far from the nucleus, the attraction between the 
electron and the nucleus is too small to hold the electron 
in its orbit, and, analogous to stepping of the top rung 
of the ladder, the electron is separated from the atom 
leaving behind a positively charged atom; the atom has 
been ionized. 


The ionization of an atom can be represented by: 
X + energy - X* +e 


where X is a single atom of any element and e< + >- is 
the ejected electron. The amount of energy required 
for this process is called the ionization energy. The 
ionization energy is a measure of how difficult it 
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lonization energies (EV) of the elements in the first three rows of the periodic table 


Atomic number, Z Element 


1 


2 
3 
4 
5 
6 
‘ 
8 
9 


First ionization energy 
X + energy ——> X* + e- 


Second ionization energy 
X, + energy ——> X** + e- 


13.595 
24.481 54.403 
5.39 75.619 
9.32 18.206 
8.296 25.149 
11.256 24.376 
14.53 29.593 
13.614 35.108 
17.418 34.98 
21.559 41.07 
5.138 47.29 
7.644 15.031 
5.984 18.823 
8.149 16.34 
10.484 19.72 
10.357 23.4 
13.01 23.8 
15.775 27.62 


Table 1. lonization Energies (EV) of the Elements in the First Three Rows of the Periodic Table. (Thomson Gale.) 


is to remove the electron from the atom—the more 
strongly the electron is attracted to the nucleus, the 
higher the ionization energy. Although in theory it is 
possible to remove any of the electrons from an atom, 
in practice, the electron in the outermost orbit is typ- 
ically the first to be removed. The energy required to 
remove the first electron is called the first ionization 
energy. 


For many electron atoms it is possible to remove 
more than one electron. A second electron can be 
removed from a singly charged ion x“ to yield a doubly 
charged ion, x**. This process can be written as: 


X* + energy ox +e 


The energy required to remove the second electron 
is called the second ionization energy. Following the 
removal of the first electron, the atom has one more 
positively charged proton in the nucleus than it has 
negatively charged orbiting electrons. This charge 
imbalance causes the remaining electrons to be held 
even more tightly to the nucleus. Consequently, more 
energy is required to remove the second electron than 
was required to remove the first. The removal of sub- 
sequent electrons, creating x°*, X**, and so on, 
requires ever increasing amounts of energy. This effect 
is rather like a small child with a collection of toys. The 
child might be easily persuaded to give the first toy 
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away, but will hold on to each remaining toy with 
increasing vigor, thereby requiring increasing amounts 
of persuasion to give away each subsequent toy. 


The first and second ionization energies of the 
elements in the first three rows of the periodic table 
are listed in Table 1. Note that the second ionization 
energy in all cases is larger than the first ionization 
energy. The hydrogen atom, however, having only one 
electron, only has a first ionization energy. Note that 
the ionization energy, in general, increases with increas- 
ing atomic number for elements within the same row of 
the periodic table. The ionization energy is smallest for 
the alkaline earth elements, Li, Na, K, etc., increasing 
with atomic number and reaching a maximum at the 
end of each row, corresponding to the noble gases, Ne, 
Ar, Kr, etc. This effect is related to the way in which 
atomic orbitals are filled. The noble gases have filled 
electronic orbitals, which are very stable. 


Molecules can be ionized in a manner analogous to 
atoms. However, because electrons form the bonds that 
hold molecules together, their removal may result in the 
bond being weakened, or even broken. The ionization 
energies of some simple molecules are listed in Table 2. 
Note that in general, the ionization energies of mole- 
cules have values the same order of magnitude as the 
first ionization energies of isolated atoms. molecules 
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lon and ionization 


lonization energies (EV) of selected molecules 


Molecule lonization energy (eV) 


Molecule lonization energy (eV) 


No 15.576 

02 12.063 
13.769 
12.85 


11.3 
9.54 


CH, (methane) 12.6 
C,H, (ethane) 11.5 
C;Hs (n-propane) 114 


C4Hio (n-butane) 10.63 
CH,CH,CH2CH; 


C,HgCH2=CHCH,CH3 9.6 


C,H 9.07 
CH,=CHCH=CH, 


Table 2. lonization energies (EV) of selected molecules. (Thomson Gale.) 


with only a few atoms, such as Nz, cOz and H.O, tend 
to have the highest ionization energies. Within a group 
of similar molecules, such as the alkanes listed in the 
table, the ionization energy decreases with increasing 
size. This effect is due to the fact that in larger mole- 
cules, there are more electrons available for ionization 
without disrupting the bonding stability of the mole- 
cule. Again, this is analogous to persuading a child to 
give up its toys; the more toys the child has, the easier it 
will be to persuade it to give one up. 


lonization methods 


Ions, being electrically charged, are much easier to 
manipulate and detect than electrically neutral atoms 
or molecules. The direction or speed of ions can be 
changed by application of electric and magnetic fields, 
similar to the way a magnet can move small pieces 
of a magnetic material. Ions can be detected simply 
by measuring the electric current produced by their 
movement. Consequently, ionization is frequently 
employed in scientific apparatus to transform neutral 
species to charged species so that they may be more 
easily studied. 


Mass spectrometry is a powerful analytical tech- 
nique based on the transformation of the neutral com- 
ponents of a sample to ions which are then separated 
according to their mass-to-charge ratio. The structure 
and composition of molecular species can be deduced 
by studying the masses of the molecular ion along with 
the smaller, fragment ions, which are sometimes 
formed. There are several different types of ion sources 
that are used in mass spectrometers: electron impact, 
field ionization and chemical ionization are the most 
common, and are described below. Other instrumental 
analytical techniques which are based on ionization 
include spectroscopies which study the energy of the 
ejected electron as well as the positively charged ion. 
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These methods typically employ electromagnetic radi- 
ation to supply the ionization energy (photoioniza- 
tion). The basic requirement for all ionization sources 
is that sufficient energy must be supplied to remove at 
least one electron. 


Electron impact source 


The most common method of producing ions for 
mass spectrometry is by bombarding a gaseous sample 
with a stream of fast moving electrons. The stream of 
electrons, produced by an electron gun (a heated tung- 
sten wire from which electrons are emitted—thermionic 
emission), bombard the sample and “kick” out addi- 
tional electrons. The process of electron impact ion- 
ization is not very efficient. Because of the very small 
size of electrons and the relatively low density of elec- 
trons around molecules, electron-electron impacts are 
rare. Nonetheless, electron impact is the most widely 
used ion source in commercial mass spectrometers. 
Electron guns can produce vast quantities of electrons, 
so even if one in a million is successful, enough ions 
can be generated. When the impact is effective in 
producing ionization, typically there is more energy 
supplied by the impact than is needed to remove the 
electron. The excess energy may result in the ion 
breaking up into smaller fragment ions. The intact 
molecular ion is referred to as the parent ion, and the 
fragment ions are called daughter ions. 


Field ionization 


Ionization may also be produced by subjecting a 
molecule to a very intense electric field. This process is 
called field ionization. A familiar example of field 
ionization is the small blue spark that jumps from 
the tip of your finger to any grounded surface on a 
dry day when static electricity can build up. The strong 
electrostatic field actually pulls electrons out of your 
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finger. Electric fields are strongest at the tips of 
pointed conductors. To produce electric fields of suf- 
ficient magnitude to ionize molecules, very fine, sharp- 
ened wires are used. Field ionization sources are 
relatively gentle compared to electron impact sources 
in that they do not deposit as much excess energy into 
the parent ion. Therefore, field ionization sources are 
usually employed when we do not want to damage the 
ionized specimen too much. 


Chemical ionization 


Chemical ionization is similar to electron impact 
ionization except that a beam of positively charged 
molecular ions, rather than electrons, is used to bom- 
bard and ionize the sample. The bombarding ions are 
usually small molecules such as methane, propane, or 
ammonia. Because of the much larger size of a molec- 
ular ion compared to an electron, these collisions are 
highly reactive and generally produce less fragmenta- 
tion than electron impact ionization with comparable 
efficiency. Chemical ionization is widely used in com- 
mercial mass spectrometers, and many instruments 
are equipped with a source which is capable of both 
electron impact and chemical ionization. 


Photoionization 


If the ionization energy is supplied by electromag- 
netic radiation, the ionization is called photoioniza- 
tion, referring to the fact that a photon of radiation 
produces the ionization. However, not all electromag- 
netic radiation has sufficient energy to cause ioniza- 
tion. Generally, only radiation with wavelengths 
shorter than visible light, that is, radiation in the ultra- 
violet, x ray, and gamma ray regions of the electro- 
magnetic spectrum can produce ionization. 


Ultraviolet radiation can cause ionization of 
many small molecules, including oxygen, O3. In fact, 
short wavelength solar radiation causes ionization of 
molecular oxygen and molecular nitrogen found in the 
upper atmosphere; these processes are important to 
the chemistry of Earth’s atmosphere. In the labora- 
tory, ultraviolet light from special lamps or lasers is 
used to ionize molecules in order to study them. 
Ultraviolet photoelectron spectroscopy (UPS) meas- 
ures the energy of the departing electron. 


The high energy carried by x rays can easily cause 
ionization of isolated atoms. X rays are therefore fre- 
quently referred to as ionizing radiation. X ray photo- 
electron spectroscopy and Auger spectroscopy are two 
techniques which, like ultraviolet photoelectron spec- 
troscopy, study the ejected electron to gain informa- 
tion about the atom from which it came. 
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KEY TERMS 


Chemical ionization—A method of producing ions 
by bombarding a sample with a stream of positively 
charged ions. 


Electron impact ionization—A method of produc- 
ing ions by bombarding a sample with a stream of 
electrons. 


Field ionization—A method of producing ions by 
exposing the sample to a very intense electric field. 


Flame ionization—A method of producing ions by 
exposing the sample to a flame of a very high 
temperature. 


lon—An atom or molecule which has acquired electri- 
cal charge by either losing electrons (positively charged 
ion) or gaining electrons (negatively charged ion). 


lonization energy—The amount of energy required 
to completely remove an electron from an atom or 
molecule, thereby creating a positively charged ion. 


Photoionization—The production of ions by 
exposing a sample to electromagnetic radiation, 
usually ultraviolet or x-ray radiation. 


Flame ionization 


Probably the simplest way of supplying energy for 
ionization is by subjecting the atoms or molecule to a 
flame. However, temperatures of several thousand 
degrees are usually required to achieve an appreciable 
degree of ionization. Specialized flames, such as an 
electrical arc, spark or plasma, can produce the neces- 
sary temperatures in a controlled manner. 


See also Dissociation. 
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lonic bond see Chemical bond 
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lonizing radiation 


l lonizing radiation 


Ionizing radiation is any form of electromag- 
netic or particle radiation that can cause ionization 
of a substance through which it passes. As the radi- 
ation passed through the substance, it detaches one 
or more electrons from one or more atoms or mole- 
cules, leaving the atom or molecule with an excess 
positive charge. This charged particle is called a pos- 
itive ion. 

To remove an electron from an atom or molecule, 
the ionizing particles (photons or other) must have a 
kinetic energy exceeding the binding energy of the 
target species, typically a few electron volts. (An elec- 
tron volt is the work it takes one electron to move 
across a voltage difference of one volt.) Ionizing radi- 
ation is commonly produced in nature by cosmic sour- 
ces and by the breakdown of unstable elements such as 
uranium. 


Some common ionizing charged species are high- 
speed electrons, positrons, protons, and beta particles 
(Helium nuclei). Electrons, positrons, and beta par- 
ticles are emitted by radioactive elements. Photons, 
the uncharged particles of light, can be emitted by 
radioactive nuclides but can also be generated by 
x-ray devices. All the charged species, as well as neu- 
trons, are currently produced at human-made particle 
accelerators, and lasers now generate photons of suf- 
ficient energy to exceed the binding energy of many 
atoms and molecules. 


Most elements formed during the very early 
expansion of the universe were radioactive in the 
past, but over time became stable. Some, such as ura- 
nium, thorium, radium, and radon are still unstable, 
and spontaneously emit ionizing radiation. Here on 
Earth many rocks and minerals emit radon gas, a 
radioactive gas formed by the decay of radium. 
Other radioactive elements 7H [Tritium] and 'C) 
can be produced by atmospheric interactions with 
cosmic rays (energetic particles continuously entering 
Earth’s atmosphere from outer space). 


Ionizing radiation is more damaging to human 
tissue than non-ionizing, thermal-type radiation. The 
damage is initialized by the ionizing particle when it 
knocks an electron off an atom or molecule in a living 
system, leaving an unpaired electron behind. The tar- 
get atom or molecule is then a free radical, a highly 
reactive type that can spawn many more free radicals 
in the body. These induced chemical changes have 
been shown to cause cancer and genetic damage. 
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A unit called the rem (roentgen equivalent man) is 
used to measure the absorbed dose of ionizing radia- 
tion. An absorption of 0.5 rem annually was previ- 
ously considered safe for a humans (exposure of 0.1 to 
0.2 rem per year from natural sources is considered 
normal, about 0.002 rem with each dental x ray, and 
about 0.05 rem from a chest x ray). In 2005, however, a 
National Academies report (Biological Effects of 
Ionizing Radiation VII) stated that “the smallest 
dose of low-level ionizing radiation has the potential 
to cause a small increase in health risks to humans.” 
According to the chair of the committee producing the 
report, there is no threshold of exposure below which 
low levels of ionizing radiation can be demonstrated to 
be harmless or beneficial” 


lonosphere see Atmosphere, composition 
and structure 


iPod see Personal music players; Podcast 


lridium see Element, chemical 


l Iris family 


Irises are plants in the family Iridaceae, which 
contains 1,500-1,800 species and 70-80 genera. The 
center of diversity of this family is in southern 
Africa, but species are found on all of the habitable 
continents. The largest groups in the family are the 
true irises (Jris spp.) with 200 species and gladiolus 
(Gladiolus spp.) with 150 species. 


Many species in the iris family have large, attrac- 
tive flowers. The major economic importance of this 
family involves the cultivation of many species in hor- 
ticulture. In France and Québec the iris is generically 
known as the fleur-de-lis, and it is an important cul- 
tural symbol. 


Biology of irises 


Most species in the iris family are perennial herbs. 
These plants die back to the ground surface at the end 
of the growing season and then redevelop new shoots 
from underground rhizomes, bulbs, or corms at the 
beginning of the next growing season. A few species 
are shrubs. 


The leaves of iris species are typically long, narrow, 
and pointed at the tip with parallelveins and sheathing 
at the base of the plant or shoot. The large, colorful, 
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A Rocky Mountain iris (/ris missouriensis). (JLM Visuals.) 


showy flowers are erect on a shoot and contain both 
female (pistillate) and male (staminate) organs. 


The floral parts are in threes: three petals, three 
sepals, three stamens, and a pistil composed of three 
fused units. The sepals are large and petal-like, and 
they enclose the petals which are erect and are fused 
into a tube-like structure in some species. The flowers 
may occur singly or in a few-flowered inflorescence, or 
cluster. The flowers produce nectar, are pleasantly 
scented, and are pollinated by flying insects or birds, 
although some species are wind-pollinated. The fruits 
make up a three-compartmented capsule containing 
numerous seeds. The leaves and the rhizomes of Jris 
species contain an irritating chemical which is poison- 
ous if eaten. 


Native species of North America 


Various species in the iris family are native to wild 
places in North America. Wild irises are most com- 
monly found in moist habitats beside lakes, ponds, 
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rivers, and seashores. Some of the more widespread 
species of iris include the blue-flag (Jris versicolor), 
violet iris (J. verna), water flag or western blue flag 
(I. missouriensis), western iris (I. tenax), and the 
beachhead-iris (Jris setosa). Another widespread 
group in the iris family is the blue-eyed grasses, for 
example, Sisyrinchium montanum. The blue-eyed 
grasses are found in a wide range of moist habitats 
and sometimes beside roads and other disturbed places. 


Horticultural irises 


Many species and cultivars in the iris family are 
grown in gardens and greenhouses for their beautiful 
flowers. These plants are typically propagated by split- 
ting their rhizomes, bulbs, or corms, and sometimes by 
seed. 


Various species of iris are cultivated in gardens. 
These include the yellow-flowered water-flag (Iris 
pseudacorus and blue-flowered species such as the true 
fleur-de-lis (J. germanica), the Siberian iris (J. sibirica), 
the stinking iris (J. foetidissima), and the butterfly iris 
(I. ochroleuca). Some cultivated species of iris have 
become naturalized in parts of North America and can 
be found in wild habitats and in old gardens near 
abandoned houses. 


Many of the approximately 80 species of crocuses 
are grown in gardens. In places where there is a snowy 
winter, crocuses are often bloom very soon after the 
snow melts and air temperatures become mild. The 
most commonly cultivated species is the European 
spring crocus (Crocus verna). 


Another commonly cultivated group is the gladi- 
olus, including Gladiolus byzantinus from southwest- 
ern Asia and many horticultural hybrids. The tiger 
flower(Tigridia pavonia) is native to Mexico and is 
sometimes cultivated in temperate gardens. 


Other economic products 


The world’s most expensive spice is said to be 
saffron, a yellow substance made from the blue-flow- 
ered saffron crocus (Crocus sativa) of the eastern 
Mediterranean region. The major expense of saffron is 
in labor costs because it takes the floral parts 600-800 
crocus flowers to make 0.035 oz (1 dry gram) of the 
spice. Saffron is used mainly to flavor and color foods, 
as in saffron rice. 


The rhizomes of the orris (Jris florentina) are used 
to manufacture perfumes and cosmetics. The rhizomes 
must be peeled and dried before their odor, much like 
that of violets (Viola spp.), will develop. 
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KEY TERMS 


Bulb—An underground thickened stem with many 
fleshy leaves surrounding a bud and fibrous roots 
emerging from the bottom. New shoots develop 
from bulbs at the beginning of the growing season. 
Corm—A thick broad vertically growing under- 
ground stem that is covered with papery leaves and 
from which new shoots develop at the beginning of 
the growing season. 

Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attributes. 
Cultivars are not sufficiently distinct in the genetic 
sense to be considered to be subspecies. 


Inflorescence—A grouping or arrangement of florets 
or flowers into a composite structure. 
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| Iron 


Iron is a metallic chemical element of atomic num- 
ber 26. Its symbol is Fe, atomic weight is 55.847, 
specific gravity is 7.874, melting point is 2,795°F 
(1,535°C), and boiling point is 4,982°F (2,750°C). 


Iron is one of the transition metals, occurring in 
group 8 of the periodic table. Four naturally occurring 
isotopes exist with atomic weights of 54 (5.8%), 
56 (91.7%), 57 (2.2%), and 58 (0.3%). In addition, 
six radioactive isotopes have been prepared, with 
atomic weights of 52, 53, 55, 59, 60, and 61. The 
element was originally known by its Latin name fer- 
rum, from which its chemical symbol is derived. 
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Rhizome—This is a modified stem that grows 
horizontally in the soil and from which roots 
and upward-growing shoots develop at the stem 
nodes. 


Stigma—tThe part of the female organs of a plant 
flower (the pistil) upon which pollen lands in the 
first stage of fertilization. 


Style—A stalk that joins the pollen-receptive surface 
of the stigma, to the ovary of the female organ of a 
plant (i.e., the pistil). Fertilization actually occurs in 
the ovary, which is reached by the male gametes 
through growth of an elongate pollen-tube from the 
pollen grain. 


General properties 


Iron is a silver-white or gray metal that is malle- 
able and ductile. In a pure form, it is relatively soft and 
slightly magnetic. When hardened, it becomes much 
more magnetic. Iron is the most widely used of all 
metals. Prior to its use, however, it must be treated in 
some way to improve its properties or it must be 
combined with one or more other elements to form 
an alloy. By far the most common alloy of iron is steel. 


One of the most common forms of iron is pig iron, 
produced by smelting iron ore with coke and limestone 
in a blast furnace. Pig iron is approximately 90% pure 
iron and is used primarily in the production of cast 
iron and steel. 


Cast iron is a term used to describe various forms 
of iron that also contain carbon and silicon ranging in 
concentrations from 0.5 to 4.2% of the former and 
0.2 to 3.5% of the latter. Cast iron has a vast array of 
uses ranging from thin rings to massive turbine bodies. 
Wrought iron contains small amounts of a number of 
other elements including carbon, silicon, phosphorus, 
sulfur, chromium, nickel, cobalt, copper, and molyb- 
denum. Wrought iron can be fabricated into a number 
of forms and is widely used because of its resistance to 
corrosion. 


Sources of iron 


Iron is the fourth most abundant element in 
Earth’s crust and the second most abundant metal, 
after aluminum. It makes up about 6.2% of the crust 
by weight. In addition, iron is thought to be the pri- 
mary constituent of Earth’s core as well as of siderite 
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meteorites. Soil samples taken from the moon indicate 
that about 0.5% of lunar soil consists of iron. 


The primary ores of iron are hematite (Fe2O3), 
magnetite (Fe30,4), limonite (FeO[OH] - nH,O), and 
siderite (FeCO3). The element also occurs as the sul- 
fide, iron pyrite (FeS), but this compound is not used 
commercially as a source of iron because of the diffi- 
culty in reducing the sulfide to the pure element. Iron 
pyrite has a beautiful golden appearance and it is 
sometimes mistaken for elemental gold. This appear- 
ance explains its common name of fool’s gold. Taconite 
is a low-grade ore of iron that contains no more than 
about 30% of the metal. 


In nature, oxides, sulfides, and silicates of iron are 
often converted to other forms by the action of water. 
Tron(II) sulfate (FeSO) and iron(II) bicarbonate 
(Fe(HCO3)2) are the most commonly found of these. 


How iron is obtained 


Iron is one of the handful of elements that was 
known to ancient civilizations. Originally, it was pre- 
pared by heating a naturally occurring ore of iron with 
charcoal in a very hot flame. The charcoal was obtained 
by heating wood in the absence of air. There is some 
evidence that this method of preparation was known as 
early as 3,000 BC, but the secret of ore smelting was 
carefully guarded within the Hittite civilization of the 
Near East for almost two more millennia. 


When the Hittite civilization fell in about 1200 BC, 
the process of iron ore smelting spread throughout 
eastern and southern Europe. Ironsmiths were soon 
making ornamental objects, simple tools, and weapons 
from iron. So dramatic was the impact of this new 
technology on human societies that the period follow- 
ing 1200 BC is generally known as the Iron Age. 


A major change in the technique for producing iron 
from its ores occurred in about 1773. As trees (and 
therefore the charcoal made from them) grew increas- 
ingly scarce in Great Britain, English inventor Abraham 
Darby (c. 1678-1717) discovered a method for making 
coke from soft coal. Since coal was abundant in the 
British Isles, Darby’s technique insured a constant sup- 
ply of coal for the conversion of iron ores to the pure 
metal. The modern production of iron involves heating 
iron ore with coke and limestone in a blast furnace, 
where temperatures range from 392°F (200°C) at the 
top of the furnace to 3,632°F (2,000°C) at the bottom. 
Some blast furnaces are as tall as 15-story buildings and 
can produce 2,400 tons of iron per day. 


Inside a blast furnace, a number of chemical reac- 
tions occur. One of these involves the reaction between 
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coke (nearly pure carbon) with oxygen to form carbon 
monoxide. This carbon monoxide then reacts with iron 
ore to form pure iron and carbon dioxide. Limestone is 
added to the reaction mixture to remove impurities in 
the iron ore. The product of this reaction, known as 
slag, consists primarily of calcium silicate. The iron 
formed in a blast furnace exists in a molten form 
known as pig iron that can be drawn off at the bottom 
of the furnace. The slag is also molten but less dense 
than the iron. It is drawn off from taps just above the 
outlet from which the molten iron is removed. 


Efforts to use pig iron for commercial and industrial 
applications were not successful. The material was quite 
brittle and objects of which it was made tended to break 
easily. Cannons made of pig iron, for example, were 
likely to blow apart when they fired a shell. By 1760, 
inventors had begun to find ways of toughening pig iron. 
These methods involved re-melting the pig iron and then 
burning off the carbon that remained mixed with the 
product. The most successful early device for accom- 
plishing this step was the Bessemer converter, named 
after its English inventor Henry Bessemer (1813-1898). 
In the Bessemer converter, a blast of hot air is blown 
through molten pig iron. The process results in the for- 
mation of stronger forms of iron, cast and wrought iron. 
More importantly, when additional elements, such as 
manganese and chromium, are added to the converter, a 
new product—steel—is formed. 


Later inventions improved on the production of 
steel by the Bessemer converter. In the open hearth 
process, for example, a charge of molten pig iron, 
hematite, scrap iron, and limestone is placed into a 
large brick container. A blast of hot air or oxygen is, 
then, blown across the surface of the molten mixture. 
Chemical reactions within the molten mixture result in 
the formation of either pure iron or, with the addition 
of alloying metals such as manganese or chromium, a 
high grade of steel. 


An even more recent variation on the Bessemer 
converter concept is the basic oxygen process (BOP). 
In the BOP, a mixture of pig iron, scrap iron, and scrap 
steel is melted in a large steel container and a blast of 
pure oxygen is blown through the container. The 
introduction of alloying metals makes possible the 
production of various types of steel with many differ- 
ent properties. 


How iron is used 


Alloyed with other metals, iron is the most widely 
used of all metallic elements. The way in which it is 
alloyed determines the uses to which the final product is 
put. Steel, for example, is a general term used to 
describe iron alloyed with carbon and, in some cases, 
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with other elements. The American Iron and Steel 
Institute recognizes 27 standard types of steel. Three 
of these are designated as carbon steels that may con- 
tain, in addition to carbon, small amounts of phospho- 
rus and/or sulfur. Another 20 types of steel are made of 
iron alloyed with one or more of the following elements: 
chromium, manganese, molybdenum, nickel, silicon, 
and vanadium. Finally, four types of stainless and 
heat-resisting steels contain some combination of chro- 
mium, nickel, and manganese alloyed with iron. 


The number of commercial products made of iron 
and steel is very large indeed. The uses of these two 
materials can generally be classified into about eight 
large groups, including (1) automotive; (2) construction; 
(3) containers, packaging, and shipping; (4) machinery 
and industrial equipment; (5) rail transportation; (6) 
oil and gas industries; (7) electrical equipment; and (8) 
appliances and utensils. For example, steel is widely 
used in many types of construction. It has at least six 
times the strength of concrete, another traditional 
building material, and about three times the strength 
of special forms of high-strength concrete. A combi- 
nation of these two materials, reinforced concrete, is 
one of the strongest of all building materials available 
to architects. The strength of steel has made possible 
some remarkable feats of construction, including very 
tall buildings (skyscrapers) and bridges with very wide 
spans. It has also been used in the manufacture of 
automobile bodies, ship hulls, and heavy machinery 
and machine parts. 


Metallurgists have also invented special iron alloys 
to meet very specific needs. Alloys of cobalt and iron 
(both magnetic materials themselves) can be used in the 
manufacture of very powerful permanent magnets. 
Steels that contain the element niobium (originally 
called columbium) have unusually great strength and 
have been used, among other places, in the construction 
of nuclear reactors. Tungsten steels are also very strong 
and have been used in the production of high-speed 
metal cutting tools and drills. The alloying of aluminum 
with iron produces a material that can be used in AC 
(alternating current) magnetic circuits since it can gain 
and lose magnetism very quickly. 


Metallic iron also has other applications. Its nat- 
ural magnetic properties make it suitable for both 
permanent magnets and electromagnets. It is also 
used in the production of various types of dyes, includ- 
ing blueprint paper and a variety of inks, and in the 
manufacture of abrasives. 


Biochemical applications 


Iron is essential to the survival of all vertebrates. 
Hemoglobin, the molecule in blood that transports 
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oxygen from the lungs to an organism’s cells, contains 
a single iron atom buried deep within its complex 
structure. When humans do not take in sufficient 
amounts of iron in their daily diets, they may develop 
a disorder known as anemia. Anemia is characterized 
by a loss of skin color, a weakness and tendency to 
faint, palpitation of the heart, and a general sense of 
exhaustion. 


Iron is also important to the good health of plants. 
It is found in a group of compounds known as por- 
phyrins that play an important role in the growth and 
development of plant cells. Plants that lack iron have a 
tendency to lose their color, become weak, and die. 


Chemistry and compounds 


Iron typically displays one of two valences in 
forming compounds, 2~ and 3*. According to the 
older system of chemical nomenclature, these classes 
of compounds are known as the ferrous and ferric 
salts, of iron respectively. Because of the abundance 
of oxygen in the atmosphere, most naturally occurring 
iron compounds tend to be in the higher (3~) oxida- 
tion state. 


One of the most widely used of iron compounds is 
iron(III) (or ferric) chloride, FeCl3. When added to 
water, it reacts with water molecules forming a thick, 
gelatinous precipitate of iron(III) hydroxide. The 
compound is used in the early steps of water purifica- 
tion since, as the precipitate settles out of solution, it 
traps and carries with it organic and inorganic par- 
ticles suspended in the water. Iron(IIJ) chloride is also 
used as a mordant, a substance used in dyeing that 
binds a dye to a textile. In gaseous form, the com- 
pound has still another use. It attacks and dissolves 
metal and can be used, therefore, for etching. Printed 
circuits, for example, are often first etched with 
iron(III) chloride. 


Iron(I]) (ferrous) compounds tend to oxidize 
rather easily and are, therefore, less widely used than 
their 3* cousins. Iron(II) (ferrous) sulfate is an impor- 
tant exception. In solid form, the compound tends not 
to oxidize as readily as other Fe? compounds and is 
used as an additive for animal feeds, in water purifi- 
cation, in the manufacture of inks and pigments, and 
in water and sewage treatment operations. 


From a commercial standpoint, probably the 
most important chemical reaction of iron is its ten- 
dency to oxidize. When alloys of iron (such as the 
steels) are used in construction, a major concern is 
that they tend to react with oxygen in the air, forming 
a coating or iron oxide, or rust. The rusting process is 
actually a somewhat complex process in which both 
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KEY TERMS 


Blast furnace—A structure in which a metallic ore 
(often, iron ore) is reduced to the elemental state. 


Ductile—Capable of being drawn or stretched into 
a thin wire. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Malleable—Capable of being rolled or hammered 
into thin sheets. 


Transition metal—An element found between 
groups IIA and IIIA in the periodic table. 


oxygen and water are involved. If one or the other of 
these materials can be prevented from coming into 
contact with iron, oxidation will not occur. But if 
both are present, an electrochemical reaction is initi- 
ated, and iron is converted to iron oxide. 


Each year, billions of dollars are lost when iron- 
containing structural elements degrade or disintegrate 
as a result of oxidation (rusting). It is hardly surpris- 
ing, therefore, that a number of techniques have been 
developed for reducing or preventing rusting. These 
techniques include painting, varnishing, galvanizing, 
tinning, and enameling. 
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| Irrational number 


An irrational number is a number that cannot be 
expressed as a fraction, that is, cannot be written as 
the quotient of two whole numbers. As a decimal, 
an irrational number is shown by an infinitely long 
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nonrepeating sequence of numbers. Examples of com- 
monly used irrational numbers are 1 (pi, the ratio of 
circumference to diameter of a circle); e, base of the 
natural logarithms); and 2 (that number which mul- 
tiplied by itself equals 2). There is an infinite number 
of irrational numbers. 


See also e (number); Rational number. 


l Irrigation 


Irrigation is the process of bringing a water supply 
to a dry region especially with regards to the growing 
of crops. The practice of diverting water from natural 
resources to crops has been practiced for at least 7,000 
years. The earliest methods, as practiced in places like 
the areas surrounding the Nile river basin, included 
digging channels to allow water from the river during 
flood periods to reach cultivated fields along the riv- 
er’s banks. Ancient farmers also built dikes to help 
retain the water on the flooded land. Other early irri- 
gation techniques included the construction of diver- 
sion dams and the use of machinery to lift the water 
and irrigate land that was higher than the flood plains. 
Evidence of early irrigation systems has been found in 
North America, South America, the Middle East, and 
in China and India. 


Surface irrigation system techniques include sur- 
face flooding, furrow flooding, and dead-level surface 
flooding. In surface flooding the whole land area to be 
irrigated is flooded with water. This technique is good, 
for instance, for growing rice. Furrow flooding 
involves planting trees or crops between shallow 
trench-like channels and flooding the area. In arid 
regions, dead-level surface irrigation, where fields are 
leveled to a zero slope, is practiced. 


Closed-conduit irrigation includes sprinkler sys- 
tems, bubbler irrigation, and drip or trickle irrigation. 
Gardeners, as well as farmers, commonly use these 
techniques. Sprinkler systems pump water through 
pipes or hoses to the sprinkler, which can be fixed or 
mobile. Bubbler and drip systems periodically supply 
water to the roots of one or more plants. These systems 
are constructed of tubing or pipes. Drip systems 
deliver water slowly and are the most conservative 
users of water resources. They are particularly favored 
in arid regions, such as the southwest area of the 
United States, Australia, and the Middle East. 


Around the beginning of the nineteenth century, 
there were about 20 million acres (8 million ha) of the 
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world’s land under the use of irrigation. By the start of 
the twentieth century, the figure had risen to 99 million 
acres (41 million ha). In 2005, now in the twenty-first 
century, there is about 675 million acres (273 million ha) 
worldwide, about 18% of agriculturally productive 
land that is routinely irrigated. More than 60% of 
the irrigated land is contained within a few coun- 
tries—China, India, Pakistan, the United States, and 
parts of the countries of the former Union of Soviet 
Socialist Republics (USSR). Since becoming inde- 
pendent in 1947, India has developed over 700 irriga- 
tion projects, more than doubling the amount of land 
they irrigate, which exceeded 100 million acres (41 
million ha) by the late 1980s. 


In China, where irrigation has been used since the 
third century BC, irrigated land doubled and tripled in 
some areas after the completion of dam projects 
undertaken since World War II (1939-1945). The pri- 
mary irrigation crop in China is rice, but they also 
irrigate their wheat and cotton fields. One dam, the 
Tujiang on the Min River, was built around 300 BC 
and is still in use. Tujiang Dam is the source of water 
for 50,000 acres (202,000 ha) of land. 


While the purpose of irrigation is to produce a 
better crop yield, the need for irrigation varies depend- 
ing upon seasonal and climatic conditions. Some 
regions need crop irrigation all year, every year; 
some only part of the year and only in some years; 
and others need to irrigate only during seasons of 
water shortage from rainfall. In Iraq and India, for 
instance, irrigation is absolutely necessary in order to 
grow crops, since rain cannot be depended upon in 
those regions. In other areas, irrigation may be used 
only as a backup in case there is not sufficient rainfall 
during a crop’s growing season. This is termed supple- 
mental irrigation. 


The problem of salinization 


Salinization is a major problem associated with 
irrigation, because deposits of salts build up in the soil 
and can reach levels that are harmful to crops. In 
addition, the salts can make ground water, which 
may be in use for drinking, saltier and unsuitable for 
drinking. It is mostly in arid and semiarid regions 
where the problem of high salt content deposited 
from irrigation threatens crops. 


Drip irrigation is a technique that can be used in 
areas where the ground water level is high and in 
danger of suffering from a high salt content. Where 
salinization is a problem to plants, enough water can 
be added to the irrigation process to leach salts away 
from plant roots. When the danger of salinization is to 
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the water table, it is necessary to add drainage to the 
irrigation system away from the water table. 


Crops have different salt tolerances and their 
selection in relation to the salinity of the soil is an 
advisable practice. Among the common crops that 
have a high salt tolerance are red beets, spinach, 
kale, asparagus, sugar beets, barley, cotton, date 
palms, and some grasses used for animal feed, such 
as wild rye and wheat grass. Crops that have a low 
tolerance for salinity include radishes, celery, green 
beans, fruits such as pears, apples, oranges, grapefruit, 
plums, apricots, peaches, strawberries, lemons, and 
avocados, and a number of clovers that are used for 
animal grazing. 


Areas in the world where farming is threatened by 
high salinity include the Indus Basin in Pakistan where 
they also face the problem of a rising water table. The 
Imperial Valley in California, formerly productive 
agricultural lands in South America, China, India, 
Iraq, and many other regions throughout the world 
are all facing the threat of losing fertile land because of 
salinization. After the building of the Aswan Dam in 
Egypt, the Nile River and the surrounding fields that 
had been irrigated successfully for over 5,000 years 
became threatened by high salinity in the water. 


The main technique used to reclaim land that has 
developed a high salt content from irrigation is a 
leaching process. This is based on a careful analysis 
of the soil and the amount of water that must be 
applied to reach a level of acceptable salt content. 
One problem of leaching is that other nutrients needed 
by the crops, besides the undesirable salts, may also be 
leached from the soil. Consequently, nutrients often 
need to be replaced after an area is reclaimed from 
high salinization. 


Irrigation systems 


The planning of irrigation systems is highly speci- 
alized and requires the help of agricultural engineers 
who understand not only the design and construction 
of irrigation systems, but also farm management and 
mechanization, soil science, crop husbandry, and the 
economics of farming. The engineer’s education in 
these related fields is important so that he or she is 
able to design an irrigation system that is appropriate 
to the type of farming in the area that is to be irrigated. 


Before an irrigation system can be built, a number 
of important studies must be made. Among them 
would be a survey of land and water resources, a 
study of the current uses of the area, a proposal for 
an irrigation system, cost estimates of the project, and 
a projection of its economic benefits. A large regional 
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or national project might also include the economic 
and material resources for the project that are avail- 
able by the particular entity, the cost of construction 
and administration of the project, the financing and 
marketing of the project to individual farmers, and the 
training of personnel to carry out the project. 


Among the specific surveys that must be made 
before an irrigation system is constructed are soil, 
water, and topographic surveys. Sometimes critical 
decisions must be made about the destruction of 
monuments from antiquity. For instance, when the 
Aswan Dam was built, some important statues from 
ancient Egyptian culture were lost because they were 
covered by water. Another important consideration 
for building a new irrigation project is whether it will 
change the current farm practices, and if so, how to 
educate farmers to new methods. Foremost at issue is 
the consideration of how an irrigation system will 
impact the farmers and farming in the area. 


Surface irrigation 


In surface irrigation systems, the area to be cov- 
ered with water is sloped away from the supply chan- 
nel so that the water will flow over the entire area with 
the water moving both across the surface to be irri- 
gated and filtering down to the root bases of the plants 
in the field. Among the variations of surface irrigation 
are the techniques of furrow irrigation, border strips, 
basins, and wild flooding. 


Furrow irrigation has the advantage of allowing 
the crops to be tended shortly after watering periods. 
The system is useful for crops that are grown in rows 
that can be separated by furrows (shallow ditches) 
along the rows. The furrows are usually dug along 
the line of the slope, but sometimes they run perpen- 
dicular to it. The problem with cross cutting the fur- 
rows on a slope is that it may collapse during irrigation 
periods from the force of the water. 


The preferred method of supplying water to the 
furrows is to siphon water from a main source and 
carry it through plastic or aluminum pipes set in a 
main ditch at the head of the field. Another ditch at 
the end of the furrows collects excess water and runs it 
along to lower lying fields. The best incline for furrow 
irrigation is one from 0 to 5% slope. Crops are usually 
planted on the rise between the furrows, but some- 
times trees are planted at the bottom of the furrow. 
Since there is less water surface in this method, evap- 
oration of water is less than in surface flooding. 


In pastures where there are crops that grow closely 
together border strips may be used. In this system, a 
main ditch is constructed along the highest end of the 
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slope and banks, called checks, which can be built as 
much as 70 ft (21 m) apart. Water is then siphoned 
from the main ditch onto the strips where the crops are 
grown. Sometimes the banks are replaced with border 
supply ditches, which allow more control over the 
release of water. This system is often used in research 
studies. In hilly areas contour ditches are built that 
follow the contour of a hill. They are carefully graded 
to control the flow of water. 


For landscapes, gardens, and the watering of indi- 
vidual trees, the use of basins may be a suitable method 
of irrigation. The area to be irrigated is surrounded by 
banks (checks) and then watered from a main source 
along a high point in the basin. A drain is also placed 
along the major depression of a basin to allow water to 
run off. This system is easy to build since it requires very 
little movement of earth. It is usually built around the 
natural contours of the area. Where the land is 
extremely steep, an adaptation of basin irrigation called 
terracing can be used. Here basins are created in a step 
fashion along the slope of the hill. At the end of each 
basin step, a check is built. Basin watering is not gen- 
erally recommended for flat ground. 


While wild flooding is still practiced, it is not 
recommended by agricultural engineers because the 
water distribution is uneven and can lead to high saline 
contents in the soil and to waterlogging. The crop 
yields are consequently unpredictable. 


Sub-irrigation 


In areas where the topsoil is of high quality and 
porous and there is an underlay of clay soil that 
absorbs water slowly, conditions exist for natural 
sub-irrigation, provided that the water table is high. 
Ditches dug along the fields can be used to monitor the 
water level and to also replenish the water supply when 
itis low. Where there is little or no rainfall and the salts 
in the water build up on the surface of the soil, leaching 
is carried out. To overcome excess rain in areas where 
sub-irrigation systems are in use, water can be 
removed by pumping or using natural gravity features 
available in the terrain, that is, slopes and depressions 
in the ground. 


When sub-irrigation is desired but the conditions 
are not available naturally, pipes with evenly distrib- 
uted punctures can be buried underground. A diffi- 
culty involved with these systems is that they can be 
damaged when the soil is being cultivated. These sys- 
tems also work by the use of natural sloping features in 
the terrain or by pumping water through the pipes. 


Drip irrigation, which is not actually sub-irrigation, 
but uses some of the same principles as in sub-irrigation, 
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KEY TERMS 


Checks—Banks used to contain water in surface 
irrigation systems. 


Closed-conduit irrigation—Systems that use pipes 
to distribute water. 


Emitter—A device that releases water, such as 
those used in drip irrigation or sprinklers used in 
overhead irrigation. 


Furrows—Ditches running along rows of crops 
where water is siphoned for irrigation. 


Overhead irrigation—The distribution of water 
above ground, as through the use of sprinklers. 


Salinization—The accumulation of salt compounds 
in water. 


Sub-irrigation—The distribution of water from 
below ground to plants from natural or by artificial 
means. 


Supplemental irrigation—Periodic distribution of 
water to agricultural crops. 


Surface irrigation—When fields are flooded with 
water or distributed through shallow ditches, 
basins, or channels. 


Terracing—tThe creation of step-like basins on hilly 
ground in order to irrigate crops grown there. 


delivers water slowly to the root areas of plants. Here, 
too, pipes are used as the channels for transporting the 
water and emitters are placed to water plants directly. 
While it is economical to use because there is little 
waste of water and evaporation is at a minimum, 
initial costs of installing drip irrigation systems are 
higher than other methods. There is also a tendency 
for emitters to become clogged by the salts in the 
water. Salts, however, do not build up around the 
roots of plants in drip irrigation systems. 


Overhead irrigation 


These systems use a pumping unit, conveyor 
pipes, and some form of sprinkler mechanism. Of all 
the irrigation systems, they most resemble natural 
rainfall. Some systems are fixed and use pipes laid on 
the ground with risers that have a sprinkling nozzle at 
the top that rotates 360 degrees. The size of the water 
droplets, the speed of rotation, and the evaporation 
rate are considerations in selecting sprinkler systems, 
since these all have an effect on the soil. An added use 
of sprinkler systems is that they can in some situations 
be used for frost protection. 
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Besides fixed systems, mobile sprinkling systems 
are in use in the United States and Great Britain. 
Portable systems use a pump at the water source to 
pump the water into a main line that is laid throughout 
the field. The sprinkler units are moved from field to 
field for irrigation of crops. Other mobile sprinkling 
systems use a device called a rain gun, which has a 
nozzle with a large diameter. 
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Vita Richman 


l Island 


An island is a land mass smaller than a continent 
and is completely surrounded by water. That distinc- 
tion, although somewhat artificial, suggests that dif- 
ferent geologic forces act to create and maintain 
islands versus continents. Because of their size and 
degree of isolation, islands further differ from conti- 
nents in their natural environments—in the biological 
systems they support, in their rate of response to 
change, in their ability to recover from ecological 
disaster. 


The plants and animals found on islands can be 
unusual in the sense that they live nowhere else. The 
seemingly skewed distribution of populations on 
islands, compared with that on a continent, results in 
part from the small size of islands; they cannot carry a 
representative zoo, and, without migration in from 
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An uninhabited island, off Jost Van Dyke, British Virgin 
Islands. (© Corbis.) 


outside, the extinction of one life form might leave a 
gaping hole in the biota. Also, the water surrounding 
islands acts as a barrier to the passage of some life 
forms, particularly large mammals, but encourages 
the migration of others, such as birds and insects. 
Because of their relative isolation and the potentially 
unique biota that may be established on them, islands 
have been known, at least since the time of Charles 
Darwin, as natural laboratories of evolution. 


Island types 


The islands discussed here are of three kinds: con- 
tinental islands, oceanic islands, and coral islands. Not 
discussed are inland islands, such as islands found in 
the middle of a lake. 


Continental islands 


Continental islands are parts of the continental 
shelf that rise above the surrounding water. That is, 
they are situated on the shallow water margin of a 
continent, usually in water fewer than 600 ft (200 m) 
deep. Greenland, the largest island in the world, and 
Newfoundland are examples of continental islands. 
A drop in sea level would be sufficient to connect 
these islands to the North American continent. 


Another, rarer kind of continental island consists 
of small pieces of continental material that broke away 
from a land mass. These islands are now part of a 
separate crustal plate that is following an independent 
path. The Seychelles in the Indian Ocean were once 
associated with the Madagascar-India portion of the 
supercontinent Pangaea. With the breakup of Pangaea 
about 200 million years ago, the Seychelles began their 
independent existence. Their continental basement 
structure, however, clearly associates them with the 
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continents rather than with oceanic islands of volcanic 
origin. 


Oceanic islands 


Oceanic islands arise from volcanic action related 
to the movement of the lithospheric, continent-bearing 
crustal plates. Unlike continental islands, oceanic 
islands grow from oceanic crust. Oceanic islands are 
not scattered haphazardly about the deep ocean 
waters, but are aligned along tectonic plate boundaries 
where crust is being created or subducted. In addition, 
some arose as oceanic plates moved over fixed hot 
spots in the deeper mantle. 


Coral islands 


Coral islands are distinct from both continental 
islands and oceanic islands in that they are formed of 
once living creatures, the corals, which colonize in 
place to form coral reefs. 


Barrier islands 


Unrelated to this three-part classification of 
islands are islands of a fourth kind, barrier islands. 
Barrier islands occur in shallow-water coastal areas 
and are composed of unconsolidated sediment, usu- 
ally sand. Barrier islands form 15% of all coastline in 
the world, including most of the coastline of the con- 
tinental United States and Alaska, and also occur off 
the shores of bays and the Great Lakes. Some barrier 
islands are stable enough to support houses or an air- 
port runway; others are short-lived, moved annually 
by winter storms and reestablished by wave and tidal 
action. As their name suggests, they afford some pro- 
tection to the mainland from erosion. 


How many islands? 


Islands are intrinsically impermanent. The more 
stable oceanic islands last a relatively brief time of 
5-10 million years. Some islands drown, a result of 
erosion, subsidence of the ocean crust, or rising sea 
level. Sea levels are related in part to the amount of 
water bound up in the polar ice caps or released into 
the oceans; and the size of the polar ice caps is related 
to a variety of factors including variations in the posi- 
tions of continents, the orientation of Earth’s axis, and 
the amount of cloud cover. 


Sea level is fairly high now; it was lower during the 
Little Ice Age, circa fourteenth to nineteenth century, 
and even lower about 18,000 years ago. A lowering of 
sea level brings back into view drowned islands. 
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Ongoing volcanism continues to add to existing 
islands and create new ones. An example is Surtsey, off 
the southern coast of Iceland, which came into 
existence with a submarine volcanic explosion on 
November 14, 1963, and has continued to accrete sur- 
face area as the ongoing lava flows cool. There are also 
islands that appear intermittently. 


Because islands come and go, the number of 
islands in existence cannot be established except in 
relation to a proscribed time period—a human gener- 
ation, or a century or two. With the discovery of some 
islands in the Russian Arctic in the mid-twentieth 
century, however, it is thought that no islands remain 
to be discovered in our time. Satellite and ship-based 
scanning equipment is now being used to search for 
islands whose positions appear on nautical maps but 
which have themselves disappeared, and to identify 
underwater sites of new island formation. 


Island formation 


The classification of islands based on their 
foundation—continental crust versus oceanic crust 
versus corals—as given above has been around in 
some form since it was first addressed by Darwin in 
1840. A study of island formation, however, shows 
different geologic events contributing to the genesis 
of different kinds of islands. The following discussion 
of island origins is limited to islands that do not have 
the geological characteristics of continents, namely, 
oceanic islands and coral islands. 


Oceanic islands 


The development of plate tectonics theory in the 
1960s greatly aided scientists’ understanding of the 
genesis of islands. Oceanic islands originate in vol- 
canic action typically associated with the movement 
of the lithospheric plates. 


The lithosphere is the major outer layer of the 
earth. It consists of the crust—both continental and 
oceanic-and upper mantle, and ranges from the sur- 
face to 62 mi (100 km) deep, although subducted crust 
has been remotely detected at depths of 620 mi (1,000 km). 
(For comparison, the average radius of Earth is 4,173 
mi [6,731 km].) The lithosphere is divided into rigid, 
interlocking plates that move with respect to one 
another. 


There are 11 major plates (two of which seem to be 
fracturing) and many smaller ones. The plates move 
over the next lower layer, the asthenosphere (a sort of 
crystalline sludge), perhaps by thermal convection, at 
an average rate of 4-4.5 in (10-11 cm) per year. The 
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plate boundaries tend to move away from each other 
at mid-ocean ridges and to approach each other at the 
edges of continents. 


At the mid-ocean ridges, magma wells up and 
cools, forming mountains. At the same time, existing 
sea floor spreads apart, and new sea floor is created. 
As sea-floor spreading continues, the mountains, 
which sit on ocean crust, are carried away from the 
mid-ocean ridge and therefore away from the source 
of new lava deposits. Many of these undersea moun- 
tains, as a result, never grow tall enough that their tops 
could emerge as islands. These submarine mountains 
are known as seamounts. It is possible to date with 
some accuracy the age of seamounts by measuring 
their distance from the ridge where they were born. 


A major exception to the nonemergence of moun- 
tains formed at mid-ocean ridges is the volcanic island 
of Iceland, which has had a more complicated history; 
it was formed both by upwelling magma from the mid- 
Atlantic ridge and by volcanism over a hot spot deeper 
in the mantle, which also contributed to upwelling 
magma in the same area. The hot spot, active for 
about 55 million years, has since cooled, and the 
mid-Atlantic ridge has shifted abruptly from its pre- 
vious position to a position somewhat eastward. It is 
still active, producing lava from volcanoes, the flows 
of which sometimes close harbors. Iceland is one of the 
few places on Earth where a mid-ocean ridge has risen 
to the land’s surface and become visible. 


Volcanoes producing lava flows and occasional 
seamounts, and more rarely emerged islands, charac- 
terize divergent plate boundaries at the mid-ocean 
ridges. However, converging plate boundaries—two 
plates coming together—are characterized by volca- 
noes that often produce emerged islands, as well as by 
forceful earthquakes and deep oceanic trenches, such 
as the Marianas Trench. Most plates that converge do 
so at the edges of continents. 


When two plates meet, the plate carrying the heav- 
ier oceanic crust is subducted as the plate carrying the 
lighter continental crust is pushed over it. At the point 
of subduction a deep trench develops; and parallel to 
it, on the lighter plate, volcanic action produces a row 
of islands. (The magma involved in the volcanism 
comes from melting of the oceanic crust as it is sub- 
ducted.) These island groups are called island arcs, 
after their curved pattern. An island arc with active 
volcanism is called a back arc. Between the back arc of 
the system and its associated trench there may be a 
second, nonvolcanic arc of islands, called the front arc, 
that is thought to be caused by upthrust of crust from 
the lighter plate. The front arc may lie below the sur- 
face of the water and not be readily visible. 
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Island formation occurs at intraplate locations 
(anywhere between the boundaries) as well as at 
plate boundaries. It is reasoned, with strong scientific 
support, that some of these mid-plate volcanic islands 
resulted from passage of a lithospheric plate over a 
thermal plume rising from a fixed hot spot deeper in 
the mantle layer. 


The formation of the Hawaiian-Emperor island 
chain in the north Pacific is attributed to this mecha- 
nism. The hot spot is thought to be located near the 
Loiki Seamount and to be causing the currently active 
volcanoes of Mauna Loa and Kilauea on the island of 
Hawaii. The chain trends northwestward, with the 
oldest islands at the northwestern end. As the Pacific 
plate drifts, at a rate of 4in (10 cm) per year, areas that 
had been positioned over the hot spot and so subject to 
volcanism, lava accumulation, and island formation, 
move off the hot spot and cool down. Their position is 
then taken by new areas of lithosphere that drift over 
the thermal plume and a new island begins to form on 
the sea floor. 


This scenario would explain why some of the ani- 
mals populating the Hawaiian islands are older than 
the islands themselves. Because of the relative close- 
ness of the islands to each other and the slow pace of 
the Pacific plate’s drift, animals theoretically could 
have had time to raft, swim, or fly from the older, 
now submerged islands at the northern end of the 
chain toward the younger, more southerly islands, 
which are not submerged. By island hopping over geo- 
logical time, some of the original species may eventu- 
ally have made their way to islands that had not yet 
come into existence at the time the animals established 
a presence on the islands. 


The hot spot model works well for the Hawaiian- 
Emperor island chain but does not explain all intra- 
plate clusters or chains of islands. Indeed, one of the 
problems facing oceanographers is the association of 
islands whose formation can easily be described by 
global and local conditions with islands that appear 
not to have been produced by the same processes. 


Coral islands 


Coral islands are (usually) low-lying islands 
formed by hermatypic, or reef-building, corals, chiefly 
scleractinian corals and hydrocorallians. Reef-building 
corals occur in a broad band stretching around 
the globe from 25 degrees north of the equator to 
25 degrees south of the equator and require an average 
water temperature of about 68—77°F (20-25°C). They 
do not grow below 165 ft (50 m) in depth. They also 
have specific needs for water salinity, clarity, calmness, 
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and sunlight. Sunlight aids in formation of the living 
corals’ exoskeleton, and so aids in reef-building. Corals 
anchor on something—seamounts, submarine slopes 
of islands, or debris such as abandoned army vehicles 
and bedsprings—and therefore are generally found at 
the edges of continents or existing islands. If the surface 
of a reef emerges into the air—through, for example, 
a slight drop in sea level—the creatures dry up and die. 
The exposed, dead surface of the reef then serves as a 
platform for the accumulation of sediment, which may 
in turn become sufficient to support plant and animal 
life. Thus, offshore islands in tropical and semitropical 
zones around the world often have a core of emerged, 
dead coral reef. For example, a reef that emerged in 
about 3450 BC provided the base on which all of the 
islands in the Maupihaa Atoll, in the Society Islands, 
are founded. Indeed, study of the rate of uplift of 
emerged coral reefs has helped scientists determine 
local sea levels in past eras. 


Island biogeography 


Islands may be regarded as closed ecosystems. 
Although this is not true in every case—witness the 
island-hopping of species on the Hawaiian-Emperor 
island chain—or at all times for any given island, the 
relative isolation of islands has made them an ideal 
setting in which to explore theories of evolution and 
adaptation. 


Two words frequently used in relation to island 
environments are equilibrium and change. Ecosystems 
in equilibrium are assumed to have reached steady 
state, with very slow rates of change. No more is 
taken out of the ecosystem than is replenished; predator- 
prey relationships remain constant, and die-offs are 
balanced by new colonization. Whereas the individual 
species involved in these interactions may change, the 
overriding patterns do not. The equilibrium model of 
insular biogeography was formally stated in the 1960s 
by R. H. MacArthur and E. O. Wilson and has been 
used to, among other things, establish and manage 
natural preserves on both islands and mainlands. 


Environments in equilibrium are, of course, sub- 
ject to change. A catastrophic storm can destroy a 
large sector of the biota; land bridges come and go. 
The changes introduced by the entry of other life 
forms into the closed system of an island, however, 
can have dramatic immediate effects. Island environ- 
ments may have permissive or controlling effects on 
organisms that attempt to establish a presence. Among 
the permissive effects, or opportunities for coloniza- 
tion, is the availability of unoccupied biological 
niches. Unfilled niches appear to hasten organismal 
radiation, the evolutionary branching of species. On 
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the Hawaiian islands, for example, the native, or 
endemic, family of birds known as honeycreepers has 
branched into 23 species, many adapted to different 
feeding niches—seeds, insects, and so on. Further, the 
beaks of the birds have adapted to extracting the 
different diets from different tree species—a remark- 
able series of adaptations. 


Among the controlling effects that islands have on 
would-be immigrants is simple inhospitality. Volcanic 
or coral islands lacking sufficient layers of sediment to 
grow plants, for example, would not be attractive or 
even feasible as a home for many kinds of animals, 
including agricultural humans. 


Once a breeding pair of immigrants has success- 
fully penetrated the isolation of an island and taken up 
residence there, it can profoundly affect the existing 
dynamics of the island’s ecosystem. Human-induced 
change is particularly devastating to islands. The 
domestic goats and rabbits introduced by human col- 
onizers can denude a small island of succulent vegeta- 
tion in less than a year, and dogs can turn small 
mammals into prey. If plants to a goat’s liking are 
not available or if steep ravines effectively corral 
dogs’ activity, the ecosystem effects may be finite—if 
one does not consider the ticks and other disease car- 
riers that may be introduced with the immigrants. 
Thus, the interactions between islands and migrant 
species are a two-way street; migrant species propose 
entering (and potentially changing) the closed system 
of an island’s environment, and the environment per- 
mits or controls the success of such entry. 


The question of closed versus open systems 
becomes highly interesting in the case of endemic 
island species—species native to an island, and per- 
haps found nowhere else. Did they evolve in place 
from an extinct ancestor? Did they island-hop from 
now drowned islands? If a land bridge was ever avail- 
able, were the species around to use it? Local condi- 
tions rather than grand theories are usually called on 
to answer such questions, although the answers may in 
turn support grand theories. In many cases the 
answers remain perplexing. For example, it is esti- 
mated that more than 40% of the species of marine 
molluscs on the shores of Easter Island and a neigh- 
boring island are endemic. This is a startlingly high 
figure, for the islands are considered too young for 
evolution alone to have resulted in such prolific and 
successful branching. The molluscs may have origi- 
nated from the shores of drowned islands in the 
region. The finding of old endemic species on young 
islands has led to some changes in the temporal boun- 
daries of the geologic time scale, which are linked to 
index species. 
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The closed-system model of islands is useful for 
making inferences about evolution and adaptation but 
does not necessarily agree completely with reality. 
Immigrant species do colonize islands, with the colo- 
nization rate correlated with closeness to the mainland 
and size of the animal. Animals reach islands by swim- 
ming, rafting (on floating logs or matted leaves), fly- 
ing, transport by carriers (a tick on a dog), or walking 
on frozen ice. The success rate need not be very high to 
develop thriving animal populations on islands. It is 
estimated that the arrival of one breeding pair every 
few hundred thousand years would have been enough 
to build the rich species diversity of the Philippine 
Islands. Over geological time, that amounts to a 
large number of accidental tourists. 


A second metaphor has therefore arisen, that of 
islands (more specifically, interisland distance) as a 
filtering mechanism. The filter has, again, permissive 
and controlling effects. In a hypothetical series of five 
islands extending outward in a line from a species-rich 
mainland, large mammals may never get beyond the 
first island, small mammals and tortoises may be fil- 
tered out by the third island, and the fifth island may 
be colonized only by fliers—birds, bats, and insects. 
Such a filtering effect has been recorded in islands 
extending eastward from New Guinea; the last walla- 
bies and marsupials occur on the close islands New 
Britain and New Ireland, the last frogs on the 
Solomon islands, the last snakes on Fiji, and the last 
lizards on the island of Tonga. Biologists studying the 
biota on filtering islands consider the energy expendi- 
ture needed for animals to reach a distant goal and the 
adaptations species may have had to make to consume 
local food. 


Island economics 


Islands provide a variety of economic features. In 
addition to fish (and animals that feed on fish) as a 
food source, shells have been used as money and 
exported in jewelry. Coral has many uses, including 
manufacture into road-building material, jewelry, and 
small implements. Harbors promote ocean trade. 
Snorkeling draws tourists, and some tropical woods 
are in high demand. 


Island ecosystems, however, are coming under 
intense pressure from human use as industrialization 
continues. Management of island resources by legis- 
lation that prevents or limits certain activities has not 
worked well in developing countries, where individuals 
increasingly rely on harvest of local resources for sub- 
sistence or to improve their standard of living. Islands 
with developing economies may also lack scientists 
and government ministers trained in the long-term 
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KEY TERMS 


Biogeography—tThe distribution and relationship 
of plants and animals to a geographic locale. 


Island arc—An curved row of islands of volcanic 
origin that develops where two lithospheric plates 
converge, usually near the edge of a continent, and 
associated with the formation of a deep trench 
parallel to the arc as oceanic crust is subducted. 


Magma—Hot, liquid material that underlies areas 
of volcanic activity and forms igneous rock; magma 
at Earth’s surface is called lava. 


care of island ecosystems. Such situations are being 
addressed on several fronts. International attention 
has been directed toward the renewable use of resour- 
ces and the training of island biologists. Island and 
marine parks have been proposed. As some island 
species are approaching extinction before their origins 
are known, scientists are increasingly concerned about 
raising awareness of the special features of islands and 
their contributions to geological and evolutionary 
knowledge. 


Resources 


BOOKS 
Tarbuck, E.J., F.K. Lutgens, and D. Tasa. Earth: An 


Introduction to Physical Geology. Upper Saddle River, 
NJ: Prentice Hall, 2004. 


Marjorie Pannell 


| Isoantibodies 


Isoantibodies are antibodies (proteins that defend 
against foreign agents, such as bacteria) in blood. 


Hemagglutination (clumping of red blood cells) 
reactions are used in the typing of blood. The presence 
or absence of antigens (a substance perceived as for- 
eign to the body), designated A and B, located on the 
surface of red blood cells is determined by employing 
the use of specific antisera (antibodies). Since an indi- 
vidual possesses antibodies to the opposite antigen, 
when anti-A antiserum is mixed with type B red 
blood cells, no hemagglutination will occur. Similarly, 
persons of blood type A will have anti-B in their 
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serum. Persons with type AB blood contain both A 
and B antigens on their red blood cells. Individuals 
with type O blood lack both A and B antigens, but 
they do have anti-A and anti-B in their serum. 


ABO blood types are controlled by three alleles 
(versions of genes): IA and IB are co-dominant and 
both are dominant over the recessive i. The homozy- 
gous recessive condition (i1) results in type O blood. 
A person with blood type A may have either of the 
following genotypes: IAIA or IAi. The genotype IAIB 
results in type AB blood. 


The Rh factor is a complex of over 30 different 
antigens on the surface of human red blood cells. The 
Rh factor that is routinely used in blood typing is the 
called the Rh, or D, antigen. The presence of the Rh 
factor is determined by a hemagglutination reaction 
between anti-Rh antiserum and red blood cells. 
Persons who have the Rh antigen are called Rh-positive. 
Rh-negative individuals do not naturally have anti-Rh 
in their sera. 


Isoantibodies are present in human serum. An 
individual possesses isoantibodies to the opposite A or 
B isoantigen. For example, persons of blood type A will 
have serum containing isoantibodies to the B antigen. 
Rh-negative individuals do not normally have anti-Rh 
antibodies in their sera. When red blood cells with Rh 
antigen are introduced into Rh-negative individuals, 
anti-Rh-antibodies are produced. 


In 1929, Kosaku Yosida established the existence 
of isoantibodies in body fluids other than blood (sal- 
iva, sinus secretions,etc.). By establishing the existence 
of serological isoantibodies in fluids other than blood, 
Yosida paved the way for far more sophistication in 
the forensic analysis of bodily fluids, along with the 
ability to use multiple means of identification of a 
single perpetrator of a crime. 


See also Antibody and antigen. 


Pamela V. Michaels 


| Isobars 


Isobars are lines that connect points of equal 
atmospheric pressure on weather maps. Isobars are 
similar to elevation contours on topographic maps, 
and can never cross each other. Meteorologists use 
isobars on weather maps to depict atmospheric 
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pressure changes over an area and to make predictions 
concerning wind flow. 


The term “isobar” originates from the Greek, isos 
(equal) and baros (weight). 


Isobars are drawn using data from mean sea-level 
pressure reports. Because most of the weather stations 
are not located at sea level, the pressure measured at 
every location is converted into sea level pressure 
before the isobars are drawn. The normal atmospheric 
pressure at sea level is defined as 1 atm of pressure or 
29.92 inHg (760 mmHg or 760 torr). This normaliza- 
tion process is necessary because atmospheric pressure 
lapses (decreases) with increasing altitude, and the 
pressure difference on the maps is intended to depict 
weather conditions, not elevation differences. 


Wind is a direct consequence of air pressure differ- 
ences. The greater the pressure contrast over an area, 
the shorter the distance between isobars on a weather 
map depicting the area. Wind blows from areas of high 
to low pressure. The greater the contrast in pressure 
difference between two areas, the faster the wind will 
blow, so closer isobars on a weather map predict 
higher velocity winds. 


Although the wind initially is controlled by the 
pressure differences, it is also modified by the influ- 
ence of the Coriolis effect and friction close to Earth’s 
surface. This is why isobars can only give a general 
idea about the wind direction and wind strength. 


A rule observed first in 1857 by Dutch meteorol- 
ogist Christoph Buys-Ballott (1817-1890) described 
the link between isobars and wind: In the Northern 
Hemisphere, if you stand with your back to the wind, 
the low pressure area is located on the left. In the 
Southern Hemisphere, standing with your back to 
the wind means that the low-pressure area is on the 
right. This is called Buys-Ballott’s law. 


Isobars can form patterns useful for weather anal- 
ysis or forecasting. A cyclone or depression is an area of 
curved isobars surrounding a low-pressure region with 
winds blowing counterclockwise in its center in the 
Northern Hemisphere. An anticyclone is an area of 
curved isobars surrounding a high-pressure area, and 
the wind blows clockwise in the center of an anticyclone 
in the Northern Hemisphere. Open isobars forming a 
V-shape define a through of low pressure while high- 
pressured, N-shaped, open isobars define a ridge of 
high pressure. These features are usually predictable, 
and associated with certain kinds of weather, making it 
easier to forecast weather for a particular area. 


See also Aerodynamics; Atmosphere, composition 
and structure; Atmospheric circulation; Barometer; 
Weather forecasting; Weather mapping. 
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Isomer is the term used to describe two or more 
chemical compounds which can be represented by 
the same chemical formula. There are two main 
types of isomers. Structural isomers differ from one 
another by the attachment of atoms on the molecule. 
Stereoisomers differ from on another by the location 
of the atoms in space. 


In the early 1800s two chemists, Friedreich Wohler 
(1800-1882) and Justus Liebig (1803-1873), realized 
that two chemical compounds might have the same 
elemental composition yet differ in the order in which 
the atoms were linked together. Therefore, it is possible 
that a given chemical formula may describe more than 
one compound. For example, propyl alcohol and iso- 
propyl alcohol both are represented by the same formula 
([{CH3],;>CHOH), but they are different compounds with 
different properties depending on whether the alcohol 
group (also known as the hydroxyl group) is located on 
a terminal (end) carbon atom or on the middle carbon 
atom. This form of isomerism is known as positional, 
or structural, isomerism. Positional isomerism occurs 
because the various sites where groups are attached are 
not equivalent. This principle is demonstrated by the 
molecule known as benzene, which consists six carbon 
atoms arranged in a ring. These carbon atoms provide 
benzene with six different positions where other chem- 
ical groups can be substituted for hydrogen atoms. A 
substituted benzene ring such as toluene can accept 
another substituent on any of the other five carbon 
atoms; but because two pairs are equivalent, there are 
only three possible isomers (ortho, meta, and para). 


Another type of structural isomerism is chain iso- 
merism. This type occurs among chemical compounds 
known as alkanes, which consist of chains of carbon 
atoms. These carbon atom chains can be configured as 
either a straight or branched chain with exactly the 
same overall chemical formula. These different struc- 
tural configurations are isomers of each other. 
Although the properties of isomers of a given formula 
are similar, the compounds are nonetheless distinct. 
Similarly, the location of the double bond in alkenes 
and the triple bond in alkynes determines another 
form of positional isomerism. 


Isomers may also be stereoisomers which differ 
from one another by the spacial position of their 
atoms. There are two subcategories of stereoisomers; 
geometric isomers and optical isomers. Both occur in 
molecules in which the atoms are attached in the same 
order but have different spatial relationships. For exam- 
ple, if there is a double bond present between two carbon 
atoms to which are linked hydroxyl atoms, the hydroxyl 
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KEY TERMS 


Geometric isomers—Stereoisomers whose mirror 
images are superimposable. 


Optical isomers—Stereoisomers whose mirror 
images are nonsuperimposable. 


Stereochemistry—The study of stereoisomers. 


Stereoisomers—Isomers which differ from on 
another by the location of the atoms in space. 


Structural isomers—Isomers which differ from one 
another by the attachment of atoms on the molecule. 


groups can be attached to the same side of this double 
bond or they may be oriented on opposite sides. If the 
groups are aligned on the same side of the double bond 
the compound is said to be a cis isomer (from the Latin 
“on this side”, if they are on opposite sides it is trans 
(from Latin “across”). In certain compounds, the atoms 
are free to rotate about this double bond, which gives rise 
to multiple isomeric configurations. If the mirror images 
of these different configurations are superimposable, the 
isomers are said to be geometric. If the mirror images 
are nonsuperimposable they are said to be optical. 
Optical isomers are distinguishable by the way they 
interact with a beam of polarized light. Such isomers 
are the subject of the branch of chemistry known as 
stereochemistry. 


Stereochemistry is the study of the spatial 
arrangement of atoms in molecules and the effect of 
their orientation on the physical and chemical proper- 
ties of those compounds. The study of isomers pro- 
vides information that is useful in improving the 
efficiency of the reactions or in the search for new 
types of reactions or chemical species. Through eval- 
uation of isomeric compounds, chemists gain useful 
information about chemical reactions and learn how 
certain bonds are broken and formed or what kinds of 
intermediates are involved. 


Perry Romanowski 


Isopropyl alcohol see Alcohol 


l Isostasy 


Isostasy is the term describing the naturally occur- 
ring balance of masses within Earth’s crust that keeps 
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the planet’s gravity in equilibrium. Isostasy is not a 
force or a process; it is the term for the phenomenon of 
adjustments Earth makes to stay balanced in mass and 
gravity. 


Isostasy as a description of Earth’s balance 


Matter and energy exist in finite (specific) amounts 
and cannot be created or destroyed under normal cir- 
cumstances. Rock is eroded from mountains and high- 
lands, transported as sediment and deposited in valleys 
or stream channels, compacted under its own weight 
into rock, and lifted to form mountains again. 


Deeper within Earth, balancing processes also take 
place as major shifts in the upper part of Earth’s crust 
change the planet’s gravitational balance. Under moun- 
tain ranges, the crust protrudes farther into the mantle 
than beneath other areas. The landmasses float on the 
crust and mantlelike icebergs float in seawater, with more 
of the mass of larger icebergs below the water than smaller 
ones. This balance of masses of Earth’s crust to maintain 
gravitational balance is called isostasy. 


Isostasy is not a process or a force. It is a natural 
adjustment or balance maintained by blocks of crust 
of different thicknesses. In isostasy, there is a line of 
equality at which the mass of land above sea level is 
supported below sea level. So, within the crust, there is 
a depth where the total weight per unit area is the same 
all around Earth. This imaginary, mathematical line is 
called the depth of compensation and lies about 70 mi 
(112.7 km) below Earth’s surface. 


Isostasy describes vertical movement of land to 
maintain a balanced crust. It does not explain or 
include horizontal movements like the compression 
or folding of rock into mountain ranges. 


Greenland offers a good example of isostacy. The 
Greenland land mass is mostly below sea level 
because of the weight of the ice cap that covers the 
island. If the ice cap were to melt, the resulting water 
would raise sea level. The land mass would also begin 
to rise with its load removed, but it would rise more 
slowly than the sea level. Long after the ice melted, 
the land would eventually rise to a level where its 
surface is well above sea level; the isostatic balance 
would be reached again, but in a far different envi- 
ronment than the balance that exists with the ice cap 
weighing down the land. 


The theory of isostasy 


Scientists and mathematicians began to speculate 
on the thickness of Earth’s crust and distribution of 
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500 miles 


Greenland ice cap 


Sea level 
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Establishing isostatic balance. (a) The weight of the ice covering Greenland pushes the land below sea level. (b) As the ice melts, 
the land mass rises as the pressure is removed but remains below the recently elevated sea level. (c) Normal isostatic balance is 
restored when the land mass is raised above sea level. (Photo Researchers, Inc.) 


land masses in the mid-1800s. Sir George Biddell Airy 
(1801-1892) assumed that the density of the crust is the 
same throughout. Because the crust is not uniformly 
thick, however, the Airy hypothesis suggests that the 
thicker parts of the crust sink down into the mantle 
while the thinner parts float on it. The Airy hypothesis 
also describes Earth’s crust as a rigid shell that floats 
on the mantle, which, although it is liquid, is more 
dense than the crust. 


John Henry Pratt (1809-1871) also proposed his 
own hypothesis stating that the mountain ranges (low 
density masses) extend higher above sea level than 
other masses of greater density. Pratt’s hypothesis 
rests on his explanation that the low density of moun- 
tain ranges resulted from expansion of crust that was 
heated and kept its volume but at a loss in density. 


Clarence Edward Dutton (1841-1912), an American 
seismologist and geologist, also studied the tendency 
of Earth’s crustal layers to seek equilibrium. He is 
credited with naming the phenomenon of isostasy. 


A third hypothesis developed by Finnish scientist 
Weikko Aleksanteri Heiskanen (1895-1971) is a 
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compromise between the Airy and Pratt models, but 
it is the Hayford-Bowie concept that has been most 
widely accepted. John Fillmore Hayford (1868-1925) 
and John William Bowie (1872-1940) were American 
geodesists who studied gravitational anomalies (irreg- 
ularities) and first began surveying gravity in the 
oceans. Geodesists, or specialists in geodesy, are sci- 
entists who study the size, shape, and measurement of 
Earth and of Earth forces, like gravity. Hayford and 
Bowie were able to prove that the anomalies in gravity 
relate directly to topographic features. This validated 
the idea of isostasy, and Hayford and Bowie further 
established the concept of the depth of isostatic com- 
pensation. Both scientists published books on isostasy 
and geodesy. Hayford was the first to estimate the 
depth of isostatic compensation and to establish that 
Earth is an oblate spheroid rather than a true sphere. 


Resources 


BOOKS 

Fowler, C.M.R. The Solid Earth: An Introduction to Global 
Geophysics. Cambridge, United Kingdon: Cambridge 
University Press, 2004. 
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KEY TERMS 


Batholith—A huge mass of igneous rock that is 
intruded (forced by pressure) into Earth’s crust but 
may not reach the surface. 


Convection current—Massive currents within the 
semi-molten mantle of Earth that move due to dif- 
ferences in temperature. 


Density—The amount of mass of a substance per 
unit volume. 


Depth of compensation—The line at which Earth’s 
land masses above the line are balanced by those 
below. 


Geodesy—The mathematics of measurements of 
Earth including its size, shape, and location of 
points on its surface. 


Geosyncline—A massive downward bend _ in 
Earth’s crust; the opposite of an anticline, which is 
a huge upward flex in Earth’s surface. 


Gravity—The force of attraction of Earth’s mass for 
objects near it. 


Hydrologic cycle—The continuous, interlinked 
circulation of water among its various compart- 
ments in the environment. 


Magma—Molten rock within Earth. When magma 
reaches the surface, it cools and forms igneous rock. 


Hofman-Wellendorf, B., and H. Moritz. Physical Geodesy. 
Berlin: Springer, 2005. 

Tarbuck, E.J., F.K. Lutgens, and D. Tasa. Earth: An 
Introduction to Physical Geology. Upper Saddle River, 
NJ: Prentice Hall, 2004. 


Gillian S. Holmes 


Isotonic see Osmosis 


l Isotope 


An isotope is one of several kinds of atoms of the 
same element that have different masses. These atoms 
have the same number of protons in their nuclei, but 
different numbers of neutrons, and therefore different 
mass numbers. The term isotope comes from the 
Greek isos topos, which means same place, because 
isotopes of the same element have the same atomic 


GALE ENCYCLOPEDIA OF SCIENCE 4 


number and therefore occupy the same place in the 
periodic table. 


British chemist Frederick Soddy (1877-1956) dis- 
covered and named isotopes in 1911 while he was 
working with New Zealand/British physicist Ernest 
Rutherford (1871-1937), although the neutron had 
not been identified yet. Soddy considered the differ- 
ence to be one of radioactive properties, not atomic 
mass. He was awarded the 1921 Nobel Prize in chem- 
istry for his work on the nature and occurrence of 
isotopes. In 1913, English physicist J. J. Thomson 
(1856-1940) found the first stable isotopes due to 
atomic mass difference while working with neon. 
English chemist Francis W. Aston (1877-1945) devel- 
oped a mass spectrograph that he used to identify 
isotopes. He found 212 of the 281 naturally occurring 
stable isotopes and, thereafter, received the 1922 
Nobel Prize in chemistry for this work. 


Most elements have two or more isotopes, 
although there are 20 elements that have only one. 
Tin is the element with the largest number of isotopes; 
it occurs in nature as a mixture of 10 different isotopes 
ranging in mass from 112 to 124. A survey of the 
periodic table reveals that elements of even atomic 
numbers have more isotopes than do those of odd 
atomic number. Whether the nucleus has an odd or 
even number of neutrons seems to also enter into an 
atom’s ability to form isotopes. The greatest number 
of stable nuclei has an even number of both protons 
and neutrons; there are not as many stable nuclei with 
an even number of protons and an odd number of 
neutrons or an even number of neutrons and an odd 
number of protons. There are only four isotopes with 
odd numbers of both protons and neutrons. The shell 
model of the nucleus formulated by German-born 
American physicist Maria Goeppert-Mayer (1906— 
1972), for which she received the 1963 Nobel Prize in 
physics, was an attempt to explain the high number of 
isotopes with 2, 8, 20, 28, 50, and 82 protons or neu- 
trons. Nuclei with these magic numbers of protons or 
neutrons have many stable isotopes. 


The element carbon, for example, has two stable 
isotopes, carbon-12 and carbon-13, symbolized as '*C 
and °C, respectively. The numbers 12 and 13 are the 
mass numbers of the isotopes—the total numbers of 
the protons plus neutrons in their nuclei. Because all 
carbon atoms have six protons in their nuclei, ‘°C 
must have seven neutrons (13-6) in its nucleus, and 
'"°C has six (12-6). The element carbon as found in 
nature consists of 98.89% '?C atoms and 1.11% ''C 
atoms. Carbon in living organisms contains also a very 
small amount of '*C, a radioactive isotope that is used 
in radiocarbon dating. 
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Most elements have between two and six stable 
isotopes (as opposed to unstable, or radioactive ones). 
Twenty elements, including fluorine, sodium, alumi- 
num, phosphorus, and gold consist of only one stable 
isotope each. Tin, however, has ten—more than any 
other element. The number of stable isotopes an ele- 
ment has is determined by the relative stabilities of 
various numbers of neutrons and protons in their 
nuclei. 


Only two isotopes have been given distinctive 
names, both isotopes of hydrogen. The stable isotope 
°H is known as deuterium, or heavy hydrogen, and the 
radioactive isotope *H is called tritium. 


Because isotopes of the same element have identi- 
cal chemical properties, they cannot be separated by 
chemical methods, but only by methods that are based 
on their mass differences, such as mass spectrometry. 
One of the extraordinary accomplishments of the 
Manhattan Project, which created the atomic bomb 
during World War II (1939-1945), was the successful 
separation of large amounts of *°U, the highly fission- 
able isotope of uranium, from the much more abun- 
dant **°U by allowing a gaseous uranium compound 
to diffuse through porous barriers. Being heavier, the 
38U-containing molecules move more slowly through 
the barriers. 


Over one thousand radioisotopes—radioactive 
isotopes—either exist in nature or have been made 
artificially by bombarding stable isotopes in particle 
accelerators. They are useful in so many applications 
that the word isotope is commonly used to mean 
radioisotope, as if stable isotopes did not exist. 


Following the identification of the neutron by 
English physicist James Chadwick (1891-1974) in 
1932, scientists experimented with reactions produced 
by neutrons. When the nucleus of most elements 
absorbed an additional neutron, the element changed 
into a heavier isotope of the same element. Although 
some were stable, this method led to the production of 
radioactive isotopes that do not occur in nature. It is 
thought that many of the chemical elements in the 
solar system were formed when neutrons were cap- 
tured in the interior of the earlier stars, forming radio- 
active isotopes of elements that then changed to 
different elements through radioactive decay, trans- 
forming them into atoms of heavier elements. Proof 
of this was obtained with data from NASA’s Hubble 
Space Telescope during the 1990s, when eight elements 
heavier than zinc were discovered in interstellar gas: 
arsenic, gallium, germanium, krypton, lead, selenium, 
thallium, and tin. 
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Radioisotopes have become increasingly more 
important in many fields in the past 60 years or so. 
Some radioisotopes are produced by natural proc- 
esses. Chlorine-36 is produced from chlorine-35 by 
thermal neutron activation; beryllium-10 is formed 
from atmospheric oxygen by cosmic ray action; car- 
bon-14 is produced in the atmosphere when nitrogen-14 
nuclei collide with high energy neutrons that are in 
cosmic radiation. The ratio of carbon-14 to carbon-12 
taken in by living cells depends on the amount of 
cosmic radiation coming through the atmosphere. 
Scientists consider this ratio to have remained (fairly) 
constant over geologic time; although it has been 
shown to vary with the solar cycle as well as artificially 
made activities that put high energy particles into the 
atmosphere, such as the detonation of atomic weap- 
ons or the explosion of the Chernobyl (Ukraine) 
nuclear power plant. Once living organisms die, they 
no longer take in carbon-14, while the carbon-14 
already part of the organism will decay according to 
the normal half-life decay period of the element. This 
process lets scientists approximate the age of organic 
materials, a method known as radiocarbon dating for 
which American physical chemist Willard F. Libby 
(1908-1980) received the 1960 Nobel Prize in chemis- 
try. Ratios of naturally occurring radioactive minerals 
to their decay daughters can be used in determining 
the age of geological materials. To determine the age 
of the oldest materials requires isotopes with long half- 
lives; for example, rubidium-87 decays to strontium-87, 
samarium-147 decays to neodymium-143, potassium- 
40 decays to argon-40, rhenium-187 decays to 
osmium-187, and uranium isotopes decay to stable 
isotopes of lead. 


Many radioisotopes are produced in nuclear fis- 
sion reactors either as fission fragments or decay 
daughters of fission fragments. Rubidium-86, cesium- 
136, and molybdenum-99, whose decay product 
technetium-99 is widely used in medical applications, 
are uranium-235 fission fragments. Other radioiso- 
topes are produced in fission reactors through bom- 
bardment by the neutrons that were released in the 
fission chain reaction. An example of this reaction is 
the production from cobalt-59 to cobalt-60, a good 
source of gamma radiation for many applications. 
Other radioisotopes are produced in machines where 
particles like protons, deuterons, and alpha particles, 
are accelerated to very high energies by an electric 
current as they move within a magnetic field and then 
are released to crash into a non-radioactive target, 
changing it into a radioactive isotope. In 1930, British 
physicist Sir John Cockcroft (1897-1967) and British 
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physicist Ernest T.S. Walton (1903-1995) developed 
a machine that accelerated protons; they received the 
1951 Nobel Prize in physics for transmutation of 
atomic nuclei by artificially accelerated atomic par- 
ticles. In 1931, American nuclear physicist Ernest 
Lawrence (1901-1958) designed the first cyclotron, 
for which he received the 1939 Nobel Prize in physics. 
Lawrence used his cyclotron to accelerate deuterons 
that were then crashed into sodium, producing a ther- 
apeutically useful radioisotope of sodium. Newer 
radioisotopes produced this way for medical applica- 
tions include thallium-201 and iodine-123. 


Neutron activation analysis is a method of pro- 
ducing radioisotopes in very small samples of a mate- 
rial. Based on the properties of the radioisotopes 
produced, the elements in the original material can 
be verified. This technique was developed by Edward 
Sayre and Heather Lechtman at the Brookhaven 
National Laboratory in 1969, and, has been success- 
fully used to authenticate art works. 


Radionuclides are now being used in many 
fields—in research, industry, agriculture, and medi- 
cine, to name a few—because they can be identified 
in different locations by instruments that are sensitive 
to radiation. As early as 1911, Hungarian-Danish 
chemist Georg von Hevesey (1859-1906) suggested 
that radioactivity could be used to label substances 
to make them easily recognizable. In 1934, he used a 
radioisotope of phosphorus to study how human tis- 
sue absorbs phosphate. He was awarded the 1943 
Nobel Prize in chemistry for his work on tracers, 
which let an investigator follow the movement of a 
particular element. In medicine, tracers are used to 
diagnose and even treat some medical problems. 
A radioisotope is substituted for the stable form of a 
chemical that is normally used by a specific organ. 
Examples of widely used tracers in medicine are: 
calcium-47 for studies of bone formation, chromium- 
51 for red blood cell studies, cobalt-58 for diagnosing 
pernicious anemia, iodine-131 for the thyroid gland, 
chromium-S1 for the spleen, gallium-67 for the lymph 
glands, phosphorus-32 for the liver, strontium-87 for 
bones, technetium-99 for the brain and liver, thal- 
lium7-201 for the heart, and xenon-133 for blood 
flow studies. American medical physicist Rosalyn 
Sussman Yalow (1921-) received the 1977 Nobel 
Prize in medicine and physiology for her work in 
developing radio-immunoassay procedures that use 
radionuclides in laboratory tests to diagnose medical 
problems. 


See also Dating techniques; Mass number; Nuclear 
fission; Nuclear medicine; Proton; Radioactive tracers. 
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l Isotopic analysis 


Varieties of the same chemical element, but with 
different atomic weights, are called isotopes. Isotopic 
analysis (IA) is the analysis of the isotope composition 
of a sample. Samples in IA can contain almost any- 
thing: different objects of everyday life, pieces of 
rocks, pieces of wood, samples of tissue taken from a 
human body, chemical compounds, and so on. In 
general, isotopic analysis is used for identification of 
a sample and for the determination of its age. 
Determining the age of an object can be important in 
a forensic examination, especially when examining 
human remains from cold cases, ancient sites, or 
mass graves. Isotopic analysis is based upon the use 
of mass spectrometers or radioactive radiation coun- 
ters. A mass spectrometer is a device that determines 
the quantity and composition of different isotopes (of 
the same chemical element as well as various elements) 
in the sample. 


The isotope composition of many objects is unique 
(relative to the composition itself as well as to the iso- 
tope concentrations), and because of this, isotopic anal- 
ysis offers the possibility for identification of a sample. 
Isotopic analysis is also utilized in varying disciplines, 
including chemistry, medicine, biology, geology, arche- 
ology, and criminal forensics. Recently, isotopic analy- 
sis has seen use in the diagnosis of some diseases 
through analysis of air exhaled by the patient. Often, 
isotopic analysis permits the scientist to distinguish the 
genuine product from its imitation. For example, the 
technology is used to distinguish expensive types of 
wine and liquor from their imitations. 


Isotopes can be both stable and radioactive. 
Isotopic analysis of radioactive isotopes permits scien- 
tists to determine the age of the investigated sample. 
Often the isotope '*C (carbon-14) is used for this 
purpose. This isotope itself is unstable and decays 
with time, and in the decay process, other stable iso- 
topes are created. In nature, the concentration of '“C is 
maintained because of cosmic radiation. While a tree 
lives, for example, the concentration of SC in its wood 
is equal to the '*C concentration in the environment, 
because atoms of radioactive carbon penetrate the 
wood from the atmosphere with carbon dioxide 
(CO) molecules due to photosynthesis, and also 
through the tree root system. But when the tree dies, 
these exchange processes cease, and the '“C concen- 
tration in the tree begins to decrease. The law of radio- 
active carbon concentration alteration in the sample is 
known, hence if its concentration is measured in the 
sample and compared with the concentration of the 
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isotope in nature, the age of the tree itself can be 
determined (or more precisely, the time since the tree 
died). When the decay period of the radioisotope is 
considered, the age of the sample can be determined 
within an accuracy of several decades. 


Alexandr Ioffe 


[| Isthmus 


An isthmus is a narrow strip of land that connects 
two larger or wider sections of land. The isthmus of 
Panama, which connects South America to Central/ 
North America, and the Sinai peninsula, which con- 
nects Africa to Asia, are two examples of isthmi. 


The movement of tectonic plates is responsible for 
the creation of some isthmi. Earth’s lithosphere con- 
sists of rigid plates that move atop the asthenosphere. 
When two continents collide, they can build an isth- 
mus connecting the two continents (Sinai), or when a 
continent collides with a sea floor plate, enough vol- 
canism can result to build land (Panama region). 


During ice ages, glaciers hold much water in the 
form of ice and cause sea level to fall as much as 427 ft 
(130 m). As sea level falls, isthmi can appear and 
connect, for example, the British isles to each other 
and to continental Europe. Rising oceans later flood 
these temporary bridges. 


Remnants of a former isthmus linking Africa to 
Europe lie at Gibraltar. The collision of Africa with 
Europe around eight million years ago closed the 
Strait of Gibraltar and created a dam that cut off 
the Mediterranean Sea’s main source of water, the 
Atlantic Ocean. While the dam remained intact, the 
Mediterranean evaporated in the desert climate leaving 
a large, arid basin. Eventually, the Atlantic eroded the 
isthmus, and the Mediterranean refilled. 


In the early 1900s, when Alfred Wegener (1880- 
1930) proposed his continental drift theory—that con- 
tinents move around Earth—geologists of the time 
rejected his evidence based on their belief in sub- 
merged isthmi. Wegener stated that the distribution 
of fossil animals in South America and Africa could 
only be explained by the two continents being for- 
merly one larger continent. Opponents countered 
that those organisms used now-submerged land 
bridges (isthmi) to cross the Atlantic from South 
America to Africa, explaining why geologists discover 
fossils of animals that could not swim that far on both 
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continents. After World War H (1939-1945), when 
improved technology allowed oceanographers to 
map sea floors in detail, the submerged isthmus belief 
perished and Wegener was vindicated. 


While an isthmus exists, organisms can travel 
across it freely—mixing, breeding, evolving, preying, 
and hiding. Eliminating the connection lets organisms 
develop, evolve, and die out separately. The isolation 
of Australia from other continents millions of years 
ago, for example, produced animals and plants found 
nowhere else in the world. 


| Iteration 


Iteration, in mathematics, is a step-by-step numer- 
ical procedure to produce a result by repeating a 
sequence of steps (what is called iterating a function) 
to successively solve a problem. That definition can also 
be applied in computer science where a repetition of a 
sequence of computer instructions is used to achieve a 
result. Thus, iteration consists of repeating an operation 
of a value obtained by the same operation. It is often 
used in making successive approximations, each one 
more accurate than the one that preceded it. One begins 
with an approximate solution and substitutes it into an 
appropriate formula to obtain a better approximation. 
This approximation is subsequently substituted into the 
same formula to arrive at a still better approximation, 
and so on, until an exact solution or one that is arbitra- 
rily close to an exact solution is obtained. 


An example of using iteration for approximation 
is finding the square root. If s is the exact square root 
of A, then A |6-8| s = s. For example, since 8 is the 
square root of 64, it is true that 64 |6-8| 8 = 8. If you 
did not know the value of |5-14| 64, you might guess 
7 as the value. By dividing 64 by 7, you get 9.1. The 
average of 7 and 9.1 would be closer. It is 8.05. 


Now you make a second iteration by repeating all 
the steps but beginning with 8.05. Carry out the divi- 
sion to the hundredths place; 64 |6-8| 8.05 = 7.95. The 
average of 8.05 and 7.95 is 8. A third iteration shows 
that 8 is the exact square root of 64. 


Finding the roots of an equation 


Various methods and formulas exist for finding 
the roots of equations by iteration. One of the most 
general methods is called the method of successive 
bisection. This method can be used to find solutions 
for many equations. It involves finding solutions 
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by beginning with two approximate solutions, one 
that is known to be too large and one that is known 
to be too small, then using their average as a third 
approximate solution. To arrive at a fourth approx- 
imation, it is first determined whether the third 
approximation is too large or too small. If the third 
approximation is too large, it is averaged with the 
most recent previous approximation that was too 
small, or the other way around; if approximation 
number three is too small it is averaged with the 
most recent previous approximation that was too 
large. In this way, each successive approximation 
gets closer to the correct solution. Testing each suc- 
cessive approximation is done by substituting it into 
the original equation and comparing the result to 
zero. If the result is greater than zero then the approx- 
imation is too large, and if the result is less than zero, 
then the approximation is too small. 


Iteration has many other applications. In proof, 
for example, mathematical induction is a form of iter- 
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KEY TERMS 


Roots of an equation—The roots of an equation are 
those values of the independent variable that make 
it a true statement. They are also called solutions of 
the equation. 


ation. Many computer programs use iteration for 
looping. 


Resources 
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| Jacanas 


Jacanas are eight species of distinctive birds that 
inhabit the marshy edges of ponds, lakes, rivers, and 
swamps, and that make up the family Jacanidae. 
Jacanas are tropical birds, breeding in central and north- 
ern South America, sub-Saharan Africa, Madagascar, 
south and Southeast Asia, and Australasia. Jacanas do 
not migrate, but they may wander widely if their local 
aquatic habitats dry out. 


Jacanas range in body length from 6-20 in (15-51 cm). 
They have rather short, rounded wings, with an 
unusual, spiny projection from the wrist, and a stubby 
tail. Their legs are large, and their unwebbed toes and 
claws are extraordinarily long, and useful for support- 
ing the weight of these birds as they walk gingerly over 
the surface-floating foliage of aquatic plants. Jacanas 
usually have a brightly colored patch of bare skin, 
known as a frontal shield, in front of their eyes and 
above the beak. The body of these attractive birds is 
generally colored cinnamon-brown, with bold pat- 
terns of black, white, or yellow. The sexes are similarly 
colored, but female jacanas are considerably larger 
than the males. 


Jacanas fly weakly, but they run, swim, and dive 
well. They are commonly observed walking on aquatic 
plants, such as the floating leaves of water lilies and 
lotus. Appropriately, alternative common names for 
these birds include “lily-trotters” and “lotus-birds.” 
Jacanas carefully glean this habitat for their food of 
aquatic insects, crustaceans, mollusks, and plantseeds. 
They often forage in loose groups. 


Jacanas lay four eggs in a nest built of aquatic 
plants, which is often partially afloat. In most species, 
the male incubates the eggs and cares for the young 
birds. In fact, some species of jacanas are polyandrous, 
meaning that a single female will mate with several 
males and then lay eggs in each of their nests. In most 
species of jacanas, a female consorts with two to four 
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males, although the number can be as many as 10 in 
the case of the pheasant-tailed jacana (Hydrophasianus 
chirurgus). Polyandry is a rare breeding system in birds. 


Jacanas do not occur in North America, although 
the northern jacana (Jacana spinosa) of Central America 
and northern South America is an occasional visitor to 
south Texas and Florida. The closely related wattled 
jacana (Jacana jacana) is a widespread species in the 
tropics of South America. Some taxonimists consider 
these two to be variants of the same species. 


The African jacana (Actophilornis africanus) is a 
widespread bird of ponds and other wetlands in sub- 
Saharan Africa. The closely related Madagascar jacana 
(Actophilornis albinucha) only occurs on the island of 
Madagascar. The lesser jacana (Microparra capensis) 1s 
a rarer African species. 


The bronze-winged jacana (Metopidius indicus) is 
widespread from India to Indonesia, as is the pheasant- 
tailed jacana, with its very long and distinctive tail feath- 
ers. The lotus-bird or comb-crested jacana (/rediparra 
gallinacea) ranges from Borneo and the Philippines 
through New Guinea and eastern Australia. 


Bill Freedman 


Jackals see Canines 


Jack-in-the-pulpit see Arum family (Araceae) 


| Jacks 


Jacks, also called scads, trevallys, and crevalles, 
are marine bony fishes living in open waters. 
Amberjacks, runners, and pompanos also belong to 
the same family Carangidae, order Perciformes. Jacks 
are swift, predatory fishes, found widely in warm and 
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tropical seas. The younger fish tend to travel in vast 
schools, but the older ones may be solitary. 


Many jacks are valued for commercial and sport 
fishing, and some species are successfully exhibited in 
public aquariums. The Florida pompano (Trachinotus 
carolinus), which grows to | ft (30.5 cm) in length, is 
considered a seafood delicacy. The crevalle jack (Caranx 
hippos) may reach a maximum size of 40 in (101 cm) and 
a weight of 55 Ib (25 kg). It is the most common jack of 
the West Indian waters, and is often seen near coral reefs. 
In the summer, large schools of this species cruise by the 
Bahamas, where it is known as the “passing jack.” The 
more than 200 species in the family Carangidae vary 
greatly in form, from long and streamlined to deep- 
bodied and very thin from side to side. Generally they 
share the following features in common: two dorsal fins 
(the first may be greatly reduced in size); anal and second 
dorsal fins usually high in the front; slim, often sickle- 
shaped pectoral fins; a strong, fork- or crescent-shaped 
tail with a slim base; small scales. Many species in this 
family are quite small, but some can reach very large 
sizes. For example, the amberjack (Serio/a dumerili) can 
grow to 6 ft (1.8 m) in length and can weigh as much as 
150 Ib (70 kg). Some jacks have a series of scutes (comb- 
like scales) along the caudal peduncle (the fleshy part of 
the tail), which reinforce it for fast swimming. 


Most carangids are silvery in color, but some 
exhibit lovely colors or markings. The rainbow runner 
(Elagatis bipinnulatus) of the tropical Atlantic and 
Indo-Pacific has beautiful blue bands on the sides. It 
is a hard-fighting sports fish, and supposedly very 
tasty. Color changes may occur in some species as 
the fish mature. The Indo-Pacific blue-banded golden 
jack (Gnathanodon speciousus) is solid yellow when 
young. The African pompano and other threadfins 
of the genus Alectis have streaming fins which trail 
behind them, resembling the long tentacles of jellyfish. 
When adult fish reach the size of about 3 ft (91 cm), the 
fins appear shorter. Palometas (Trachinotus goodei) 
are silvery jacks that tend to form schools in shallow 
water, and often approach wading people. In public 
aquarium exhibits they form attractive schools. 


The permit (Trachinotus falcatus) lives in shallow 
Atlantic waters near reefs and sandy flats. It may grow 
to the size of 3.5 ft (1.1 m). When young, it lives in 
sheltered waters and feeds on small crustaceans; later, it 
includes mollusks and sea urchins in the diet. The 
greater amberjack is the most common species of the 
genus Seriola in the tropical and subtropical waters of 
western Atlantic. It has a lengthwise brassy stripe on the 
side of the body at the level of the eye. The back above 
the stripe is olive to blue, and the body below the stripe 
is silvery white. There is also a diagonal dark band 
running from the snout, through the eye, to the nape. 
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The greater amberjack and several other jack species 
may at times carry a toxic substance in their flesh that 
causes ciguatera poisoning when these fishes are eaten 
by humans. This toxin comes from algae that the fish 
ingests either directly or in the smaller fish it consumes. 


Jaguar see Cats 


Jaguarundi see Cats 


l Jaundice 


Jaundice is a condition in which a person’s skin and 
the whites of the eyes are discolored a shade of yellow 
due to an increased level of bile pigments in the blood 
resulting from liver disease. It is sometimes called icte- 
rus, from a Greek word for the condition. Jaundice is 
not a disease but a symptom of an underlying disease or 
condition. It is caused by too much bilirubin in the 
blood stream, and is characterized by yellowness of 
skin, sclera (white of eyes), mucous membranes, and 
of body fluids such urine and blood plasma. The result- 
ing yellow color (jaune means yellow in French) is also 
described by the Latin term icterus. 


Liver and bile 


In order to understand jaundice, it is useful to 
know about the role of the liver in producing bile. The 
most important function of the liver is the processing of 
chemical waste products like cholesterol and excreting 
them into the intestines as bile. The liver is the premier 
chemical factory in the body—most incoming and out- 
going chemicals pass through it. It is the first stop for all 
nutrients, toxins, and drugs absorbed by the digestive 
tract. The liver also collects chemicals from the blood 
for processing. Many of these outward-bound chemi- 
cals are excreted into the bile. One particular substance, 
bilirubin, is yellow. Bilirubin is a product of the break- 
down of hemoglobin, which is the protein inside red 
blood cells. If bilirubin cannot leave the body, it accu- 
mulates and discolors other tissues. The normal total 
level of bilirubin in blood serum is between 0.2 milli- 
grams per deciliter (mg/dL) and 1.2 mg/dL. When it 
rises to 3 mg/dL or higher, the person’s skin and the 
whites of the eyes become noticeably yellow. 


Bile is formed in the liver. It then passes into the 
network of hepatic bile ducts, which join to form a 
single tube. A branch of this tube carries bile to the 
gallbladder, where it is stored, concentrated, and 
released on a signal from the stomach. Food entering 
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the stomach is the signal that stimulates the gallblad- 
der to release the bile. The tube, which is now called 
the common bile duct, continues to the intestines. 
Before the common bile duct reaches the intestines, it 
is joined by another duct from the pancreas. The bile 
and the pancreatic juice enter the intestine through a 
valve called the ampulla of Vater. After entering the 
intestine, the bile and pancreatic secretions together 
help in the process of digestion. 


Bilirubin 

Most bilirubin, which is a reddish pigment, is a 
byproduct of red blood cells. When a red blood cell, 
which has a lifespan of about 120 days, is no longer 
functional. It is recycled by organs such as the spleen 
and liver. Hemoglobin, the red pigment in a red blood 
cell, is broken down, or catabolized, into several sub- 
stances that are either used to make new blood cells, 
proteins, or other pigments. After the bilirubin is liber- 
ated from the red blood cell, it is bound to albumin and 
transported via blood plasma to the liver, where it is 
conjugated or joined to glucuronic acid, and excreted 
into the bile ducts. Bilirubin is also the prominent pig- 
ment of bile, a digestive substance secreted by the liver 
into the gallbladder and small intestine (jejunum), and 
it is also responsible for the brown color of feces. 


Jaundice 


There are several ways in which a person can have 
too much bilirubin, or become jaundiced. Hemolytic 
jaundice occurs when the liver is overloaded with bilir- 
ubin. In conditions and diseases causing hemolysis (the 
separation of hemoglobin from the red blood cells), 
including hemolytic anemias, incompatible blood trans- 
fusion, and extreme heat or cold, the liver is unable to 
remove enough bilirubin from the blood stream. Liver 
cells which are damaged by hepatocellular disease (hep- 
atitis, cirrhosis), toxins, tumors, or inflammatory condi- 
tions, are unable to conjugate bilirubin, thus preventing 
normal excretion. Neonatal jaundice, especially in pre- 
mature infants, is fairly common. This type of jaundice is 
caused by the fact that the liver is immature and lacks 
specific enzymes to conjugate bilirubin, and a large 
amount of bilirubin is consequently excreted into the 
blood stream instead of being incorporated into bile. 


Causes 


There are many different causes for jaundice, but 
they can be divided into three main categories based 
on where they start—before, in, or after the liver (pre- 
hepatic, hepatic, and post-hepatic). When bilirubin 
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begins its life cycle, it cannot be dissolved in water. 
The liver changes bilirubin so that it becomes soluble 
in water. These two types of bilirubin are called uncon- 
jugated (insoluble) and conjugated (soluble). Blood 
tests can easily distinguish between these two types of 
bilirubin. The most common cause of jaundice is 
obstruction of bile flow through the biliary system. 
For example, a gallstone, a liver tumor, or a pancreatic 
tumor can block a biliary duct. The treatment of jaun- 
dice depends on the cause. 


Identification 


Disease in the biliary system can be identified by 
imaging techniques, of which there are many types. X 
rays are taken a day after swallowing a contrast agent 
that is secreted into the bile. This study gives functional 
as well as anatomical information. There are several 
ways of injecting x-ray dye directly into the bile ducts. 
It can be done through a thin needle pushed straight 
into the liver or through a scope passed through the 
stomach that can inject dye into the Ampulla of Vater. 
CT (computed tomography) and MRI (magnetic reso- 
nance imaging) scans are very useful for imaging certain 
conditions like cancers in and around the liver or gall 
stones in the common bile duct. 


Newborns are the only major category of patients 
in whom the jaundice itself requires attention. Because 
the insoluble bilirubin can get into the brain, the 
amount in the blood must not go over certain levels. 
If there is reason to suspect increased hemolysis in the 
newborn, the bilirubin level must be measured repeat- 
edly during the first few days of life. If the level of 
bilirubin shortly after birth threatens to go too high, 
treatment must begin immediately. Exchanging most of 
the baby’s blood was the only way to reduce the 
amount of bilirubin until the middle part of the twen- 
tieth century. At that time, it was discovered that bright 
blue light renders the bilirubin harmless. (Actually, in 
1956, Sister Ward, a nurse at Rochford General 
Hospital in England, accidentally discovered the use 
of blue light for this purpose.) Now jaundiced babies 
are fitted with eye protection and placed under bright 
fluorescent lights. The light chemically alters the bilir- 
ubin in the blood as it passes through the baby’s skin. 


Hemolytic diseases are treated, if at all, with med- 
ications and blood transfusions, except in the case of a 
large spleen. Surgical removal of the spleen (splenec- 
tomy) can sometimes cure hemolytic anemia. Drugs 
that cause hemolysis or arrest the flow of bile must be 
stopped immediately. 


Most liver diseases have no specific cure, but the 
liver is so robust that it can heal from severe damage 
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and regenerate itself from a small remnant of its orig- 
inal tissue. 


Jays see Crows and jays 


I Jellyfish 


Jellyfish, also called medusae, are free-swimming, 
marine invertebrates in the class Scyphozoa (phylum 
Cnidaria). They have a gelatinous, translucent, dome- 
shaped body and occur most commonly in warm, 
tropical seas, although they are found in all the world’s 
oceans. Jellyfish feed on small planktonic animals or fish, 
which they sting and paralyze with special cells called 
nematocysts located on the tentacles that hang from the 
edge of their dome-shaped bodies. The body of a jellyfish 
is 99% water; when washed onto dry land, these animals 
die and rapidly disappear as the water in their body 
evaporates. The related class Cubozoa includes about 
19 species of box jellyfish that are characterized by 
box-shaped, rather than dome-shaped, bodies. 


About 200 species of true jellyfish are known, rang- 
ing in size from 0.06 in (1.5 mm) to 6.5 ft (2 m). All 
jellyfish have a prominent dome; the shape of the dome 
varies from a shallow saucer to a deep bell. Hanging 
from the edge of the dome are nematocyst-bearing ten- 
tacles; the number and length of these tentacles varies 
greatly from species to species. On the underside of the 
dome is a feeding tube (the manubrium or proboscis) 
with the animal’s mouth at its free end. Radial canals 
(usually four in number or some multiple of four) extend 
from the jellyfish’s four-chambered stomach to the 
dome’s margin where they connect with the ring canal. 
This system of canals serves to distribute food to the 
outer parts of the jellyfish’s body. Light-sensing organs 
(eyespots), balance organs (statocysts), and other sen- 
sory organs are located at the base of the tentacles. 
Jellyfish move through the water by pulsating contrac- 
tions of the muscles on the lower edge of the dome. 


Jellyfish release eggs and sperm through the 
mouth into the water, where fertilization occurs. 
Fertilization results in free-swimming, ciliated (with 
tiny, hair like structures) larvae called planulae; these 
larvae settle on a surface, such as a rock, and turn into 
a polyp (a hollow cylinder with tentacles and a mouth 
at one end) or a strobila (a hollow structure that looks 
like a stack of upside-down saucers). Strobila develop 
into adult jellyfish after passing through another free- 
swimming phase during which they are called ephyr- 
ula. Polyps produce adult jellyfish by budding. The 
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Jellyfish swimming offshore Cape Hatteras in the Atlantic 
Ocean. (National Oceanic & Atmospheric Administration [NOAA].) 


average life span of a jellyfish is one to three months; 
the largest may live for about one year. 


The most common jellyfish on the coasts of North 
America and Europe is the moon jellyfish (Aurelia aurita). 
This 6-8-in (15.2—20.2 cm) species is found at depths of 
0-20 ft (0-6 m). It is whitish often shaded with pink or 
blue and has a saucer-shaped dome with a fringe of 
numerous, short tentacles around the margin. Its sting is 
mildly toxic to humans, occasionally producing an itchy 
rash. In the same order (Semaeostomeae) as the moon 
jellyfish is the giant pink jellyfish (Cyanea capillata), this 
species is common in the waters of the Northern 
Hemisphere where it reaches about 6.5 ft (2 m) across. 


The 31 species of deep-sea jellyfish (order Coronatae) 
are heavily pigmented in colors ranging from red and 
violet to brown and blackish. They are found at 
extreme depths; for example, Nausithoe has been 
found at a depth of 23,000 ft (7,100 m). The order 
Rhizostomeae includes about 80 species commonly 
known as many-mouthed jellyfish. In these species, 
the feeding tube has many small pores rather than 
one large opening. The genus Stromolophus of this 
order is common on the southeastern coast of the 
United States where it reaches a diameter of 7 in (18 cm). 


The 19 species in the class Cubozoa live in the warm 
waters of the continental shelves. The largest species in 
this class, the sea wasp (Carybdea alata), is found in 
tropical harbors and river mouths. It reaches a diameter 
of 9.75 in (25 cm) and sometimes eats fish much larger 
than itself. The sting of this and many other box jellyfish 
can be highly toxic producing a reaction in humans that 
may include skin welts, muscle cramps, and breathing 
difficulty. Two genera, Chiropsalmus and Chironex, 
found in the Indian Ocean produce a toxin so potent 
that contact with their nematocysts can kill a person 
within several minutes. 
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KEY TERMS 


Nematocyst—A stinging organ found in jellyfish. 
The animal uses it for defense and to paralyze its prey. 


Planula—A flat, ciliated free-swimming jellyfish 
larvae. 


Other marine animals in the class Hydrozoa, order 
Siphonophora, superficially resemble true jellyfish and 
are often confused with them. The most well-known 
member of this order is the Portuguese man-of-war 
(Physalia physalis). Each Portuguese man-of-war 
(so named because it resembles an eighteenth century 
warship) is a colony composed of four kinds of polyp. 
The main polyp is a gas-filled float that measures up to 
12 in (30 cm) long. This float has a high crest which 
serves as a sail to catch the wind and its color varies 
from blue to purple to red. Hanging below the float in 
the water are other polyps; some of them are con- 
cerned with feeding while other are concerned with 
reproduction. Also below the float are trailing ten- 
tacles (up to 40 ft/12 m long) armed with nematocysts. 
The animal uses these tentacles to catch the fish and 
other sea creatures that it eats. The toxin produced by 
this species is also very potent; humans have been 
known to die from a Portuguese man-of-war sting. 
Usually when humans are stung, redness, skin welts, 
and blisters result. When washed ashore, this animal 
remains toxic for some time. 
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Christine B. Jeryan 


| Jerboas 


Jerboas are small kangaroo like rodents with 
large hind legs that make up the family Dipodidae. 
Three species of jerboas occur in North Africa, and a 
number of other species occur in Eastern Europe and 
Asia. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Jerboas are typically pale-colored, with large eyes, 
immense ears, a long tail, small front legs and paws, and 
distinctively large hind legs and feet, which are used for 
jumping. Although the body length of a typical jerboa is 
only about 2-4 in (5-10 cm), these animals can jump as far 
as 6.5 tol0 ft (2-3 m) in a single leap, using their long tail 
for balance. The remarkable jumping ability of jerboas 
is likely adaptive for avoiding their predators. When 
they are in less of a rush, jerboas move about using short 
hops, or even with alternate strides of the hind legs. 


Jerboas typically live in arid and semi-arid habi- 
tats. They generally avoid the heat of day and conduct 
their foraging activities at night when it is relatively 
cool. During the day, jerboas retreat to their under- 
ground tunnels, which they tightly plug to keep the hot 
air out and the moisture in. 


Jerboas mostly feed on succulent plant tissues and 
seeds as well as insects when they are available. 
Jerboas sometimes cause significant damages to 
crops in fields and gardens. Jerboas can satisfy all of 
their requirements for moisture through water that is 
produced metabolically when foods are oxidized dur- 
ing respiration. However, these animals will drink 
readily when water is available. 


The desert jerboas (Jaculus spp.) are four species 
occurring in North Africa and southwestern Europe. 
The greater Egyptian jerboa (Jaculus jaculus) is a wide- 
spread species and was dubbed the “desert rat” by 
soldiers during World War II. 


The hairy-footed jerboa (Dipus sagitta) is a wide- 
spread and relatively abundant Asian species. The 
earth hares (Allactaga spp.) are nine species of the 
steppes and deserts of Asia and Egypt, which some- 
times cause minor agricultural damages. The three- 
toed dwarf jerboas (Sa/pingotus spp.) are four little- 
known species of the deserts of central Asia. 


Bill Freedman 


l Jet engine 


A jet engine is a heat engine that is propelled in a 
forward direction as the result of the escape of hot 
gases from the rear of the engine. Two general types 
of jet engines exist: the air-breathing jet engine and 
the rocket. In an air-breathing jet engine, air entering 
the front of the engine is used to burn a fuel within the 
engine, producing the hot gases needed for propulsion. 
In a rocket, air is not needed for propulsion. Instead, 
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Jet engine 


A jet aircraft with the engine cover open. The engine works by 
sucking air into one end, compressing it, mixing it with fuel 
and burning it in the combustion chamber, and then expelling 
it with great force out the exhaust system. (© George Haling. 
Photo Researchers, Inc.) 


some type of chemical, nuclear, or electrical reaction 
takes place within the rocket engine. Hot gases formed 
because of that reaction exit the engine from the rear, 
providing the engine with its thrust, or forward 
momentum. Some authorities reserve the term jet 
engine for the first of these two types, the air-breathing 
jet engine. Air-breathing jet engines are used for the 
fastest commercial and military aircraft now available. 


Royal Air Force officer and inventor Sir Frank 
Whittle (1907-1996) and German-born American 
scientist and inventor Hans Joachim Pabst von 
Ohain (1911-1998) are considered the inventors of 
the jet engine. Working independently of each other, 
Ohain is generally considered the designer of the first 
operational jet engine, while Whittle was the first (in 
1930) to patent a turbojet engine, with Ohain patent- 
ing his in 1936. However, Ohain’s jet design first flew 
in 1939, while Whittle’s design flew later in 1941. 


Scientific principle 
The scientific principle on which the jet engine 


operates was first stated in scientific terms by English 
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physicist and mathematician Sir Isaac Newton 
(1642-1727) in 1687. According to Newton’s third 
law, for every action, there is an equal and opposite 
reaction. That principle can be illustrated by the behav- 
ior of a balloon filled with air. As long as the neck of the 
balloon is tied, gases (air) within the balloon push 
against all sides of the balloon equally, and no motion 
occurs. If the neck of the balloon is untied, however, 
gases begin to escape from the balloon. The escape of 
gases from the balloon is, in Newton’s terms, an action. 
The equal and opposite reaction resulting from the 
escape of gases is the movement of the balloon in a 
direction opposite to that of the movement of the gases. 
That is, as the air moves outward in one direction, the 
balloon moves outward in the opposite direction. 


Rockets 


Rockets can be broadly classified into one of two 
categories: those that use a chemical reaction as their 
energy source, and those that use some other kind of 
energy source. An example of the former are rockets 
that are powered by the chemical reaction between 
liquid oxygen and liquid hydrogen. When these two 
chemicals react with each other, they produce very hot 
steam (water vapor). The escape of steam from the 
back of the rocket provides the propulsive force that 
drives the jet engine forward. 


Chemical rockets make use of either liquid fuels, 
such as the rocket described above, or of solid fuels. 
An example of the latter are the solid rockets used to 
lift a space shuttle into orbit. These rockets contain a 
fuel that consists of a mixture of aluminummetal (the 
fuel), ammonium perchlorate (the oxidizer), and a 
plastic resin (the binder). 


Nuclear and electric rockets are examples of jet 
engines that make use of a non-chemical source of 
propulsion. In a nuclear rocket, for example, a source 
of nuclear energy, such as a fission or fusion reactor, is 
used to heat a working fluid, such as liquid hydrogen. 
The hot gases formed in this process are then released 
from the rear of the rocket, providing its forward thrust. 


Various kinds of electrical rockets have been 
designed. In one type, a fluid within the engine is first 
ionized. The ions thus formed are attracted and/or 
repelled by strong electrostatic fields created within 
the engine. The escape of the ionized fluid provides 
the rocket with its forward thrust. 


Ramjets 
The simplest of all jet engines is the ramjet. The 


ramjet consists of a long cylindrical tube made of 
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metal, open at both ends. The tube bulges in the mid- 
dle and tapers off at both ends. This shape causes air 
entering the front of the engine to expand and develop 
a higher pressure in the center of the engine. Within 
the engine, the compressed air is used to burn a fuel, 
usually a kerosene like material. The hot gases pro- 
duced during combustion within the engine are then 
expelled out the back of the engine. These exiting gases 
can be compared to the air escaping from a rubber 
balloon. As the gases leave the back of the jet engine 
(the nozzle exit), they propel the engine itself in a 
forward direction. 


When the ramjet engine is at rest, no air enters the 
front of the engine, and the engine provides no thrust. 
Once the engine is moving through the air, however, it 
begins to operate more efficiently. For this reason, the 
use of ramjet engines is usually reserved for aircraft 
that travel at very high speeds. 


A typical ramjet engine today has a length of 
about 13 ft (4 m), a diameter of about 39 in (1 m), 
and a weight of about 1,000 Ib (450 kg). A ramjet 
engine of this design is capable of producing a thrust 
of 9,000 Newtons (N) (about 2,000 Ib), giving a max- 
imum velocity of about Mach 4 at higher altitudes. 


Turbojets 


One might guess that one way to improve the 
efficiency of a jet engine would be to increase the speed 
at which exhaust gases are expelled from the engine. In 
fact, that turns out not to be the case. Aeronautical 
engineers have discovered that a larger mass of gas 
moving at a lower velocity produces greater thrust in 
the engine. The modification that was developed to 
produce this effect is called a turbojet. The major 
difference between a turbojet and a ramjet is that the 
former contains a compressor attached to a turbine. 
The compressor consists of several rows of metal 
blades attached to a central shaft. The shaft, in turn, 
is attached to a turbine at the rear of the compressor. 
When air enters the inlet of a turbojet engine, some of 
it is directed to the core of the engine where the com- 
pressor is located. The compressor reduces the volume 
of the air and sends it into the combustion chamber 
under high pressure. 


The exhaust gases formed in the combustion 
chamber have two functions. In the first place, they 
exit the rear of the chamber, as in a ramjet, providing 
the engine with a forward thrust. At the same time, the 
gases pass over the blades of the turbine, causing it to 
spin on its axis. The spinning turbine operates the 
compressor at the front of the engine, making possible 
the continued compression of new incoming air. 
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Unlike a piston-powered engine, which has power 
strokes and exhaust strokes, the turbojet engine 
described here operates continuously. It is not subject, 
therefore, to the kind of vibrations experienced with a 
piston-powered propeller airplane. 


Turbofan jets 


A jet engine can be made more efficient by the 
addition of a large fan surrounded by a metal cowling 
at the front of the engine. The fan is somewhat similar 
to a propeller except that it has many more blades than 
a simple propeller. The fan is attached to a shaft that is 
also powered by the turbine at the rear of the engine. 
When exhaust gases from the compression chamber 
cause the turbine to spin, rotational energy is trans- 
mitted not only to the compressor, as described above, 
but also to the fan at the front of the engine. 


The spinning fan draws more air into the engine, 
where some of it follows the pathway described above. 
Some of the air, however, bypasses the compressor 
and flows directly to the back of the engine. There, it 
joins with the exhaust gases from the combustion 
chamber to add to the engine’s total thrust. 


The turbofan jet engine has the advantage of oper- 
ating more efficiently and more quietly than turbojet 
engines. However, they are heavier and more expensive 
than are turbojets. As a consequence, turbofan engines 
are usually found only on larger commercial and mili- 
tary aircraft (such as bombers), while turbojets are the 
preferred engine of choice on smaller planes, such as 
smaller commercial aircraft and military fighters. 


Afterburners 


Combustion within any type of air-breathing jet 
engine is quite inefficient. Of all the oxygen entering 
the front of the engine, no more than about one-fourth 
is actually used to burn fuel within the engine. To make 
the process more efficient, then, some jet engines are 
also equipped with an afterburner. The afterburner is 
located directly behind the turbine in the jet engine. It 
consists of tubes out of which fuel is sprayed into the 
hot exhaust gases exiting the tubing. Combustion takes 
place in the afterburner, as it does in the combustion 
chamber, providing the engine with additional thrust. 
In a typical jet engine of moderate size, an afterburner 
can increase the takeoff thrust from about 50,000 N 
(11,000 Ib) to about 70,000 N (15,500 Ib). 


Turboprop engines 


When jet engines were first introduced in the 
1940s, they were not very efficient. In fact, the cost of 
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Jet stream 


KEY TERMS 


Afterburner—A device added at the rear of a jet 
engine that adds additional fuel to the exhaust 
gases, increasing the efficiency of the engine’s 
combustion. 

Ramjet—A simple type of air-breathing jet engine 
in which incoming air is compressed and used to 
burn a jet fuel such as kerosene. 


Turbofan engine—A type of air-breathing jet that 
contains a large fan at the front of the engine oper- 
ated by the turbine at the rear of the engine. 


Turbojet—A type of air-breathing jet engine in 
which some of the exhaust gases produced in the 
engine are used to operate a compressor by which 
incoming air is reduced in volume and increased in 
pressure. 


Turboprop—An engine in which an air-breathing 
jet engine is used to power a conventional propeller- 
driven aircraft. 


operating a jet airplane was so great that only military 
uses could be justified. At the time, commercial airline 
companies decided to compromise between the well- 
tested piston engines they were then using and the 
more powerful, but more expensive, jet engines. The 
result was the turboprop engine. In a turboprop 
engine, a conventional propeller is attached to the 
turbine in a turbojet engine. As the turbine is turned 
by the series of reactions described above, it turns the 
airplane’s propeller. Much greater propeller speeds 
can be attained by this combination that are possible 
with simple piston-driven propeller planes. The prob- 
lem is that at high rotational speeds, propellers begin 
to develop such serious eddying problems that they 
actually begin to slow the plane down. Thus, the max- 
imum efficient speed at which turboprop airplanes can 
operate is less than 450 mph (724 km/h). 
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l Jet stream 


The jet stream is a narrow, fast, upper atmos- 
pheric wind current, flowing at high altitudes around 
the Earth. Although often erroneously applied to all 
upper-level winds, by definition jet stream wind speeds 
are in excess of 57 mph (about 92 km/h). The jet 
stream may extend for thousands of miles around the 
world, but it is only a few hundred miles wide, and 
usually less than one mile thick. 


Undulating jet stream movements often greatly 
influence storm formation and weather changes. 
Research sponsored by the National Aeronautics and 
Space Administration (NASA) culminated in a 2001 
report that also correlated solar activity, jet stream 
migration, and precipitation patterns over North 
America. Further research performed by scientists 
from the University of Washington and the University 
of Utah, and published in the journal Science, show— 
based on data taken between 1979 and 2005—that the 
jet stream has moved toward the Earth’s poles by about 
one degree of latitude (or about 70 miles in each direc- 
tion). This result indicate that the tropical band of the 
Earth, centered about the equator, is expanding out- 
ward slightly (by about 140 miles). 


The wind speeds in the core of the stream some- 
times can reach 200 to 300 mph (332 to 483 km/h). 
These wind speeds within the jet stream that are faster 
than the surrounding regions are called jet streaks. On 
average, the jet stream flows from east to west, but it 
often meanders into northern or southern moving 
loops. Jet streams occur in both hemispheres, but the 
Southern Hemisphere jet streams show less daily var- 
iability. Jet streams can be detected by drawing iso- 
thachs (the lines connecting points of equal wind 
speed) on a weather map. 
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View of the jetstream over the Sahara Desert in Egypt. (NASA/Science Photo Library.) 


Jet streams form in the upper troposphere, between 
6 and 9 mi (10 and 14 km) high, at breaks in the 
tropopause, where the tropopause changes height dra- 
matically. Jet streams are located at the boundaries of 
warm and cold air, above areas with strong temper- 
ature gradients. For example, the polar front, which 
separates cold polar air from warmer subtropical air, 
has a great temperature contrast along the frontal zone, 
leading to a steep pressure gradient. The resulting wind 
is the polar jet stream at about 6 mi (10 km) high, 
reaching maximum wind speed in winter. Sometimes 
the polar jet can split into two jets, or merge with the 
subtropical jet, which is located at about 8 mi (13 km) 
high, around 30 degrees latitude. A low-level jet stream 
also exists above the Central Plains of the United 
States, causing nighttime thunderstorm formation in 
the summertime. Over the subtropics, there is the trop- 
ical easterly jet, at the base of the tropopause in sum- 
mertime, about 15 degrees latitude over continental 
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regions. Near the top of the stratosphere exists the 
stratospheric polar jet during the polar winter. 


Detailed knowledge about the jet stream’s loca- 
tion, altitude, and strength is essential not only for safe 
and efficient routing of aircrafts, but also for weather 
forecasting. 


See also Atmosphere observation; Atmosphere, 
composition and structure; Atmospheric circulation; 
Global climate; Solar activity cycle; Solar illumina- 
tion: Seasonal and diurnal patterns. 


Jimson weed see 
Josephson effect see 
Josephson junctions see 


Joshua tree see 
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l Juniper 


Juniper is the common name for a large group of 
evergreen shrubs and trees belonging to genus 
Juniperus, in the family Cupressaceae (Cypress), 
order Pinales (pine). There are more than 50 species 
of Juniperus. They can be low creeping ground cover, 
broad spreading shrubs, or tall narrow trees. Both 
low-growing and tall varieties are cultivated for orna- 
mental purposes. They have thick dense foliage; some 
species can be trimmed or sculpted to unusual shapes. 
Tall varieties, with their thick foliage, are quite wind 
resistant and are often planted in rows, as windbreaks. 


Junipers grow throughout the world in many cli- 
mates, from arctic regions to northern temperate areas 
and the subtropics. Junipers are conifers, but they 
differ from typical cone-bearing trees, which produce 
both male and female cones—junipers are either male 
or female. The female cones turn into fleshy, aromatic 
berries that are used for a variety of medicinal and 
culinary purposes. Junipers have two different types of 
leaves which, depending on the species, range from 
dark green to a light shade of blue-gray. Some leaves 
are needle like, similar to other conifers. Others are 
scales that are pressed close to the twigs. Most species 
have a combination of the two types of leaves; young 
branches typically have needles, while the more 
mature branches have scales. Juniperus communis, or 
common juniper, is the one species that has only the 
needle type leaves. 


The common juniper is a variable species, as it can 
occur as a shrub (3-4 feet [1-1.3 m]) or tall tree (30-40 
feet [10-13 m]). Native to Europe, it is now widely 
distributed in the northern temperate zones. Color, 
size, and shape depend on the variety, climate, and 
soil. The sharp leaves, 0.7-1 inch (5-15 mm) long, grow 
in whorls of three. Small yellow (male) or blue-green 
(female) cones grow at the base of the leaves. The 
scales on the female cones grow together and develop 
into fleshy, aromatic, pea-sized berries that contain 
two to three seeds. The berries take about 1-3 years 
to mature and turn a dark blue-black color when ripe. 


The best known use of the oil obtained from the 
berries is the flavoring for gin, an alcoholic beverage 
invented by the Dutch. The name gin is derived from 


jenever, the Dutch word for juniper. The berries have a 


strong flavor and are thought to stimulate the appe- 
tite. They are also used to flavor soft drinks, meat 
dishes, and condiments (they show up in jars of dill 
pickles). The principal medicinal use of juniper berries 
has been as a diuretic (an agent that promotes urina- 
tion). Poultices made of leaves and berries have been 
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used for bruises, arthritis, and rheumatism. The ber- 
ries have also been used as a substitute for pepper, and 
when roasted, a substitute for coffee. Fabric dyes are 
also obtained from the berries. Juniper berries can be 
toxic, however; pregnant women and people with kid- 
ney ailments should not ingest them. 


Some species such as, the Mediterranean J. thuridera 
and J. excelsa grow into large trees and are an impor- 
tant source of timber. Juniperus virginiana, also called 
eastern red cedar or Virginia juniper, found in the 
eastern United States, was used extensively for build- 
ing houses in the early nineteenth century—its aro- 
matic wood was an excellent bug repellant, 
particularly the bedbug. The wood for J. virginiana is 
also used to make high-quality pencils. 


l Jupiter 


Jupiter, the fifth planet from the sun, is the largest 
and most massive planet in the solar system. One of the 
gas giants, it is composed of mostly hydrogen and 
helium. The Jovian atmosphere provides a rich labora- 
tory for the study of planetary atmospheres. Its most 
famous feature, the Great Red Spot, has been visible for 
hundreds of years, and many smaller features are visible 
in its atmosphere. Thirty-nine satellites (or moons) of 
Jupiter have been discovered (the most of any known 
planet), ranging in size from larger than Mercury to tiny 
bodies with radii of less than 6 mi (10 km); in addition, 
the planet has thin rings composed of small particles. 


Planetary probes, such as the two Pioneer and 
Voyager spacecrafts, have flown through the Jovian 
system and provided enormous detail on its physical 
and chemical properties, while ground-based and 
space-based observations have been used to monitor 
the planet for centuries. Launched in 1989, the Galileo 
spacecraft arrived at Jupiter in 1995, and began send- 
ing back pictures and data from the Jovian system for 
the next seven years. In 1994, fragments of Comet 
Shoemaker-Levy 9 crashed into Jupiter, giving a 
once-in-a-lifetime opportunity to study the atmos- 
phere of the planet, and to learn about the effects of 
impacts on planets in general. 


The Jovian system 


The planet Jupiter, due to its size and brightness, 
was known to the ancients. It is named after Jupiter, 
the chief god in Roman mythology. This name is 
appropriate, since Jupiter is the largest and most 
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Jupiter’s Great Red Spot, a tremendous atmospheric storm 
twice the size of Earth, has been visible since the earliest 
telescopic observations of the planet. The spot rotates 
counterclockwise, completing a full rotation once every six 
days. (U.S. National Aeronautics and Space Administration 
[NASA].) 


massive planet in the solar system. It has a mass of 
(1.8988 x 10°’ kg), more than three times that of 
Saturn, and more than 300 times that of Earth. Its 
equatorial radius 44.4 mi (71,492 km) is more than 
11 times that of Earth’s radius. 


Jupiter is at a distance of 7.783 x 10° km from the 
sun, or about 5.2 times the distance of Earth. Because 
the planet is so far from the sun, it receives much less 
solar radiation than Earth, and is consequently much 
colder, with a temperature of only -184°F (-120°C) at 
the top of its clouds. This temperature is actually 
higher than would be expected from the input of 
solar energy alone, since the planet generates some of 
its own heat internally, most likely due to the energy 
from its gravitational collapse. 


Jupiter is one of four gas giants in the outer solar 
system. These planets differ substantially from the 
rocky bodies found closer to the sun. Jupiter does not 
have a solid surface at all, and is hypothesized to have a 
lower atmosphere of molecular (gaseous) hydrogen 
that is 8.699-12,427 mi (14,000-20,000 km) thick, 
which is underlain by a mantle of metallic (liquid) 
hydrogen that is 18,641 mi to 24,855 mi (30,000 to 
40,000 km) thick. This mantle surrounds an inner core 
of rock and ice thought to be 6,214 mi (10,000 km) 
thick. When astronomers look at the planet, they see 
only the ammonia ice clouds in a hydrogen-helium 
mixture at the top of the atmosphere. These clouds 
rotate with different periods. The Jovian cloud struc- 
ture consists of bands (divided into zones [light color] 
and belts [dark color]) and inter-band shear zones 
(characterized by streaks, loops, plumes, and spots 
[storms]). Because of the atmospheric motion, there is 
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no single rotation period that can be associated with 
visible features on this gaseous planet like there would 
be with a terrestrial planet. 


The most commonly used rotation period, 
referred to as System III, corresponds to the period 
of the planet’s periodic radio emissions, which is the 
rate of rotation of the interior of the planet. This 
period is 9 hours, 55 minutes, 30 seconds. The Jovian 
year, which is the time for the planet to complete an 
orbit about the sun, is 11.86 Earth years long. 


Observations from Earth and space 


Although Jupiter is visible to the naked eye, and 
has thus been known for thousands of years, much 
more detail is visible through even a small telescope. 
Italian astronomer and physicist Galileo Galilei 
(1564-1642) constructed one of the first telescopes of 
sufficient quality to make astronomical observations, 
and turned it toward the Jupiter in 1610. By doing so, 
he was the first to see the band structure in the planet’s 
atmosphere, and was the first to see its satellites, or 
moons. In even a low-power telescope, these bands are 
visible. In a typical pair of binoculars, the four 
Galilean satellites (described below) are visible. 


Today, astronomers observe the Jovian system 
regularly using both ground- and space-based tele- 
scopes. These observations are made in many wave- 
length regions, since each reveals distinct details. 
Ultraviolet wavelengths, for instance, are particularly 
useful for observing phenomena such as the aurora, 
while infrared observations are used to monitor the 
temperature of the planet. 


In situ measurements 


The first artificially made objects to travel to 
Jupiter were Pioneer 10 in December 1973 and 
Pioneer I] in December 1974. These were very simple 
spacecraft, which provided preliminary information 
about the Jovian system. They made measurements 
of the radiation belts, the magnetic field, and obtained 
rather crude images of the planet and its satellites. 


The more detailed measurements were made by the 
two Voyager spacecraft, which passed by Jupiter in 
March and July, 1979. These very capable spacecraft 
included a large array of scientific instruments to meas- 
ure properties of the planet and its environment. 
Although it is the photographs taken by the Voyagers 
that are most widely known, much more information 
was acquired. Ultraviolet and infrared spectra, charged 
particle counts, and magnetic field measurements were 
also obtained, in order to provide a more complete view 
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Jupiter 


Jupiter, as seen by Voyager 1. The planet is the most massive 
object in the solar system after the sun; its mass is greater 
than that of all the other planets combined. The latitudinal 
bands in the Jovian atmosphere may be partially the result of 
the rapid rotation of the planet which, despite its enormous 
size, rotates once every 9 hours 55 minutes. (U.S. National 
Aeronautics and Space Administration [NASA].) 


of the entire Jovian system. Since the encounters were 
separated by several months, information obtained 
from Voyager 1 was used in the planning of the 
Voyager 2 observations, in order to maximize the sci- 
entific return. Similarly, the results of Pioneer and 
ground-based measurements were used to plan the 
Voyager observations. Thus the observations of the 
future build on the measurements of the past. 


In 1992, Ulysses performed a flyby of the planet, 
at which time is took measurements of the magneto- 
sphere of Jupiter. It returned to the vicinity of the 
planet again in 2004. 


In 1989, the Galileo spacecraft was launched, with 
objective of orbiting and studying Jupiter. The 
mission suffered many setbacks, however, including a 
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malfunction that prevented the main antenna from 
deploying. Nonetheless, NASA scientists were able to 
reprogram Galileo’s software remotely, allowing the 
probe to meet approximately 70% of mission objec- 
tives. In late 1995, the spacecraft reached Jupiter, set- 
tling into orbit to study the planet and its satellites at 
close range. Galileo also released a probe carrying six 
instruments into the Jovian atmosphere to make direct 
measurements of the planet’s composition. It measured 
high-velocity winds. It also found fewer water mole- 
cules than earlier theorized deep in its atmosphere. 
However, the probe did find that the ratio of hydrogen 
to helium was similar to that of the outer reaches of the 
sun; which supports a theory that the sun and Jupiter 
were formed from the same cloud of interstellar matter. 
Galileo has had a remarkable record of success while 
functioning in the Jovian system from 1995 to 2003. 
Many thousands of photographs of Jupiter and its 
moons have been returned along with additional data. 
Galileo has been instrumental in helping find over 20 
new moons of Jupiter. Galileo, up to that time, was the 
only spacecraft to have descended into the atmosphere 
of Jupiter when it sent a probe and, later, itself into the 
atmosphere (on September 21, 2003). 


The Cassini spacecraft flew by Jupiter in 2000 while 
on a visit to Saturn. It took high-resolution images of the 
planet. The Juno spacecraft is planned to be launched in 
2010 for a detailed study of Jupiter from a polar orbit. 
NASA’s New Horizons craft will visit Jupiter in 2007 
while on its way to the dwarf planet Pluto. 


The planet 
Formation and composition 


Jupiter is believed to have formed in a manner 
similar to the other gas giants in the outer solar system. 
Rocky and/or icy planetestmals condensed from the 
solar nebula when the solar system was formed more 
than 4.5 billion years ago. The condensation process 
continued until the planetesimals were roughly Earth- 
sized. Although the temperatures close to the sun in the 
inner solar system drove off the volatile (easily vapor- 
ized) gases from bodies formed there, at the much 
greater distance of Jupiter this did not occur, and the 
planetesimals continued to collect gas. As the force of 
gravity slowly crushed the material in the center of the 
planet, energy was released, which is still seen today as 
extra heat released from the planet as it cools. 


The current composition of the whole of Jupiter is 
believed to be 24% helium and otherwise primarily 
molecular hydrogen, with less than 1% of other con- 
stituents, including methane (CHy4), ammonia (NH;) 
and water (H,0). This composition is similar to the 
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The four largest satellites of Jupiter are the Galilean satellites, 
named after seventeenth century Italian astronomer Galileo 
who was the first to observe them with a telescope and 
describe them as moons. This composite image shows the four 
satellites to scale: Europa (upper left), Callisto (upper right), 

lo (lower left), and Ganymede (lower right). All but Europa are 
larger than our moon. Ganymede is larger than Mercury. 

(U.S. National Aeronautics and Space Administration [NASA].) 


primordial composition of the solar system, and similar 
to the makeup of the sun today. A rocky and/or icy core 
is thought to exist at the center of the planet, with a size 
similar to that of Earth. Hydrogen and helium in met- 
allic and molecular form make up the majority of the 
atmosphere further from the center. 


Atmosphere 


The most striking feature in Jupiter’s atmosphere is 
the Great Red Spot, a huge storm several times larger 
than Earth’s diameter, which has been observed for 
more than 160 years (or perhaps much longer—because 
the observations were not continuous, it is unclear if 
spots observed before then were of the present-day 
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spot). Jupiter’s atmosphere has many storm systems, 
but the Red Spot is the most prominent. Early theories 
suggested that it was due to clouds colliding with a 
feature on the surface of the planet, but since there are 
no such features (and no solid surface, except perhaps 
at great depths in the core of the planet), this has since 
been abandoned. The Spot is also not static, but varies 
over both short and long timescales. Winds on both the 
north and south sides of the spot prevent it from vary- 
ing in latitude, but variations in longitude are seen. 


In 2000, three smaller storm spots merged into 
one, like the Great Red Spot is theorized to have 
formed around 300 years ago. In late 2005, the spot 
was white in color, but turned brown, and then red by 
the end of the year. As of 2006, it is the same color as 
the Great Red Spot. The official name of the spot is 
Oval BA, being about half the size of the Great Red 
Spot, which is twice the diameter of Earth. 


Jupiter’s storm activity is quite violent. Although 
data from Galileo showed lightning activity is only 
about 10% as frequent per given area as on Earth, 
the intensity is ten times as high. The strong winds 
dominate the atmosphere of Jupiter, however. These 
winds are found in bands, with the speed and direction 
varying greatly with latitude. Both the northern and 
southern hemisphere have at least ten bands of alter- 
nating wind direction. The strongest of these winds is 
more than about 400 mph (600 km/hr). The winds are 
very stable, although the fine details they cause, such 
as small white spots, can come and go in just days. 
Other features, such as the Red Spot, and three nearby 
white spots that have been visible since 1938, can last 
months or years. The long-lived spots are seen to vary 
with longitude, but not latitude. Astronomers make 
computer models of the atmosphere in order to under- 
stand the processes occurring there, but they are not 
yet able to explain the persistence of these features. 


The other primary feature visible in the atmosphere 
are the clouds. Three main cloud layers are seen, com- 
posed of ices of water, ammonium hydrosulfide, and 
ammonia. Since the different cloud layers are at different 
heights in the atmosphere, each represents a different 
temperature region. The variation in the colors of the 
clouds are also thought to be due to different chemistry. 
Theories suggest that the colors are due to sulfur or phos- 
phorus in the atmosphere, but this has not been verified. 


The Jovian system 
Satellites 


Jupiter has 63 or more moons, as of the last count 
in 2006. Satellites of Jupiter have an organizational 
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structure that puts them into one of several classes. 
The inner satellites have circular orbits, they move in a 
prograde direction, and they lie in Jupiter’s equatorial 
plane (e.g., Adrastea and Metis [which share one orbit]), 
Amalthea, and Thebe. The Galilean satellites are slightly 
more distant than the inner satellites and occupy nearly 
circular orbits, which are prograde. All Galilean satellites 
(Io, Europa, Ganymede, and Callisto) are locked ina 1:1 
spin orbit couple with Jupiter (the same face toward 
Jupiter all the time, like Earth’s moon to Earth). An 
inner group of outer satellites are farther out and are 
all prograde, but have inclined orbits with respect to 
Jupiter’s equatorial plane (e.g., Leda, Himalia, 
Lysithea, Elara). An outer group of outer satellites 
have a mixture of prograde and retrograde orbital 
motions and also have highly inclined orbits. 


When Galileo turned his telescope toward Jupiter 
in 1610, he discovered what he called the four new 
“Medician stars,” after Cosimo of Medici, a former 
pupil. These four satellites of Jupiter, now known as 
the Galilean satellites in his honor, today carry the 
names Io, Europa, Ganymede, and Callisto, after 
Jupiter’s (the Greek god’’) lovers. These bodies are 
planets in their own right, with sizes that rival or 
exceed those of the inner planets. 


Galileo’s discovery of a solar system in miniature 
lent strong support to the idea of the Copernican 
system, which postulated that the planets were in 
orbit about the sun, rather than Earth. Until 
Galileo’s observations, there was no physical evidence 
for such a system. By finding a planet with its own 
satellites, the possibility that there can be centers of 
motion other than Earth appeared much more likely. 


Since Galileo’s time, astronomers have discovered 
at least 59 additional satellites of Jupiter. All of these 
are much smaller than the moon-sized Galilean satel- 
lites, and hence are much more difficult to observe. 
Most were not discovered until the Voyager spacecraft 
reached Jupiter. These smaller objects are commonly 
irregularly shaped and in inclined (tilted), eccentric 
orbits. It is likely that many of them have been cap- 
tured by the planet’s gravitational field, rather than 
having formed in the vicinity of Jupiter like the 
Galilean satellites. 


lo 


Io is the most striking of the Jovian satellites and it 
is the most volcanically active body in the solar sys- 
tem. The Voyager spacecraft discovered active volca- 
noes on the surface, with plumes as high as 186 mi (300 
km); eight were recorded by Voyager 1, and six of these 
were seen to be still active when Voyager 2 arrived 
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several months afterward. Based on the colors of the 
surface of the moon (yellow, orange, red, and black), 
scientists believe that the surface consists mostly of 
sulfur and sulfur compounds. 


Most of the surface of the satellite had been trans- 
formed by the time the Galileo spacecraft arrived 17 
years later. The color and contours of the surface in 
the southern hemisphere had changed significantly, 
giving evidence of nearly continuous volcanic activity. 
Io has the most rapid planetary resurfacing process in 
the solar system, and hence the youngest overall sur- 
face of any known planetary body. Volcanic features 
abound on Io, including lava flows, ash falls, and 
volcanic vents and caldera. 


Only in a few, isolated spots is there a hint of older 
(perhaps not volcanic) crust on Io. These spots are 
called massifs and plateaus, and consist of highly frac- 
tured rocky crust. Impact craters are absent on lo, 
suggesting—again—that the crust is very young. 


Current theories suggest that the volcanism on Io 
is caused by its proximity to Jupiter, and hence the 
strong gravitational forces, which continually squeeze 
and stretch the satellite. Because of this continual 
reprocessing of the surface, impact craters are not 
seen as on the other satellites. lo also has an important 
interaction with the Jovian magnetosphere. 


It is hypothesized that Io has an internal structure 
consisting of a liquid iron-sulfur core, a mantle of 
silicate rock that may be partially molten, a litho- 
sphere of brittle silicate rock, a “thiosphere” (sulfur 
layer) of liquid or plastic sulfur, and a crust of solid 
sulfur and sulfur compounds. 


Europa, Ganymede, and Callisto 


Europa is an ivory, gray, and brown world with a 
water ice surface. Few craters are visible, and the sur- 
face is relatively smooth, but dissected by global net- 
works of fractures. Some areas of Europa (bright 
plains) have a high density of fractures, whereas 
other areas (mottled terrains) have less obvious frac- 
tures. Icy lava from below Europa’s ice crust may have 
flowed out and resurfaced parts of the mottled ter- 
rains. This suggests that processes have been (and 
may be still) at work to renew and re-coat the surface 
of Europa. 


Even more exciting is evidence suggesting that 
Europa may possess the right combination of condi- 
tions to sustain life. Based on data from Galileo, pale- 
ontologists now believe that the satellite features liquid 
(or at least slushy) oceans beneath its icy crust, warmed 
by volcanic activity, geysers, and other thermal outflow 


GALE ENCYCLOPEDIA OF SCIENCE 4 


generated by tidal stretching and squeezing (like Io, on 
a smaller scale). In particular, the surface in many areas 
appears fractured and segmented, indicating ice flows 
moving over liquid water. In conjunction with organic 
compounds, the water and heat may have created a 
biologically viable environment, similar to the hydro- 
thermal vents that on Earth have been shown to sup- 
port organic activity. 


Europa has but five clearly defined impact craters, 
but there are many other impact-crater like features 
called crater palimpsests, which look like flat, circular, 
brown spots that may be craters filled by water lavas. 
The largest of these features is called Tyre Macula, and 
is 62 mi (100 km) in diameter. 


It is hypothesized that Europa has a solid iron- 
sulfur core, a solid silicate mantle, an asthenosphere of 
silicates, ice, and water, and a cryosphere (ice crust) of 
water ice that is approximately 62 mi (100 km) thick. 


Ganymede, the largest of the moons, is an ivory 
and gray water-ice world. Impact craters are visible on 
the surface, but there is a mixture of both dark heavily 
cratered (older terrains) and sparsely cratered but 
highly fractured regions (bright and grooved terrains). 
This suggests that part of the surface is very old (heavily 
cratered regions) and part has experienced resurfacing 
since its formation (bright and grooved terrains). 
Ganymede has a density that suggests a silicate rock 
core surrounded by a mantle and _ cryosphere 
somewhat like that of Europa (but perhaps not as 
warm). Ganymede has a large, very old impact crater- 
basin that has been partially covered by ice lavas, 
known as Memphis Facula (about 311 mi [500 km] in 
diameter). 


Callisto is the outermost of the Galilean satellites. 
Callisto is another gray water-ice world, but it is 
darker than the Europa and Ganymede. Impact cra- 
ters are visible over the entire surface, suggesting that 
little resurfacing has occurred. The density of craters 
on Callisto is higher than on Earth’s moon, suggesting 
most of the surface is very old. There is a huge, multi- 
ring impact crater basin on Callisto called Valhalla, 
which has 25 concentric rings extending out to a diam- 
eter of 621 mi (1,000 km). Valhalla may be the largest 
impact crater in the solar system. Callisto has an inter- 
nal core of silicate rock and a mantle and cryosphere 
like the other Galilean satellites. 


Several other small satellites of Jupiter have been 
imaged (e.g., Sinope, Amalthea, and Thebe) and these 
appear to be captured chondritic asteroids. This lends 
credence to the theory that all irregularly shaped (non- 
Galilean) satellites of Jupiter are captured asteroids of 
one kind or another. 
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Rings 


A remarkable result of the Voyager spacecraft’s 
encounter with Jupiter was the discovery of a ring of 
particles orbiting Jupiter. This ring is much smaller 
and simpler than the familiar rings of Saturn, and they 
are not visible directly from Earth. Since their discov- 
ery, however, astronomers have made measurements 
of them by watching the light from stars as they pass 
behind the rings. In this way they can measure their 
extent and density. 


The rings extends to approximately 1.7 Jovian 
radii from the center of the planet. Small shepherd 
moons (Metis and Adrastea) may act to help gravita- 
tionally confine the ring material, creating a sharp 
outer boundary. Indeed, debris lost from these shep- 
herd satellites is thought to be the ring’s origin. The 
rings are about 3,728 mi (6,000 km) wide and about 19 
mi (30 km) thick. They are dark and there is some 
internal band structure to the rings. The size of mate- 
rial is very small, a few microns in size (like fine dust). 


Magnetosphere 


Jupiter has a magnetic field more than ten times 
stronger than that of Earth. The magnetosphere, 
which is created due to this field and its interaction 
with the solar wind, has major effects on the Jovian 
system. The size of the magnetosphere is larger than 
the sun; since the innermost Jovian satellites are 
embedded deep in the magnetosphere, they are partic- 
ularly affected by the magnetic field. One of the most 
complex results is the interaction of Io with this field. 


Atoms such as sodium and sulfur have been dis- 
covered in a cloud around Io as it orbits Jupiter. This 
material is believed to originate on the surface of the 
satellite, and then reach space after being driven from 
the surface due to collisions with high-energy particles. 
Through a not yet understood process, these atoms 
can become charged, and thus get trapped by the 
magnetic field of Jupiter. The result is a plasma 
torus, a doughnut-shaped region of charged atoms, 
which rotates with the planet’s magnetic field. 
Observations of these emissions in the ultraviolet 
since the 1970s have shown both a time variability 
and a spatial asymmetry in brightness from the torus. 


Particles from the region around Io are also 
thought to be responsible for the aurora (similar to 
Earth’s northern lights) seen at Jupiter’s poles, but 
once again, the process is not clearly understood. 
The auroras appear to be caused by particles from 
the torus region, which rain down on the atmosphere 
at the poles of the planet, creating emissions. 


2397 


Jayidn{ 


Jupiter 


KEY TERMS 


Comet Shoemaker-Levy 9—A comet that crashed 
into Jupiter in 1994. 


Copernican system—The description of the solar 
system that has the planets orbiting the sun, pro- 
posed by Nicholas Copenicus. 


Galilean satellites—The four largest satellites of 
Jupiter, discovered by Galileo in 1610. 


Gas giant—One of the large outer planets, includ- 
ing Jupiter, composed primarily of hydrogen and 
helium. 

Great Red Spot—A large, storm in Jupiter’s atmos- 
phere, which has been visible for more than 300 
years. 


lo plasma torus—A region of charged particles that 
are trapped in Jupiter’s magnetic field. 


Planetesimal—Small bodies from which planets 
formed. 


Voyager—Two unmanned planetary probes that 
flew by Jupiter and its satellites in 1979. 


Radio telescopes first detected emissions from 
Jupiter in the 1955. These radio waves are created 
when electrons travel through the planet’s magneto- 
sphere. Measurements show both short- and long- 
term variability of the radio emissions. 


Comet Shoemaker-Levy 9 collision 


In early 1993, Eugene and Carolyn Shoemaker and 
David Levy discovered a comet moving across the night 
sky. They were surprised at its appearance, since it 
seemed elongated compared to other comets they had 
seen. Further observations showed that the comet con- 
sisted of a large number of fragments, apparently torn 
apart during a close encounter with Jupiter during a 
previous orbit. Calculations showed that this “string of 
pearls” would collide with Jupiter in July, 1994. 
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A worldwide effort was mounted to observe the 
impacts with nearly all ground-based and space-based 
telescopes available. Although astronomers could not 
predict what effect the collisions would have on 
Jupiter, or even whether they would be visible, the 
results turned out to be spectacular. Observatories 
around the world, and satellite telescopes such as the 
Hubble Space Telescope observed the impacts and 
their effects. Galileo, en route to Jupiter at the time, 
provided astronomers with a front-row seat at pro- 
ceedings. Even relatively small amateur telescopes 
were able to see some of the larger impact sites. Dark 
regions were visible in the atmosphere for months. 


See also Space probe. 
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l K-T event (Cretaceous-Tertiary 


event) 


The K-T event (Cretaceous-Tertiary event) refers 
to the mass extinction of the dinosaurs that took place 
approximately 65.0 to 65.5 million years ago (mya). In 
addition to the dinosaurs, most large land animals 
perished and an estimated 70% of species became 
extinct during this Cretaceous-Tertiary extinction. 
Controversy exists as to how long the mass extinctions 
occurred. Scientists disagree, some saying it only 
lasted hundreds or thousands of years, while others 
state that it remained around for millions of years. 


In the early 1980s, an team of physicists and 
geologists—headed by American physicist Luis Alvarez, 
geologist Walter Alvarez, chemist Frank Asaro, and 
chemist Helen Michels—documented a band sedimen- 
tary rock in Italy that contained an unusually high 
level (hundreds of time greater than the concentrations 
normally found on Earth) of the rare metal iridium 
(usually found on Earth’s surface only as a result of 
meteor impacts). The scientists eventually argued that 
that the iridium layer was evidence of a large asteroid 
impact that spewed iridium contaminated dust into 
the atmosphere. Blown by global wind currents, the 
iridium eventually settled into the present thin sedi- 
mentary layer found at multiple sites around the 
world. Given the generalized dispersion of iridium, 
the researchers argued that the impact was large and 
violent enough to cause dust and debris particles to 
reach high enough levels that they seriously occluded 
light from the Sun for a large expanse of Earth. 


The subsequent reduction in photosynthesis was 
sufficient to drastically reduce land plant population 
levels and eventually drive many plant species to 
extinction. The reduction in plant population levels 
also provided evolutionary pressure on species nutri- 
tionally dependent upon plant life. Large life forms 
with especially high-energy demands (e.g., dinosaurs) 
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were especially sensitive to the depleted dietary base. 
The adverse consequences of population reductions 
and extinctions of plant-eating life forms then rippled 
through the ecological web and food chain—ultimately 
resulting in mass extinctions. Some groups that became 
totally extinct during this period are the ammonoids 
(which fed on plankton), rudists (a group of clams), 
inoceramids (an ancient scallop), mosasaurs (a giant 
lizard), and plesiosaurs (a large marine reptile). 


Calculations of the amount of iridium required to 
produce the observable layer (on average about a 
centimeter thick) yield estimates indicating that the 
asteroid measured at least 6 mi (10 km) in diameter. 
The impact crater from such an asteroid could be 100 mi 
(161 km) or more in diameter. Such an impact would 
result in widespread firestorms, earthquakes, and tidal 
waves. Post-impact damage to Earth’s ecosystem 
occurred as dust, soot, and debris from the collision 
occluded the atmosphere to sunlight. 


Based on petroleum exploration data, Canadian 
geologist Alan Hildebrand identified a major impact 
crater in the oceanic basin near what is now the 
Yucatan Peninsula of Mexico. The remains of the 
impact crater, termed the Chicxulub crater, measures 
more than 105 mi (170 km) in diameter. Argon dating 
places the Chicxulub impact at the expected Cretaceous- 
Tertiary geologic time boundary, approximately 65 mya. 


Other geological markers are also indicative of 
a major asteroid impact approximately 65.0 to 65.5 
million years age (e.g., the existence of shock quartz, 
ash, and soot in sedimentary layers dated to the K-T 
event). Tidal waves evidence surrounding the Gulf of 
Mexico basin also dates to 65 million years ago (mya). 


Other scientists have argued that it was not a 
solitary impact—that alone caused the mass extinction 
evidenced by the fossil record. At end of the prior 
Cretaceous period and during the first half of the 
Tertiary period, Earth suffered a series of intense and 
large impacts. Geologists have documented more that 
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20 impact craters greater than 6.2 mi (10 km) in diam- 
eter that date to the late Cretaceous period. Large 
diameter impact craters were especially frequent dur- 
ing the last 25 million years of the Cretaceous period. 
(i.e., the Senonian epoch). 


The extinction of the dinosaurs and many other 
large species allowed the rise of mammals as the dom- 
inant land species during the Cenozoic era. 


See also Astronomy; Catastrophism; Evolution, 
evidence of; Historical geology. 


l Kangaroo rats 


Kangaroo rats are small burrowing mammals 
with fur-lined cheek pouches, making up the rodent 
family Heteromyidae, found principally in North and 
Central America. There are five genera of rodents with 
external pouches in this family but only two of them 
are given the popular name of kangaroo. It derives 
from the fact that their front feet are very small and the 
back legs are quite large and strong, adapted for two- 
legged leaping. The thick tail helps in balance and 
serves as a third “leg” when standing still. 


Kangaroo rats belong to the genus Dipodomys, 
which includes 21 species found from southern 
Alberta to central Mexico. Their heads and bodies 
may be 4-8 in (10-20 cm) long, plus a tail that is even 
longer. They are brown to yellow in color, with a lighter 
belly. 


Unlike other rodents with cheek pouches, such as 
pocket gophers, kangaroo rats and mice live in very 
open country. They require unobstructed space in 
which to make their leaps, which may be as much as 
6 ft (2 m) or more. They generally come out only at 
night to forage for seeds, fruit, and even small insects. 
The food is carried back to their burrows where it may 
be stored. Each adult has a separate burrow system. 


Kangaroo rats do not drink water. Rather, they 
receive fluids from food. They have very special kid- 
neys that function efficiently at ridding the body of 
poisons. An important part of their lives is dust bath- 
ing. They have an oil-secreting gland located on the 
back between the shoulders, and if they are not 
allowed to bathe in dust to remove the excess oil, 
their fur and skin becomes matted and irritated. 


During the mating process, a male kangaroo rat 
seeks the attention of a female by thumping on the 
ground with his back feet. The female will produce 
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Ord’s kangaroo rat. (Larry L. Miller. The National Audubon 
Society Collection/Photo Researchers, Inc.) 


one to six offspring in one of her two or three litters 
each year. 


Several species of kangaroo rats are regarded as 
threatened or even endangered due to the destruction 
of their deserthabitat. The growth of agriculture 
through irrigation and the development of new resi- 
dential areas can decimate a subspecies or even a 
species almost overnight. 


The two species of smaller kangaroo mice belong to 
the genus Microdipodops, which live in the desert sands of 
Nevada. They look much like small furry balls with eyes 
and a single pair of long legs. Their fur is longer and silkier 
than the kangaroo rats’. Even their hind feet have special 
fur, called fringe, which broadens the base from which 
they spring. Perhaps because they burrow into sandy soil, 
their burrows are not as elaborate as those of other bur- 
rowing rodents. They are most active at night. 


There are several other genera of pocket mice but 
they are not the leapers that kangaroo rats and mice 
are. The pocket mice of Mexico and the southwestern 
United States make up the genus Perognathus. Two 
genera of spiny pocket mice, Liomys and Heteromys, 
can be found in the arid regions and forest areas of 
central America. These animals have much stiffer fur 
than the other members of the family. 
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l Kangaroos and wallabies 


Kangaroos and wallabies are pouched mammals, 
or marsupials, of Australia and nearby islands. They 
have hind legs enlarged for leaping. Most species live 
on the ground, and some in trees. The name kangaroo 
is usually used for larger species, and wallaby for 
smaller ones. They all belong to the family 
Macropodidae, meaning “big footed,” and they are 
herbivorous, or plant-eating animals. 


Kangaroos and wallabies hold the same place in 
their ecosystem as ruminants, such as deer. They graze 
and have similar mechanisms for chewing and digest- 
ing plants. Most members of the family are nocturnal, 
feeding at night. 


The kangaroo’s hand has five clawed fingers, all 
approximately the same length. It can be used for 
grasping. The hind feet are quite different, being 
extremely large and having only four toes. The first 
two are tiny and are joined together at the bone but 
not at the claw. These claws are useful for grooming. 
The third toe is huge, with a strong, sharp claw. When 
fighting, the animal may use this claw as a weapon. 
The fourth toe is again small, but not as small as the 
grooming toes. 


Kangaroos are famous for their prodigious leaps— 
sometimes up to 30 ft (9.2 m) long and 6 ft (1.8 m) high 
by the gray kangaroo. Because the spring-like tendons 
in their hind legs store energy for leaps, they are some- 
times called “living pogo sticks.” It has been calculated 
that kangaroos actually use less energy hopping than a 
horse uses in running. When they are grazing, kanga- 
roos tend to move in a leisurely fashion using all four 
feet plus the hefty tail for balance. They move the hind 
legs while balancing on the front legs and tail, then 
move the front legs while balanced on the hind legs, 
rather like a person walking on crutches. They often 
rest by reclining on their side, leaning on an elbow. 


Most kangaroos are unable to walk in normal 
fashion, moving the hind legs at separate times. 
However, tree-dwelling kangaroos have the ability to 
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move their hind legs at different times as they move 
among the branches. 


Like all marsupials, female kangaroos have a pro- 
tective flap of fur-covered skin that shields the off- 
spring as they suckle on teats. The kangaroo’s 
marsupium, as this pouch is called, opens toward the 
head. The pouch is supported by two bones, called 
marsupial bones, attached to the pelvis. No other 
mammals have these bones, but even male kangaroos 
do, despite the fact that they do not have pouches. 


Some kangaroos live in social groups and others 
are solitary. In general, the larger animals and the ones 
that live in open grasslands are more social. Within a 
group, called a mob, the individuals are safer. In a mob, 
the dominant male competes with the others to become 
the father of most of the offspring, called joeys. Because 
the dominant male is larger than the other males (called 
boomers), over many generations, through sexual selec- 
tion the males have evolved to become considerably 
larger than the females (called does). 


The difficult life of a newborn kangaroo 


For such a large animal, the gestation period of 
kangaroos is incredibly short. The longest among the 
kangaroos is that of the eastern gray kangaroo 
(Macropus giganteus), in which the baby is born after 
only 38 days. However, it is less than an inch long, 
blind, and hairless like the newborns of all marsupials. 
It may weigh as little as 0.01 oz (0.3 g). 


The kangaroo has virtually no hind legs when 
born. In fact, the front legs, which are clawed, look 
as if they are going to be mammoth. These relatively 
large front paws serve the purpose of pulling the tiny, 
little-formed creature through its mother’s fur and 
into her pouch. Instinct guides the tiny infant, who 
moves with no help from its mother. If it moves in the 
wrong direction, the mother ignores it. If it moves 
slowly, it may die from exposure. These tiny creatures 
are born with disproportionately large nostrils, so 
smell apparently plays a major role in guiding the 
path to the mother’s pouch. 


A newborn kangaroo has a longer distance to 
travel than most marsupials. Most others have a 
pouch that faces backward, or is an open flap of skin 
where it is easier for the baby to find the teats. In the 
kangaroos, the baby must climb up to the top of the 
pouch, crawl over the edge, and then back down inside 
to reach a teat. 


If successful in reaching the pouch, the baby’s tiny 
mouth clamps onto a teat, which swells into the mouth 
so that the infant cannot release it. The infant’s 
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Red kangaroos in Australia. (© Len Rue, Jr./The National Audubon Society Collection/Photo Researchers, Inc.) 


esophagus expands so it can receive both nourishment 
and oxygen. The baby, now called a pouch embryo, 
cannot let go even if it wants to. It will be a month or 
more before its jaw develops enough to open. Only the 
teat that the baby is attached to actually produces milk. 


After the infant is born and moves into the pouch, 
a female red kangaroo (Macropus rufus) may mate 
again. This time, however, the fertilized egg goes into 
a resting state and does not develop until the female 
stops nursing the first young. Her body signals that 
change to the zygote, which then starts developing 
again. This time lag, called diapause, has great advan- 
tages to the species in that if one young dies, another 
embryo can quickly take its place. Diapause does not 
occur in the eastern gray kangaroo. The pouch 
embryo will continue to develop as it would if inside 
a uterus. In the big kangaroos, it takes 10 months or 
more before the joey emerges for the first time (often 
falling out by accident). It gradually stays out for 
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longer and longer periods, remaining by its mother’s 
side until about 18 months old. A male great kangaroo 
reaches sexual maturity at about two or three years, a 
female not for several years more. 


One fossil kangaroo, Procoptodon goliah, was at 
least 10 ft (3.1 m) tall and weighed about 500 Ib (227 
kg). Today, the largest of the species is the male red 
kangaroo, which may have a head-and-body length of 
almost 6 ft (1.8 m), with a tail about 3.5 ft (107 cm) 
long. It may weigh 200 Ib (90 kg). 


Fourteen species of living kangaroos belong to the 
genus Macropus. They include the largest living mar- 
supials. In varying contexts and times they have been 
regarded as pests, or as among the treasures of 
Australia. Farmers have argued that kangaroos take 
food from sheep and cattle, but actually kangaroos 
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tend to select different plants from domestic livestock. 
Today, only a few are seen near urban areas, but they 
are widespread in the countryside, where they are still a 
favorite target of hunters, who sell their meat and skins. 


The eastern gray kangaroo and its western relative 
(M. fuliginosus), which is actually brown in color, 
occupy forest areas throughout the eastern half and 
the southwest region of Australia. The forest-living 
species mostly eat grasses. Their young are born at 
more predictable times than those of the red kangaroos 
and they take longer to develop. They spend about 40 
weeks in the pouch, and the mother does not mate again 
until the joey becomes independent and mobile. 


The red kangaroo shares the western gray kanga- 
roo’s habitat. As European settlers developed the 
land, forests were cut, reducing habitat for the gray 
kangaroos, but increasing the red kangaroo popula- 
tions. Only the male red is actually brick red; the 
female is bluish gray, giving it the nickname “blue 
flier.” It has the ability to care for three young at 
different stages of their lives at once. It can have an 
egg in diapause in its uterus, while a tiny pouch 
embryo can be attached to one teat. Then, another 
teat elongates so that it is available outside the 
pouch, where an older, mobile offspring can take it 
for nourishment. This situation probably evolved in 
response to the dryness of the red kangaroo’s desert 
environment, which can easily kill young animals. 


In the continental interior, the red kangaroo lives 
in open dry land, while wallaroos, also called euros 
(M. robustus), live around rock outcroppings. The 
wallaroos, which have longer and shaggier hair than 
the larger kangaroos, are adapted for surviving with 
minimal water for nourishment. When water is not 
available, the animal reduces the body’s need for it 
by hiding in cool rock shelters, and their urinary sys- 
tem concentrate the urine so that little liquid is lost. 


The smaller wallabies 


Smaller kangaroos are usually called wallabies. The 
name is especially used for any kangaroo with a hind foot 
less than 10 in (25 cm) long. Several species of Macropus 
are regarded as wallabies as well as species in other gen- 
era. The two smallest are the tammar wallaby (M. euge- 
nii) of southwestern Australia and adjacent islands and 
the parma wallaby (M. parma) of New South Wales. 
Their head and body are about 20 in (50 cm) long with 
tail slightly longer. The tammar wallaby has been known 
to drink saltwater. The whiptail wallaby (M. parryi) is the 
most social of all marsupials. It lives in mobs of up to 50 
individuals, and several mobs may occupy the same ter- 
ritory, making up an even bigger population. 
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Rock wallabies (Petrogale species) have soft fur 
that is usually colored to blend in with the dry, rocky 
surroundings in which they live. However, the yellow- 
footed rock wallaby (P. xanthopus) is a colorful gray 
with a white strip on its face, yellow on its ears, dark 
down its back, yellow legs, and a ringed yellow-and- 
brown tail. Rock wallabies have thinner tails than 
other wallabies and use them only for balance, not 
for propping themselves up. They are very agile when 
moving among the rocks. Some have been known to 
leap straight up a rock face 13 ft (4m) or more. Rock 
wallabies have sometimes been kept in zoos, where 
they live and breed in communal groups. 


The smaller hare wallabies are herbivores that 
feed mostly on grasses and can run fast and make 
agile jumps. Close study of the hare wallaby called 
the quokka (Setonix brachyurus) provided naturalists 
with their first solid information about marsupials. 
With a head-body length of about 20 in (50 cm), plus 
a 10-in (25-cm) tail, this rodent like creature lives in 
swampy areas in southwestern Australia. Today it 
lives mainly on neighboring islands. Several other 
species are rapidly disappearing and one, the central 
hare wallaby (Lagorchestes asomatus), is known from 
only one specimen found in 1932. It is thought to be 
extinct. 


Several wallabies that were widespread in the past 
are probably extinct. Nail-tailed wallabies (Onychogalea 
species) had tough, horny tips to their tails. These 2 ft 
(61 cm) tall marsupials lost their habitat to grazing live- 
stock and agricultural pursuits, and were also hunted. 
Nail-tails were also called organ grinders, because their 
forearms rotated while they were hopping. 


Five species of wallabies (Dorcopsis species) live 
only in the rainforest of New Guinea. They do not 
hop as well as other kangaroos because their hind feet 
are not much larger than their front. Somewhat smaller 
kangaroos called pademelons (Thylogale species) live in 
New Guinea as well as on the Australian continent. 


Tree kangaroos 


The tree kangaroos (Dendrolagus species) are her- 
bivores that live in trees in mountainous forest of New 
Guinea and Australia. They have fairly long fur and 
live in small groups. Some of them have the ability to 
leap between strong branches of trees as much as 30 ft 
(9.2 m) apart. 


Tree kangaroos have longer forearms and longer 
tails. Although their tail is not truly prehensile, or 
grasping, they may wrap it around a branch for sup- 
port. Unlike other kangaroos, their tail is about the 
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same thickness from base to tip. Tree kangaroos are 
hunted as food and so they are decreasing in numbers. 
The single young stays in the pouch for almost a year 
and suckles even longer, so the rate of reproduction is 
rather slow. 


Rat-kangaroos 


A subfamily of smaller, more ancient marsupials 
is called rat-kangaroos. Most scientists classify the rat- 
kangaroos in a separate family, the Potoroidae. These 
animals are omnivorous, eating a variety of foods. 


The musky rat-kangaroo (Hypsiprymnodon 
moschatus) is the smallest kangaroo, with a head- 
body length of only about 10 in (25 cm) plus a furless 
tail (the only one in the family) of about 5 in (12.7 cm). 
This species also has front and hind feet closer to the 
same size than any other member of the family. It eats 
some insects along with grasses and other plants. 
(Some scientists separate the musky rat-kangaroo 
into its own family, the Hypsiprymnodontidae, due 
to differences in the teeth and skull.) The potoroos 
(Potorous species) are about twice as large as the 
musky rat-kangaroos and display a more advanced 
leaping ability. 


The desert rat-kangaroo (Caloprymnus campestris) 
was first seen in southern Australia in 1843, but not 
again until 1931. There have been no reliable records of 
this species since 1935 and it is thought to be extinct. 
The northern rat-kangaroo (Bettongia tropica) of 
Queensland was observed in the 1930s, but not again 
until 1971. It has huge hind feet, which cover half the 
length of its body. The species is endangered for reasons 
that are unclear and two captive breeding population 
have been established to learn more about the species. 


The bettong, also called the woylie or brush-tailed 
rat-kangaroo (Bettongia penicillata), has a prehensile 
tail, which it uses to carry the dry grasses used in 
building a nest. Woylies were quite common over 
southern Australia, but as human populations have 
increased, it has become extirpated over most of its 
original range. Similarly threatened is the boodie or 
short-nosed rat-kangaroo (B. /esueur). The only kan- 
garoo that digs burrows, where it gathers in a family 
group, it is now restricted to several islands in western 
Australia’s Shark Bay. Unlike the other members of 
the kangaroo family, the boodie never uses its front 
feet while walking. 


Clearly, many of the smaller kangaroos are 
endangered and even nearing extinction. Apparently, 
they are vulnerable to even small changes in their 
habitat. The great kangaroos, on the other hand, 
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KEY TERMS 


Diapause—A period during which a fertilized egg 
does not implant and start to develop. A change in 
the mother’s hormone system, perhaps triggered by 
favorable weather conditions, signals the egg to 
start developing. 


Embryo—A stage in development after fertilization. 
Herbivorous—An animal that only eats plant foods. 


Marsupium—The pouch or skin flap that protects 
the growing embryo of a marsupial. 


Prehensile—Of a tail, able to be used for grasping. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Uterus—Organ in female mammals in which 
embryo and fetus grow to maturity. 


appear to be thriving as long as their habitats remain 
protected and hunting for their skin and meat is con- 
ducted on a sustainable basis. 
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t Karst topography 


Karst is a German name for an unusual and dis- 
tinct limestone terrain in Slovenia, called Kras. The 
karst region in Slovenia, located just north of the 
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Tower karst topography like this along the Li River in southern China is formed when karst sinkholes deepen faster than 
they widen. (JLM Visuals.) 


Adriatic Sea, is an area of barren, white, fretted rock. 
The main feature of a karst region is the absence of 
surface water flow. Rainfall and surface water (streams, 
for example) disappear into a subterranean drainage 
system characteristic karst areas. Another feature is the 
lack of topsoil or vegetation. In geology, the term karst 
topography is used to describe areas similar to that 
found in Kras. The most remarkable feature of karst 
regions is the formation of caves. 


Karst landscapes develop where the bedrock is 
comprised of such soluble rock as limestone, gypsum, 
or dolomite. Most karst regions develop in areas 
where the bedrock is limestone. The Mammoth cave 
system, Kentucky, is located in the largest karst land- 
scape in the world. Other extensive karst regions are 
in southern France, southern China, Central America, 
Turkey, Ireland, and England. 


Karst topography is formed when there is a 
chemical reaction between groundwater and _ bed- 
rock. As rain, streams, and rivers flow over Earth’s 
surface, the water mixes with the carbon dioxide that 
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naturally exists in air, and the soil becomes acidic and 
dissolves the calcium carbonate rock. In other cases, 
for example Carlsbad Caverns, New Mexico, sulfuric 
acid plays an important role in the dissolution of 
limestone to create caves. The carbonate solution 
seeps into fissures, fractures, crevices, and other 
depressions in the rock. Sinkholes develop and the 
fissures and crevices widen and lengthen. As the 
openings become larger, the amount of water that 
can enter increases. The surface tension decreases, 
allowing the water to enter faster and more easily. 
Eventually, an underground drainage system devel- 
ops. The bedrock is often hundreds of feet thick, 
extending from Earth’s surface to depths below the 
water table. Solution caves can develop in karst 
regions by an extensive enlargement of the under- 
ground drainage structure into a system of connect- 
ing passageways. 

There are many variations of karst landscape, 
often described in terms of a particular landform. 
The predominant landforms are called fluviokarst, 
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Karyotype and karyotype analysis 


> 
1 2 3 
as - ; 
y & % “a S 
AS » & 4 
ss 4 & Be 
6 ? 8 


hs / ak a - 
be@ 86 92 
13 14 15 
- - y & 
19 20 


o 


hb 
limes 


* EF FF a 
mn "eS 86 Bal 
10 11 12 
. bz 2g 
ee vr Ae 
16 17 18 
| «BB 
ae fe O) a 
a 
21 22 x ¥ 


Karyotype of a normal human female. (Courtesy of Dr. Constance Stein.) 


doline karst, cone and tower karst, and pavement 
karst. Some karst regions were etched during the Ice 
Age and may appear barren and very weathered (pave- 
ment karst). Other karst areas appear as dry valleys for 
part of the year and after seasonal floods, as a lake 
(one example of fluviokarst). In tropical areas, karst 
regions can be covered with forests or other thick 
vegetation. Sometimes, the underground drainage 
structure collapses, leaving odd formations such as 
natural bridges and sinkholes (doline karst). Tall, 
jagged limestone peaks are another variation (cone 
or tower karst). 
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l Karyotype and karyotype 


analysis 


A karyotype is a technique that allows geneticists 
(genetic specialists) to visualize chromosomes under a 
microscope. The chromosomes can be seen using 
proper extraction and staining techniques when the 
chromosomes are in the metaphase portion of the cell 
cycle. Detecting chromosomal abnormalities is impor- 
tant for prenatal diagnosis, detection of carrier status 
for certain genetic diseases or traits, and for general 
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Karyotype of a normal human male. (Courtesy of Dr. Constance Stein.) 


diagnostic purposes. Karyology is the scientific study of 
chromosome sets, while patterns found within individ- 
ual chromosomes are called chromosome banding. 


Karyotype analysis can be performed on virtually 
any population of rapidly dividing cells either grown in 
tissue culture or extracted from tumors. Chromosomes 
derived from peripheral blood lymphocytes are ideal 
because they can be analyzed three days after they are 
cultured. Lymphocytes can be induced to proliferate 
using a mitogen (a drug that induces mitosis) like phy- 
tohemagglutinin. Skin fibroblasts, bone marrow cells, 
chorionic villus cells, tumor cells, or amniocytes also 
can be used but they require up to two weeks to obtain a 
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sufficient amount of cells for analysis. The cultured cells 
are treated with colcemid, a drug that disrupts the 
mitotic spindle apparatus to prevent the completion of 
mitosis and arrests the cells in metaphase. The har- 
vested cells are treated briefly with a hypotonic solu- 
tion. This treatment causes the nuclei to swell making it 
easier for technicians to identify each chromosome. The 
cells are fixed, dropped on a microscope slide, dried, 
and stained. The most common stain used is the 
Giemsa stain. Other dyes, such as fluorescent dyes, 
can also be used to produce banding patterns. 


Chromosome spreads can be photographed, cut 
out, and assigned into the appropriate chromosome 


2407 


sisAjeue adAjoAuey pure adAjoAuey 


Kelp forests 


number or they can be digitally imaged using a com- 
puter. There are seven groups (A through G) that auto- 
somal chromosomes are divided into based on size and 
position of the centromere. The standard nomenclature 
for describing a karyotype is based on the International 
System for Human Cytogenetic Nomenclature (ISCN). 
First, the total number of chromosomes is written 
followed by a comma, then the sex chromosome con- 
stitution and any abnormality written in parentheses. 
Many genetic abnormalities cannot be detected by kar- 
yotype analysis. These include small, esoteric aberrations 
such as point mutations, frameshift mutations, nonsense 
mutations, or single nucleotide polymorphisms. 


Genetic counselors rely on karyotypes to diagnose 
abnormal pregnancies. Amniocentesis is a routine 
procedure used in prenatal screening that involves 
removing amniotic fluid for karyotype analysis. A 
karyotype can pick up aneuploidy (i.e., Trisomy of 
chromosome 21, or Down syndrome) and rearrange- 
ments such as deletions, duplications, and inversions 
that might be helpful in prenatal diagnosis. It also can 
be helpful in certain cases to obtain karyotypes from 
parents to determine carrier status, which can be rele- 
vant to recurrence risks in future pregnancies. 
Karyotypes also may help determine the cause of 
infertility in patients having reproductive difficulties. 


Many sports organizations, including — the 
Olympics, use karyotype analysis for gender verifica- 
tion purposes in order to prevent male athletes from 
competing in female sports events. To prevent an unfair 
competitive advantage by male imposters, the 
International Olympic Committee (IOC) in 1968 
required that all female athletes undergo a controversial 
gender verification testing using buccal smears (cheek 
cells) to karyotype individuals. Unexpectedly, athletes 
that had genetic abnormalities were detected. Some of 
these individuals had part or all of a Y chromosome 
and appear phenotypically to be female due to different 
genetic conditions that results in ambiguous external 
secondary sex characteristics or degenerate internal 
genitalia. As a result of sex testing, many of these 
individuals suffered from public disgrace and humilia- 
tion, loss of titles and scholarships, and were banned 
from future competitive events. It was not until June 
1999, over 30 years later, that the IOC Athletes’ 
Commission discontinued gender verification on a 
trial basis. The proposal, similar to the International 
Amateur Athletic Federations plan adopted in 1992, 
allows for such testing by the appropriate medical per- 
sonnel only if there is a question of gender identity. 
Most competitive sports organizations now require 
only individuals suspected of being male imposters to 
undergo sex testing. The IOC allows genetically 
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abnormal individuals to compete only after confirma- 
tion of testing by medical professionals and the appro- 
priate counseling has been completed. In 2002, the IOC 
suspended gender verification procedures for the 
Olympics in Sydney, Australia citing potential harm 
to “women athletes born with relatively rare genetic 
abnormalities that affect development of the gonads 
or the expression of secondary sexual characteristics.” 


See also Chromosome mapping; Genetic disor- 
ders; Genetic testing; Genetics; Genotype and pheno- 
type; Hermaphrodite. 


l Kelp forests 


Kelp 


Kelp forests refers to the dense, sometimes tower- 
ing, growth of kelp that occurs in some coastal waters. 


Brown algae, also known as kelps, are a group of 
seaweeds in the order Phaeophyta. They attach to rocks 
on the sea bottom by a tissue known as their holdfast, 
from which their flexible stems (known as a stipe) and 
leaflike tissue (or fronds) grow into the water column. In 
some species the fronds are kept buoyant by gas-filled 
bladders. Kelp tissues are extremely tough only the 
strongest storms are capable of tearing their fronds or 
ripping their holdfasts from the rocky bottom. When 
this happens, however, large masses of kelp biomass can 
float around as debris known as “paddies,” or wash 
onto the shore as “wrack.” 


In some temperate marine habitats large species 
of brown algae can be extremely abundant. These 
ecosystems are known as kelp forests. Because they 
are extremely productive ecosystems, and have a 
great deal of physical structure associated with their 
seaweed biomass, kelp forests provide habitat for a 
wide range of marine organisms. These include a 
diversity of species of smaller algae, invertebrates, 
fish, marine mammals, and birds. The kelp forests 
of the Pacific coast of North America are estimated 
to support more than 1,000 species of marine plants 
and animals. 


Kelp forests occur in many parts of the world, 
including the Atlantic and Pacific coasts of North 
America. However, the tallest, best-developed kelp 
forests are in waters 20-210 ft (6-70 m) deep over 
rocky bottoms off the coast of California. This eco- 
system is dominated by the giant kelp (Macrocystis 
pyrifera), which ranges from central California to Baja 
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California (the genus also occurs on the west coast of 
South America, and off South Africa, southern 
Australia, and New Zealand). This enormous seaweed 
is also known as the giant bladder kelp because of the 
flotation structures attached to its fronds. The giant 
kelp begins its life as a microscopic spore, but can 
grow as immensely long as 200 ft (60 m) and live for 
4 to 7 years. Most of its photosynthetic activity occurs 
in the upper part of its tall canopy, because the lower 
areas are intensely shaded and do not receive much 
sunlight. 


Other, somewhat smaller species of Macrocystis 
occur more widely along the Pacific coast, as far north 
as southern Alaska. Other giant seaweeds of kelp forests 
of the Pacific coast include the bull kelp (Nereocystis 
leutkeana), the elk horn kelp (Pelagophycus porra), the 
feather boa kelp (Egregia menziesii), and the Fucalean 
alga (Cystoseira osmundacea). 


Sea urchins are marine invertebrates that feed 
voraciously on kelp biomass (they are herbivores 
meaning that plants are their primary source of 
food). Periodically, sea urchins of the genus 
Strongylocentrotus can become extremely abundant 
and cause an intense disturbance to the kelp-forest 
ecosystem. They do this by feeding on the holdfasts 
and causing the kelp to detach from their rocky 
anchors, resulting in an ecosystem known as an 
“urchin barren” because it sustains so little biomass 
of seaweeds or other species. This sort of natural 
ecological damage has been observed numerous 
times, in various parts of the world. 


Off the coast of western North America, however, 
sea otters (Enhydra lutris) feed on the urchins and can 
prevent them from becoming too abundant, thereby 
keeping the kelp forests intact. This ecological balance 
among sea urchins, sea otters, and kelps became upset 
during the nineteenth century, when the populations 
of the otters were virtually wiped out by excessive 
hunting for the fur trade. Because of the collapse of 
otter populations, the urchins became more abundant. 
Their excessive feeding on kelps greatly reduced the 
extent and luxuriance of the kelp forests. Fortunately, 
this balance has since been restored by the cessation of 
the hunting of sea otters, allowing them to again con- 
trol the abundance of the urchins. In turn, the produc- 
tive kelp forests have been able to redevelop. 


Seaweed contains a number of useful chemicals, 
such as alginates used as thickeners and gelling agents 
in a wide variety of manufactured products. A more 
minor use is as a food supplement. In some regions 
kelps are being harvested as an economic resource to 
supply these industrial chemicals. Off the coast of 
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California, for example, kelp harvesting amounts to 
as much as 176,000 tons (160,000 metric tons) per 
year. If the harvesting method takes care to not dam- 
age the holdfasts and other deeper tissues of the kelps, 
then the forest can regenerate quite well from the 
disturbance. In California, for example, kelp harvest- 
ers are only allowed to cut in the top 4 feet (1.4 meters) 
of the water column, leaving the deeper parts of the 
forest intact. The kelp harvesting is done using a large 
barge-like apparatus, which can collect as much as 605 
tons (550 metric tons) of kelp per day. 


Kelp forests also have an extremely large indirect 
value to the economy, by serving as the critical habitat 
for many species of fish and shellfish that are har- 
vested in the coastal fishery. The forests are also crit- 
ical habitat for many species of indigenous 
biodiversity. This has an indirect benefit to the coastal 
economy, through recreational activities associated 
with ecotourism. 
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fl Kepler’s laws 


German astronomer and mathematician 
Johannes Kepler (1571-1630) made it his life’s work 
to create a heliocentric (sun-centered) model of the 
solar system that would accurately represent the 
observed motion in the sky of the moon and planets 
over many centuries. Models using many geometric 
curves and surfaces to define planetary orbits, includ- 
ing one with the orbits of the six known planets fitted 
inside the five perfect solids of Pythagoras, failed. 


Kepler was able to construct a successful model 
with the Earth, the third planet out from the sun after 
more than a decade of this trial and error. His model is 
defined by the three laws named for him. He published 
the first two laws in 1609 and the last in 1619. They are: 
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Kepler’s laws 


1. The orbits of the planets are ellipses with the 
sun at one focus (F,) of the ellipse. 


2. The line joining the sun and a planet sweeps out 
equal areas in the planet’s orbit in equal intervals of 
time. 


3. The squares of the periods of revolution “P” 
(the periods of time needed to move 360°) around the 
sun for the planets are proportional to the cubes of 
their mean distances from the sun. This law is some- 
times called Kepler’s Harmonic Law. For two planets, 
planet A and planet B, this law can be written in the 
form: 


Pa _ aa 
Py ag 


A planet’s mean distance from the sun (a) equals 
the length of the semi-major axis of its orbit around 
the sun. 


Kepler’s three laws of planetary motion enabled 
him and other astronomers to successfully match cen- 
turies-old observations of planetary positions to his 
heliocentric solar system model and to accurately pre- 
dict future planetary positions. Heliocentric and geo- 
centric (Earth-centered) solar system models that used 
combinations of off-center circles and epicycles to 
model planetary orbits could not do this for time 
intervals longer than a few years; discrepancies always 
arose between predicted and observed planetary 
positions. 


Newton’s generalization of Kepler’s laws 


The fact remained, however, that, in spite of 
Kepler’s successful modeling of the solar system with 
his three laws of planetary motion, he had discovered 
them by trial and error without any basis in physical 
law. More than 60 years after Kepler published his 
third law, English physicist and mathematician Sir 
Isaac Newton (1642-1727) published his Principia, in 
which he developed his three laws of motion and his 
theory and law of universal gravitation. By using these 
laws, Newton was able to derive each of Kepler’s laws 
in a more general form than Kepler had stated them, 
and, moreover, they were now based on physical 
theory. Kepler’s laws were derived by Newton from 
the basis of the two-body problem of celestial mechan- 
ics. They are: 


1. The orbits of two bodies around their center of 
mass (barycenter) are conic sections (circles, ellipses, 
parabolas, or hyperbolae) with the center of mass at 
one focus of each conic section orbit. Parabolas and 
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hyperbolas are open-ended orbits, and the period of 
revolution (P) is undefined for them. One may con- 
sider a circular orbit to be a special case of the ellipse 
where the two foci of the ellipse, F; and F, coincide 
with the ellipse’s center (C), and the ellipse becomes a 
circle of radius (a). 


2. The line joining the bodies sweeps out equal 
areas in their orbits in equal intervals of time. 
Newton showed that this generalized law is a conse- 
quence of the conservation of angular momentum 
(from Newton’s third law of motion) of an isolated 
system of two bodies unperturbed by other forces. 


3. From his law of universal gravitation, which 
states that two bodies of masses, M, and M>, whose 
centers are separated by the distance “r” experience 
equal and opposite attractive gravitational forces (F,) 


with the magnitude 


Where G is the Newtonian gravitational factor, 
and from his Second Law of Motion, Newton derived 
the following generalized form of Kepler’s third law 
for two bodies moving in elliptical orbits around their 
center of mass where 7 is the ratio of the circumference 
of a circle to its diameter, “a” is the semi-major axis of 
the relative orbit of the body of smaller mass, Mz, 
around the center of the more massive body of Mj. 


p= Aq | a 
) 


een +M, 


Some of the applications of these generalized 
Kepler’s laws are briefly discussed below. 


Applications of the generalized forms of 
Kepler’s laws 


First consider applications of Kepler’s third law in 
the solar system. Let M, represent the sun’s mass and 
M,> represent the mass of a planet or another object 
orbiting the sun. Then, adopt the sun’s mass (M; = 
1.985 x 10°° kg) as the unit of mass, the astronomical 
unit (a.u.; 1 a.u. = 149,597,871 km) as the unit of 
length, and the sidereal year (365.25636 mean solar 
days) as the unit of time. Then (4n2/G) = 1, (M; + 
M,>) = 1 (where the planet masses M> except those of 
the Jovian planets in the most precise calculations can 
be ignored), and the formidable equation above is 
reduced to the simple algebraic equation P* = a® 
where “P” is in sidereal years and “a” is in astronom- 
ical units for a planet, asteroid, or comet orbiting the 
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sun. Approximately the same equation can be found 
from the first equation if the Earth is allowed to be 
Planet B, since Fg = | sidereal year and ag is always 
close to 1 a.u. for Earth. 


Return to the generalized form of Kepler’s third 
law and apply it to planetary satellites; except for 
Earth-moon and Pluto-Charon systems (these are 
considered double planets or double dwarf planets, 
respectively), one may neglect the satellite’s mass 
(M>=0). Then, solving the equation for M,, 


w FS) 


Measurements of a satellite’s period of revolution 
(P) around a planet and of its mean distance “a” from 
the planet’s center enable one to determine the planet’s 
mass (Mj). This allowed accurate masses and mean 
densities to be found for Mars, Jupiter, Saturn, 
Uranus, and Neptune. The recent achievements of 
artificial satellites of Venus have enabled the mass 
and mean density of Venus to be accurately found. 
Also the total mass of the Pluto-Charon double dwarf 
planet system has been determined. 


Now consider the use of Kepler’s laws in stellar 
and galactic astronomy. The equation for Kepler’s 
third law has allowed masses to be determined for 
double stars for which “P” and “a” have been deter- 
mined. These are two of the orbital elements of a visual 
double star; they are determined from the double star’s 
true orbit. Kepler’s second law is used to select the true 
orbit from among the possible orbits that result from 
solutions for the true orbit using the double star’s 
apparent orbit in the sky. The line joining the two 
stars must sweep out equal areas in the true and appa- 
rent orbits in equal time intervals (the time rate of the 
line’s sweeping out area in the orbits must be con- 
stant). If the orbits of each star around their center 
of mass can be determined, then the masses of the 
individual stars can be determined from the sizes of 
these orbits. Such double stars give the only accurate 
information about the masses of stars other than the 
sun, which is very important for the understanding of 
star structure and evolution. 


In combination with data on the motions of the 
sun, other stars, and interstellar gases, the equation for 
Kepler’s third law gives estimates of the total mass in 
the Milky Way galaxy situated closer to its center than 
the stars and gas studied. If total mass (M; + M,) is 
constant, the equation predicts that the orbital speeds 
of bodies decrease with increasing distance from the 
central mass; this is observed for planets in the solar 
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system and planetary satellites. The orbital speeds of 
stars and gas further from the center of the Milky Way 
than the sun are about the same as the sun’s orbital 
speed. They do not decrease with distance from the 
center, which indicates that much of the Milky Way’s 
mass is situated further from the center than the sun. 
This information has led to a large upward revision of 
the Milky Way’s total estimated mass. Similar esti- 
mates of the mass distributions and total masses of 
other galaxies can be made. The results allow estimates 
of the masses of clusters of galaxies; from this, esti- 
mates are made of the total mass and mean density of 
detectable matter in the observable part of the uni- 
verse, which is important for cosmological studies. 


When two bodies approach on a parabolic or 
hyperbolic orbit, if they do not collide at their closest 
distance (pericenter), they will then recede from each 
other indefinitely. For parabolic orbit, the relative 
velocity of the two bodies at an infinite distance 
apart (infinity) will be zero, and for a hyperbolic 
orbit their relative velocity will be positive at infinity 
(they will recede from each other forever). 


The parabolic orbit is important in that a body of 
mass M> that is insignificant compared to the primary 
mass, M; (M2=0) that moves along a parabolic orbit 
has just enough velocity to reach infinity; there it would 
have zero velocity relative to M;. This velocity of a 
body on a parabolic orbit is sometimes called the para- 
bolic velocity; more often it is called the escape velocity. 
A body with less than escape velocity will move in an 
elliptical orbit around M;; in the solar system a space- 
craft has to reach velocity to orbit the sun in interplan- 
etary space. Some escape velocities from the surfaces 
of solar system bodies (ignoring atmospheric drag) are 
2.4 km/sec for the moon, 5 km/sec for Mars, 11.2 km/ 
sec for the Earth, 60 km/sec for the cloud layer of 
Jupiter. The escape velocity from Earth’s orbit into 
interstellar space is 42 km/sec. The escape velocity 
from the sun’s photosphere is 617 km/sec, and the 
escape velocity from the photosphere of a white dwarf 
star with the same mass as the sun and a photospheric 
radius equal to Earth’s radius is 6,450 km/sec. 


The last escape velocity is 0.0215 the vacuum 
velocity of light, 299,792.5 km/second, which is one 
of the most important physical constants and, 
according to the theory of relativity, is an upper 
limit to velocities in the Milky Way’s part of the 
universe. This leads to the concept of a black hole, 
which may be defined as a volume of space where the 
escape velocity exceeds the vacuum velocity of light. 
A black hole is bounded by its Schwarzchild radius, 
inside which the extremely strong force of gravity 
prevents everything, including light, from escaping 
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Keystone species 


KEY TERMS 


Conic section—A conic section is a figure that results 
from the intersection of a right circular cone with a 
plane. The conic sections are the circle, ellipse, 
parabola, and hyperbola. 


Double star—A gravitationally bound system of 
two stars that revolve around their center of mass 
in elliptical orbits. 


Jovian planets—Jupiter, Saturn, Uranus, and Neptune. 
They are the largest and most massive planets. 


Mass—The total amount of matter (sum of atoms) in 
a material body. 


Mean density—The mass of a body divided by its 
volume. 


Volume—The amount of space that a material body 
occupies. 


White dwarf—A star that has used up all of its 
thermonuclear energy sources and has collapsed grav- 
itationally to the equilibrium against further collapse 
that is maintained by a degenerate electron gas. 


to the universe outside. Light and material bodies can 
fall into a black hole, but nothing can escape from it, 
and theory indicates that all we can learn about a 
black hole inside its Schwarzschild radius is its 
mass, net electrical charge, and its angular momen- 
tum. The Schwarzschild radii for the masses of the 
sun and the Earth are 2.95 km and 0.89, respectively. 
Black holes and observational searches for them have 
recently become very important in astrophysics and 
cosmology. 


Hyperbolic orbits have become more important 
since 1959, when space technology had developed 
enough so that spacecraft could be flown past the 
moon. Spacecraft follow hyperbolic orbits during fly- 
bys of the moon, the planets, and of their satellites. 


See also Satellite. 
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Ketone see Acetone 


l Keystone species 


A keystone species is a species that has a great 
influence on the structure or function of an ecological 
community. This influence is out of proportion to the 
relative biomass or productivity of the keystone spe- 
cies within its community. Most keystone species are 
top predators, although a few are influential because 
they play a critical role as herbivores or in nutrient 
cycling. 

In engineering, the keystone is a wedge-shaped 
stone that occurs at the top of a self-supporting stone 
arch or dome. The keystone is extremely important in 
the physical integrity of the structure, and if it is 
removed, the arch or dome will collapse. The keystone 
metaphor in ecology is used to refer to a species that 
has a similarly critical influence on the function or 
structure of a community. A keystone species is often 
identified when the species is from a community and 
the resulting changes lead to ecological collapse. Such 
a removal usually occurs incidentally as a result of 
human action. Ecologists also develop ecological 
models of community interactions to test the roles of 
keystone species within different ecosystems. 


Keystone predators and herbivores 


The first use of the keystone-species metaphor in 
ecological literature was in reference to temperate 
intertidal communities on the west coast of North 
America. In this ecosystem, experimental removal of 
a predacious sea star (Pisaster ochraceous) resulted in 
a rapid increase in the growth of a filter-feeding mussel 
(Mytilus californianus), which then crowded out other 
species dominating the community. In this case, the 
sea star was a keystone predator controlling the mus- 
sel population. Interestingly, the sea star could not 
entirely eliminate the mussel from the community 
because it was not able to prey upon the largest mus- 
sels. However, predation on mussels by the sea star 
allowed other intertidal species to grow and the 
community maintained great species richness and 
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KEY TERMS 


Community—In ecology, a community is an 
assemblage of populations of different species that 
occur together in the same place and at the same 
time. 


Competition—An interaction between organisms 
of the same or different species associated with 
their need for a shared resource that is present in a 
supply that is smaller than the potential, biological 
demand. 


Keystone species—A species that plays a crucial 
role in the function of an ecosystem, or that has a 
disproportionate influence on the structure of its 
ecosystem. 


complexity. In the absence of the sea star a monocul- 
ture of mussels resulted. 


Another case example of a keystone species is the 
sea otter (Enhydra lutris) of western North America. 
These marine mammals mostly feed on sea urchins. 
The sea urchins, in turn, consume giant kelp, which 
grows along the Pacific coast. By keeping urchin den- 
sities relatively low, the sea otters kelps the kelp devel- 
ops into dense forests that serve has habitat for diverse 
species of marine plants and animals. In the absence of 
the sea otters, the urchin population grows large 
enough to overgraze the kelp. The absence of habitat 
for the many organisms that live in the kelp forest 
decreases the biomass, productivity and diversity of 
the entire ecosystem. The effect of the urchins on the 
kelp forest has been demonstrated in experiments in 
which the urchins were removed by ecologists with the 
result that kelps flourished. The role of the otters as 
keystone species was demonstrated indirectly through 
the ecological changes associated with the widespread 
extirpation of these animals from a significant portion 
of their range as a result of overharvesting for their 
rich, lustrous fur during the eighteenth and nineteenth 
centuries. With the removal of the otters, the kelp 
forests declined severely in many places along the 
Pacific coast. Fortunately, sea otters have recolonized 
many of their former habitats since about the 1930s, 
and this recovery has led to a return of the kelp forests 
in many of those places. 


Another example of a keystone species is the 
African elephant (Loxodonta africana), a herbivorous 
species that eats a wide range of herbaceous and woody 
plants. As it feeds, an elephants commonly knocks 
shrubs and woody plants over, often killing them. 
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This allows for the growth of herbaceous plant species 
and increases species diversity. This behavior also ben- 
efits the elephants because they require a mixture of 
herbaceous and woody plants for a balanced diet. 


Keystone species in nutrient cycling 


Some keystone species are important because they 
play a crucial role in nutrient cycling, particularly if that 
function cannot be carried out by other members of a 
community. Nitrification is a process in which the pos- 
itively charged ion ammonium (NH4<- > +) is oxidized 
to the negatively charged ion nitrite (NO2<->-). This 
process is only carried out by specialized bacteria in the 
genus Nitrosomonas. The nitrite is then quickly oxidized 
then to nitrate (NO3<- > -) by other specialized bacteria 
in the genus Nitrobacter. Nitrification is a very impor- 
tant component of the larger nitrogen cycle because 
nitrate is the chemical form of nitrogen that nearly all 
plants require. Both Nitrosomonas and Nitrobacter are 
keystone species because nitrification is such an impor- 
tant aspect of the nitrogen cycle in ecosystems. 
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i Killifish 


Killifish (Fundulus spp.) are small common inter- 
tidal fish tolerant of a wide range of temperatures and 
salinity, found throughout temperate and tropical 
waters on every continent except Australia and 
Antarctica. Not to be confused with the other large 
group of small fish in the same _ order 
(Cyprinodontiformes) known as minnows, killifish 
have an incomplete lateral line, often not extending 
past the head, and a protruding lower jaw that allows 
them to feed from the surface. This characteristic gave 
rise to their other common name “top-minnow.” 
Millions have been removed from the East coast of 
North America since the 1800s for use in a wide variety 
of experiments, including a recent trip into outer space 
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Killifish 


to determine the effect of weightlessness on fish devel- 
opment and locomotion. Mummichogs ( Fundulus het- 
eroclitus) are the best known species of killifish. 


Evolution and taxonomy 


The earliest fossils of the order Cyprinodonti- 
formes (meaning “toothed carp”) were found in 
Europe and date from the early Oligocene (26-37 mil- 
lion years ago [mya]). The most likely ancestor of this 
order is traced to fossils from the Tethys Sea in the 
Early Cretaceous (65-136 mya) period. More recent 
Miocene (12-26 mya) fossils have been located in 
Kenya. Over time, the species diversified as the con- 
tinents drifted apart, giving rise to some of the most 
resilient and tolerant species of fish known on Earth. 


Because of their incredible diversification, the class 
Osteichthyes (bony fishes) has been broken down into 
several subclasses, including Teleostei, which includes 
the orders for minnows, killifish, silversides, and 
others. The killifish taxonomy is quite complex, given 
the 900 or more different species in the order 
Cyprinodontiformes and the high degree of endemism 
resulting from isolated populations. Like other 
Cyprinodontes, killifish have one dorsal fin that lacks 
spines. They belong to the suborder Cyprinodontoidei, 
which includes such interesting families as the cave- 
fishes (Amblyopsidae) of North America; the live-bear- 
ing top minnows, including familiar aquarium fish such 
as guppies, swordtails, and mollies (Poeciliidae); and 
the four-eye fishes that can see above and below water 
(Anablepidae) simultaneously. 


The killifish family is known as_ either 
Cyprinodontidae or Fundulidae, depending on the 
taxonomic source. Comprising over 200 species, the 
Fundulus have been further divided into five subge- 
nera classified by anatomical or geographical charac- 
teristics. Among the 34 species in North America, 
there is a distinct separation of species from East to 
West, and genetically within species from North to 
South along the Atlantic coast, as seen in the mummi- 
chog (F. heteroclitus). This is probably a result of the 
combined influences of glaciation and disjunct habitat 
distribution. 


The East Coast species are most numerous in 
Florida and the Gulf of Mexico, but also include some 
species from more northern freshwater and brackish 
regions extending as far north as Newfoundland and 
the Gulf of St. Lawrence. There are several species 
found exclusively in the Midwest and West. California 
has six native species found primarily in the desert, and 
one introduced species, the rainwater killifish (Lucania 
parva), native to the Atlantic and Gulf of Mexico. Due 
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to habitat limitations and disappearance in the wake of 
development and pumping of groundwater reserves, 
some of these California species known as pupfish have 
the most restricted ranges of any known vertebrate. The 
Devil’s Hole pupfish (Cyprinodon diabolis ) is limited to 
a 215 square-foot (20 sq m) area of an underwater lime- 
stone shelf in a Nevada spring. For at least 10,000 years, 
a small population (200-700 individuals) has occupied 
this tiny niche. 


Ecology 


Characteristic of euryhaline and freshwater hab- 
itats, extremes of temperatures, variations in dissolved 
oxygen and high degree of habitat disturbance are the 
main parameters shaping the lives of killifishes. The 
ability to move from fresh to saltwater requires tre- 
mendous osmoregulation adjustments. The sheeps- 
head minnow (Cyprinodon variegatus) is found in 
marsh ponds from Maine to the West Indies, and can 
tolerate a wider range of salinity than any other fish. 
Killifish kidneys have specially adapted renal tubules 
to process sodium chloride as concentration increases 
from fresh- to salt water. Special chloride cells in the 
opercular epithelium of the gills help facilitate this 
effort for the mummichog (F. heteroclitus). 


Metabolic regulation of intercellular activity pro- 
vides greater hemoglobin—oxygen binding efficiency in 
mummichogs, allowing them to respond quickly to 
changes in dissolved oxygen levels, regulate pH, and 
thus effectively deliver oxygen to muscle tissues. This 
model may be the same for all killifish, although a 
genetic component is probably involved, explaining 
the variety of tolerance levels limiting distribution of 
certain species. 


The pupfishes of the California deserts show the 
most amazing temperature tolerance, commonly with- 
standing months of summer water temperatures 
between 35—40°C (95-104°F), with extremes of 47°C 
(116.6°F) not uncommon. Very few vertebrates can 
survive at this thermal level. Their small size (2-3 
inches [60-75 mm]), while providing a distinct advant- 
age for survival in shallow, densely populated areas 
with limited food resources, would seem to present a 
major thermoregulatory challenge. Desert nights can 
experience temperatures below freezing as well, at 
which times the pupfish burrows into detritus on the 
bottom and remains dormant until temperatures rise 
again. Since all pupfish species are considered rare or 
endangered, further study of this remarkable ability 
awaits better captive rearing techniques. 


Another important adaptation necessary for sur- 
vival in salt marsh habitats is the ability to tolerate 
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high levels of dissolved hydrogen sulfide. This gas is 
released as a byproduct of anaerobic marsh decomposi- 
tion and can achieve potentially toxic levels. 
Experiments with the California killifish (F. parvipinnis) 
indicate that metabolic tolerance is achieved by response 
of cellular mitochondrial oxidation, allowing a tolerance 
two to three times greater than that of most fishes. 


Biology 


In general, female killifish are larger than the 
males (ranging from 2-6 inches [50-155 mm]), 
although less brightly colored. As the days lengthen 
and temperatures rise in the spring/summer reproduc- 
tive season, hormones cause bright colors to appear on 
males. These aggressive males fight with each other for 
the privilege of fertilizing a female, preferably a large 
one capable of laying up to 50,000 eggs per season. 
Deposition of eggs is closely tied to the tidal cycle for 
intertidal fishes like the mummichog. Preference is for 
placing the sticky mass of eggs above the strand line on 
stalks of marsh grass (Spartina alterniflora) or in 
empty mussel shells (Geulensia demissa) during a 
spring tide, allowing them to develop in air until the 
next spring tide washes them back into the water, 
stimulating them to hatch. Thus the eggs themselves 
are tolerant of a wide salinity range. 


Young fish fry emerge from the eggs nine to 18 
days after laying and are considered more develop- 
mentally advanced than most other fish species. 
Mortality among the larva and fry is quite high, 
despite their tendency to take refuge in the shallow 
intertidal areas beyond reach of the larger fishes and 
crabs. Given warm temperatures and adequate food 
resources, size increases throughout the season. While 
most species achieve reproductive maturity after the 
first season, few seem to live for more than two to three 
years. During the winter, many species take refuge in 
salt marsh pools which provide slightly warmer tem- 
peratures than intertidal creeks. 


Killifish are generally carnivorous, but a few spe- 
cies also consume algae and other marine plants. Small 
invertebrates, especially brine shrimp, insect larvae, 
worms, and various zooplankton form the bulk of 
their diet. Killifish in turn become food to many larger 
fish (such as flounders, perch, eels, and bass); along 
the upper edges of the water, they are prey for foraging 
birds and land crabs. Protection from predation varies 
with species, but includes cryptic coloring, small, elon- 
gated bodies to take advantage of hiding places and 
identification of potential danger by recognizing color 
contrasts from either above or below. The upturned 
placement of the mouth indicates their preference for 
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swimming just under the surface and skimming for 
prey. Competition for a limited food resource between 
species of killifish may explain the distribution pattern 
that limits their co-occurrence in any given habitat. 


Unlike the majority of killifishes, the small (1.17- 
3-inch [30-75 mm]) pupfish have a rounder shape and 
have omnivorous feeding habits. Its mouth is located 
on the terminus of the body. They also differ in their 
breeding strategy. Same-age schools forage together 
until the spring breeding season (temperatures above 
20°C [68°F] from April-October), at which time the 
males establish territories, leaving females and juve- 
niles in the group. When a female is ready to spawn, 
she leaves the school and ventures into a territory. 
Here she indicates her intention by biting a piece of 
the bottom and spitting it out. The male joins her and 
she begins laying a single egg at a time. Over a season, 
she may deposit from 50-300 eggs, depending on her 
size. High temperatures can speed up the life cycle, 
making it possible for up to 10 generations a year to 
occur in hot springs. 


Economic importance 


Many species of Fundulus have been used as bait 
fish, but perhaps their best known use is in the labo- 
ratory. Beginning in the 1800s, the mummichog 
(F. heteroclitus) was used to study fish embryology. 
The transparent eggs were stripped of their protective 
covering, opening a window on the developmental 
process and allowing easy manipulation with a variety 
of chemicals to assess endocrinological and biological 
responses. Capitalizing on the ability of these fish to 
withstand a wide range of temperatures and salinities, 
and its natural distribution near pollution sources, the 
mummichog also became the main study animal for 
intertidal and nearshore pollution tolerance. 


Other experiments have used killifish and mum- 
michogs to test learning in fish (they are able to nav- 
igate a simple maze), examine pigmentation and the 
function of chromatophores in response to different 
physical and chemical stimuli, chemical responses 
allowing survival at subzero temperatures, and most 
recently in determining population stability in 
response to environmental stresses. 


Other recent efforts have focused on two different 
extremes: 1) use of the hermaphroditic killifish 
(Rivulus marmoratus) from Florida as well as other 
killifish species as a biocontrol agent to reduce popu- 
lations of mosquito larvae and eggs; and 2) as part of 
the reestablishment of endangered populations of the 
desert pupfish (Cyprinodon sp.) species in the 
California deserts. Both sets of experiments have 
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Kingfishers 


KEY TERMS 


Anaerobic—Describes biological processes that 
take place in the absence of oxygen. 


Brackish—Water containing some salt, but not as 
salty as sea water. 


Chromatophores—Components of cells responsible 
for allowing color changes. 


Endemic—Refers to species with a relatively local 
distribution, sometimes occurring as small popula- 
tions confined to a single place, such as an oceanic 
island. Endemic species are more vulnerable to 
extinction than are more widespread species. 


Endocrinological—Refers to the function of hor- 
mones in regulating body processes. 


Euryhaline—Waters that change salinity in response 
to tides or fresh water influx. 


Lateral line—A row of sensors found along the sides 
of fish. 


Mitochondria—An organ inside cells that releases 
energy. 


Operculum—The protective covering over the gills. 


Osmoregulation—The process regulating the water 
content of cells in relation to that of the surrounding 
environment. 


Salinity—The amount of dissolved salts in water. 


important impacts on land use planning and local 
environmental stability. 


While few of the many species of killifish are con- 
sidered rare or endangered, it was not until the 1960s 
that a technique for captive rearing was refined and the 
removal of thousands of fish from the wild discontin- 
ued. Even today, sampling of wild populations is still 
conducted fairly regularly in order to further under- 
standing of their remarkable tolerance ranges. 


Ecological importance 


Maintaining species diversity in the nearshore, 
intertidal, and freshwater systems inhabited by the 
many kinds of killifish has become increasingly impor- 
tant. Because of their incredible ability to withstand a 
wide range of temperatures, salinities, and pollutants, 
especially organochloride pesticides and fertilizers, 
killifish seem to be among the most persistent species. 
In 1990, five species of killifish were the only fish 
remaining in Mullet Pond, North Carolina, which 
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had 27 fish species present in 1903 and 1914. In the 
1960s, the entire remaining population of the Owen’s 
Valley pupfish (Cyprinodon radiosus ) was transferred 
in a few buckets by Fish and Wildlife agents, as their 
native pool drained away. Perhaps because of their 
widespread distribution and ability to adapt to what- 
ever conditions exist, the killifish are among the most 
important fish species for monitoring the future of our 
environment. 


Rosi Dagit 


Kilogram see Metric system 


Kinetic energy see Energy 


[ Kingfishers 


There are 91 species of kingfishers (family 
Alcedinidae) which are brightly colored birds ranging 
in size from the 4 in (11 cm) long malachite-crested 
kingfisher, to the laughing kookaburra of Australia, 
which is up to 17 in (46 cm) long, weighing 1 Ib (0.45 kg). 


Kingfishers have a stocky body, with a large head 
equipped with a large, stout, daggerlike bill for grasp- 
ing their food of fish or other small animals. The three 
front toes of kingfishers are fused for at least half of 
their length, but the adaptive significance of this trait 
is not known. 


All kingfishers nest in cavities, usually digging 
these in earthen banks, or in rotten trees. Kingfishers 
are monogamous and pair for life. Kingfishers gener- 
ally hunt from perches, although many species will 
also hover briefly to find their prey. The aquatic king- 
fishers plunge head-first into the water in pursuit of 
their prey. 


Most kingfishers occur in the vicinity of a wide 
range of aquatic habitats, both fresh and estuarine, 
where they typically feed on fish and amphibians. 
Other species live in essentially terrestrial habitats, 
including mangrove forests, upland tropical forests, 
and savanna. The relatively terrestrial species of king- 
fishers eat a wide variety of foods, ranging from 
arthropods, to amphibians, reptiles, and small mam- 
mals. The prey is usually killed by repeatedly battering 
it against a branch or other hard substrate, and it is 
then eaten whole. One species, the shoe-billed king- 
fisher (Clytoceyx rex) of tropical forests of New 
Guinea, is a terrestrial bird that is specialized for 
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A common or small blue kingfisher (Alcedo atthis). (E. 
Hanumantha Rao. Photo Researchers, Inc.) 


digging earthworms, and has evolved a flat, stout, 
shovel-like bill. 


Kingfishers typically occur in tropical and sub- 
tropical habitats, with only a few species nesting in 
the temperate zone. The greatest richness of species of 
kingfishers occurs in Southeast Asia. 


The most widespread species in North America is 
the belted kingfisher (Megaceryle alcyon), occurring 
over the entire continent south of the boreal forest. 
The belted kingfisher utilizes a wide range of aquatic 
habitats, ranging from estuaries to freshwater lakes, 
wetlands, and even large ditches. This species has a 
crest, a blue back, and a white breast with a blue 
horizontal stripe, and a familiar, rattling call that is 
often heard before the bird is seen. The female of this 
species is more brightly colored than the male, having 
a cinnamon stripe across her breast, a coloration that 
the male lacks. The belted kingfisher nests in chambers 
at the end of a 3-6.5 ft (1-2 m) long tunnel dug into an 
exposed, earthen bank, usually beside water. This spe- 
cies is frequently seen perching on overhead wires, 
posts, and tree branches in the vicinity of aquatic 
habitats. The belted kingfisher is a migratory species, 
wintering in the southern parts of its breeding range, 
or in Central America and the Caribbean. The green 
kingfisher (Chloroceryle americana) occurs only in 
south Texas and Arizona, and more widely in Mexico. 


Most of the 10 Australian species of kingfishers 
are terrestrial, the laughing kookaburra (Dacelo gigas) 
being the best known species to most people. This is a 
large bird that makes its presence noisily known, and 
has garnered at least 25 common names in various 
parts of that country, most of which describe its rau- 
cous cries. The laughing kookaburra feeds largely on 
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snakes and lizards, and some people feel that the spe- 
cies is beneficial for this reason. However, the kooka- 
burra sometimes raids farmyards for young chickens 
and ducklings, and is then regarded as a minor pest. 


Sometimes, particular kingfishers learn to feed at 
commercial trout farms or other sorts of aquaculture 
facilities, where these birds can become significant 
pests. However, the damage caused by kingfishers 
and other fish-eating birds can be easily dealt with by 
suspending netting over the aquaculture ponds. 


The main threats to kingfishers come from habitat 
disruption or destruction due to rainforest clearance 
and drainage or pollution of their aquatic habitats. 
Ten species are currently under some degree of threat 
and all of these are found in Southeast Asia or Oceania 
where they primarily inhabit forests. 
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[ Kinglets 


Kinglets are small forest birds in the family 
Regulidae, within the largest of the avian orders, 
Passeriformes, the perching birds. Some scientists 
place the kinglets in the subfamily Silviinae, within 
the family Sylviidae (Old World warblers). Kinglets 
are the most common North American representatives 
of their rather large subfamily, which is much more 
diverse in Europe, Asia, and Australia, and includes 
some 279 species. 


There are two species of kinglets in North 
America, both of which are very active insectivorous 
feeders that breed in northern and montane conifer- 
dominated forests. The golden-crowned kinglet 
(Regulus satrapa) is a small bird, only about 3-4 in (9- 
10 cm) long, with an olive-green body and a white eye- 
stripe. The bird is a very active hunter of insects, spiders, 
and other small arthropods. Its song is a high-pitched 
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series of notes followed by a chatter. The kinglet’s nest is 
generally located within dense foliage high in the outer 
part of the crown of a conifertree, and can contain 
as many as 10 eggs, which together may weigh more 
than the female bird. Both sexes have a bright yellow 
head-cap, but in male birds this feature is crowned by 
an orange-red cap, which is apparent only during a 
courtship display. Although insectivorous feeders, the 
golden-crowned kinglets can winter in boreal conifer 
forests as well as in temperate broadleaf forests, where, 
despite the cold, the kinglet successfully removes bark, 
twigs, and foliage in search of hibernating arthropods 
and their eggs. This species also winters as far south as 
parts of Central America. Wintering birds can often be 
seen in mixed flocks with other small species of birds, 
such as chickadees, nuthatches, creepers, and smaller 
woodpeckers. 


The ruby-crowned kinglet (Regulus calendula) is 
also a common breeding bird in many coniferous for- 
ests of North America. This small, 3-4.3 in (9-11 cm) 
long bird also has an olive-green body and a distinctive 
white eye-ring, and is a very energetic gleaner of small 
arthropods, sometimes hunting at branch tips using 
brief fluttering flights. The song is somewhat of an 
ascending chatter, with elements often repeated in 
threes, and the final parts are amazingly loud for 
such a tiny bird. The male ruby-crowned kinglet has 
a vermillion patch on the top of its head which is only 
apparent when the bird raises the crest during court- 
ship display. This species winters farther to the south 
than the golden-crowned kinglet, mostly in southern 
North America and northern Central America. 


Two very closely related species of Eurasia are the 
goldcrest (Regulus regulus) and the firecrest (Regulus 
ingicapillus), which also breed in northern or temper- 
ate conifer-dominated or mixed-wood forests. 


Kiwis see Flightless birds 


| Koalas 


The koala (Phascolarctos cinereus) is a tree-living 
Australian marsupial, or pouched mammal, which 
early English settlers in Australia called the native 
bear. The koala is not a bear, but is the only living 
species in the family Phascolarctidae, though fossils 
indicate that there were once a number of species of 
koala. The name is derived from an Aboriginal word 
meaning “animal that does not drink,” for koalas get 
their water from the leaves they chew. Koalas are 
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A koala (Phascolarctos cinereus). The animal has a highly 
specialized diet that consists of around 2.5 Ib (1.1 kg) daily 
of about 12 species of eucalyptus leaves. (Robert J. Huffman. 
Field Mark Publications.) 


found primarily in dry forests of eastern Australia, 
and their closest relatives are wombats. Koalas were 
once hunted for their fur, and millions were killed, 
rendering it an endangered species. 


Koalas weigh up to 30 Ib (13.6 kg), with males 
being considerably larger than females, and measuring 
from 23-33 in (60-85 cm) long. The thick fur on their 
round, compact body is primarily dark gray with 
white markings. The furry ears have a large white 
fringe and there is a white “bib” on the chest and 
white on the bottoms of the arms and legs. The nose 
is black and leathery and the eyes are black, giving the 
koala a button-eyed look typical of toy plush animals. 


Unlike most climbing marsupials, the koala has 
only a small tail almost hidden in its fur. Koalas climb 
by means of their large hands and feet, which are 
equipped with long, strong, curved claws. The hand 
has three fingers and two thumbs, while on the hind 
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foot, a big clawless thumb works separately from the 
fingers, and the first two toes are fused and longer than 
the others. Koalas use these two fused toes (sometimes 
called toilet claws) for combing their thick, woolly fur. 
Koalas do not have a sweet disposition and will use 
their claws against animals or people who molest 
them. 


Koalas usually sit upright in a tree, as if they were 
perched on a chair. Koalas depend on the trees in 
which they live because they have one of the most 
specialized diets of any mammal. They eat only the 
leaves of several dozen species of eucalyptus (or gum) 
trees, and then only at certain times of the year. They 
sniff each leaf carefully before consuming it. Scientists 
are not yet certain what chemicals in the leaves cue the 
koalas to accept them only some of the time and reject 
them otherwise. Apparently, certain oils become poi- 
sonous as the leaves mature. If their tree becomes 
unacceptable, a koala climbs down and goes in search 
of another tree with more appealing leaves. Koalas are 
found in the largest numbers in forests dominated by 
manna gum trees (Eucalyptus viminalis). 


Most animals cannot digest tough eucalyptus 
leaves, but koalas have a long sac (called the caecum) 
at the point where the small intestine meets the large 
intestine. The caecum contains bacteria that help 
break down the cellulose in the leaves, releasing 
organic acids and other useful chemicals. 


Their specialized diet is the reason that koalas are 
so difficult to keep in captivity. The correct species of 
eucalyptus tree has been planted in southern 
California, and the San Diego Zoo is the only foreign 
place to which the Australian government will allow 
koalas to be exported. 


Koalas spend at least two-thirds of the day resting 
or asleep in their tree. At night, when active, koalas do 
not move hurriedly, nor do they travel far, perhaps only 
to the next branch or so, feeding primarily after dusk 
and before dawn. When a male challenges another for 
his tree or mate, koalas can move quickly, grabbing the 
other’s arm or biting the elbow. Because of their unwill- 
ingness to move quickly, koalas have long served as 
easily-caught food for aboriginal Australians. 


Mating among koalas is timed to insure that food 
will be most abundant when the young emerge from the 
pouch. Usually, adult koalas live a solitary life, but 
during the mating season males will issue loud bellows, 
which draw females from the nearby area. About 35 
days after mating, the female gives birth to one (rarely 
two) young in late spring or early summer. The young 
are less than an inch (about 19 mm) long when born, 
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KEY TERMS 


Caecum—A sac, open at only one end, in the 
digestive system of the koala. It is apparently used 
to help digest the tough fibers of eucalyptus leaves. 


Defoliation—Removal of leaves from a tree. 
Fertility—The ability to reproduce. 


Sternal gland—A gland, located on the chest (or 
sternum) of a male koala, which secretes a smelly 
fluid used in marking his territory. 


and remain in the backward-facing pouch for six 
months, by which time it has fur, teeth, and open 
eyes. Once it is out of her pouch, the mother will carry 
her young koala on her back for another six months as 
it learns to eat leaves, nestling on her belly when sleep- 
ing. Adolescent females stay near their mother, often 
producing their own first young at about two years of 
age. Young males gradually disperse through the forest, 
not mating until they are older and stronger. Koalas 
probably live 12-14 years in the wild, though they have 
reached 16 years in captivity. 


The population of koalas dropped drastically 
during the early part of the twentieth century because 
they were overhunted for their fur. In addition, dis- 
eases of their reproductive tract limited their fertility, 
and the destruction of their forest habitat has also 
played a big role in their population decline. Koalas 
are now protected and their numbers are increasing 
again. When the number of koalas in a particular 
area becomes too large for the local food supply, 
government naturalists move some animals to hab- 
itat elsewhere. This prevents excessive defoliation of 
the food-trees, and helps to returns the species to its 
former habitat. 
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| Kola 


The kola tree is a member of the tropical family 
Sterculiaceae. Kola nuts from two species, Cola nitida 
and C. acuminata, have been important objects of 
trade for at least 1,000 years. They are perhaps best 
known now as an ingredient in soft drinks. The name 
kola comes from the eighteenth century and is prob- 
ably a derivative of the West African kolo, the native 
name for the trees. 


There are over 50 kola species. Of these, seven 
have edible nuts, but only two have been commercially 
exploited (C. nitida and C. acuminate). The most 
important is C. nitida. The main centers of production 
are in Africa, particularly in Nigeria, Ghana, and the 
Ivory Coast. Annual production from these countries 
alone is in excess of 250,000 tons. 


Generally, kola trees grow up to 40 feet (12 m) tall, 
although specimens in excess of 75 feet (25 m) are 
known. They produce small buttress roots and have 
very dense foliage. The flowers are white or cream 
usually with red markings at the base. Two types of 
flower are produced—a hermaphrodite flower with 
both male and female reproductive structures and a 
smaller, male-only flower. They are quite similar in 
coloring, but are easily identifiable from a distance by 
their size. The hermaphrodite flower is up to 3 inches 
(7.5 cm) in diameter, while the male is rarely larger 
than | inch (2.5 cm). Insects, attracted by a particu- 
larly penetrating aroma, fertilize the flowers. 


The seeds are produced as very hard nuts. These 
can be of various colors but are all about 2-3 inches 
(5-7.5 cm) long. Kola trees do not produce nuts until 
they are six or seven years old. Peak production does 
not start until the tree reaches 15 years of age. Estimates 
for the number of nuts produced annually per tree vary 
due to the age and location of the trees. However, a top 
figure of 120,000 nuts is often given. The nuts are gen- 
erally produced between November and December for 
C. nitida and from April to July for C. acuminata. 


It is believed that kola trees are native to Ghana 
and the Ivory Coast and that their spread has been 
brought about by humans. Kola trees were introduced 
to South America in the sixteenth century. This spread 
was brought about by the stimulating and sustaining 
properties of the kola nut. They grow best in tropical 
lowlands below about 600 feet (200 m) elevation. Kola 
trees are all evergreen, but they will start to shed their 
leaves at times of water shortage quite readily. The 
seeds will die if they are allowed to dry out, and they 
generally remain at the foot of the parent tree. In the 
wild this produces groves of kola trees. 
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Even though many know kola nuts from their use 
in soft drinks, they are present in these beverages only 
in minute quantities. In 8 gallons (30 1) of soda, it is not 
uncommon to have less than 0.01 ounce (0.4 g) of kola 
nut. The kola nut contains caffeine and theobromine. 
Caffeine is a mild stimulant and is widely used to wake 
people up, particularly when engaged in boring or 
repetitive tasks. Theobromine (which means food of 
the gods) is a diuretic that is used in the treatment of 
coronary disease and headaches. 


The commercial production of kola nuts is fre- 
quently carried out using clonal propagation. The 
plants thrive in half-shaded environments. Seed collec- 
tion is still generally carried out manually in Africa, 
using hook-ended poles to cut the nuts down. Kola 
trees can be susceptible to attack by a number of fungus 
species, and this becomes a major problem with the 
large-scale farming that is now carried out. Insects can 
also cause great damage to kola trees. If the nuts are 
poorly stored, they may become infested with fungus or 
kola weevils. 
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Komodo dragon see Monitor lizards 


l Korsakoff’s syndrome 


Korsakoffs syndrome is a memory disorder 
caused by a vitamin B1 (thiamine) deficiency. In the 
United States, the most common cause of such a defi- 
ciency is alcoholism. Other conditions that cause thi- 
amine deficiency are rare, but can be seen in patients 
undergoing dialysis (a procedure during which the indi- 
vidual’s blood circulates outside of the body, is mechan- 
ically cleansed, and then circulated back into the body), 
pregnant women with a condition called hyperemesis 
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gravidarum (a condition of extreme morning sickness, 
during which the woman vomits up nearly all fluid and 
food intake), and patients after surgery who are given 
vitamin-free fluids for a prolonged period of time. In 
developing countries, people whose main source of 
food is polished rice (rice with the more nutritious 
outer husk removed) may suffer from beriberi, another 
form of thiamine deficiency. 


An associated disorder, Wernicke’s syndrome, 
often precedes Korsakoff’s syndrome. In fact, they so 
often occur together that the spectrum of symptoms 
produced during the course of the two diseases is fre- 
quently referred to as Wernicke—Korsakoff syndrome. 
The main symptoms of Wernicke’s syndrome include 
ataxia (difficulty in walking and maintaining balance), 
paralysis of some of the muscles responsible for move- 
ment of the eyes, and confusion. Untreated Wernicke’s 
Syndrome will lead to coma and then death. 


Symptoms of Korsakoff’s syndrome 


An individual with Korsakoffs syndrome dis- 
plays difficulty with memory. The main area of mem- 
ory affected is the ability to learn new information. 
Usually, intelligence and memory for past events is 
relatively unaffected, so that an individual may 
remember what occurred 20 years previously, but be 
unable to remember what occurred 20 minutes previ- 
ously. This memory defect is referred to as anterog- 
rade amnesia, and leads to a peculiar symptom called 
“confabulation,” in which an individual suffering 
from Korsakoff’s fills in the gaps in his/her memory 
with fabricated or imagined information. An individ- 
ual may insist that a doctor to whom he/she has just 
been introduced is actually an old high school class- 
mate, and may have a lengthy story to back this up. 
When asked, as part of a memory test, to remember 
the name of three objects which the examiner listed 
10 minutes earlier, an individual with Korsakoff’s 
may list three entirely different objects and be 
completely convincing in his/her certainty. In 
fact, one of the hallmarks of Korsakoff’s is the indi- 
vidual’s complete unawareness of his/her memory 
defect, and complete lack of worry or concern when 
it is pointed out. 


Why alcoholism can lead to Korsakoff’s 


One of the main reasons that alcoholism leads to 
thiamine deficiency occurs because of the high-calorie 
nature of alcohol. A person with a large alcohol intake 
often, in essence, substitutes alcohol for other, more 
nutritive calorie sources. Food intake drops off consid- 
erably, and multiple vitamin deficiencies develop. 
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Furthermore, it is believed that alcohol increases the 
body’s requirements for B vitamins, at the same time it 
interferes with thiamine absorption from the intestine, 
and impairs the body’s ability to store and use thiamine. 


Thiamine is involved in a variety of reactions that 
provide energy to the neurons (nerve cells) of the 
brain. When thiamine is unavailable, these reactions 
cannot be carried out, and the important end products 
of the reactions are not produced. Furthermore, cer- 
tain other substances begin to accumulate, and are 
thought to damage vulnerable neurons. The area of 
the brain believed to be responsible for the symptoms 
of Korsakoff’s syndrome is called the diencephalon, 
specifically, structures called the mammillary bodies 
and the thalamus. 


Diagnosis 


Whenever an individual has a possible diagnosis of 
alcoholism, and then has the sudden onset of memory 
difficulties, it is important to seriously consider the 
diagnosis of Korsakoff’s syndrome. There is no specific 
laboratory test to diagnose Korsakoff’s syndrome in a 
patient, but a careful exam of the individual’s mental 
state can be revealing. Although the patient’s ability to 
confabulate answers may be convincing, checking the 
patient’s retention of factual information (asking, for 
example, for the name of the current president of the 
United States), along with his/her ability to learn new 
information (repeating a series of numbers, or recalling 
the names of three objects 10 minutes after having been 
asked to memorize them) should point to the diagnosis. 
Certainly a patient known to have just begun recovery 
from Wernicke’s syndrome, who then begins displaying 
memory difficulties, would be very likely to have devel- 
oped Korsakoff’s syndrome. 


Treatment 


Treatment of both Korsakoffs and Wernicke’s 
syndromes involves the immediate administration of 
thiamine. In fact, any individual who is hospitalized 
for any reason and who is suspected of being an 
alcoholic, must receive thiamine. The combined 
Wernicke—Korsakoff syndrome has actually been pre- 
cipitated in alcoholic patients hospitalized for other 
medical illnesses, by the administration of thiamine- 
free intravenous fluids (intravenous fluids are those 
fluids containing vital sugars and salts which are 
given to the patient through a needle inserted in a 
vein). 


Fifteen to twenty percent of all patients hospital- 
ized for Wernicke’s syndrome will die. Although the 
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KEY TERMS 


Amnesia—Inability to remember events or experi- 
ences. Memory loss. 


Anterograde amnesia—Inability to retain the mem- 
ory of events occurring after the time of the injury or 
disease which brought about the amnesic state. 


Confabulation—An attempt to fill in memory gaps 
by fabricating information or details. 


Retrograde amnesia—Inability to recall the mem- 
ory of events which occurred prior to the time of the 
injury or disease which brought about the amnesic 
state. 


degree of ataxia nearly always improves with treatment, 
half of those who survive will continue to have some 
permanent difficulty walking. The paralysis of the eye 
muscles almost always resolves completely with thi- 
amine treatment. Recovery from Wernicke’s begins to 
occur rapidly after thiamine is given. Improvement in 
the symptoms of Korsakoff’s syndrome, however, can 
take many months of thiamine replacement. 
Furthermore, patients who develop Korsakoff’s syn- 
drome are almost universally memory-impaired for 
the rest of their lives. Even with thiamine treatment, 
the memory deficits tend to be irreversible, with less 
than 20% of patients even approaching recovery. The 
development of Korsakoff’s syndrome often results in 
an individual requiring a supervised living situation. 
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l Krebs cycle 


The Krebs cycle, also called the citric acid cycle and 
tricarboxylic acid cycle, is the common pathway by 
which organic fuel molecules of the cell are oxidized 
during cellular respiration. These fuel molecules, glu- 
cose, fatty acids, and amino acids, are broken down and 
fed into the Krebs cycle, becoming oxidized to acetyl 
coenzyme A (acetyl CoA) before entering the cycle. The 
Krebs cycle is part of the aerobic degradative process in 
eukaryotes known as cellular respiration, which is a 
process that generates adenosine triphosphate (ATP) 
by oxidizing energy-rich fuel molecules. 


The Krebs cycle, first postulated in 1937 by Hans 
Krebs, is an efficient way for cells to produce energy 
during the degradation of energy-rich molecules. 
Electrons removed from intermediate metabolic prod- 
ucts during the Krebs cycle are used to reduce coen- 
zyme molecules nicotinamide adenine dinucleotide 
[NAD*] and flavin mononucleotide [FAD]) to 
NADH and FADH), respectively. These coenzymes 
are subsequently oxidized in the electron transport 
chain, where a series of enzymes transfers the electrons 
of NADH and FADH; to oxygen, which is the final 
electron acceptor of cellular respiration in all 
eukaryotes. 


The importance of the Krebs cycle lies in both the 
efficiency with which it captures energy released from 
nutrient molecules and stores it in a usable form, and 
in the raw materials it provides for the biosynthesis of 
certain amino acids and of purines and pyrimidines. 
Pyrimidines are the nucleotide bases of deoxyribonu- 
cleic acid (DNA). 


In the absence of oxygen, when anaerobic respi- 
ration occurs, such as in fermentation, glucose is 
degraded to lactate and lactic acid, and only a small 
fraction of the available energy of the original glucose 
molecule is released. Much more energy is released if 
glucose is fully degraded by the Krebs cycle, where it is 
completely oxidized to CO, and H,0. 


Before glucose, fatty acids, and most amino acids 
can be oxidized to CO, and HO in the Krebs cycle, 
they must first be broken down to acetyl CoA. In 
glycolysis, the 6-carbon glucose is connected to two 
3-carbon pyruvate molecules, and then to the 2-carbon 
acetyl-CoA. In eukaryotic cells, the enzymes that are 
reponsible for this breakdown are located in the mito- 
chondria, while in procaryotes they are in the 
cytoplasm. 


The two hydrogenatoms removed from the pyru- 
vate molecule yield NADH, which subsequently gives 
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up its electrons to the electron transport chain to form 
ATP and water. 


The breakdown of pyruvate irreversibly funnels 
the products of glycolysis into the Krebs cycle. Thus, 
the transformation of pyruvate to acetyl-CoA is the 
link between the metabolic reactions of glycolysis and 
the Krebs cycle. 


The enzymatic steps of glycolysis and the subse- 
quent synthesis of acetyl-CoA involve a linear 
sequence, whereas the oxidation of acetyl-CoA in the 
Krebs cycle is a cyclic sequence of reactions in which 
the starting substrate is subsequently regenerated with 
each turn of the cycle. 


The carbon atom of the methyl group of acetyl- 
CoA is very resistant to chemical oxidation, and under 
ordinary circumstances, the reaction would require 
very harsh conditions, incompatible with the cellular 
environment, to oxidize the carbon atoms of acetyl- 
CoA to CO. However, this problem is overcome in 
the first step of the Krebs cycle when the acetic acid of 
acetyl-CoA is combined with oxaloacetate to yield 
citrate, which is much more susceptible than the acetyl 
group to the dehydrogenation and decarboxylation 
reactions needed to remove electrons for reduction of 
NAD* and FAD™. 


Each turn of the Krebs cycle therefore begins 
when one of the two acetyl-CoA molecules derived 
from the original 6-carbon glucose molecule yields its 
acetyl group to the 4-carbon compound oxaloacetate 
to form the 6-carbon tricarboxylic acid (citrate) mole- 
cule. This reaction is catalyzed by the enzyme citrate 
synthetase. In step two of the Krebs cycle, citrate is 
isomerized to isocitrate by means of a dehydration 
reaction that yields cis -aconitate, followed by a hydra- 
tion reaction that replaces the Ht and OH’ to form 
isocitrate. The enzyme aconitase catalyzes both steps, 
since the intermediate is cis -aconitate. 


Following the formation of isocitrate there are 
four oxidation-reduction reactions, the first of which, 
the oxidative decarboxylation of isocitrate, is cata- 
lyzed by isocitrate dehydrogenase. 


The oxidation of isocitrate is coupled with the 
reduction of NAD* to NADH and the production of 
CO . The intermediate product in this oxidative decar- 
boxylation reaction is oxalosuccinate, whose forma- 
tion is coupled with the production of NADH + H’*. 
While still bound to the enzyme, oxalosuccinate loses 
CO, to produce alpha-ketoglutarate. 


The next step is the oxidative decarboxylation of 
succinyl CoA from alpha-ketoglutarate. This reaction 
is catalyzed by the alpha-ketoglutarate dehydrogenase 
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complex of three enzymes, and is similar to the conver- 
sion of pyruvate to acetyl CoA, and, like that reaction, 
includes the cofactors NAD* and CoA. Likewise, 
NAD* is reduced to NADH and CO) is formed. 


Succinyl CoA carries an energy-rich bond in the 
form of the thioester CoA. The enzyme succinyl CoA 
synthetase catalyzes the cleavage of this bond, a reac- 
tion that is coupled to the phosphorylation of guano- 
sine diphosphate (GDP) to produce guanosine 
triphosphate (GTP). The phosphoryl group in GTP 
is then transferred to adenosine diphosphate (ADP) to 
form ATP, in a reaction catalyzed by the enzyme 
nucleoside diphosphokinase. 


This reaction, which is the only one in the Krebs 
cycle that directly yields a high-energy phosphate bond, 
is an example of substrate-level phosphorylation. In 
contrast, oxidative phosphorylation forms ATP in a 
reaction that is coupled to oxidation of NADH and 
FADH) by O; on the electron transport chain. 


The final stages of the Krebs cycle include reac- 
tions of 4-carbon compounds. Succinate is first oxi- 
dized to fumarate by succinate dehydrogenase, a 
reaction coupled to the reduction of FAD to 
FADH3. The enzyme fumarate hydratase (fumarase) 
catalyzes the subsequent hydration of fumarate to 
L-malate. Finally, L-malate is dehydrogenated to oxa- 
loacetate, which is catalyzed by the NAD-linked 
enzyme L-malate dehydrogenase. The reaction also 
yields NADH and H*. 


Oxaloacetate made from this reaction is then 
removed by the citrate synthase reaction to produce 
citrate, which begins the Krebs cycle anew. This con- 
tinuous removal of oxaloacetate keeps the concentra- 
tion of this metabolite very low in the cell. The 
equilibrium of this reversible reaction is thus driven 
to the right, ensuring that citrate will continue to be 
made and the Krebs cycle will continue to turn. 


Each turn of the Krebs cycle represents the deg- 
radation of two 3-carbon pyruvate molecules derived 
either from the 6-carbon glucose molecule or from the 
degradation of amino acids or fatty acids. During each 
turn, a 2-carbon acetyl group combines with oxaloa- 
cetate and two carbon atoms are removed during the 
cycle as CO3. Oxaloacetate is regenerated at the end of 
the cycle, while four pairs of hydrogen atoms are 
removed from four of the Krebs cycle intermediate 
metabolites by enzymatic dehydrogenation. Three 
pairs are used to reduce three molecules of NAD* to 
NADH and one pair to reduce the FAD of succinate 
dehydrogenase to FADH). 


The four pairs of electrons captured by the coen- 
zymes are released during the oxidation of these 


2423 


ajaAo sqaay 


Kuiper belt objects 


molecules in the electron transport chain. These elec- 
trons pass down the chain and are used to reduce two 
molecules of O, to form four molecules of H,O. The 
byproduct of this sequential oxidation-reduction of 
electron carriers in the chain is the production of a 
large number of ATP molecules. In addition, one mol- 
ecule of ATP is formed by the Krebs cycle from ADP 
and phosphate by means of the GTP yielded by sub- 
strate level phosphorylation during the succinyl-CoA 
synthetase reaction. 


The Krebs cycle is regulated by several different 
metabolic steps. When there is an ample supply of 
ATP, acetyl-CoA, and the Krebs cycle intermediates 
to meet the cell’s energy needs, the ATP activates. This 
enzyme uses the ATP to phosphorylate the pyruvate 
dehydrogenase into an inactive form, pyruvate dehy- 
drogenase phosphate. When the level of ATP declines, 
the enzyme loses its phosphate group and is reacti- 
vated. This reactivation also occurs when there is an 
increase in the concentration of Ca". 


The pyruvate dehydrogenase complex is also 
directly inhibited by ATP, acetyl-CoA, and NADH, 
the products of the pyruvate dehydrogenase reaction. 


In the Krebs cycle itself the initial reaction, where 
acetyl-CoA is combined with oxaloacetate to yield 
citrate and CoA, is catalyzed by citrate synthase, and 
is controlled by the concentration of acetyl-CoA, 
which in turn is controlled by the pyruvate dehydro- 
genase complex. This initial reaction is also controlled 
by the concentrations of oxaloacetate and of succinyl- 
CoA. 


Another rate-cautioning step in the Krebs cycle is 
the oxidation of isocitrate to alpha-ketoglutarate and 
CO>. This step is regulated by the stimulation of the 
NAD-linked enzyme isocitrate dehydrogenase by 
ADP, and by the inhibition of this enzyme by 
NADH and NADPH. 


The rates of glycolysis and of the Krebs cycle are 
integrated so that the amount of glucose degraded 
produces the quantity of pyruvate needed to supply 
the Krebs cycle. Moreover, citrate, the product of the 
first step in the Krebs cycle, is an important inhibitor 
of an early step of glycolysis, which slows glycolysis 
and reduces the rate at which pyruvate is made into 
acetyl-CoA for use by the Krebs cycle. 


In addition to its energy-generating function, the 
Krebs cycle serves as the first stage in a number of 
biosynthetic pathways for which it supplies the pre- 
cursors. For example, certain intermediates of the 
Krebs cycle, especially alpha-ketoglutarate, succinate, 
and oxaloacetate can be removed from the cycle and 
used as precursors of amino acids. 
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f Kuiper belt objects 


Kuiper belt objects (KBOs) are chunks of rock, 
dust and ice found in the area of the solar system just 
beyond the orbit of Neptune, starting at about 30 
astronomical units (AU) to about 50 AU. (One AU is 
the average distance between Earth and the sun, about 
93 million mi [150 million km].) In 1992, astronomers 
proposed that there must be at least 70,000 of these 
objects with diameters larger than 60 mi (100 km). 


It is estimated that there are many more such 
bodies beyond 50 AU, but these are very small and 
faint bodies. Over 800 KPBs have been discovered, 
most of them after 1992. Observations do show that 
the majority of the known KBOs are found within a 
few degrees of the ecliptic, or the plane of the solar 
system, just like all the planets except the dwarf planet 
Pluto. 


American astronomer Frederick C. Leonard 
(1896-1960) suggested the existence of this belt of 
objects in 1930. Later, in 1943, Irish astronomer 
Kenneth E. Edgeworth (1889-1972) did the same. In 
1951, Dutch-American astronomer Gerard Peter 
Kuiper (1905-1973) theorized that this belt, or ring, 
around the solar system could be the source of comets 
having orbital periods of less than 200 years. Since 
then, this band of objects has been named the Kuiper 
belt after Kuiper. Dwarf planet Pluto and its moon 
Charon are composed of much more ice than the eight 
major planets, and orbit the sun in a much less circular 
orbit at a high inclination, or tilt (about 17°). Because 
of this information, and fact that their composition 
seems to resemble that of the KBOs, they have been 
called, by some, the largest known members of this 
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class of objects. In the late 1990s there was even a 
heated debate among astronomers as to whether 
Pluto should be reclassified and called a KBO rather 
than a planet. One argument against this idea, that a 
minor solar system body (a KBO, an asteroid, or a 
comet) cannot have a moon had been disproved years 
before when small asteroids orbiting larger ones had 
been found. On August 24, 2006, members of the 
International Astronomical Union (IAU) passed a res- 
olution to officially define a planet as any “celestial 
body that (a) is in orbit around the sun, (b) has suffi- 
cient mass for its self-gravity to overcome rigid body 
forces so that it assumes a hydrostatic equilibrium 
(nearly round) shape, and (c) has cleared the neighbor- 
hood around its orbit.” Consequently, Pluto was dis- 
qualified from being a planet due to its highly elliptical 
orbit that overlapped Neptune’s orbit. Instead, Pluto 
was recognized by the IAU as a dwarf planet— 
“a celestial body that (a) is in orbit around the sun, (b) 
has sufficient mass for its self-gravity to overcome rigid 
body forces so that it assumes a hydrostatic equilibrium 
(nearly round) shape, (c) has not cleared the neighbor- 
hood around its orbit, and (d) is not a satellite.” 


Years before Kuiper proposed the existence of 
these objects, Dutch astronomer Jan Oort (1900- 
1992) had noticed that orbital calculations revealed 
no comets arrived within detection range of Earth 
from outside the solar system. He also determined 
that many of them originally came from distances as 
close as just beyond the orbit of Pluto and as far away 
as a light-year from the sun. 


Oort proposed a huge sphere of icy, rocky objects 
surrounded the solar system that became known as the 
Oort cloud. Occasionally, these chunks are pulled by 
the gravity of one of the planets into a new orbit, 
which brings it close enough to be observed as a 
comet from the Earth as its ice is warmed and evapo- 
rates, releasing gases and dust to form the well-known 
cometary tails. Most of the objects from the Oort 
cloud never come into the solar system at all, and 
still others probably leave the solar system due to the 
gravitational pull of nearby stars. The material in the 
Oort cloud appears to account for most long-period 
comets—those with that take more than 200 years to 
orbit the sun. The Kuiper belt seems to be responsible 
for the shorter-period comets. Both groups of objects 
taken together make up the main body of leftover 
debris from the formation of the solar system. As 
such, especially when observed at the distances of 
Neptune and Pluto where they remain in their original 
frozen state, the study of these objects is very impor- 
tant to understanding the early phases of solar system 
formation. 
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Most of the observed KBOs remain far from 
Neptune, even at perihelion, their closest approach 
to the sun. These are called classical KBOs (CKBOs) 
because they follow nearly circular orbits, as do most 
of the planets. This is what would be expected if they 
formed with the rest of the solar system. Some KBOs 
have much larger and more elliptical, tilted orbits that 
have perihelion distances near 35 AU. These are called 
scattered kuiper belt objects (SKBOs), the first of 
which was discovered in 1996. Three more were dis- 
covered in wide field scans of the solar system in 1999 
and others have been discovered as improved technol- 
ogy allows astronomers to probe larger areas of the 
sky in ways that allow fainter objects to be seen. 


Since the SKBOs reach perihelion distances that 
are smaller than those of CKBOs, the gravitational 
pull of Neptune can deflect them into new orbits. This 
can have the same effect as the outer planets do on 
Oort cloud objects. It can send them into the inner 
solar system where they are eventually classified as 
comets. Other possibilities are that their orbits can 
change in a way that they remain in the distant reaches 
near Neptune but in the elliptical, tilted orbits that 
define them as scattered, or they are ejected into the 
Oort cloud or out of the solar system into interstellar 
space. The SKBOs seem to form a fat doughnut that 
surrounds the classical K BOs in their flatter ring-like 
region, extending a little closer and also to much larger 
distances from the sun. 


Both the Hubble Space Telescope (HST) and 
ground-based observatories have detected these pop- 
ulations of comet-like material at the cold fringe of the 
solar system. Scientists now know, conclusively, that 
the solar system does not end at Neptune and Pluto. 
Obviously, the larger objects are easier to find and just 
as there are more pebbles than boulders on a beach, it 
is expected that many millions, billions, or even tril- 
lions of much smaller objects exist than may ever be 
found in the Kuiper Belt and the Oort cloud. 
Detecting even the larger bodies in their distant icy 
state, at the dim edge of the solar system, pushed 
Hubble Space Telescope to its limits. One astronomer 
compared it to trying to see something the size of a 
mountain, draped in black velvet, located four billion 
mi (6.4 billion km) away. 


The recent discovery of the Kuiper belt and the 
even newer information about the number and distri- 
bution of the objects in it fueled an interest in the 
possibility of using the New Horizons (also called the 
Pluto-Kuiper Belt Mission) spacecraft, already sched- 
uled to arrive at Pluto in the summer of 2015 (as of 
September 2006), to also explore this region of the 
solar system. Observations of Kuiper Belt Objects 
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KEY TERMS 


Astronomical unit—The average distance between 
the sun and the Earth. One astronomical unit, symbol 
AU, is equivalent to 92.9 million mi (149.6 million km). 


Comet—An object usually seen in the inner solar 
system that results when a dusty, rocky chunk of ice 
left over from the formation of the solar system moves 
close enough to the sun that its ices evaporate. The 
resulting release of gases and dust surrounds the orig- 
inal object with a cloud called the coma and a tail that 
can extend for 100 million miles (161 million km) 
across space. This creates the sometimes spectacular 
objects observed from the Earth known as comets. 


Ecliptic—tn the sky, the ecliptic is the apparent path 
of the sun against the star background, due to the Earth 
orbiting the sun. The term ecliptic plane is used to 
describe the average location in space of the orbits of 
the planets of the solar system, except dwarf planet 
Pluto that orbits the sun at a 17° angle to the others. 


Inclination—The orbital tilt of a planet or other 
object in the solar system. The eight planets with 
very low inclinations to the eclipitic plane. Dwarf 
planet Pluto’s orbit has a 17° tilt or inclination. 


past Pluto should occur approximately between 2016 
and 2020. The main scientific reason for attempting 
KBO flybys is the opportunity to explore a whole new 
region of the planetary system. The mounting evidence 
that the Kuiper belt is a region where planet-building 
processes ended is also an intriguing aspect of solar 
system evolution to study. The opportunity to study 
comet nuclei that have been undisturbed by the warm- 
ing influence of the sun is an additional important goal 
for the mission. Such study may reveal many secrets 
about the formation of the sun and planets. 


The New Horizons spacecraft is well suited for 
flybys of KBOs because, since the composition of 
Pluto is similar and the planet is also out on the dim, 
cold edge of the solar system, the scientific instrument 
packages already installed can adequately observe 
them. The high-resolution instruments aboard New 
Horizons should be able to provide detailed informa- 
tion about many aspects of these as yet mysterious 
objects. Maps obtained even from many tens of thou- 
sands of miles away would have a feature resolution of 
a few miles across. This would provide geological and 
color information about of surface features. Not only 
will it be the first spacecraft from Earth to observe Pluto 
at close range, but the only one to travel to this distant 
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Infrared Spectral Mapper—A device used to detect 
heat (frequencies lower than visible light) and map 
the intensity of the radiation received in order to 
determine chemical processes at work in the object 
being observed. 


Light year—A unit of measure used between stars 
and galaxies. A light year is the distance that light 
travels (at about 186,272 mi or 300,000 km per 
second) in one year. One light year is equal to 
about six trillion miles (9.6 trillion km). 


Perihelion—The closest approach of an object to the 
sun in its orbit. 


Ultraviolet spectrometer—A device that receives, 
and breaks into its component frequencies, electro- 
magnetic radiation in the region “above” (of higher 
frequency) than visible light. The spectrometer splits 
up the received energy allowing analysis of chemical 
elements and processes that caused the radiation. 


Voyager spacecraft—A pair of unmanned robot 
spacecraft that left the Earth in 1977 to fly by all the 
gas giant planets (Jupiter, Saturn, Uranus, and Neptune). 


region of the solar system since Voyagers 1 and 2 
crossed the distance of Pluto’s orbit in the early 1990s. 


In late 2005, an astronomy team used the Hubble 
Space Telescope to discover two tiny moons orbiting 
Pluto. They were temporarily designated S/2005 P1 
and S/2005 P2 but have since then been approved by 
the International Astronomical Union to be called Nix 
and Hydra, respectively. In the tradition of naming 
bodies in the far reaches of the solar system after 
underworld characters, the team originally chose the 
figures Nyx, the Greek goddess of the night (and 
mother of Charon), and Hydra, a nine-headed mon- 
ster that guarded the entrance to the underworld. (The 
team altered one name after finding that Nyx was 
already a name for a small asteroid.) 


Nix and Hydra are estimated to be between 30 and 
125 mi (48 and 200 km) in diameter and about 27,000 mi 
(44,000 km) away from Pluto—about two to three times 
further away than Charon. Hydra is the further out of 
the two satellites. The two new moons appear to move 
counterclockwise around Pluto, as does Charon. When 
viewed with cameras onboard Hubble, the moons are 
about 5,000 times fainter than Pluto. However, scientists 
conclude that these numbers are currently only rough 
estimates. 
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With the confirmation of these newly discovered 
bodies, astronomers are more confident in being able 
to learn more about the nature of Pluto and its origin. 
Based on this discovery, and knowing that Pluto 
resides within the heart of the Kuiper Belt, astrono- 
mers are already speculating that many larger bodies 
within the Kuiper Belt may have several moons orbit- 
ing them like Pluto. 


Since 2000, many KBOs have been discovered, 
some larger and some smaller than Pluto and Charon. 
In 2002, 5000 Quaoar was discovered—and found to be 
half the size of Pluto. In July 2005, 136108-2003EL6, 
and 136472-2005F Yo were found to be larger than 5000 
Quaoar. When Pluto was downgraded to a dwarf 
planet in 2006, the larger of the KBOs were re-classified 
as dwarf planets, since they have similar sizes to Pluto. 
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| Kuru 


Kuru, a disease once endemic to Papua New 
Guinea and now virtually eliminated, is one of several 
types of spongiform encephalopathies, all thought to 
be caused by abnormal proteins called prions that 
riddle the brain with holes. 
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According to proponents of the prion hypothe- 
sis, these diseases can arise by direct infection with 
prions, by inheriting genes that produce faulty 
proteins, or by accidental genetic mutation. While 
prion diseases are more frequently seen in animals 
in the form of scrapie (sheep and goats), transmissible 
mink encephalopathy, and bovine spongiform ence- 
phalitis (“mad cow disease’), human prion diseases 
are relatively rare. 


Kuru occurred among the Fore highlanders of 
Papua New Guinea, who called it the “laughing 
death.” It was first noted by Vincent Zigas of the 
Australian Public Health Service and D. Carleton 
Gajdusek of the U.S. National Institute of Health in 
1957. The disease caused its victims to lose coordina- 
tion and often to develop dementia. This disease affects 
the brain, and it was probably spread by the Fore 
practice of honoring the dead by eating their brains. 
When the Fore highlanders were persuaded to cease 
consuming human brains, kuru disappeared from 
Papua New Guinea. About 2,600 cases were identified 
before the Fore highlanders ended this custom. 


The course of the illness runs from three months to 
one year. Among the major signs of kuru are cerebellar 
abnormalities such as rigidity of the limbs and clonus 
(rapid contractions and relaxations of muscles). Often, 
the victim bursts out in wild laughter for no obvious 
reason. Toward the end of the disease, the person with 
kuru is very calm and quiet and unresponsive to stim- 
ulation. Finally, the victim succumbs to severe skin 
ulcers caused by lying in one position for extended 
periods of time; or to pneumonia caused by stagnation 
of the blood in the lungs. 


Among the other human spongiform encephalo- 
pathies caused by prions are Creutzfeldt-Jakob disease 
(millions of cases worldwide characterized by demen- 
tia and loss of coordination); Gerstmann-Straussler- 
Scheinker disease (found in 50 extended families by 
1995); and fatal familial insomnia (trouble sleeping, 
followed by dementia; found in nine extended families 
by 1995). 


The concept of prions, a term coined by Stanley B. 
Prusiner as an acronym for “proteinaceous infectious 
particles,” was originally met with great skepticism by 
most scientists when Prusiner and his coworkers pro- 
posed the existence of these proteins 15 years ago. The 
controversy continues today, although additional evi- 
dence has accumulated to support the hypothesis that 
spongiform encephalopathies are caused by prions 
rather than viruses. 


According to current theory, prion proteins multi- 
ply by inducing benign protein molecules to convert 
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themselves into the dangerous form of the molecule 
simply by changing their shape. In addition, prions 
underlie both inherited (i.e., familial) and communi- 
cable forms of diseases. This dual nature of prions— 
inducing other proteins to become prions, while also 
being the basis of inherited disease—is otherwise 
unknown to medical science. Prions can also cause 
sporadic (i.e., noncommunicable, noninherited) neu- 
rodegenerative diseases. 


Scientists had know for years that Creutzfeldt- 
Jakob disease and kuru could be induced by injecting 
extracts of diseased brains into the brains of healthy 
animals. Although these infections were at first 
thought to be caused by a slow-acting virus, such an 
agent was never found. Moreover, ultraviolet and ion- 
izing radiation, which destroys genetic material, did 
not eliminate the ability of brain extracts to cause 
disease. Prusiner’s group eventually determined that 
scrapie prions contained a single protein that they 
called PrP (prion protein). Further studies showed 
that PrP is harmless in its so-called benign state—.e., 
when the backbone of the protein is twisted into many 
helices (spirals). PrP converts into its prion form when 
the backbone stretches out, flattening the overall 
shape of the protein. 


The prion protein multiplies in the brain by a 
process Prusiner describes as a domino effect. In one 
particularly favored hypothesis of prion propagation, 
a PrP molecule contacts a normal PrP molecule and 
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induces it to refold into the abnormal, flattened form. 
The newly transformed proteins then force other pro- 
teins to refold into the abnormal form until the prion 
protein form accumulates to destructive levels. 


The discovery that kuru was caused by consump- 
tion of infected human brains has serious implications 
in developed countries. For example, cats in England 
have been infected by eating pet food made from con- 
taminated beef. This has prompted concern that 
humans might get a prion disease by eating meat from 
infected cows. 
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l Lacewings 


Lacewings are insects in the order Neuroptera, 
suborder Planipennia, named for the fine, complex, 
cross-branched venation of their four wings, which 
presents a beautiful lacelike pattern. Lacewings are 
rather poor, fluttery fliers. When at rest, they hold 
their wings tentlike over their backs. 


Lacewings have a complete metamorphosis, with 
four life history stages: egg, larva, pupa, and adult. 
Lacewings eggs are laid on vegetation, and occur sin- 
gly at the end of a long stalk. The aquatic larvae are 
predators of other invertebrates. The larvae of some 
species cover themselves with organic debris as a form 
of protective camouflage. 


Adult lacewings are commonly found in vegeta- 
tion, usually in the vicinity of surface waters such as 
streams and ponds. At night, lacewings are often 
attracted to lights in large numbers. Adult lacewings 
are terrestrial, and most species prey on other insects. 
Some are important predators of aphids (family 
Aphididae, order Homoptera) and other soft-bodied 
insects, and they can help prevent those sap-sucking 
insects from maintaining populations that are injuri- 
ous to economically important plants. 


The most abundant lacewings in North America are 
the common (or green) lacewings (family Chrysopidae), 
sometimes known as aphid-lions because of their vora- 
cious feeding on herbivorous insects. These lacewings 
can be quite abundant in herbaceous vegetation near 
aquatic habitats, and when handled they may give off 
an unpleasant odor. Chrysopa californica is a western 
species that has been used as a biological control of 
certain mealybug (family Coccoidea, order Homoptera) 
species in agriculture. The brown lacewings (family 
Hemerobiidae) are another relatively common group, 
while the pleasing lacewings (Dilaridae), beaded lacew- 
ings (Berothidae), ithonid lacewings (Ithonidae), and 
giant lacewings (Polystoechotidae) are relatively rare. 
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tl Lactic acid 


Lactic acid is a colorless water-soluble liquid that 
freezes (or solidifies) at 64.4° F (18°C)—us t slightly below 
normal room temperature. It is scientifically known as 
alpha-hydroxypropanoic acid and has the chemical for- 
mula C3H,O3; the structural formula is shown below: 


H— COOH 
| 
HO—C—H 
| 
H—C—H 
| 
H 


Lactic acid. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The “hydroxy” portion of the name tells chemists 
that there is an alcohol (OH) group in the molecule, and 
the “alpha” part of the name means that the alcohol is 
attached to the carbon atom adjacent to the acid 
(COOH) group. The “prop” portion of the name indi- 
cates that there are three carbon atoms. Lactic acid can 
also be called 2-hydroxypropanoic acid. Each of the two 
isomers rotates polarized light in a different direction: 
the L-isomer rotates light to the left, and the D-isomer 
rotates light to the right. Like most acids, lactic acid has 
a sour taste. It is found in sour milk, molasses, and 
many fruits. The lactic acid found in milk is usually a 
mixture of both isomers. It is used commercially in the 
textile and dairy industries. Lactic acid is the byproduct 
of anaerobicrespiration, and is largely responsible for 
the aches in sore muscles after a vigorous workout. 


Lactic acid in foods 


Lactic acid is found throughout nature—from fruits 
to molasses, although most people’s experience with 
lactic acid is in sour milk. Lactic acid in milk is the 
product of the fermentation of lactose (milk sugar) by 


2429 


Lactic acid 


the bacteria Lactobacillus bulgaris and Lactobacillus 
acidi lacti. In the manufacture of yogurt, this reaction is 
carefully controlled to ensure the production of yogurt 
and not spoiled milk. The lactic acid in molasses is the 
product of the digestion of sugars by other species of 
bacteria. 


Lactic acid in human metabolism 


Lactic acid is the product of anaerobic respira- 
tion, the burning of stored sugars without sufficient 
oxygen by cells. Anaerobic respiration is much less 
efficient than aerobic respiration, for which there is 
enough oxygen to fully utilize the stored sugar energy. 
Essentially, anaerobic respiration causes the halving of 
glucose molecules (CgH Og) into lactic acid molecules 
(C3H¢03). The lactic acid builds up in muscles, 
accounting for the soreness in overworked muscles. 
This buildup of lactic acid may also lead to cramps. 
One advantage of anaerobic respiration is that it can 
take place very quickly and in short bursts, as opposed 
to aerobic respiration, which is designed for slower and 
steadier use of muscles. Eventually the buildup of lactic 
acid is carried away in the bloodstream and the lactic 
acid is converted to carbon dioxide (CO) gas and water 
vapor, both of which are exhaled. If lactic acid levels in 
the bloodstream rise faster than the body’s natural pH 
buffers—combinations of acids, salts, and bases that 
maintain a constant pH level—can neutralize them, a 
state known as lactic acidosis may exist. Lactic acidosis 
rarely happens in healthy people. It is more likely the 
result of the body’s inability to obtain sufficient oxygen 
(as in heart attacks or carbon monoxide or cyanide 
poisoning) or from other diseases such as diabetes. 


The body’s ability to metabolize, or break down, 
lactic acid is decreased significantly by alcohol, which 
impairs the liver’s ability to carry out normal meta- 
bolic reactions. Thus, alcoholics often have sore 
muscles from lactic acid buildup that was not caused 
by exercise. Lactic acid can also lead to a buildup of 
uric acid crystals in the joints, since lactic acid reduces 
the elimination of uric acid and related compounds. 
This buildup can lead to gout, a very painful disease. 


Uses of lactic acid 


Lactic acid is used as a humectant, or moisturizer, in 
some cosmetics and as a mordant (a chemical that helps 
fabrics accept dyes) in textiles. It is also used in making 
pickles and sauerkraut, foods in which a sour taste is 
desired. Lactic acid is used in the dairy industry to make 
yogurt and cheese, and is also used in tanning leather. 
Lactic acid is important in the pharmaceutical industry 
as a starting material for other substances and is involved 
in the manufacturing of lacquers and inks. A related 
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Buffers—Combinations of acids, bases, and salts 
that neutralize changes in pH. 


Humectant—A moisturizing agent, often used in 
cosmetics. 


Isomers—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Mordant—A chemical that helps fabrics accept dyes 
more readily. 


Polarized light—Light that vibrates in a single plane, 
as opposed to ordinary light that vibrates in all planes. 


compound that is made from lactic acid is calctum 
stearoyl-2-lactylate, which is used as a food preservative. 


See also Acids and bases; Metabolic disorders; 
Metabolism. 
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fl Lagomorphs 


Lagomorphs are herbivorous mammals such as rab- 
bits, hares, and pikas in the order Lagomorpha. Because 
they exploit similar ecological niches, lagomorphs and 
rodents (order Rodentia) are rather similar in many 
aspects of their morphology and behavior. However, 
these orders are also different in important respects, 
and each represents an ancient evolutionary lineage. 


One distinguishing feature of the lagomorphs is the 
two pairs of upper incisor teeth, one set being relatively 
small and located behind the larger pair. These incisors 
grow throughout the life of lagomorphs, and are com- 
pletely covered with enamel; the larger pair has rather 
deep, vertical grooves. The incisors are used for clipping 
vegetation, and they are separated from the high- 
crowned cheek teeth, used for grinding food, by a rather 
wide gap, known as a diastema. 


In addition, lagomorphs have five toes on the 
forefeet and four on the hind, dense, short fur, cover- 
ing a thin, fragile skin that tears rather easily. The tail 
of these animals is short or absent. All lagomorphs are 
herbivores. Their major food is succulent leaves and 
herbaceous stems of a wide range of plant species. 
However, twigs and buds are also eaten, especially by 
northern species during the winter. Lagomorphs have 
a specialized enlarged portion of the large intestine 
known as the caecum, which acts as a fermentation 
chamber for the digestion of the cellulose in their 
bulky food of herbage and woody shoots. 


Families of lagomorphs 


The 60 lagomorph species of are included in two 
families. The Leporidae consists of rabbits and hares, 
familiar animals that have long ears and large hind 
feet. The Ochotonidae or pikas have relatively short 
ears and small hind feet. 


Rabbits and hares are well known animals to most 
people. The natural distribution of this group of animals 
is extensive, occurring worldwide except for Madagascar, 
Australia, New Zealand, and various Pacific islands. 
However, humans have deliberately introduced rabbits 
to these other places, in particular the European rabbit 
(Oryctolagus cuniculus) and the European hare (Lepus 
europaeus ). Both of these species typically become pests 
in their introduced habitats, where their abundance is not 
well controlled by predators. 


Rabbits and hares have long ears, and large, 
strong, hind legs with big feet, structures that are 
well adapted to leaping, or to more leisurely hopping. 
Most species are either crepuscular, meaning they are 
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A pika. (JLM Visuals.) 


most active around dawn and dusk, or they are noc- 
turnal, being active at night. The young of rabbits are 
born naked and blind in an underground burrow, 
while baby hares are born fully furred, with their 
eyes open in a surface nest. Young rabbits are initially 
quite helpless, while baby hares are relatively inde- 
pendent and can run soon after birth. 


Rabbits and hares produce two types of fecal 
pellets. One type is soft and green, consists of partially 
digested food, and is produced at night. These soft 
pellets are refected, or reingested by the animal, and 
are swallowed without chewing. Eating its own drop- 
pings (coprophagy) allows for a twice-through process 
of digestion and assimilation of nutrients from the 
cecum, which is sited after the stomach and small 
intestine. This is similar in some respects to the habit 
of ruminant animals of regurgitating their cud, which 
is chewed again, and then reswallowed. The other type 
of fecal pellet of rabbits and hares is brown and drier, 
is not eaten again, and is produced during the day. 


Pikas or conies are small animals in the genus 
Ochotona that live in two disjunct parts of the world— 
in central Asia and Japan, and in western North 
America. This is an unusual distribution, and it suggests 
that the pikas probably migrated to North America 
from Asia via the Bering land bridge, exposed when 
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A black-tailed jackrabbit. (JLM Visuals.) 


sea levels were lowered during the Pleistocene glacia- 
tion, which ended about 15,000 years ago. The two 
populations of pikas became separated when sea levels 
rose again, and eventually evolved in isolation into 
distinct species. 


Pikas have short ears and small feet, and they lack 
an external tail, although close examination of their 
skeletons reveals a vestigial tail structure. The color of 
the pelage of pikas varies from blackish to cinnamon- 
brown. Pikas are diurnal, or active during the day. Their 
habitat is alpine tundra, where these animals typically 
live in rocky piles, or bouldery talus at the base of cliffs. 


Rabbits and hares of North America 


North America is home to 15 species of rabbits 
and hares. All of these are rather abundant within 
their range. These medium-sized herbivores are 
important sources of food for many species of preda- 
tory birds and mammals, and they are also commonly 
hunted by people. 


The most familiar native rabbit in much of North 
America is the eastern cottontail (Sy/vilagus floridanus), 
a relatively small species that typically weighs about 
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2.4-3.3 pounds (1.1-1.5 kg), with females being slightly 
larger than males. The common name of this rabbit 
comes from its tail, which is white underneath and is 
held erect when running. The eastern cottontail is com- 
mon in shrubby thickets in the vicinity of forest, 
orchards, and meadows. This rabbit is abundant across 
southeastern North America, extending into Mexico. 
The eastern cottontail has significantly expanded its 
range during the past century, probably because of 
improved habitat that has resulted from various 
human influences, especially the conversion of closed 
forests into certain types of agricultural and forestry 
ecosystems. 


The cottontail rabbit is active all year, eating foliage 
of a wide range of plants when available, and buds and 
twigs of woody plants during the winter. Cottontails 
begin to mate during the winter, and the females (does) 
bear their first litters of two to seven young in the spring- 
time, and may have three or more litters per year. This 
sort of explosive reproductive potential is typical of 
rabbits and hares, and it is not surprising that so many 
predators depend on these fertile animals as food. 


Other common North American rabbits include 
the mountain cottontail (8. nuttalli) of mountainous 
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regions of the west, the desert cottontail (S. auduboni) 
of arid regions of the southwest, the brush rabbit 
(S. bachmani) of Oregon and California, and the 
swamp and marsh rabbits (S. aquaticus and S. palust- 
ris, respectively) of wet habitats in the southeast. The 
latter two species take readily to the water and swim 
well. All of these rabbits are abundant, and are hunted 
over much of their range. 


The most widespread hare in North America is the 
snowshoe or varying hare ( Lepus americana), which is 
found from the low-arctic tundra through much of the 
northern United States. This species is dark brown 
during the summer, but a camouflaged white in winter. 
This species goes through more-or-less cyclic varia- 
tions of abundance in northern parts of its range, 
which are tracked by the populations of some of its 
predators, such as lynx (Lynx rufus). 


The arctic hare (L. arcticus) occurs throughout the 
northern tundra regions of North America, extending as 
far as the limits of land on the northern islands of 
Canada and Greenland. The white-tailed jackrabbit 
(L. townsendii) occurs in semi-desert and dry prairies 
of central-western North America, while the black- 
tailed jackrabbit (L. californicus) is more southwestern 
in its distribution. The European hare (L. europaeus) 
has been introduced to parts of the eastern United States 
and Canada, and is the largest lagomorph in North 
America, weighing as much as 10 pounds (4.5 kg). 


The American pika 


The American pika (Ochotona princeps) occurs 
through much of the Rocky Mountains, from southern 
Alaska, through British Columbia, and the northwestern 
United States. The American pika is about 7.5-7.9 inches 
(19-20 cm) long, and weighs 6.1-8.2 oz (175-235 g). 


Pikas are active during the day. When they are not 
foraging, they spend much of their time surveying 
their alpine domain for danger, usually from the top 
of a prominent rock. When a potential predator is seen 
to approach, the pika emits loud bleats, which warn 
other animals of the danger. However, as with many 
types of warning calls of small mammals and birds, it 
is very difficult to locate the source of the bleating 
noise, so the pika is not readily revealing its location. 
If a human sits quietly nearby, most pikas will care- 
fully approach to appraise the nature of the intruder. 


Pikas do not hibernate, remaining active under the 
alpine snowpack. They store fodder for their long win- 
ters, as large haystacks of dried forage, each about 
0.25 m? in volume, and typically located beneath an 
overhanging rock that provides shelter from the weather. 
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Pikas are prey for a wide range of alpine preda- 
tors, including the golden eagle, buteo hawks, foxes, 
and mustellids such as weasels. Pikas are especially 
vulnerable to predators when they are foraging in 
alpine meadows, beyond the immediate safety of the 
rocks and crevices in which these animals typically 
find shelter and protection. However, some smaller 
predators, such as the ermine (Mustela erminea), can 
follow pikas through their pathways and tunnels 
among the rocks. 


Economic importance 


Wild rabbits and hares of all species are a favorite 
class of small game hunted by many people for the pot 
and as sport. These animals are rather fecund and their 
populations can be quite productive, and they can 
therefore be harvested in large numbers. Millions of 
these animals are shot and snared each year in North 
America. They are hunted mostly for their meat, 
because the skins of these animals are fragile and tear 
easily, and therefore the fur has little commercial value. 


Rabbit and hare populations of have increased 
greatly in many areas, because human activities have 
eliminated many lagomorph predators substantially 
improved the quality of their habitats. Most rabbits and 
hares of forested regions are early- and mid-successional 
species. Consequently, these animals benefit from many 
types of forest disturbances associated with human activ- 
ities, such as the harvesting of trees in forestry, and some 
types of agricultural developments. Rabbits and hares are 
also typically abundant on agricultural or residential 
lands that have been abandoned, and are in a shrubby 
stage of the succession back to forest. 


Rabbits and hares often do significant damage in 
gardens by eating vegetables, and by damaging shrubs 
of various species, sometimes killing them by eating 
the bark at the base of these woody plants. This dam- 
age can be controlled using fencing, or by protecting 
the bases of the shrubs with chemical repellants or 
metal collars. Hares can do considerable damage in 
forestry plantations, by clipping small seedlings of 
conifers or other planted trees. 


The domestic rabbit has been developed through 
cultural selection from the old-world or European 
rabbit (Oryctolagus cuniculus). This rabbit often 
lives colonially and digs extensive systems of under- 
ground tunnels and dens, known as warrens, the larg- 
est of which can cover more than 25 acres (1 ha). The 
old-world rabbit was originally native to southwestern 
Europe and northwestern Africa. However, this rabbit 
is now much more widespread in the wild, because it 
has been introduced throughout most of western 
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Cultural selection—Selection by humans of indi- 
vidual animals having some desirable, genetically 
based traits, leading to evolution at the population 
level. This selective breeding eventually results in 
the development of distinctive varieties of domes- 
ticated species of plants and animals. See entry on 
evolution. 


Lagomorphs—A widespread mammalian order, 
consisting of two families, the pikas or Ochoto- 
nidae, and the rabbits and hares or Leporidae. 


Myxomatosis—An infectious, usually fatal viral 
disease of rabbits. Myxomatosis is sometimes intro- 
duced by humans to control the populations of 
rabbits when they become pests. Symptoms of the 
disease include swelling of the mucous mem- 
branes, and the development of skin tumors. 


Refection—The habit of rabbits and hares of re- 
ingesting their soft, green fecal pellets. Refection 
allows for a twice-through passage of food, which 
contributes to more efficient digestion and absorp- 
tion of nutrients. 


Succession—A process of ecological change, involv- 
ing the progressive replacement of earlier commun- 
ities with others over time, and generally beginning 
with the disturbance of a previous type of ecosystem. 


Europe and Britain, the Americas, Australasia, and 
many other places. The European rabbit often causes 
severe damage in its introduced habitats by developing 
large, feral populations that overgraze the vegetation. 
A deadly disease known as myxomatosis has been 
introduced in Australia and other countries to try to 
reduce the population of this invasive rabbit. 
Although this pathogen generally achieves initial 
reductions in the abundance of rabbits, the surviving 
animals are relatively resistant to the disease, so that 
longer-term control is not generally realized. 


Because of selective breeding, domestic rabbits are 
now available in a wide range of genetically based 
varieties, which differ in size, shape, color, length of 
fur, and other characteristics. Many domestic rabbits 
are raised specifically for food, others are used as 
laboratory animals, and many others are kept as pets. 
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| Lake 


Lakes are inland bodies of freshwater. They range 
in size from small bodies of water that can be entirely 
navigated using a rowboat to the Great Lakes—the 
connected lakes that form the largest collection of 
freshwater on Earth. 


Lakes are plentiful—amillions of them are found 
over Earth’s surface. Lakes are classified on the basis 
of origin, age, salinity, fertility, and water circulation. 
They can be formed by glaciers, tectonic plate move- 
ments, river and wind currents, and even by volcanic 
activity or in the aftermath of a meteorite impact. 


Lakes can also be a phase of evolution in the aging 
process of a bay or estuary. Some lakes are only sea- 
sonal, drying up during parts of the year. As a lake 
changes over time, it can become a marsh, bog, or 
swamp. Part of the temporal change has to do with 
the composition of the lake water. Young lakes have 
clear water with less organic matter, while older lakes 
have murkier water and higher levels of organic matter 
as well as nitrogen, phosphorous, and detritus (decay- 
ing material). 

Another aspect of a lake’s composition is salinity. 
Salinity is a measure of the dissolved ionic components 
in lake water. High salinity lakes, that is, lakes whose 
salt content is elevated (although no to the level of 
saltwater), have high levels of precipitates and less 
organic matter, whereas lower salinity lakes have 
fewer precipitates and more organic matter. 


Lake shape, climate, and salinity each effect water 
movement within a lake, contributing to an individual 
lake’s annual circulation patterns. Most lakes 
exchange surface water with bottom water at least 
once during the year, but multiple factors influence 
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Kettle lakes like this one in Dundee, Wisconsin, are formed when blocks of ice buried by moving glaciers melt and leave a 
depression. (JLM Visuals.) 


this complex process. Life within a lake is also deter- 
mined by multiple factors. The study of fresh water, 
including lakes and ponds, is called limnology. 


Origins of lakes 


In northern latitudes, most lakes were formed as a 
result of glacier activity. Earth’s glacial ice formed and 
extended into what is now Canada, the northernmost 
United States, and northern Europe. As the heavy, 
thick ice pushed along, it scoured out topsoil, creating 
crevices in the former landscape. Glacial growth 
peaked about 20,000 years ago, after which time the 
ice slowly began to melt. As the ice melted and the 
glaciers retreated, basins formed by glaciers remained. 
These filled with water from the melting glaciers. Lake 
basins formed at the edge of glaciers were generally 
not as deep as basins underneath glaciers. The shal- 
lower lakes are called ice-block or depression lakes; the 
lakes formed under glaciers (some more than 1 mile or 
1.6 kilometers high) are called ice-scour lakes. 


Movements of earth, water, and wind can also 
form lakes. Rock deformations of Earth’s crust 
occur as folds, tilts, or sinking, usually along fault 
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lines. Depressions created can fill with water, forming 
lakes such as Lake Baikal in Siberia. It may seem 
peculiar to state that water forms lakes also, but 
water currents and land erosion by water form specific 
types of lakes: oxbow and solution lakes. Oxbow lakes 
are created as old and winding rivers change course 
and establish new channels that isolate the bending 
portions. An example is the Mississippi River, which 
contains an oxbow lake called Lake Whittington. 
Solution lakes result from ground water eroding the 
bedrock above it, creating a sinkhole. Sinkholes are 
the predominant type in Florida and on the Yucatan 
Peninsula. Wind can also create lake basins called 
blowouts; such lakes usually occur in coastal or arid 
areas. Blowouts created by sand shifted in arid regions 
are typical of lakes in northern Texas, New Mexico, 
southern Africa, and parts of Australia. 


Less commonly, lakes can form due to the impact 
of a meteorite or because of volcanic activity. Gases at 
high pressure under crests of volcanic lava can 
explode, forming basins that collect water. Volcanic 
basins up to | mile (1.6 kilometer) in diameter are 
called craters, and those with greater diameters are 
called calderas. Crater Lake in Oregon is a caldera of 


2435 


aye] 


Lake 


great depth; indeed, it the seventh deepest lake in the 
world. The largest well-documented meteorite-formed 
lake in the world is Chubb Lake in Quebec. Lake 
Chubb is 823 feet (250 meters) deep inside a crater 
10,990 feet (3,350 meters) wide. 


Lakes can be created when a watercourse is blocked. 
Natural dams can be made by streams or beavers. 
Humans also deliberately dam a watercourse; the con- 
trolled flow of the lake water through turbines posi- 
tioned in the dam can be used to generate electricity. 


Aging of lakes 


Lake formation and aging are natural periods in 
the lifespan of a lake. Some lakes have a short lifespan 
of 100-1,000 years, although many lakes will exist for 
10,000 years or longer, but there are lakes that only 
exist in damper seasons of the year. As water tends to 
support life, lakes are often assessed based on their 
fertility—the life they can and do support. The depos- 
its in lake basins have layers (strata) that reveal details 
about a lake’s history. At any point in time, a lake’s 
fertility is related to water stratification by regions of 
similar temperature and light penetration. 


Fertility is governed by a number of biological 
and chemical factors. The photosynthetic plankton 
that grow on a lake’s surface are eaten by zooplank- 
ton; these plankton make up the primary link in the 
lake’s food chain. Photoplankton contribute to a 
lake’s fertility as a food source and as an oxygen 
source through photosynthesis. Plankton are con- 
sumed by aquatic invertebrates which are, in turn, 
eaten by small and larger fish. 


Minerals such as phosphorous and oxygen are 
also required for life to flourish. Oxygen concentration 
is primarily due to photosynthesis in lake plants and 
surface wind agitation. Some oxygen can also come 
from streams that empty into the lake. 


Lakes are classified as oligotrophic, mesotrophic, 
or eutrophic depending on age and whether they have 
little, some, or a lot of life, respectively. Oligotrophic 
lakes are the youngest and are typically the least fertile 
lakes; they tend to be deep with sparse aquatic vegeta- 
tion and few fish. Mesotrophic lakes are middle-aged 
lakes that are less deep and more fertile than oligotro- 
phic lakes. Eutrophic lakes (the oldest lakes) are most 
fertile and even more shallow than mesotrophic lakes. 
Eutrophic lakes eventually reach the point where 
demand for oxygen exceeds the oxygen supply. 
Eutrophic lakes have many aquatic life forms that 
eventually die and decompose; decomposition uses 
up oxygen that could have supported additional life. 
Decomposing material collects on the lake bottom, 
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which decreases the depth of the water body. As oxy- 
gen becomes scarcer, less life is able to exist. 


Salinity, wind, temperature, and light 


One can focus on almost any characteristic of 
water in a lake and see that the particular factor influ- 
ences and is influenced by other characteristics of the 
same water. A profile of any given lake must take 
several of these factors into account. For example, 
salinity and temperature are two factors that affect 
life in opposing ways. High salinity does not favor 
most life other than some algal and shrimp growth. 
An example is the Dead Sea; this lake has a salinity 
seven times that of seawater, which makes it very 
inhospitable to most life (although salt-loving bacteria 
thrive). Temperature effects fertility both directly and 
indirectly. Most fish species prefer certain tempera- 
tures. While largemouth bass flourish at 75°F (24°C), 
trout prefer 50°F (10°C), for example. Indirectly, tem- 
perature affects fertility by playing a large part in 
determining oxygen capacity of water. Warmer water 
holds less oxygen than colder water. 


Salinity remains relatively constant in some lakes, 
while it tends to increase significantly in others. A lake 
that has outflow, such as a runoff stream, keeps within 
a normal salinity range for that lake. But lakes that 
have no runoff lose water over time to evaporation, 
and a higher salinity results. 


Sunlight can only penetrate water to a limited depth. 
Both murky and choppy water decrease light pene- 
trance. Submerged regions receiving light throughout 
are called euphotic. Since light is required by plants for 
photosynthesis, which produces oxygen, cloudy water 
generally has less oxygen. However, plants vary in how 
much light they require for growth. Some aquatic plants, 
such as hydrilla, can grow on the lake’s littoral zone (part 
of the lake that slopes from the shore toward the ben- 
thos) 50 ft (15 m) under clear water. Other plants, like 
cattails, maiden cane, wild rice, and lily pads grow in 3 ft 
(1 m) or less of water closer to shore. 


Water circulation 


Water circulation is the mixing of water in a lake. 
Water mixes at the surface, within the top layer (epi- 
limnion) and among layers. The bottom layer of water 
is called the hypolimnion, and the water between the 
hypolimnion and epilimnion makes up the metalimn- 
ion. The metalimnion is also called the thermocline, 
because a drastic temperature change occurs the lower 
one goes in it. Mixing is facilitated by wind at the 
epilimnion and is possible due to water density 
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variation between layers. When layers mix and change 
places, a lake is said to turn over. Turnover occurs 
when water in an upper layer is heavier, or denser than 
the layer of water underneath it. Lakes that turn over 
once a year are described as being monomictic. Lakes 
that turn over twice a year, once in spring and once in 
fall, are dimictic. Lakes that turn over at least once a 
year are holomictic. Some lakes do not fully turn over 
at all due to high salt content; the high salt lower layer 
prevents hypolimnic turnover in these meromictic 
lakes. 


The most controlling factors in lake circulation 
are changes and differences in water temperature; 
however, salinity, wind, and lake shape each have a 
role in circulation as well. Bowl-shaped lakes tend to 
turn over more easily than oxbow lakes. Water tem- 
perature determines water density, which, in turn, 
accounts for turnover. Water is at its minimum 
density in the form of ice. Warmer water is less dense 
than cooler water until cold water reaches 39.2°F 
(4°C), when it gets lighter. Deeper water is generally 
both denser and colder than shallower water—other 
than ice. 


Tremendous variability exists in turnover patterns 
and date of onset. Polar lakes warm later in spring and 
cool sooner in fall than similar lakes in tropical 
regions. Ice may only melt away from some lakes for 
two months a year, resulting in slow fish growth com- 
pared to warmer climates. High altitude lakes also 
warm later and cool sooner than equivalent low alti- 
tude lakes. Tropical, high altitude lakes lose heat con- 
tinuously, do not develop layers, and overturn 
continually, whereas sub-tropical, low altitude lakes 
that never freeze only layer in summer and turn over in 
winter. 


Lake threats 


Aside from the natural aging process, major 
threats to the longevity of lake fertility include pollu- 
tion (including acid rain), eutrophication, and shore- 
line overdevelopment. Acid rain is formed by sulfates 
and nitrates emitted from coal-burning industries and 
automobile exhaust pipes. These chemicals combine 
with moisture and sunlight and are converted into 
sulfuric and nitric acids that enter lakes via precipita- 
tion. Acid rain has a pH of 4.5, contrasting with the 
normal rain pH value of 5.6. Since a single digit pH 
difference represents a 10-fold change in acidity (the 
PH scale is logarithmic), acid rain is more than 10 
times more acidic than normal rain. Freshwater life 
generally prefers alkaline (above pH 7) conditions, but 
lake fertility is usually fairly functional down to a pH 
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KEY TERMS 


Eutrophic—Older, fertile lakes with thick basin 
deposits and several life forms. 


Mesotrophic—Middle-aged lakes with intermedi- 
ate levels of basin deposits and numbers of life 
forms. 


Oligotrophic—Young lakes with the least amount 
of basin detritus and numbers of life forms. 


Turnover—The mixing and flip-flopping of thermal 
layers within a lake that results in nutrient mixing 
within the lake. 


of 6.0. However, when pH drops to 5.0 and below, as 
the effects of acid rain accumulate, life forms are 
severely effected. Plants, plankton, insects, and fish 
all gradually disappear. Young and old organisms 
die first, followed by the young and middle-aged 
adults. Many bacteria even die. Other chemical pollu- 
tants include fertilizers and pesticides that drain into 
lakes through soil and enter through streams. 
Pesticides are toxic to fish, while fertilizers can cause 
eutrophication. 


Eutrophication is the abundance of nutrients for 
fertile growth. It is a natural phenomenon in mature 
lakes. However, chemical pollutants, including phos- 
phorous and nitrogen compounds, can artificially pro- 
pel lakes to this state where the demand by aquatic 
animals on lake oxygen is great. Human-made eutro- 
phication threatens to deplete lake oxygen which can 
kill most of a lake’s fish. Some eutrophigenic lakes are 
now aerated by man to increase available oxygen. 


Shore overdevelopment disrupts natural habitats 
and increases pollution. Shorelines that are built up 
with dirt to support construction of buildings can 
crush wet, rocky areas that some lake species use for 
spawning. In addition, shoreline plant life is some- 
times removed to create sandy, recreational areas, 
and the influx of people usually increases pollution. 
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i Lamarckism 


Chevalier de Lamarck (1844-1829) was a French 
naturalist and invertebrate zoologist. He is best known 
for a theory of evolution developed in his book, 
Philosophie zoologique, published in 1809. This theory, 
known today as lamarckism, is based on the so-called 
“inheritance of acquired traits,” meaning that charac- 
teristics that an organism may develop during its life- 
time are heritable, and can be passed on to its progeny. 


The anatomical, biochemical, and behavioral 
characteristics that an individual organism displays 
as its develops through life is known as its phenotype. 
The phenotype that an individual actually develops is 
somewhat conditional, based on two key factors: (1) 
the fixed genetic potential of the organism, that is, its 
genotype, and (2) the environmental conditions which 
an organism experiences as it grows. For example, 
an individual plant (which has a particular genotype) 
that is well supplied with nutrients, moisture, and 
light throughout its life will grow larger and will 
produce more seeds than if it did not experience such 
beneficial conditions. Today, the effects of environ- 
ment on genotypic expression are known as pheno- 
typic plasticity. 


However, at the time of Lamarck and other biol- 
ogists of the late eighteenth and nineteenth centuries, 
the mechanisms of inheritance were not known. Nor 
were they known to Lamarck’s great successors, 
Charles Darwin and Alfred Russel Wallace, inde- 
pendent discoverers of the theory of evolution by 
natural selection, first published in 1859. Scientists 
thought that the developmental contingencies of 
individual organisms (which they called “acquired 
traits”) could somehow become incorporated into 
the genetic make-up of individuals and so be passed 
along to offspring. By this means, they thought, evo- 
lution could occur. For example, if the ancestors of 
giraffes had to stretch vigorously to reach tree foliage 
high in the canopy, this act might have caused the 
individual animals to develop somewhat longer 
necks, and this acquired trait somehow have been 
inherited by their descendants. Eventually, this 
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mechanism could have resulted in the appearance of 
the modern, extremely long-necked giraffe. 


Modern biologists, however, have a good under- 
standing of the biochemical nature of inheritance. They 
know that phenotypic plasticity is limited by the fixed 
genetic potential that exists in all individuals. Therefore, 
the idea of the inheritance of acquired traits is no longer 
influential in evolutionary science. Instead, biologists 
believe that evolution largely proceeds through the dif- 
ferential survival and reproduction of individuals whose 
genetic complement favors these characters in particular 
environments, compared with other, “less-fit” individu- 
als of their population. If the phenotypic advantages of 
the “more-fit” individuals are due to genetically fixed 
traits, they will be passed on to their offspring. This 
results in genetic change at the population level, which 
is the definition of evolution. This is, essentially, the 
theory of evolution by natural selection, first proposed 
by Darwin and Wallace in 1859. Darwin believed that 
Lamarckian inheritance of acquired characters was a 
secondary contributor to evolution, but was mistaken. 


[ Lampreys and hagfishes 


Lampreys and hagfishes are unusual, jawless fish 
that comprise the orders Myxiniformes (hagfishes) and 
Petromysoniformes (lampreys). There are approxi- 
mately 40 species of lampreys and approximately 35 
species of hagfishes and slime hags. 


Lampreys and hagfishes lack the scales typical of 
most fish, and are covered with a slimy mucous. These 
animals have an elongated, eel-like shape, and do not 
have any paired fins on their sides. Lampreys and hag- 
fishes have gill pouches for ventilation, connected to the 
external environment by numerous holes or slits on the 
sides of the body and back of the head. These animals 
have a simple, cartilaginous skeleton. However, lamp- 
reys and hagfishes are divergent in various anatomical 
characteristics, and each represents an ancient and dis- 
tinct evolutionary lineage. 


Lampreys and hagfishes are living representatives 
of an ancient order of jawless, fish like animals that 
comprise the class Agnatha. Almost all of these jawless 
vertebrates became extinct by the end of the Devonian 
period about 365 million years ago. This dieback 
probably occurred because of competition from and 
predation by the more efficient, jawed fishes that 
evolved at that time. However, the ancestors of lamp- 
reys and hagfishes survived this evolutionary and 
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A single Pacific lamprey with its mouth open. (Tom McHugh. 
Photo Researchers, Inc.) 


Group of Pacific lampreys. (Gary Gibson. Photo Researchers, 
Inc.) 


ecological change. These distinctive creatures first 
appear in the fossil record during the Carboniferous 
period (365-290 million years ago), and are considered 
to be relatively recently evolved jawless fish. The lack 
of scales and paired fins in lampreys and hagfishes are 
traits that evolved secondarily, and are atypical of 
fossil members of their class, Agnatha. 
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Lampreys 


Adult lampreys have relatively large dorsal and 
ventral fins on the latter half of their bodies, and have 
a well-developed visual sense. These animals have a 
circular mouth that can be used to attach sucker like to 
the body of a fish. Parasitic species of lamprey then 
rasp a hole in the body wall of their victim, using rows 
of keratinized, epidermal structures that function like 
teeth, and a tongue that can protrude beyond the 
mouth. The lamprey then feeds on the ground-up 
tissues and bloody discharges of its prey. If the victim 
is a large fish, it will generally survive the lamprey 
attack, and perhaps several attacks during its lifetime. 
The victim is seriously weakened, however, and may 
fail to reproduce, or may eventually succumb to envi- 
ronmental stresses a more vigorous animal could tol- 
erate. Because lampreys do not usually kill their 
victims directly, they are generally considered to be a 
parasite, rather than a predator. 


Lampreys also use their disk-mouths to hold onto 
rocks to stabilize themselves in moving water, and to 
move pebbles while digging their nests in a stream. The 
name of the common genus of lampreys, Petromyzon, 
translates as “stone sucker” from the Greek. 


Lampreys can pump water directly into and out of 
their seven gill cavities through separate gill slits. This 
ability allows lampreys to ventilate water over their 
gills, even though their mouth may be actively used for 
feeding or sucking on rocks. 


Most species of lampreys are anadromous, spend- 
ing their adult life at sea or in a large lake, and swim- 
ming upstream in rivers to their breeding sites in 
gravelly substrate. The larvae of lampreys, known as 
an ammocoete, look very unlike the adult and were 
once believed to be a different species. The ammocoete 
larvae live in muddy sediment, and are a filter-feeder 
on suspended aquatic debris and algae. The larval 
stages can last for more than four years, finally trans- 
forming into the adult stage, when they reenter the 
oceans on lakes. 


Hagfishes 


Hagfishes are entirely marine animals, living in 
burrows dug into the sediment of the sea floor of the 
temperate waters of the continental shelves. They have 
degenerate, non-functional eyes, and appear to rely 
mostly on short, sensory tentacles around their 
mouth for detecting their food. Hagfishes have a single 
nostril, through which water is taken in and used to 
ventilate the gas-exchange surfaces of their gill 
pouches before being discharged back to the ambient 
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environment through gill slits. Hagfishes have four 
distinct blood-pumping regions in their circulatory 
system, which represent four functional hearts. 


A single, elongated gonad on the front part of hag- 
fishes develops into an ovary in females, and the back 
part into a testis in males. In 1864, the Copenhagen 
Academy of Sciences offered a prize for the first zoolo- 
gist to describe the method by which hagfish eggs get 
fertilized. This prize has yet to be claimed! Hagfish feed 
largely on invertebrates, especially polychaete worms. 
They also feed on dead fish, which they enter through 
the mouth, and then eat from the inside out. Hatchlings 
of hagfishes resemble the adults, and therefore are not, 
strictly speaking, larvae. 


Hagfishes are extremely slimy creatures. Their 
mucous may protect them from some types of preda- 
tors, but it can also represent a problem to the hagfish, 
by potentially plugging its nostril. Hagfishes periodi- 
cally de-slime themselves by literally tying themselves 
into a tight knot, which is skillfully slid along the body, 
pushing a slime-ball ahead of itself. This unusual, 
knotty behavior is also used by hagfishes to escape 
from predators, and to tear into the flesh of dead fish. 


Interactions with humans 


Marine fishers sometimes find hagfishes to be a 
minor nuisance because they swim into deep-set nets 
and eat some of the catch. They are extremely messy 
and unpleasant to remove from nets, because of the 
copious, thick, sticky slime that covers their body. 


The sea lamprey (Petromyzon marinus) is an 
important parasite of economically important species 
of fish in the Great Lakes of North America. This 
species was probably native to Lake Ontario, but it 
spread to the other Great Lakes after the construction 
of the Welland Canal in 1829 allowed the sea lamprey 
to get around Niagara Falls, which had been an 
insurmountable barrier to its movement up-river. 
The sea lamprey was similarly able to colonize Lake 
Champlain after a transportation canal was built to 
link that large water body to the sea. The sea lamprey 
now occurs in all the Great Lakes and in other large 
lakes in North America, where it parasitizes all of the 
larger species of fish and greatly reduces their produc- 
tivity. The lake trout (Salvelinus namaycush) was vir- 
tually eliminated from some lakes by the sea lamprey, 
and probably would have been extirpated if not for the 
release of young trout raised in hatcheries. 


The deleterious effects of the sea lamprey are now 
controlled to a significant degree by the treatment of 
its spawning streams with a larvicidal chemical (TFM, 
or 3-trifluoromethyl-4-nitrophenol) that is applied to 


2440 


KEY TERMS 


Anadromous—Refers to fish that migrate from salt- 
water to freshwater, in order to breed. 


the water, killing the ammocoetes. However, TFM 
cannot be applied to all of the breeding habitats of 
the sea lamprey, and this parasite continues to cause 
important damage to commercial and sport fisheries, 
especially on the Great Lakes. 
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| Land use 


Land use is a geographical concept that refers to 
the ways in which parcels of land are utilized by people 
and society. Land use planning is an activity that 
examines the factors that influence the nature and 
dynamics of land usage and develops ways to optimize 
those variables to achieve larger social, economic, and 
ecological benefits. 


Uses of the land 


Land can be used in different ways. These can 
include residential, institutional, business, industrial, 
agricultural, forestry, park, and other relatively natu- 
ral land uses. Each of these broader categories can be 
further subdivided based on the nature and intensity 
of the activities that are undertaken. 


Residential land use, for example, can involve 
single-family dwellings on large or small lots, or aggre- 
gations of multiple-unit dwellings of various sorts. The 
most intensive residential land-uses are associated 
with clusters of apartment buildings, which can sup- 
port high densities of human population. 
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The Incas used terraces to make optimal use of the limited 
land areas available for cultivation. These terraces are found 
near Machu Picchu, Peru. (ULM Visuals.) 


Institutional land uses are mostly associated with 
land that is occupied by public buildings such as 
schools, universities, government office buildings, art 
galleries, and museums. These facilities are most com- 
monly located in urban or suburban areas. Business 
land uses are similar in many respects, and are mostly 
associated with land that is appropriated to retail 
facilities of various types, and with office buildings. 


Industrial land uses are extremely varied, depend- 
ing on the nature of the industry being considered. 
Urban-industrial land usage generally refers to the 
siting of factories or petroleum refineries, and of util- 
ities such as electricity generating stations, and water- 
and sewage-treatment facilities. Industrial land use in 
rural areas can include mines, smelters, and mills for 
the production of ores and metals; mines and well 
fields for the production of fossil fuels such as coal, 
oil, and natural gas; and large water-holding reser- 
voirs for the production of hydroelectricity. 
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Land uses for agriculture and forestry are also 
types of industrial land uses, in this case involved 
with the production of food or tree-fiber as renewable 
resources. The nature of agricultural land uses 
depends on the types of crops and agronomic systems, 
which can vary from intensively managed monocul- 
tures, to more organic systems involving annual or 
perennial crops and little use of fertilizers or pesticides. 
Similarly, the intensity of land use in forestry varies 
from systems involving clear-cutting and the establish- 
ment of short-rotation plantations, to selection- 
harvesting systems with long-spaced interventions. 


Some land uses associated with parks and golf 
courses also represent intensive modifications of the 
natural landscape. The management practices required 
to maintain these lawn-dominated ecosystems are sim- 
ilar to those utilized in some types of monocultural 
agricultural systems. Other types of parks, however, 
are little changed from the natural state of the land, 
and they may only involve the development of access 
roads, unpaved trails, and interpretation facilities. 


The last major category of land use involves des- 
ignation of an area as an ecological or wilderness 
reserve. In most cases, this sort of land-use designation 
precludes the exploitation of natural resources by min- 
ing, forestry, or agriculture, and usually by hunting 
and fishing as well. However, scientific research and 
recreational activities that do not require extensive 
facilities, such as hiking and canoeing, may be permit- 
ted in many areas designated for natural land use. 


Land-use conflicts, planning, and regulation 


Land-use planning is an important activity of 
many geographers and planners. Land-use planning is 
usually pursued at the larger spatial scale, for example, 
by local or regional municipalities, counties, and states 
or provinces. The goal of land-use planning is to ensure 
that uses of the land are appropriate and sustainable, 
and do not cause unacceptable social or economic dis- 
ruptions, or serious environmental degradations of 
the site or landscape. Land-use planning cannot 
achieve this goal by itself. There must also be a political 
will to implement appropriate land-use plans through 
regulation and zoning of the activities of people, busi- 
nesses, and government itself. Achievement of a suc- 
cessful and sustainable pattern of land use requires 
planning, regulation, and monitoring, as well as effec- 
tive resolution of unanticipated conflicts as they arise. 


One of the most useful tools available to land-use 
planners is known as geographic information systems, 
or GIS. GIS is a computer-based system for the stor- 
age, retrieval, analysis, and portrayal of data on the 
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uses, characteristics, and ecological dynamics of areas 
of land. Examples of spatial information that GIS is 
extremely useful in analyzing, portraying, and over- 
laying include data on topography, landforms, geo- 
logic hazards such as landslides or earthquake fault 
zones, surface waters, environmental chemistry, wild- 
life populations, ecological communities, floodplains, 
political boundaries, etc. Because of its powerful capa- 
bilities, GIS has proven to be a useful tool for plan- 
ners, who can use this computerized system to describe 
both existing and future land-use characteristics, and 
to effectively model the potential implications of var- 
ious land-use scenarios. 


Urban and suburban land-use planning generally 
focuses on designing an appropriate mixture of resi- 
dential, retail, business, institutional, industrial, and 
recreational land uses and activities. Attention must 
be paid to the delivery of utilities such as water, elec- 
tricity, telephone lines, and sewerage services to all of 
these user groups, while also ensuring that there is an 
appropriate network of transportation facilities, and 
that unacceptable conflicts do not occur among user 
groups. 


Many cities and larger urban-suburban regions 
have developed without paying appropriate attention 
to planning and regulating the various sorts of uses of 
the land, and problems have subsequently occurred. 
These predicaments include such problems as large 
numbers of people living beside heavily polluting 
industries, traffic jams due to little coordination of 
the development of residential facilities and employ- 
ment opportunities, and large numbers of people hav- 
ing inadequate access to clean water and other 
elements of a healthy life-support system. 


Land-use planning in rural areas must also focus 
on identifying and avoiding unacceptable environ- 
mental damages and conflicts among resource users. 
For example, in planning agricultural land use, it is 
critical to consider land capability and whether partic- 
ular agricultural systems might cause excessive ero- 
sion, resulting in degradation of the agricultural 
resource, and unacceptable damage to nearby aquatic 
ecosystems. 


Land used for agriculture, forestry, hydroelectric 
reservoirs, or mining is not available for other uses, and 
this can have great implications for regional economies 
and their sustainability. Therefore, wherever possible, it 
is desirable to have a balanced mixture of appropriate 
land-uses and activities on the landscape. 


It is also critical that rural land-use planning 
accommodate the need to preserve some areas as natu- 
ral, self-maintaining ecosystems, so that unacceptable 
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Geographic information systems (GIS)—A computer- 
based system for the storage, analysis, and por- 
trayal of spatial data related to geography, ecology, 
and environmental science. 


Landscape—An extensive area of terrain, encom- 
passing many discrete ecological communities. 


damages to biodiversity resources are not caused. This 
is also a consideration in urban land-use planning, 
although the opportunities to accommodate natural, 
ecological values are more limited in urban areas. 


See also Ecological economics; Ecology; Human 
ecology. 
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| Land and sea breezes 


Land and sea breezes are wind and weather phe- 
nomena associated with coastal areas. A land breeze is a 
breeze blowing from land out toward a body of water. 
A sea breeze is a wind blowing from the water onto the 
land. Land breezes and sea breezes arise because of 
differential heating between land and water surfaces. 
Land and sea breezes can extend inland up to 100 mi 
(161 km), or manifest as local phenomena that quickly 
weaken with a few hundred yards of the shoreline. On 
average, the weather and cloud effects of land and sea 
breezes dissipate 20-30 mi (32-48 km) inland from the 
coast. 


Land and sea breeze patterns can influence fog 
distribution and pollution accumulation or dispersion 
over inland areas. Current research on land and sea 
breeze circulation patterns also include attempts to 
model wind patterns that affect energy requirements 
(e.g., heating and cooling requirements) in affected 
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areas as well as impacts on weather dependent oper- 
ations (e.g., aircraft operations). 


Because water has a much heat capacity than 
sand or other Earth materials, for a given amount of 
solar irradiation (insolation), water temperature will 
increase less than land temperature. Regardless of 
temperature scale, during daytime, land temperatures 
might change by tens of degrees, while water temper- 
ature change by less than half a degree. Conversely, 
water’s high heat capacity prevents rapid changes in 
water temperature at night and thus, while land tem- 
peratures may plummet tens of degrees, the water 
temperature remains relatively stable. Moreover, the 
lower heat capacity of crustal materials often allows 
them to cool below the nearby water temperature. 


Air above the respective land and water surfaces is 
warmed or cooled by conduction with those surfaces. 
During the day, the warmer land temperature results 
in a warmer and therefore, less dense and lighter air 
mass above the coast as compared with the adjacent 
air mass over the surface of water. As the warmer air 
rises by convection, cooler air is drawn from the ocean 
to fill the void. The warmer air mass returns to sea at 
higher levels to complete a convective cell. 
Accordingly, during the day, there is usually a cooling 
sea breeze blowing from the ocean to the shore. 
Depending on the temperature differences and 
amount of uplifted air, sea breezes may gust 15 to 20 
miles per hour (13 to 17 knots [nautical miles per hour]). 
The greater the temperature differences between 
land and sea, the stronger the land breezes and sea 
breezes. 


After sunset, the air mass above the coastal land 
quickly loses heat while the air mass above the water 
generally remains much closer to its daytime temper- 
ature. When the air mass above the land becomes 
cooler than the air mass over water, the wind direction 
and convective cell currents reverse and the land 
breeze blows from land out to sea. 


Because land breezes and sea breezes are localized 
weather patterns, they are frequently subsumed into 
or overrun by large-scale weather systems. Regardless, 
winds will always follow the most dominant pressure 
gradient. 


The updraft of warm, moist air from the ocean often 
gives rise to daytime cloud development over the shore- 
line. Glider pilots often take advantage of sea breezes 
to ride the thermal convective currents (sea breeze soar- 
ing). Although most prevalent on the sea coastline, land 
breezes and sea breezes are also often recorded near 
large bodies of water (e.g., the Great Lakes). In general, 
land breezes and sea breezes result in elevated humidity 
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levels, high precipitation, and temperature moderation 
in coastal areas. 

See also Atmospheric circulation; Atmospheric 
pressure; Atmospheric temperature; Clouds; Solar 
illumination: Seasonal and diurnal patterns; Weather 
forecasting. 


l Landfill 


The term sanitary landfill was first used in the 
1930s to refer to the compacting of solid waste materi- 
als. Initially adopted by New York City and Fresno, 
California, the sanitary landfill used heavy earth- 
moving equipment to compress waste materials and 
then cover them with soil. The practice of covering 
solid waste was evident in Greek civilization over 
2,000 years ago, but the Greeks did it without compact- 
ing. Approximately 20,000 landfills were used in the 
United States in 1978. Ten years later, only 5,498 were 
reported in use by the U.S. Environmental Protection 
Agency. As of 2004, fewer than 1,700 active landfills 
exist in the United States. By the year 2008, the EPA 
predicts only 1,234 landfills will be available. (Although 
the number of landfills has decreased, the size of the 
average landfill has increased. Overall, the total 
capacity of landfills in the United States has gone up.) 


As of 2005, the United States annually produces 
about 409 million tons of post-consumer (non- 
hazardous) waste, according to the Environmental 
Protection Agency. About 65 to 75% of the solid 
waste garbage generated in the United States still is 
dumped in landfills. This is generally broken down as 
paper and cardboard (40%), yard waste (18%), metals 
(9%), plastics (8%), and other products (25%). U.S. 
industries produces over twenty-five times that much 
waste in the form of pre-consumer waste, about 11.7 
billion tons of waste each year. 


Today, the sanitary landfill is the major method of 
disposing waste materials in North America and other 
developed countries, even though considerable efforts 
are being made to find alternative methods, such as 
recycling, incineration, and composting. Among the 
reasons that landfills remain a popular alternative are 
their simplicity and versatility. For example, they are 
not sensitive to the shape, size, or weight of a partic- 
ular waste material. Since they are constructed of soil, 
they are rarely affected by the chemical composition of 
a particular waste component or by any collective 
incompatibility of co-mingled wastes. By comparison, 
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Garbage being dumped in a landfill located near Sumpter Township, Michigan, March 2003. (AP/Wide World Photos.) 


composting and incineration require uniformity in the 
form and chemical properties of the waste for efficient 
operation. In an average year in the 2000s, about 67% 
of the solid waste generated in the United States is still 
dumped in landfills. This corresponds to several tons 
of waste per landfill daily, considering 4.5 lb (2 kg) of 
solid waste is generated each day per person in the 
United States. The many tons of solid waste dumped 
in a landfill today will not decompose for (on average) 
30 years. In order to create environmentally friendly 
landfills, new sites are being engineered to recover the 
methane gas that is generated during decomposition, 
and some older landfills are being mined for useful 
products. 


About 70% of materials that are routinely dis- 
posed of in landfills could be recycled instead. More 
than 30% of bulk municipal garbage collections con- 
sist of paper that could be remanufactured into other 
paper products. Other materials like plastic, metal, 
and glass can also be reused in manufacturing, which 
can greatly reduce the amount of waste materials dis- 
posed in landfills, as well as preserving sources of 
nonrenewable raw materials. 
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Sanitary landfill 


Sanitary landfills involve well-designed engineering 
methods to protect the environment from contamina- 
tion by solid or liquid wastes. A necessary condition in 
designing a sanitary landfill is the availability of vacant 
land that is accessible to the community being served 
and has the capacity to handle several years of waste 
material. In addition, cover soil must be available. Of 
course, the location must also be acceptable to the local 
community. Historically, landfills were placed in a par- 
ticular location more for convenience of access than for 
any environmental or geological reason. Now more 
care is taken in determining the location of new land- 
fills. For example, sites located on faulted or highly 
permeable rock are passed over in favor of sites with a 
less-permeable foundation. Rivers, lakes, floodplains, 
and groundwater recharge zones are also avoided. It 
is believed that the care taken in the initial location of a 
landfill will reduce the necessity for future clean-up 
and site rehabilitation. Locations near airports are 
avoided because the landfill usually attracts birds that 
can interfere with aircraft. Due to these and other 
factors, it is becoming increasingly difficult to find 
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suitable locations for new landfills. Easily accessible 
open space is becoming scarce and many communities 
are unwilling to accept the building of a landfill within 
their boundaries. Since 1978, over 14,000 landfills have 
been filled up and shut down. Many major cities have 
already exhausted their landfill capacity and must 
export their trash, at significant expense, to other com- 
munities or even to other states and countries. 


The three basic procedures that are carried out in 
sanitary landfills are: spreading the solid waste mate- 
rials in layers; compacting the wastes as much as pos- 
sible; and covering the material with dirt at the end of 
each day. This method reduces the breeding of rats 
and insects at the landfill, reduces the threat of spon- 
taneous fires, prevents uncontrolled settling of the 
materials, and uses the available land efficiently. 
Although this method does help control some of the 
pollution generated by the landfill, the fill dirt also 
occupies up to 20% of the landfill space, reducing its 
waste-holding capacity. Another important consider- 
ation for landfill design is the use of the site after it is 
filled. Some sites have become parks, housing projects, 
or sites for agriculture. Under pressure from the gov- 
ernment, environmentalists, and the public, and with 
diminishing natural and financial resources available 
to them, municipalities are now planning their land- 
fills carefully to avoid some of the later costs of clean- 
up or containment. 


Method types 


Trench and area methods, along with combinations 
of both, are used in the operation of landfills. Both 
methods operate on the principle of a cell, which in 
landfills comprises the compacted waste and soil cover- 
ing for each day. The trench method is good in areas 
where there is relatively little waste, low groundwater, 
and the soil is over 6 ft (1.8 m) deep. The area method 1s 
usually used to dispose of large amounts of solid waste. 


In the trench method, a channel with a typical depth 
of 15 ft (4.6 m) is dug, and the excavated soil is later used 
as a cover over the waste. Grading in the trench method 
must accommodate the drain-off of rainwater. Another 
consideration is the type of subsurface soil that exists 
under the topsoil. Clay is a good source of soil because it 
is nonporous. Weather and the amount of time the 
landfill will be in use are additional considerations. 


In the area method, the solid wastes and cover 
materials are compacted on top of the ground. This 
method can be used on flat ground, in abandoned strip 
mines, gullies, ravines, valleys, or any other suitable 
land. This method is useful when it is not possible to 
create a landfill below ground. 
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A combination method is called the progressive 
slope or ramp method, where the depositing, covering, 
and compacting are performed on a slope. The cover- 
ing soil is excavated in front of the daily cell. Where 
there is no cover material at the site, it is then brought 
in from outside sources. 


Decomposition 


A landfill has three stages of decomposition. The 
first one is an aerobic phase. The solid wastes that are 
biodegradable react with the oxygen in the landfill and 
begin to form carbon dioxide and water. Temperature 
during this stage of decomposition in the landfill rises 
about 30°F (16.7°C) higher than the surrounding air. 
A weak acid forms within the water and some of the 
minerals are then dissolved. The next stage is anaero- 
bic, in which microorganisms that do not need oxygen 
break down the wastes into hydrogen, ammonia, car- 
bon dioxide, and inorganic acids. 


In the third stage of decomposition in a landfill, 
methane gas is produced. Sufficient amounts of water 
and warm temperatures have to be present in the landfill 
for the microorganisms to form the gas. About half of the 
gas produced during this stage will be carbon dioxide, but 
the other half will be methane. Systems of controlling the 
production of methane gas are either passive or active. In 
a passive system, the gas is vented into the atmosphere 
naturally, and may include venting trenches, cutoff walls, 
or gas vents to direct the gas. An active system employs a 
mechanical method to remove the methane gas and can 
include recovery wells, gas collection lines, a gas burner, 
or a burner stack. Both active and passive systems have 
monitoring devices to prevent explosions or fires. 


Operating principles 


While landfills may outwardly appear simple, they 
need to operate carefully and follow specific guidelines 
that include where to start filling, wind direction, the 
type of equipment used, method of filling, roadways to 
and within the landfill, the angle of slope of each daily 
cell, controlling contact of the waste with groundwater, 
and the handling of equipment at the landfill site. 


Considerations have to be made regarding the soil 
that is used as a daily cover, which is usually 6 in (15.2 cm) 
thick, an intermediate cover of | ft (30.5 cm), and a final 
cover of 2 ft (61 cm). The compacting of the solid waste 
and soil has to be considered as well, so that the biological 
processes of decomposition can take place properly. 


Shredding of solid wastes is one method of saving 
space at landfills. Another method is baling of wastes. 
The advantages to shredding are twofold. The material 
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can be compacted to a greater density, thereby extend- 
ing the life of the landfill, and it can be compacted 
more quickly as well. Less cover is required and there 
is also less danger of spontaneous fire. Landfills using 
shredded materials produce more organic decomposi- 
tion than those disposing of unshredded solid wastes. 
The advantages of baling are an increase in landfill life 
because of an increase in waste density. Hauling times 
are reduced, as are litter, dust, odor, fires, traffic, noise, 
earth moving, and land settling. Less heavy equipment 
is needed for the cover operation and the amount of 
time it takes for the land to stabilize is reduced. Using 
biodegradable materials also helps save space in land- 
fills because microorganisms can break down these 
materials more quickly. Trash bags made of biodegrad- 
able materials are of particular use because microor- 
ganisms cause holes to form in the bags, allowing the 
material inside to break down more quickly as well. 


When the secure landfill reaches capacity, it is 
capped by a cover of clay, plastic, and soil, much like 
the bottom layers. Vegetation is planted to stabilize the 
surface and make the site more attractive. Sump pumps 
collect any fluids that filter through the landfill either 
from rainwater or from waste leakage. This liquid is 
purified before it is released. Monitoring wells around 
the site ensure that the groundwater does not become 
contaminated. In some areas where the water table is 
particularly high, above-ground storage may be con- 
structed using similar techniques. Although such facili- 
ties are more conspicuous, they have the advantage of 
being easier to monitor for leakage. 


The uses to which closed landfills have been put are 
varied. Efforts to limit what goes into the landfill reflect 
particular concerns of different communities across the 
country. They include industrial parks, airport runways, 
recreational parks, ski slopes, ball fields, golf courses, 
playgrounds, and many others. When it has been deter- 
mined that the bearing capacity of the landfill surface is 
adequate, buildings can also be erected. The antiquated 
view of landfills as “garbage dumps” has given way to a 
science to engineer the establishment, maintenance, clo- 
sure, and re-use of the area for the community. 


Alternatives to landfills 


The United States Environmental Protection 
Agency (EPA) requires all new landfills to include a 
leachate collection system. Recirculation of leachate 
accelerates the decomposition of solid waste. Another 
alternative use of landfills is to capture the methane 
gas produced during decomposition to generate 
electricity. For example, in Yolo County, California, 
a landfill releases 1.4 million cubic feet of gas a day 
used to generate electricity. 
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Landfill mining is another process that is used to 
reclaim the materials of the landfill for other purposes. 
More than 65% of the product from a landfill is usable 
soil. Small percentages of other materials, such as 
rock, metal, wood, aluminum, glass, plastic, polystyr- 
ene, and other items, can also be extracted from a 
landfill that is ready to be closed. The soil can be 
used as daily cover at other landfills and for grading 
roads and other construction projects. This process 
can only take place in landfills that are free of toxic 
wastes. Other landfill mining projects use the material 
to turn waste into energy. 


Another alternative to landfill disposal for many 
areas has been the incineration of solid wastes. This 
method is often criticized because it has the potential 
of polluting the air, and the residual ash still has to be 
buried in a secure landfill. Dumping in the ocean has 
also come under attack by environmentalists who cite 
pollution of marine ecosystems and destruction of rec- 
reational beaches as reasons against ocean dumping. 


Recycling 


As a method of reducing the costs of solid waste 
disposal in landfills and of solving the problem 
of finding suitable landfill sites, many communities 
have initiated recycling programs. Some programs 
are carried out by segregating and collecting the recy- 
clables separately from the materials destined for the 
landfill. There are also many drop-off programs for 
specific items such as glass bottles, plastics, aluminum 
(and other metal) cans, and newspapers. 


Some communities require individual households to 
separate glass, plastic, and paper, while other programs 
have installed systems to separate the items at a plant and 
then sell them to manufacturers. The special collection of 
hazardous chemical wastes has also been initiated in 
communities that either recycle them or dispose of them 
more safely than in a landfill. Several things, besides 
saving space in landfills, are then accomplished with 
recycling programs. One is a cost benefit to the munici- 
pality and another is a decrease in the exploitation of 
natural resources, such as trees, metals, and petroleum. 


Composting 


The composting of organic materials for reuse in 
gardening and in agriculture can help alleviate the 
problem of using land to dispose of waste material. 
Plant and food substances are biodegradable, which 
means they are capable of decomposing through the 
agency of bacteria, fungi, and other living organisms. 
Temperature and sunlight play a role in the decom- 
position of biodegradable substances as well. When 
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KEY TERMS 


Aerobic—Requiring or in the presence of oxygen. 


Anaerobic—Describes biological processes that take 
place in the absence of oxygen. 


Baling—Compacting solid waste under heavy pres- 
sure to form a compressed bundle. 


Biodegradable—Able to decompose naturally through 
the agency of bacteria, fungi, and other micro- 
organisms. 


Biodigester—A landfill that uses methods to hasten 
the decomposition of its solid waste materials. 


Compacting—The practice of compressing solid 
waste to take up less space. 
Composting—tThe process by which organic waste, 
such as yard waste, food waste, and paper, is broken 
down by microorganisms and turned into a useful 
product for improving soil. 


Density—The amount of mass of a substance per 
unit volume. 


Fault—A fracture in the Earth’s crust accompanied 
by a displacement of one side relative to the other. 


Floodplain—The flat, low-lying area adjacent to a 
river or stream that becomes covered with water 


substances are not biodegradable, they may remain in 
the environment and may be capable of polluting the 
soil and water of an area if they are toxic. Some bio- 
degradable pollutants may also be capable of causing 
harm to the environment. 


Substances that in the past were freely disposed of 
by dumping are now being considered by many munic- 
ipalities for recycling as compost, such as weeds, leaves, 
and cut grass. Many communities throughout the 
country encourage people to compost plant material 
and use it as humus in their gardens. Since plant mate- 
rial is biodegradable this is a significant way to reduce 
solid waste problems for towns and cities. Other signifi- 
cant efforts involve the use of composted sewage sludge 
for soil application on farms, yards, and golf courses. 


See also Hazardous wastes; Leaching; Waste 
management. 
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during flooding; flood waters deposit sand, silt and 
clay on this surface. 

Groundwater—Water within the Earth that supplies 
wells and springs. 


Humus—Organic material made up of well- 
decomposed, high molecular-weight compounds. 
Incineration—The burning of solid waste as a dis- 
posal method. 

Inorganic solids—Solids composed of compounds 
lacking carbon. 


Leachate—Excess rainwater draining from a landfill. 


Organic solids—Solids composed of compounds 
containing carbon. 


Permeable—Having small openings that allow 
liquids and gases to pass through. 


Recycling—tThe use of disused (or waste) materials, 
also known as secondary materials or recyclables, to 
produce new products. 


Shredding—tThe milling of solid wastes before dis- 
posal in the landfill. 


Water table—The upper limit of the portion of the 
ground wholly saturated with water. 
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[ Landform 


A landform is a natural feature formed by the 
erosion or accumulation of soil or rock on Earth’s 
surface. Most landforms are produced by the actions 
of weathering and erosion, carving away material 
from higher elevations and depositing it at lower 
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elevations. Different kinds of rock erode at a variety of 
rates under particular climatic conditions. As softer 
rock is worn away, more resistant rock can be exposed 
to produce landforms. Other landforms develop from 
volcanic activity or movements along faults during 
earthquakes. Study of landforms, known as geomor- 
phology, reveals much about the physical and chem- 
ical processes acting on Earth’s surface. 


Erosion and deposition 


Landforms are created by the combined actions of 
weathering, mass wasting, and erosion. Weathering 
breaks down bedrock into transportable fragments, 
mass wasting moves large amounts of material down- 
hill as landslides or rockslides, and erosion transports 
smaller particles in a number of different ways. Each 
process can produce characteristic landforms. 


Rivers 


The ability of water to move sediment depends on 
its velocity, which is related to the slope of the bed over 
which it is flowing. When water is moving rapidly it can 
transport a great deal, but if water slows it deposits its 
load. High in the mountains the gradient is steep and 
erosion dominates. Rivers cut downward and mass 
wasting adjusts the valley walls to a V shape. These 
valleys intersect in a branching network as tributaries 
merge to form a smaller number of larger streams. As 
the water moves downstream the slope of its bed 
decreases and eventually a steady state develops where 
there is little down cutting. Here the slopes continue to 
retreat until a gentle, rolling topography evolves. 
Further downstream the slope of the bed is even less, 
and deposition begins to dominate. The river deposits 
much of its load during times of flooding, and modifies 
these deposits the rest of the time. One distinctive land- 
form resulting from this is the meander. As the river 
winds back and forth across its floodplain it erodes on 
the outside of each sinuous curve to form a cut bank, 
and deposits material on the inside to form a point bar. 
Eventually the river flows into a standing body of 
water, either a lake or the sea, and slows down even 
more, depositing its sediment in deltas. These land- 
forms emerge if the level of the lake or sea goes down. 


Glaciers 


A glacier is a flowing mass of ice. It erodes both 
the sides and bottom of its valley, resulting in distinc- 
tive U shaped valleys. The rate at which it erodes is 
proportional to its depth, because a thicker accumu- 
lation of ice bears down harder on the rocks below. 
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When a glacial tributary joins a larger glacier, the tops 
of both will usually flow to be at nearly the same 
elevation, but the bottoms will not be. This difference 
results in “hanging valleys,” which often display mag- 
nificent waterfalls as Yosemite Falls and Bridal Veil 
Falls in Yosemite Valley, after the ice has melted away. 
A glacier can transport material at any velocity, but 
only while it is frozen. Where it melts, its sediments 
accumulate to form hills called moraines. Sometimes 
rivers flow beneath the ice, leaving sinuous mounds of 
sediments called eskers. Other deposits of sediment 
washed off the top of the glacier form steep sided 
hills called kames. 


Wind 


Moving air can transport sand and dust, and 
does not erode solid rock very effectively. Its character- 
istic landforms, sand dunes, occur in many sizes and 
shapes. Most have a gentle slope on the windward side, 
where sand is being eroded away, and a steeper leeward 
side, where sand is deposited. Movement of sand from 
one side to the other may result in the migration of the 
sand dune in the direction the wind is blowing. As with 
water, transport capability varies with velocity, so sand 
dunes often develop where the wind slows down. This is 
the case at Great Sand Dunes National Monument, 
Colorado, and Death Valley National Park, California, 
where spectacular, but localized, dune fields occur. 


Chemical dissolution and precipitation 


Although erosion and deposition are most easily 
observed where solid sediment is being moved about, 
invisible chemical reactions also produce landforms. 
As water moves through the soil it becomes acidic, in 
part because of the addition of carbon dioxide pro- 
duced by the decay of organic matter. This weak acid 
is able to dissolve some kinds of rock, particularly 
limestone, giving us spectacular underground caverns, 
such as Mammoth Cave, Kentucky. In other cases, for 
example Carlsbad Caverns in New Mexico, naturally 
occurring sulfuric acid is responsible for limestone 
dissolution. If caves develop near the surface they 
often collapse, and a landform called a sinkhole devel- 
ops above the cave-ins. The distinctive assemblage of 
landforms associated with the development of caves in 
soluble rock is known as karst topography. 


After passing through limestone, the water often 
becomes saturated with calcium carbonate. If it comes 
to the surface in springs, the calcium carbonate may 
precipitate to build up mounds of travertine, such as 
those in Saratoga Springs, New York. Similar traver- 
tine deposits can develop in arid climates when 
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evaporation brings about the precipitation of calcium 
carbonate. Sometimes these form a series of little dams 
holding back pools of water, such as at Mooney Falls 
in the Grand Canyon, Arizona. 


Differential weathering and erosion 


As erosion progresses, by whatever means, some 
rock units will be more resistant than others. These 
will be left exposed at higher elevations, and may 
protect underlying rock. Depending on the orientation 
and shape of the resistant unit, and the agents of 
erosion acting on it, various landforms may develop. 


Although easily dissolved by groundwater in humid 
regions, limestone is a resistant rock in arid areas. Its 
crystalline structure gives it strength, much like solid 
lava. Where nearly horizontal, both of these rock types 
are found capping, and protecting, softer rocks beneath 
them in much of the American southwest. When erosion 
breaches the resistant unit, it may cut down through the 
soft rock below very rapidly, leaving isolated islands of 
resistant cap rock. As this continues, the protection 
these cap rocks provide preserves tall, nearly vertical 
landforms called buttes, if they are small, or mesas if 
they are larger. Monument Valley, near the four corners 
of Utah, Arizona, New Mexico, and Colorado has 
dozens of spectacular examples. 


Ifa resistant layer of rock dips at a moderate angle, 
it will often hold up an asymmetric hill. A small asym- 
metric hill underlain by layered sedimentary rocks is 
called a hogback, and a larger one is a cuesta. Rivers, 
cutting down through such layers, leave a notch as they 
cut. If a river continues to flow through such a notch 
it is called a water gap; if not, it is called a wind 
gap. Delaware Water Gap, between New Jersey and 
Pennsylvania, is a classic example. 


A resistant unit may also be nearly vertical, in many 
cases because it is formed that way. Molten rock can flow 
into vertical cracks deep beneath the surface, and then 
solidify into resistant igneous rock bodies called dikes. 
When surrounding rocks weather away, the resistant 
rocks can form vertical walls extending many miles. The 
Spanish Peaks of south central Colorado have well- 
known swarms of such dikes dominating the topography. 


Vertical walls can form from resistant sedimentary 
units which have been rotated into a vertical orienta- 
tion. Seneca Rocks, in West Virginia, is the remnant of 
a resistant sandstone unit which is now vertical. 


Tectonic landforms 


If nothing countered weathering and erosion, the 
continents would be reduced to sea level in a few 
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million years. Tectonic processes, driven by the grad- 
ual movements of the tectonic plates comprising 
Earth’s lithosphere, raise parts of the continents and 
produce their own landforms. 


Volcanism 


Volcanism produces a number of landforms. 
First, of course, are volcanoes themselves. These may 
be steep sided cinder cones, gently sloping shield vol- 
canoes constructed of lava flows, or a combination 
of the two, called composite volcanoes, or strato- 
volcanoes. Cinders and ash fall out of the air and 
accumulate in steep-sided piles, but these are easily 
washed away by agents of erosion so they are rarely 
very large. Solidified lava flows are much more resist- 
ant to erosion, but because the lava flows downhill 
easily before it cools, their slopes are usually very 
gentle. The composite volcanoes have layers of ash, 
giving them substantial slopes, protected from erosion 
by layers of lava. Many of the most famous volcanoes, 
such as Mt. Fuji, are composite. 


Like any fluid, molten lava flows downhill, mov- 
ing down valleys and off ridges. Frequently it will cool 
and solidify in the valleys, forming a rock that is very 
resistant to weathering and erosion. As time passes, 
the surrounding softer rocks may be eroded away, 
leaving the lava flows at a higher elevation, protecting 
the rock beneath them from erosion. In this way so- 
called inverted topography is developed, where those 
areas which were lowest become the most elevated. 


Faults and earthquakes 


As tectonic plates move, bending and twisting 
within them produces fractures called faults. Where 
these reach the surface they can produce scarps— 
sharp changes in elevation—if movement on the fault 
had a vertical component. Scarps can be very small, or 
the size of mountain ranges. If a typical mountain 
range is cut by a fault with large vertical movement, 
many ridges may be beveled off along the same plane, 
giving rise to what is often called a faceted mountain 
range. One classic example is the Grand Teton range 
in Wyoming. 


If rocks on either side of a fault move horizontally, 
such as on the San Andreas fault, deformation of the 
rock in the vicinity of the fault may make it susceptible 
to weathering and erosion. This can result in long, 
linear valleys such as those in much of southern 
California. These valleys, if filled with water, become 
sag ponds, such as the San Andreas Lake. Dry valley 
floors are often among the flattest terrain, making 
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Langurs and leaf-monkeys 


KEY TERMS 


Deposition—Accumulation of sediments at the end 
of their transport by erosion. 


Erosion—Movement of material caused by the flow 
of ice, water, or air, and the modification of the 
surface of Earth (by forming or deepening valleys, 
for example) produced by such transport. 


Fault—A fracture in Earth’s crust accompanied by a 
displacement of one side relative to the other. 


Joint—A fracture in bedrock across which there has 
not been significant displacement, but that forms as 
a result of extensional stresses. 


Weathering—Biological, chemical, and mechani- 
cal attack on rock which breaks it up and alters it at 
or near the surface of Earth. 


them prime locations for building municipal facilities. 
As the reason for their existence has become under- 
stood, however, the wisdom of such construction has 
been called into question. 


Joint sets 


Sometimes sets of fractures develop where the sur- 
face of Earth is stretched. Such fractures have no dis- 
placement parallel to the fracture, as do faults, and are 
called joints. Weathering, particularly in arid regions, 
may exploit these joints, leaving a series of vertical slabs 
of rock. Continued weathering of these slabs can result 
in the formation of arches, such as those at Arches 
National Park, in Utah. 


Tectonic control of landforms 


In addition to producing its own distinctive land- 
forms, deformation of Earth’s crust is influential in 
controlling what landforms result from differential 
weathering and erosion. During mountain building 
episodes, large volumes of rock are compressed, 
folded into complex three-dimensional forms, and 
sometimes metamorphosed under intense heat and 
pressure into different kinds of rocks. Later, when 
these folded layers are exposed to the agents of weath- 
ering and erosion, the more resistant units become 
ridges that outline the folds. Often resistant units 
offer better protection at the bottom of the fold than 
they do at the top, resulting in landforms with higher 
elevations over what were the troughs in the folds, and 
lower elevations over what were the crests. Much of 
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the valley and ridge areas of Pennsylvania and adja- 
cent states have this kind of landform. 


See also Karst topography; Topology. 
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l Langurs and leaf-monkeys 


Langurs and leaf-monkeys belong to the subfamily 
Colobinae of the primate family Cercopitecidae. These 
Asian species of colobine monkeys are classified in 
seven genera (Semnopithecus, Presbytis, Trachypithe- 
cus, Pygathrix, Rhinopithecus, Simias, and Nasalis) 
and 44 species. Many species are distinguished by 
their vocalizations and the color of their fur, which 
ranges from a silver-gray in the common or Hanuman 
langur (Semnopithecus entellus) to the glossy black fur 
of the ebony leaf-monkey (S. auratus) from Vietnam 
and Indonesia, a glistening orange coloration and black 
face in the golden leaf-monkey (S. gee), and a ruby face 
in the elegantly patterned purple-faced leaf-monkey 
(S. vetulus) of Sri Lanka, which has a brownish coat 
and a distinct white-yellow throat patch. Many species 
have raised brow crests, which are used to express 
messages such as anger or pleasure to other members 
of the same species. Species of so-called “odd-nosed 
leaf-monkeys” (Nasalis, Pygathrix, Simias, and Rhino- 
pithecus) are characterized by special modifications of 
the nose. The proboscis monkey (N. /arvatus) is an 
unmistakable representative of this group. 


These monkeys are extremely agile animals with 
long limbs and tails, which are not prehensile like 
those of South American monkeys. Most species 
measure from 16-32 in (40-80 cm), with a tail length 
that can reach up to 43 in (108 cm) in the Hanuman 
langur. Body weight ranges from 11-53 Ib (5-24 kg), 
with most species weighing around 13-18 Ib (6-8 kg). 
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A spectacled langur (Trachypithecus obscurus) nursing her 
young. (Tom McHugh. The National Audubon Society Collection/ 
Photo Researchers, Inc.) 


They are mostly arboreal, leaf-eating species, but some 
may spend a lot of time foraging on the ground. Most 
of these monkeys, however, are opportunistic feeders 
and will consume insects, fungi, and fruit when the 
opportunity arises. Many species also eat small 
amounts of soil—probably for its mineral content. 
Some species, such as the Hanuman langur eat sap 
and gum and even large quantities of certain fruit 
with high strychnine content that could kill other 
species. 


Leaf-monkeys have large stomachs that are div- 
ided into a number of sacs, like those of ruminants 
such as cattle and deer. The upper section is larger 
than, and separated from, the lower, more acidic, 
section. The upper part is where the fermentation 
of green foliage takes place with assistance from anae- 
robicbacteria. These bacteria allow the monkeys to 
break down cellulose (a major component of all 
leaves) and overcome the many toxins in the leaves, 
enabling them to feed from a wide range of trees, many 
of which are inedible to other monkeys. This not only 
enables leaf-monkeys to feed off a wider selection of 
food items than other monkeys, but also guarantees 
them a more efficient digestion of low-quality leaves 
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than any other primate. The slow fermentation and 
digestive processes also allow for a higher absorption 
rate of materials as they pass through the intestines. 


The social behavior of langurs and leaf-moneys 
varies considerably according to species as well as to 
age, sex, and ecological conditions. In Hanuman lan- 
gurs for example, one of the best-studied species, each 
troop has its leaders and subordinate animals, but the 
roles are often not clearly defined. Most breeding 
groups consist of a single adult male. The core of the 
troop, which may number up to 70 animals, is com- 
posed of many related adult females. Females rarely 
leave the troop. Males, in contrast, leave shortly 
before they reach sexual maturity, at about three 
years of age—before they are able to threaten the 
dominant male of the troop and/or mate with females 
within their natal troop. Solitary males usually join 
bands of other nomadic males and may wander over 
large areas each year in search of breeding females and 
the opportunity to establish their own troops. 
Nomadic males therefore pose a constant threat to 
the dominant male: aggressive encounters and chases 
are common in such attempts to take over a territory 
and breeding females. If an intruding male is success- 
ful in his bid, the former leader will be evicted and the 
newcomer then takes over the troop and breeds with 
the females. Often such males will kill any young off- 
spring sired by the former male, and by doing so, the 
females will come into breeding condition again rela- 
tively quickly and allow this new male to increase his 
breeding potential. 


Not all langur or leaf-monkey troops are as large 
as those of the Hanuman langur. Troop size in the 
purple-faced, hooded-black (S. johnii) and capped 
(S. pileatus) leaf-monkeys, for example, is often just 
six to nine animals, while most other species have a 
range of 10-18 individuals. In addition to size, the 
composition and role of troop members also varies 
considerably. Some species may have more than one 
breeding male in the troop and, in the case of territo- 
rial species, the role of defending the home range may 
fall primarily to adult males or to all members of the 
troop. The size of individual territories varies enor- 
mously according to local habitat and food condi- 
tions, as well as the size of the troop. Large troops of 
Hanuman langurs, for example, may have a home 
range of more than 2,400 acres (1,000 ha), but this is 
an extreme case. More often, leaf-monkeys and lan- 
gurs occupy home ranges from 25 to 50 acres (10-200 
ha), of which only part may be actively defended from 
other monkeys. 


Young langurs learn to recognize their own moth- 
ers shortly after birth, which is important in a society 
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where many curious arms reach out to touch and hold 
a newborn infant. Although the mother tries to remain 
apart from the rest of the troop with her infant, young 
monkeys will be given to temporary female babysitters 
to hold and groom. Mothers may even suckle off- 
spring that are not their own. When they are weaned, 
young langurs usually retain some association with 
their mothers, even though she may by now have addi- 
tional offspring. Young females, in particular, often 
assist the mother with bringing up her young. 


Although langurs and leaf-monkeys are all versa- 
tile animals and display a wide range of feeding habits, 
the populations of many species have been seriously 
reduced in recent decades as a result of habitat loss 
and destruction. Many of Southeast Asia’s tropical 
forests have been seriously affected by logging and 
subsequent clearance by agricultural settlers. Newly 
built logging roads have opened up the interior of 
many forests, allowing greater access to remote regions. 
As a result of new and spreading settlements along 
these roads, hunting wild animals for food and their 
glossy fur, particularly vocal and visible species such as 
leaf-monkeys and langurs, has increased significantly in 
some areas. Some species, such as the Hanuman langur, 
are pests on agricultural crops when the crops have 
been planted up to the forest fringes. Although this 
species is considered sacred by Hindus in part of its 
range, this does not prevent its destruction in others. 


See also Rumination. 


[ Lantern fish 


Light plays a vital role in the life of all oceans. At 
the simplest level, it provides one of the basic require- 
ments for photosynthesis and promotes development of 
a food chain. Some species of fish that live in the darker 
reaches of the oceans also rely on light for survival. 
Some of these species, such as lantern fish, have even 
developed their own artificial means of generating light. 


Lantern fish are so called on account of the special 
light-producing organs that are found in their skin. 
Each light organ, known as a photophore, is con- 
nected to the animal’s nervous system which, perhaps 
together with some form of hormonal control, dictates 
the flashing sequence of these organs. In addition to a 
series of rows of light-producing organs along their 
sides (the pattern and number of which varies accord- 
ing to species), some lantern fish, such as those of the 
genus Diaphus, also have larger organs both in front of 
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and underneath the eyes, rather like a miner’s lamp. 
The former organs give off a twinkling effect as the 
animals swim, while the latter are far more powerful, 
effectively lighting up the area immediately ahead of 
the fish. Some species even have light organs on their 
tails; the purpose of these is probably to act as false 
lures to potential predators. The eyes themselves are 
large with large lenses and pupils and highly sensitive 
retinas, suggesting that vision is an important sense for 
these species. 


Lantern fish (family Myctophidae) are one of the 
most important groups of midwater fishes, with some 
230-250 species known. Most are small fish, measuring 
from 0.8-10.4 in (2-15 cm) in length. They are com- 
monly found in large schools. Living at depths of 
655-3,280 ft (200-1,000 m), these species undergo 
nightly migrations to the surface to feed, descending 
once again to the depths during the day. One explan- 
ation for this behavior is that vast quantities of tiny 
plankton rise to the surface of the ocean at night; 
species that feed on this rich food source, such as the 
lantern fish, therefore gain from having a condensed 
source of food at such times. Lantern fish also take 
advantage of the fact that they are not alone in harvest- 
ing the plankton; other small species such as amphipods 
and krill are also consumed at such times. By retreating 
to the gloomy depths during the day, they may also 
reduce the risk of predation from larger species. 


The lantern fish is able to control the intensity and 
frequency of its flashing lights, and it is likely that the 
intermittent flashing serves a dual purpose. Many 
smaller organisms such as krill and copepods are 
attracted to sources of light and, by responding to 
the flashes of a lantern fish, unwittingly offer them- 
selves as a meal. Recognition and warning are two 
other possible functions of the flashing lights. Light- 
producing organs are commonly found in species 
inhabiting the darkest regions of the sea, where the 
dark water can present a problem when trying to find a 
mate. By detecting and responding to a certain fixed 
frequency of light flashes, however, a lantern fish may 
find a mate more easily. 


| Lanthanides 


The lanthanides are a series of 14 metallic ele- 
ments that appear at the bottom of the periodic 
table. Lanthanum, the element preceding the lantha- 
nides in the periodic table, is usually also included in a 
discussion of the lanthanides since all 15 elements have 
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very similar properties. When first discovered and 
isolated, the lanthanides were called the rare earth 
elements. Many uses have been found for these ele- 
ments and their compounds despite their expense. 


Discovery of the lanthanides 


Although once called the rare earths, most lantha- 
nides are not particularly rare in Earth’s crust. Today, 
with the exception of promethium, the lanthanides are 
known to have abundances comparable to many other 
elements. The 15 elements, together with their chem- 
ical symbols, are lanthanum (La), cerium (Ce), pra- 
seodymium (Pr), neodymium (Nd), promethium (Pm), 
samarium (Sm), europium (Eu), gadolinium (Gd), 
terbium (Tb), dysprosium (Dy), holmium (Ho), 
erbium (Er), thulium (Tm), ytterbium (Yb), and lute- 
tium (Lu). Thulium, one of the scarcest lanthanides, 
has an abundance in Earth’s crust of 0.2 parts per 
million (ppm), and is more abundant than arsenic or 
mercury. The most abundant is cerium (46 ppm), 
which is more abundant than tin. Promethium, 
which is radioactive, is found only in trace amounts 
in uranium ores. Small amounts have been isolated 
from the spent fuel of nuclear reactors. The lanthanide 
elements, cerium through lutetium, have correspond- 
ing atomic numbers of 58 through 71. 


The discovery of the lanthanides spanned more 
than a century of work, beginning in the late 1700s. In 
1794, Finnish chemist Johan Gadolin (1760-1852) 
studied ytterbia, which he believed was a new element. 
More than a decade later, English chemist Sir 
Humphry Davy (1778-1829) showed that ytterbia 
was a compound, composed of oxygen and a metal, 
rather than an element. Because many of the lantha- 
nides occur together in the same minerals, and due to 
their similar properties, separation of the lanthanides 
proved a challenge to nineteenth century chemists. 
This often led to confusion, since it was difficult to 
distinguish one element from another or from its min- 
eral precursor. The mid-nineteenth century invention 
of the spectroscope, an instrument that measures light 
emission and absorption from heated substances, 
assisted with unraveling lanthanide identification. 
With this instrument it is possible to analyze light 
from the sun and the stars, and chemists now know 
that lanthanides are present in other parts of our solar 
system and even beyond it. 


Properties of the lanthanides 


Like many metals, the lanthanides have a bright 
silvery appearance. Five of the elements (La, Ce, Pr, 
Nd, and Eu) are very reactive and when exposed to air 
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react with oxygen to form an oxide coating that tarn- 
ishes the surface. For this reason, these metals are 
stored under mineral oil. The remainder of the lantha- 
nides are not as reactive, and some (Gd and Lu) retain 
their silvery metallic appearance for a long time. When 
contaminated with nonmetals, such as oxygen or 
nitrogen, the lanthanides become brittle. They will 
also corrode more easily if contaminated with other 
metals, such as calcium. Their melting points, which 
range from about 1,506.2°F (819°C) (Yb) to about 
3,025.4°F (1,663°C) (Lu), are also sensitive to contam- 
ination. The lanthanides form alloys with many other 
metals, and these alloys exhibit a wide range of phys- 
ical properties. 


The lanthanides react slowly with cold water (more 
rapidly with hot water) to form hydrogen gas, and 
readily burn in air to form oxides. Oxides are substan- 
ces in which a metal and oxygen have chemically com- 
bined to form a compound. For example, samarium 
and oxygen combine to form the compound samarium 
oxide. Yttrium has a natural protective oxide coating, 
making it much more resistant. The lanthanides form 
compounds with many nonmetals, such as hydrogen, 
fluorine, phosphorous, sulfur, and chlorine, and heat- 
ing may be required to induce these reactions. 


The arrangement of electrons in an atom (the 
electron configuration) influences the atom’s reactiv- 
ity with other substances. In particular, it is the outer 
or valence electrons-those furthest away from the cen- 
ter of the atom-that are most involved in reactions 
since these are exposed to the surrounding environ- 
ment. All the lanthanides, from cerium to lutetium, 
have a similar arrangement of their outer electrons. 
This explains why they are all found in nature together 
and why they all react similarly. When they react with 
other elements to form compounds, most lanthanides 
lose three of their outer electrons to form tripositive 
ions. For most compounds of the lanthanides, this is 
the most stable ion. Some lanthanides form ions with a 
positive two or four charge, but these are usually not 
as stable. A comparison of the sizes of the lanthanide 
atoms, and their ions, reveals a progressive decrease in 
going from lanthanum to lutetium and is referred to as 
the lanthanide contraction. Compounds containing 
positive and negative ions are called ionic compounds. 
Most ionic lanthanide compounds are soluble in 
water. Compounds of lanthanides with the element 
fluorine (lanthanide fluorides), however, are insoluble. 
Adding fluoride ions to a solution of tripositive lan- 
thanide ions can generally be used as a characteristic 
test for the presence of the lanthanides. Likewise, 
lanthanide oxalates (oxalate is the negative ion 
C,04<- > -2) have low solubility. 
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Isolation and production 


The lanthanides occur naturally in many minerals 
but are most concentrated in monazite, a heavy dark 
sand, found in Brazil, India, Australia, South Africa, 
and the United States. The composition of monazite 
varies depending on its location, but generally con- 
tains about 50% of lanthanide compounds by weight. 
Like any group of elements that have similar proper- 
ties and that occur in nature together, the separation 
and purification of the lanthanides requires consider- 
able effort. Consequently, commercial production of 
the lanthanides tends to be expensive. 


To separate the lanthanides from other elements 
occurring with them, they are chemically combined 
with specific substances to form lanthanide com- 
pounds with low solubility (oxalates and fluorides, 
for example). A process known as ion exchange is 
then used to separate the lanthanides from each 
other. In this process, a solution of the lanthanides in 
ionic, soluble form is passed down a long column 
containing a resin. The lanthanide ions “stick” to the 
resin with various strengths based on their ion size. 
The lanthanum ion, being smallest, binds most tightly 
to the resin, whereas the largest ion, lutetium, binds 
the weakest. The lanthanides are then washed out of 
the ion exchange column with various solutions, 
emerging one at a time, and so are separated. Each is 
then mixed with acid, precipitated as the oxalate com- 
pound, and then heated to form the oxide. A number 
of methods have been used to obtain the lanthanides in 
metallic form. For example, the oxides can be con- 
verted to fluorides or chlorides which are then reduced 
with calcium to metallic form. 


Uses of lanthanides 


Although the lanthanide elements, alloys, and 
compounds have many uses, less expensive alterna- 
tives functioning just as efficiently are used where 
possible. But despite their cost, the unique properties 
of the lanthanides do sometimes favor their use over 
cheaper substances, and millions of tons of lantha- 
nides, in metallic, alloy, and compound form, are 
produced annually. One of the earliest uses involved 
an alloy of cerium and iron, called Auer metal, which 
produced a brilliant spark when struck. This has been 
widely used as a flint in cigarette and gas lighters. Auer 
metal is one of a series of mixed lanthanide alloys 
called misch metals that have a variety of metallurgical 
applications. These alloys are composed of varying 
amounts of the lanthanide metals, mostly cerium and 
smaller amounts of others such as lanthanum, neo- 
dymium, and praseodymium. They have been used to 
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impart strength, hardness, and inertness to structural 
materials. They have also been used to remove oxygen 
and sulfur impurities from systems. 


As catalysts (substances that speed up chemical 
reactions), the lanthanides are widely used in the oil 
refining industry since they speed up the conversion of 
crude petroleum into widely used consumer products 
such as gasoline. The color television industry also 
makes extensive use of europium and yttrium oxides 
to produce the red colors on television screens. Other 
lanthanide compounds are used in streetlights, search- 
lights, and in the high-intensity lighting in sports sta- 
diums. The ceramics industry uses lanthanide oxides 
to color ceramics and glasses. Optical lenses made with 
lanthanum oxide are used in cameras and binoculars. 
Others (Pr and Nd) are used in glass, such as in tele- 
vision screens, to reduce glare. Cerium oxide has been 
used to polish glass. The lanthanides have a variety of 
nuclear applications. Because they absorb neutrons, 
they have been used in control rods used to regulate 
nuclear reactors. They have also been used as shielding 
materials, and as structural components in reactors. 
Some lanthanides have unusual magnetic properties. 
For instance, cobalt-samarium magnets are very 
strong permanent magnets. 


Lanthanide 


Lanthanum—which is used in various types of 
optical glass—is the third element in Row 6 of the 
periodic table. Lanthanum’s atomic number is 57, 
its atomic mass is 138.9055, and its chemical symbol 
is La. 


Credit for the discovery of lanthanum is usually 
given to Swedish chemist Carl Gustav Mosander 
(1797-1858). Mosander was very much interested in 
an unusual black rock found near the town of Bastnas, 
Sweden, in the 1830s. Over the next 60 years, chemists 
discovered seven new elements in that rock, one of 
them being lanthanum, discovered in 1839. The ele- 
ment was named after the Greek word J/anthanein, 
meaning to hide. 


Lanthanum is a white metal that is both ductile 
and malleable. It is relatively soft and can be cut with a 
sharp knife. The element’s melting point is about 
1,688°F (920°C), its boiling point is approximately 
6,267° F (3,464°C), and its density is about 3.55 ounces 
per cubic inch (6.15 grams per cubic centimeter). It is a 
solid at room temperature. Lanthanum is chemically 
very active, reacting with both cold water and most 
acids. It also reacts with oxygen in moist air. 


See also Element, chemical. 
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| Larks 


Larks are 78 species of small, terrestrial songbirds 
that make up the family Alaudidae. Larks breed on all 
of the continents except Antarctica. Their usual hab- 
itats are all open areas and typically include prairies, 
savannas, alpine and arctic tundras, heathlands, and 
some types of agricultural fields. 


Larks have long, pointed wings, a notched tail, 
and rather long legs and toes, with the hind, back- 
ward-pointing toe having an unusually long claw. 
The beak is rather small and pointed. The colors of 
larks are rather cryptic, usually involving brownish 
hues, often with streaky patterns, and sometimes 
with black and yellow markings. The sexes are similar 
in size and coloration. 


Larks feed on a variety of insects and other inver- 
tebrates and on plant seeds. Many species migrate to 
warmer climates during their non-breeding season, 
and they often occur in flocks at that time. 


Male larks are pleasing, melodious singers, often 
performing that activity while flying or hovering in the 
air. Larks lay two to six eggs in a cup-shaped nest woven 
of grass fibers and located on the ground, usually beside 
a sheltering, grassy tussock or rock. The female incu- 
bates the eggs, and her mate feeds her on the nest. Both 
parents share in the rearing of their young. 


The only species native to North America is the 
horned lark (Eremophila alpestris), which breeds in 
open habitats over much of the continent and south 
into Central America. This species winters in the 
southern parts of its breeding range. 
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In addition, a small population of skylarks 
(Alauda arvensis), a species native to Eurasia and 
Africa, has been introduced to southern Vancouver 
Island. This bird was introduced by European immi- 
grants, who longed for the beautiful, warbling, song- 
flights of skylarks, so familiar in their memories of the 
European countryside. Unlike other birds introduced 
for this sort of reason, such as the starling and house 
sparrow, the skylark did not become an invasive pest. 


Many other species of larks occur in Eurasia, 
Australasia, and especially Africa, where 80% of the 
species occur. The largest genus is that of the bush 
larks (Mirafra spp.), with 23 species. The singing 
bush lark (M. javanica) is very widespread, occurring 
in savannas and grasslands from East Africa, across 
Asia, through Southeast Asia, to Australia. The larg- 
est species is the 9 in (23 cm) hoopoe lark (A/aemon 
alaudipes), which occurs in deserts of North Africa 
and Central Asia. 


I Laryngitis 


Laryngitis is an inflammation of the larynx. 
Located at the upper end of the trachea, or windpipe, 
the larynx contains the vocal chords that are used to 
form sounds. Because the larynx plays such an impor- 
tant role in speech, it is sometimes called the voice box. 
When the larynx becomes inflamed in laryngitis, it 
swells and reddens. The major symptom of laryngitis 
is hoarseness. Other symptoms include cough, a 
sore throat, and noisy breathing. Since laryngitis is 
so common—many people do not even see a medical 
doctor—the statistics on its overall frequency is diffi- 
cult to calculate. However, it is known that laryngitis 
is most common in people from 18 to 40 years of 
age. It is less common, but still occurs, in infants, 
people from 3 to 18 years of age, and those over 40 
years of age. 


Laryngitis can be caused by infections of the 
upper respiratory tract, and is either acute or chronic. 
Acute infectious laryngitis strikes quickly and lasts a 
short time. The laryngitis that accompanies the com- 
mon cold, the flu, or a bacterial infection as in strep 
throat, are all examples of acute laryngitis. Chronic 
infectious laryngitis is more serious and long lasting. 
Chronic infectious laryngitis can result from infection 
by the tuberculosis bacterium or by various yeasts or 
other fungi. 


Although it is relatively rare, one form of acute 
infectious laryngitis can be fatal. The cause of this 
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deadly laryngitis is a bacterium called Haemophilius 
influensae. In this infection, the larynx and the tissues 
surrounding it swell to such a degree that the windpipe 
becomes blocked. If untreated, the affected person can 
suffocate. This infection is extremely dangerous 
because the symptoms progress quickly, especially in 
children. A child with a cold or flu that leads to lar- 
yngitis should be watched carefully for signs of 
obstructed breathing. 


Laryngitis can result from causes other than infec- 
tions. Raising the voice for long periods of time has 
been known to cause laryngitis. Smoking has been 
linked to chronic laryngitis. A condition called gastro- 
intestinal reflux can also lead to chronic laryngitis. In 
this condition, stomach acid is forced upward, 
refluxed, into the esophagus or food tube. If this acid 
is forced high enough, it can spill over into the wind- 
pipe, which can irritate the larynx and eventually 
cause laryngitis. Doctors treat this kind of laryngitis 
with antacids that neutralize the stomach acid. 


Most people will experience a bout of acute lar- 
yngitis over a lifetime. Whether brought on by a cold 
or flu or simply talking too much, the cure is the same: 
rest the voice and drink plenty of fluids. Gargling with 
warm saltwater can also be soothing. Sprays that 
numb the throat are not recommended because they 
tend to dry out delicate tissues. Pain relievers, such as 
acetaminophen, also help, along with the use of vapor- 
izers to create moist air 


Alternative treatments include  decoctions 
(extracts made by boiling an herb in water) or infu- 
sions (extracts made by steeping an herb in boiling 
water) can be made with red sage and yarrow or with 
licorice. These are used for gargling, and are said to 
reduce pain. Echinacea tincture taken in water every 
hour for 48 hours is recommended to boost the 
immune system. Antiviral herbs, including lomatium 
and ligusticum, may help hasten recovery from laryng- 
itis. Some people may get relief from placing cold 
compresses on the throat. Most patients recover 
from laryngitis within a week. 


A person can prevent laryngitis in the same way as 
any common cold, by washing hands often, avoiding 
touching the face and nose as much as possible, and 
by disinfecting household surfaces commonly touched 
by others such as door handles and telephone receivers. 
However, even with relatively good hygiene practices, 
most people will get about five to six colds per year, 
which makes it likely that a person may occasionally 
get laryngitis. 
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| Laser 


The laser is a device that uses the principle of 
stimulated emission to produce light. The qualities of 
the light generated by a laser are significantly different 
from that generated by a conventional source such as 
an incandescent light bulb or fluorescent light tube. 
These major differences include: 


- Divergence: the laser generally emits a pencil thin 
beam of light whose divergent angle is closely related 
to the wavelength and limiting aperture size. 


- Bandwidth: the light emitted by the laser generally 
consists of a very narrow range of wavelengths, or 
color. 


- Intensity: the output from a laser is typically orders 
of magnitude higher in intensity (measured in watts 
per square meter) than a conventional light source. 


- Coherence; the output from a laser is generally 
coherent; that is, the peaks and troughs of the light 
waves all correspond, allowing the light to form clear 
interference patterns. 


Background and history 


In the 1950s, there was a push by scientists to 
develop sources of coherent electromagnetic radia- 
tion at wavelengths shorter than vacuum tubes could 
provide. Charles Townes and co-workers at Columbia 
University, New York, developed the ammonia maser 
(microwave amplification by stimulated emission of 
radiation) in 1954, a device which produced coherent 
microwaves. In 1958, Townes and Art Schawlow pub- 
lished the principles of a maser operating in the visible 
region of the electromagnetic spectrum. The first 
successful demonstration of a laser followed in 1960 
by Theodore Maiman of Hughes Laboratories, who 
operated a pulsed ruby laser that generated several 
kilowatts of optical power. 


In the following few years, several different laser 
systems were demonstrated in gases (helium neon 
mixture, carbon dioxide, argon, krypton) and solids 
(uranium, samarium, neodymium, nickel, cobalt, and 
vanadium ions implanted in electrically insulating 
crystalline hosts). Since that time, laser action has 
been demonstrated in many different materials, 
involving all four states of matter (solid, liquid, gas, 
and plasma), covering the range of wavelengths from x 
rays to submillimeter waves. Only a few types of laser 
find widespread use because of issues such as effi- 
ciency, ease of use, reliability, and cost. 
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Scientist working with laser device. (© U.S. Department of Education, The National Audubon Society Collection/Photo Researchers, Inc.) 


How it works 


The laser consists of the following components: 
the pump, which is the source of energy to drive the 
laser, the active medium, which is where the stored 
energy is converted into the laser light through the 
process of stimulated emission, the optical cavity, 
which is usually made up of a pair of mirrors, one 
whose reflectivity at the wavelength of the laser is as 
close to 100% as possible and the other with a reflec- 
tivity less than 100%, through which the output beam 
propagates. 


Stimulated emission 


Stimulated emission is a process similar to absorp- 
tion, but operates in the opposite direction. In absorp- 
tion, an incoming photon is absorbed by an atom, 
leaving the atom in an excited state and annihilating 
the photon in the process. In stimulated emission, an 
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incoming photon stimulates an excited atom to give up 
its stored energy in the form of a photon that is iden- 
tical in wavelength, direction, polarization, and phase 
to the stimulus photon. If the excited atom is unable to 
produce a photon that matches the incoming photon, 
then stimulated emission cannot take place. 


For laser action to occur, a majority of the atoms 
in the active medium must be excited into an energetic 
state, creating a population inversion of energized 
atoms ready to emit light. This is generally accom- 
plished by pumping the atoms optically or electrically. 
As a photon passes through the collection of excited 
atoms, it can stimulate the generation of many trillions 
of photons, or more, creating an avalanche of light. 
The active medium can thus be regarded as an ampli- 
fier that takes in a small signal (one photon, for exam- 
ple) and delivers a large signal (many photons, all 
identical to the first) at the output. This amplification, 
or gain, is provided by stimulated emission; hence the 


2457 


v4 


Laser 


term laser, which is actually an acronym for light 
amplification by stimulated emission of radiation. 


To illustrate laser operation, consider the well- 
known helium neon (HeNe) laser, once a staple of 
supermarket scanners. The active medium is a mixture 
of helium and neon gases, enclosed in a glass tube a 
few inches long, with an electrode and a mirror at each 
end. The atoms in the gas mixture are excited, or 
pumped, by an electrical discharge that runs through 
the gas, in much the same way that a neon sign is lit. 
The conditions in the HeNe laser have been optimized 
so that the maximum number of neon atoms are in the 
correct state to emit light at the familiar red wave- 
length, 633 nm (nanometers). 


Oscillation 


Stimulated emission alone is not sufficient to pro- 
duce laser output. The emission from the atoms occurs 
in all directions; to produce the highly directional out- 
put that makes the laser such a useful tool, the light 
must be trapped in an optical cavity that provides 
feedback, 1.e., forces the light to travel in a desired 
direction. An optical cavity is free conduction band 
electrons recombine with holes in the valence band, 
emitting photons equal in energy to the band gap of 
the semiconductor. The only suitable semiconductors 
are the so-called direct gap materials, such as gallium 
arsenide and indium phosphide. By using alloys of 
different compositions, the laser band-gap can be engi- 
neered to produce light over a wide range of wave- 
lengths (426 to 1,550 nm). Silicon, having an indirect 
gap, 1s not suitable for diode lasers. 


Diode lasers are typically very small (the laser 
chip, with wires running into it, is mounted on a 
copper block only 6 mm wide). The cavity is formed 
by cleaved crystal facets that act as mirrors. The cavity 
length is typically between 100 microns and | mm, and 
the emitting volume has a cross-section of about 
1 micron high by 1 to 200 microns wide. A diode 
laser can produce power in the range 1 mW to | W, 
depending on the size of the active volume. Standard 
semiconductor processing techniques can be used to 
form arrays of individual lasers in order to generate 
higher powers: an array with an emitting area of 1 cm 
x 1cm can produce several kW of optical power. 


Solid state lasers 


Although the first laser demonstrated was a solid 
state ruby laser, for many years the most common 
commercial systems were gas lasers such as helium 
neon lasers and argon ion lasers, or lasers based on 
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organic dyes. Helium neon lasers were frequently lim- 
ited in output power, argon ion lasers required expen- 
sive, sophisticated power supplies and cooling sources, 
and the dyes used in dye lasers were messy and often 
toxic. In the past decade, solid state lasers and diode 
lasers have become the dominant players in the com- 
mercial marketplace. 


In a solid state laser, the active species is distrib- 
uted throughout a solid, usually crystalline, material, 
although glass can also be used as a host. The lasers 
are robust and frequently tunable, though heat dissi- 
pation can sometimes be an issue. Certain types of 
solid state crystals, for example neodymium-doped 
yttriumaluminum garnet (Nd:YAG), can be pumped 
by diode lasers instead of by other lasers or by flash- 
lamps, which is often the case for other materials. Such 
diode-pumped, solid state systems are reliable, eco- 
nomical, compact, and easy to operate—in fact, many 
commercial systems are turnkey, needing only to be 
plugged in and turned on to operate. 


Solid state lasers are available from mid-infrared 
to ultraviolet wavelengths, and at a variety of output 
powers. Many solid-state lasers are tunable, providing 
output across a range of wavelengths. Some of the 
most sophisticated laser systems developed are solid- 
state-based, including ultrafast systems that produce 
light pulses just 6 femtoseconds (10°'> seconds) long, 
and are used to study molecular dynamics. Other uses 
for solid state lasers include medical applications, 
materials processing, and remote sensing. 


Gas lasers 


Another common laser class is that of gas lasers, 
which includes helium neon (HeNe) lasers, carbon 
dioxide (COz) lasers, nitrogen lasers, and so on. The 
helium neon laser, widely used until the advent of the 
diode laser, was one of the first types developed and 
commercialized. As described above, it is a discharge- 
pumped gas laser, which generally produces an output 
measuring a few mW in power. 


Like the HeNe laser, the CO; laser is a gas laser 
powered by an electrical discharge. However, the pho- 
ton generated by stimulated emission arises from a 
vibrational transition within the molecule, rather 
than an electronic transition within an atom. As a 
result, the photon energy is much less than the laser 
systems described so far, and the wavelength is corre- 
spondingly longer at 10.6 2m. The CO laser is one of 
the most efficient laser sources, having an efficiency in 
excess of 10%. Since the gas can flow through the 
discharge tube, the gas can easily take away excess 
heat and the laser can be cooled very effectively; this 
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allows the CO; laser to operate at high average powers 
up to around 10 kW. 


Applications 


When it was first invented, the laser was called “a 
solution looking for a problem” because few good 
applications could be found for it. This is no longer 
the case, and the laser has found its way into many 
uses in every day life. In 2004, according to Laser 
Focus World, about 131,000 lasers (excluding diode 
lasers) were sold in the world, with about 733 million 
diode lasers sold. The major application areas for the 
laser are in communications, materials processing, 
optical data storage, surgery, defense, and scientific 
research. 


Communications (diode lasers) 


A pulsed infrared laser beam traveling down a 
single strand of optical fiber can carry thousands of 
times the information that can be carried by an elec- 
trical signal over copper wire. Not only can a single 
optical signal travel more rapidly than an electrical 
signal, but also optical signals of different wave- 
lengths, or colors, can travel down a fiber simultane- 
ously, and without interfering. This technique is 
known as wavelength division multiplexing (WDM). 
Using WDM, the capacity of an optical network can 
be increased by a factor number of wavelengths, or 
channels used—if two channels are used, the network 
capacity doubles, without the need for an additional 
fiber; if four channels are used, the network capacity 
quadruples. To offer an analogy, a WDM network is 
like a high-speed superhighway compared to the one- 
lane country road that is copper wire. 


Low-loss optical fiber is lighter, more compact, 
and less expensive than the more traditional copper 
wire. Transcontinental and transoceanic optical fiber 
systems installed for telephone systems use directly 
modulated diode lasers operating at 1550 nm to gen- 
erate the signals. Because even optical fiber generates 
some loss, the signals must be amplified periodically 
by repeaters, which also use laser technology. In the 
repeaters, a piece of optical fiber doped with erbium is 
pumped by a diode laser to optically amplify the orig- 
inal signal, which is launched back into the fiber link 
to continue its journey. 


Materials processing (CO, and Nd:YAG) 


Since a laser beam can be focused down to a very 
small spot of light that can be absorbed very well at the 
surface of a material (be it metal, plastic, textile, etc.), 
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the material can reach very high temperatures up to 
9,032°F (5,000°C) and melt or even vaporize. In fac- 
tories, laser systems are used to measure parts, inspect 
them for quality, and label, cut, weld, or resurface 
materials ranging from plastic film to sheet steel a 
quarter of an inch thick. 


Lasers form the basis of precision-measuring tools 
called interferometers that can measure distances less 
than 1/100th the thickness of a human hair, and are as 
useful on construction sites as in laboratories. Such 
instruments can be scanned over objects to create 
images, and are used on highways to identify vehicles 
automatically, or on NASA spacecraft to map the sur- 
face of the moon and asteroids, for instance. In semi- 
conductor manufacturing, ultraviolet lasers provide the 
exposure source for optical lithography, a technique 
used to produce computer chips with features as small 
as one hundred thousandth of an inch (0.25 microns). 


Optical data storage (laser diodes) 


The fact that a laser beam can be focused down to 
a very small spot has been used by the information 
industry and implemented in the form of the compact 
disc. The area needed to store a bit of information ona 
disc surface is smaller when optical reading is used 
than when magnetic reading is used. Much more infor- 
mation can be stored on a compact disc (several giga- 
bytes) than on an equivalent magnetic disc (several 
hundred megabytes). This represents a savings in 
space and cost, which has opened up new markets 
for optical data storage-music CDS, CD-ROM, and 
optical storage libraries for large computer systems. 


Surgery (Nd:YAG, CO>, holmium, erbium) 


Lasers have a variety of applications in the field of 
medicine. Using laser beams whose wavelength is 
absorbed strongly; surgeons can cut and remove tissue 
with great precision by vaporizing it, with little dam- 
age to the surrounding tissue. The systems are used in 
minimally-invasive surgical techniques such as angio- 
plasty (removing plaque from artery walls) and litho- 
tripsy (the destruction of kidney stones in the bladder), 
in which a hair-thin optical fiber feeds light into the 
body through a tiny incision; the small opening 
required for the fiber results in reduced scarring and 
shorter healing times. In a technique called photore- 
fractive keratectomy, lasers are routinely used to cor- 
rect myopia and astigmatism. Other medical 
applications include removal of birthmarks, tattoos, 
and small varicose veins from the skin; welding tissue 
and sealing blood vessels during surgery; or resurfac- 
ing skin to minimize wrinkles or sun damage. 
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KEY TERMS 


Absorption—The destruction of a photon when its 
energy is used by an atom to jump from a lower 
energy level to a higher level. 


Coherent light—A light beam where the phase 
difference between any two points on a line per- 
pendicular to the direction of propagation is con- 
stant with time. 


Optical cavity—An optical structure formed by at 
least two mirrors in which a light beam can be 
made to circulate in such a way that it retraces the 
same path every round trip. 


Phase—The term phase is used when comparing 
two or more optical waves. If the waves are at the 
same point in their cycle at the same moment in 
time, they are said to be in phase. 


Photon—The particle associated with light. A pho- 
ton is emitted by an atom when the atom undergoes 
a shift in internal energy from a high state to a lower 
state: the excess energy is carried off by the photon. 


Stimulated emission—A process of emitting light in 
which one photon stimulates the generation of a 
second photon which is identical in all respects to 
the first. 


Cutting-edge researchers are using visible and 
infrared lasers to increase blood flow to oxygen- 
starved regions of the heart, to visually detect cancer 
cells on the skin’s surface, or to image through the skin 
to monitor blood flow or detect cancerous regions. In 
a technique called photodynamic therapy, laser light 
activates a drug that accumulates in certain types of 
tumors, causing the drug to destroy the cancerous 
tissue. A sophisticated diagnostic technique called 
spectroscopy takes advantage of the fact that cancer- 
ous tissue reflects light differently than non-cancerous 
tissue, allowing doctors to identify skin cancer and 
cervical cancer. A laser-based optical mammography 
system is even under development. 


See also Hologram and holography; Laser surgery. 
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I Laser surgery 


Laser (light amplification by stimulated emission 
of radiation) surgery uses an intensely hot, precisely 
focused beam of light to remove or vaporize tissue and 
control bleeding in a wide variety of non-invasive and 
minimally invasive procedures. Laser surgery is used to 
cut or destroy tissue that is abnormal or diseased with- 
out harming healthy, normal tissue; shrink or destroy 
tumors and lesions, and cauterize (seal) blood vessels to 
prevent excessive bleeding. 


Precautions 


Anyone who is thinking about having laser sur- 
gery should ask his doctor to explain why laser surgery 
is likely to be more beneficial than traditional surgery 
and to describe the experience in performing the laser 
procedure the patient is considering. 


Because some lasers can temporarily or perma- 
nently discolor the skin, a dark-skinned patient should 
make sure that his surgeon has successfully performed 
laser procedures on people of color. 


Some types of laser surgery should not be per- 
formed on pregnant women or on patients with severe 
cardiopulmonary disease or other serious health 
problems. 


Description 


The first working laser was introduced in 1960. 
The device was initially used to treat diseases and 
disorders of the eye, whose transparent tissues gave 
ophthalmic surgeons a clear view of how the narrow, 
concentrated beam was being directed. Dermatologic 
surgeons also helped pioneer laser surgery, and devel- 
oped and improved upon many early techniques and 
more refined surgical procedures. 
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Lasers being used to perfom cosmetic surgery. (Will & Deni Mcintyre. National Audubon Society Collection/Photo Researchers, Inc.) 


Types of lasers 


There are three types of lasers most often used in 
medical treatment. The color of the light beam (within 
the laser) is directly related to the type of surgery 
performed (specifically, the color of the tissue 
involved). The carbon dioxide (CO3) laser is primarily 
a surgical tool. This device converts light energy to 
heat, which is strong enough to minimize bleeding 
while it cuts through or vaporizes tissue). The neo- 
dymium:yttrium-aluminum-garnet (Nd:YAG) laser 
is capable of penetrating tissue more deeply than 
other lasers. The Nd:YAG makes blood clot quickly 
and can enable surgeons to see and work on parts of 
the body that could otherwise be reached only through 
open (invasive) surgery). The argon laser provides the 
limited penetration needed for eye surgery and super- 
ficial skin disorders. In a special procedure known as 
photodynamic therapy (PDT), this laser uses light- 
sensitive dyes to shrink or dissolve tumors. 


Laser applications 
Sometimes lasers are described as scalpels of light. 


Today, lasers are used alone or with conventional 
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surgical instruments in a diverse array of procedures 
that, improve appearance, relieve pain, restore func- 
tion, and save lives. 


Laser surgery is often standard operating procedure 
for specialists in cardiology, dentistry, dermatology, gas- 
troenterology (treatment of disorders of the stomach and 
intestines), gynecology, neurosurgery, oncology (cancer 
treatment), ophthalmology (treatment of disorders of 
the eye), orthopedics (treatment of disorders of bones, 
joints, muscles, ligaments, and tendons, otolaryngology 
(treatment of disorders of the ears, nose, and throat), 
pulmonary care (treatment of disorders of the respira- 
tory system), and urology (treatment of disorders of the 
urinary tract and of the male reproductive system). 


Routine uses of lasers include erasing birthmarks, 
skin discoloration, and skin changes due to aging, and 
removing benign, precancerous, or cancerous tissues 
or tumors. Lasers are used to stop snoring, remove 
tonsils, remove or transplant hair, and relieve pain and 
restore function in patients who are too weak to 
undergo major surgery. 


Lasers are also used to treat angina (chest pain); 
cancerous or non-cancerous tumors that cannot be 
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removed or destroyed; cold and canker sores, gum 
disease, and tooth sensitivity or decay; ectopic preg- 
nancy (development of a fertilized egg outside the 
uterus); endometriosis; fibroid tumors; gallstones; 
glaucoma, mild-to-moderate nearsightedness, astig- 
matism and other conditions that impair sight; 
migraine headaches; non-cancerous enlargement of 
the prostate gland; nosebleeds; ovarian cysts; ulcers; 
varicose veins; warts; and numerous other conditions, 
diseases, and disorders. 


Advantages of laser surgery 


Often referred to as bloodless surgery, laser pro- 
cedures usually involve less bleeding than conven- 
tional surgery. The heat generated by the laser keeps 
the surgical site free of germs and reduces the risk of 
infection. Because a smaller incision is required, laser 
procedures often take less time (and cost less money) 
than traditional surgery. Sealing off blood vessels and 
nerves reduces bleeding, swelling, scarring, pain, and 
the length of the recovery period. 


Disadvantages of laser surgery 


Although many laser surgeries can be performed 
in a doctor’s office rather than in a hospital, the person 
guiding the laser must be at least as thoroughly trained 
and highly skilled as someone performing the same 
procedure in a hospital setting. Imprecisely aimed 
lasers can burn or destroy healthy tissue. 


The American Society for Laser Medicine and 
Surgery, Inc. urges that: (1) All operative areas should 
be equipped with oxygen and other drugs and equip- 
ment required for cardiopulmonary resuscitation 
(CPR). (2) Non-physicians performing laser procedures 
should be properly trained, licensed, and insured. (3) A 
qualified and experienced supervising physician should 
be able to respond to and manage unanticipated events 
or other emergencies within five minutes of the time they 
occur. (4) Emergency transportation to a hospital or 
other acute-care facility should be available whenever 
laser surgery is performed in a non-hospital setting. 


Preparation 


Because laser surgery is used to treat so many dis- 
similar conditions, the patient should ask his physician 
for detailed instructions about how to prepare for a 
specific procedure. Diet, activities, and medications 
may not have to be limited prior to surgery, but some 
procedures require a physical examination and a medical 
history that: determines the patient’s general health and 
current medical status; describes how the patient has 
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responded to other illnesses, hospital stays, and diag- 
nostic or therapeutic procedures; and clarifies what the 
patient expects the outcome of the procedure to be. 


Aftercare 


Most laser surgeries can be performed on an out- 
patient basis, and patients are usually permitted to leave 
the hospital or medical office when their vital signs have 
stabilized. A patient who has been sedated should not be 
discharged: until he/she has recovered from the anes- 
thesia and knows who and where he/she is; and unless 
the patient is accompanied by a responsible adult. 


The doctor may prescribe analgesic (pain-relieving) 
medication, and should provide easy-to-understand 
written instructions that describe how the patient’s 
recovery should progress and what to do in case com- 
plications or emergency arise. 


Risks 


Like traditional surgery, laser surgery can be com- 
plicated by: hemorrhage, infection, or perforation 
(piercing) of an organ or tissue. 


Laser surgery can also involve risks that are not 
associated with traditional surgical procedures. Being 
careless or not practicing safe surgical techniques can 
severely burn the patient’s lungs or even cause them to 
explode. Patients must wear protective eye shields 
while undergoing laser surgery on any part of the 
face near the eyes or eyelids, and the U.S. Food and 
Drug Administration (FDA) has said that both doc- 
tors and patients must use special protective eyewear 
whenever a CO; laser is used. 


Laser beams can burn or destroy healthy tissue, 
cause injuries that are painful and sometimes permanent, 
and actually compound problems they are supposed to 
solve. Errors or inaccuracies in laser surgery can worsen 
a patient’s vision, for example, and lasers can scar and 
even change the skin color of some patients. 


Normal results 


The nature and severity of the problem, the skill of 
the surgeon performing the procedure, and the patient’s 
general health and realistic expectations are among the 
factors that influence the outcome of laser surgery. 
Successful procedures can enable patients to: feel better; 
look younger; and enjoy longer, fuller, more active lives. 


A patient who is considering any kind of laser 
surgery should ask his doctor to provide detailed 
information about what the outcome of the surgery 
is expected to be, what the recovery process will 
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Argon—A colorless, odorless gas. 


Astigmatism—Irregular curvature of the cornea 
causing distorted images. 


Canker sore—A blister-like sore on the inside of the 
mouth that can be painful but is not serious. 


Carbon dioxide—A heavy, colorless gas that dis- 
solves in water. 


Cardiopulmonary _ resuscitation—An emergency 
procedure used to restore circulation and prevent 
brain death to a person who has collapsed, is uncon- 
scious, is not breathing, and has no pulse. 


Cauterize—To use heat or chemicals to stop bleed- 
ing, prevent the spread of infection, or destroy tissue. 


Cornea—tThe outer, transparent lens that covers the 
pupil of the eye and admits light. 


Endometriosis—An often painful gynecologic con- 
dition in which endometrial tissue migrates from the 
inside of the uterus to other organs inside and 
beyond the abdominal cavity. 


involve, and how long it will probably be before he/she 
regains a normal appearance and can resume his/her 
normal activities. 


Abnormal results 


A person who is considering any type of laser 
surgery should ask his/her doctor to provide specific 
and detailed information about what could go wrong 
during the procedure and what the negative impact on 
the patient’s health or appearance might be. 


Lighter or darker skin may appear, for example, 
when a laser is used to remove Sun damage or age 
spots from an olive-skinned or dark-skinned individ- 
ual. This abnormal pigmentation may or may not 
disappear in time. 


Scarring or rupturing of the cornea is uncommon, 
but laser surgery on one or both eyes can: increase 
sensitivity to light or glare; reduce night vision; per- 
manently cloud vision; or cause sharpness of vision to 
decline throughout the day. 


Signs of infection following laser surgery include: 
burning, crusting of the skin, itching, pain, scarring, 
and severe redness. 

Laser beams can burn or destroy healthy tissue, 


cause injuries that are painful and sometimes perma- 
nent, and actually compound problems they are 
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Glaucoma—A disease of the eye in which increased 
pressure within the eyeball can cause gradual loss of 
vision. 

Invasive surgery—A form of surgery that involves 
making an incision in the patient’s body and insert- 
ing instruments or other medical devices into it. 


Nearsightedness—A condition in which one or both 
eyes cannot focus normally, causing objects at a 
distance to appear blurred and indistinct. Also called 
myopia. 

Ovarian cyst—A benign or malignant growth on an 
ovary. An ovarian cyst can disappear without treat- 
ment or become extremely painful and have to be 
surgically removed. 


Vaporize—To dissolve solid material or convert it 
into smoke or gas. 


Varicose veins—Swollen, twisted veins, usually 
occurring in the legs, that occur more often in 
women than in men. 


supposed to solve. Errors or inaccuracies in laser sur- 
gery can worsen a patient’s vision, for example, and 
lasers can scar and even change the skin color of some 
patients. Laser surgery is sometimes performed under 
general anesthesia. The risks of general anesthesia 
should be discussed with the anesthesiologist before 
the surgical procedure. 


The amount of convalescence and recovery time 
will vary depending on the pre-existing health and 
condition of the patient and the type of surgery per- 
formed. The time necessary for convalescence and 
recovery can be generally determined based on these 
specific factors, and should be discussed with the med- 
ical team before the surgery. 
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Lathe see Machine tools 


f Latitude and longitude 


Latitude and longitude create a grid system for the 
unique expression of any location on Earth’s surface. 


Latitudes—also known as parallels—mark and 
measure distance north or south from the equator. 
Earth’s equator (the great circle or middle circumfer- 
ence) is designated 0° latitude. The north and south 
geographic poles, respectively, measure 90° north and 
90° south from the equator. The angle of latitude is 
determined as the angle between a transverse plane cut- 
ting through Earth’s equator and the right angle (90°) of 
the polar axis. The distance between lines of latitude 
remains constant. One degree of latitude equals 60 naut- 
ical miles (approximately 69 statute miles, or 111 km). 


Longitudes, or meridians, are great circles that run 
north and south, converging at the north and south 
geographic poles. As the designation of 0° longitude is 
arbitrary, international convention, held since the days 
of British naval superiority, establishes the 0° line of 
longitude—also known as the prime meridian—as the 
great circle that passes through the Royal Observatory in 
Greenwich, England. The linear distance between lines 
of longitude vary and is a function of latitude. The linear 
distance between lines of longitude is greatest at the 
equator, decreasing to zero at the poles. There are 360° 
of longitude, divided into 180° east and 180° west of the 
prime meridian. The line of longitude measuring 180° 
west is, of course, the same line of longitude measuring 
180° east of the prime meridian and, except for some 
geopolitical local variations, serves as the international 
date line. Because Earth completes one rotation in 
slightly less than 24 hours, the angular velocity of 
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rotation is approximately 15° of longitude per hour. 
This rate of rotation forms the basis for time zone 
differentiation. 


The distance between lines of longitude varies at 
different latitudes, lessening as latitude increases. At 
the equator, 69.171 statute miles separate lines of lon- 
gitude, but by 30° latitude, it drops to 59.956 statute 
miles. At 60° latitude, only 34.697 statute miles sepa- 
rate longitudinal great circles at that latitude. All lines 
of longitude converge at the poles. 


Every point on Earth can be expressed with a unique 
set of latitude and longitude (lat/lon) coordinates. 
Latitude—specified as degrees north (N) or south (S)— 
and longitude—specified as degrees east (E) or west 
(W)—are expressed in degrees, arcminutes, and arcsec- 
onds (e.g., a lat/lon of 39:46:05N, 104:52:22W specifies a 
point in Denver, Colorado). 


Lines of latitude and longitude are usually dis- 
played on maps. Although a variety of maps exist, 
because maps of Earth are two-dimensional represen- 
tations of a curved three-dimensional oblate spherical 
surface, all maps distort lines of latitude and longitude. 
For example, with equatorial cylindrical projections 
(e.g., a Mercator projection), low latitude regions 
carry little distortion. Higher latitudes suffer extreme 
distortion of distance because of erroneously converg- 
ing lines of latitude (on the surface of the Earth they are 
parallel). Despite this disadvantage, Mercator projec- 
tions remain useful in navigation because there is no 
distortion of direction and vertical lines drawn upon 
such a map indicate true north or south. Many maps 
include inserts showing polar conic projections to min- 
imize the distortion of latitude near the poles. 


Although it is relatively easy to ascertain lati- 
tude—especially in the northern hemisphere where 
the altitude of the North Star (Polaris) above the 
horizon gives a fairly accurate estimate of latitude— 
the accurate determination of longitude proved to be 
one of great post-Enlightenment scientific challenges. 
The inability to estimate longitude accurately often 
proved costly or even fatal in sea navigation. It was 
not until the eighteenth century, when British clock- 
maker John Harrison developed a chronometer that 
could keep accurate time onboard a ship that the 
problem of longitude was solved. 


An accurate clock allows navigators to compare, 
for example, the time of high noon local time to the 
time at Royal Observatory in Greenwich, England 
(Greenwich Mean Time or GMT). Knowing that 
Earth rotates at approximately 15° per hour, the time 
difference between local noon and GMT local noon is 
determines the degrees of longitude between the prime 
meridian and the observer’s location. 
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Earth's Geometric Coordinates 
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The geometric basis of latitude and longitude coordinates are depicted relative to Earth’s geometric poles. The angle of the 
current north star (Polaris) to the horizon varies directly with latitude. (K. Lee Lerner, with Argosy. The Gale Group.) 


See also Analemma; Astronomy; Cartography; 
Geographic and magnetic poles; Global positioning 
system. 


Laurel family (Lauraceae) 


The laurels are a family of flowering plants known 
to botanists as the Lauraceae. Lauraceae contains 
about 45 genera and 2,000 species, and is the most 
diverse family in the order Laurales. Most species 
grow in the tropical forests of Southeast Asia and 
Central and South America. 
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The best known species is Laurus nobilis, a 
Mediterranean shrub used by the ancient Greeks to 
decorate the head of victors in the Pythian games, 
which led to modern phrases such as “poet laureate” 
and “Nobel laureate.” Other well-known species include 
avocado, California laurel, sassafras, and cinnamon 
trees. American gardeners often refer to Kalmia latifolia 
as “mountain laurel,” and to Rhododendron maximum as 
“great laurel,” despite the fact that both of these shrubs 
are in the Ericaceae family, and are unrelated to the 
“true” laurels of the Lauraceae. 


Characteristics of the Lauraceae 
The flowers of most species in this family are small, 


yellow, and aromatic. Some species have bisexual 
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Laurel family (Lauraceae) 


flowers containing both male and female organs. 
Others have unisexual flowers, with each one having 
either male or female organs. Some species are polyg- 
amous, in that individuals have some flowers which are 
bisexual, and others that are unisexual. 


The flowers of most species have six sepals, 
arranged in two cycles. (Sepals are the outermost 
whorl of a flower, typically leaf like in appearance.) 
The stamens, or male organs, of laurel flowers occur in 
three or four cycles, with three stamens in each. The 
flowers usually have a single pistil, or female organ, 
which contains a single ovule that develops into a seed 
after fertilization. The fruit of most species is aro- 
matic, and is classified as a drupe, in that is has a fleshy 
outer layer and a hard inner layer with a single seed. 


The leaves, stems, and roots of most species in the 
laurel family are aromatic. The leaves are typically 
alternate, rather than opposite, to one another on the 
stem. The leaves are simple in that they consist of a 
single blade. The California laurel (Umbellularia cal- 
ifornica) and most tropical species in the Lauraceae 
have persistent leaves, which remain attached to the 
plant after they are no longer functional. Other species 
such as sassafras (Sassafras albidum) and spice bush 
(Lindera benzoin) have seasonally deciduous leaves, 
which fall off in the autumn, after they become 
nonfunctional. 


Important species 


The avocado (Persea americana), also known 
as the alligator pear, is one of the best known and 
most economically important species of the laurel fam- 
ily. Avocado is native to tropical regions of the 
Caribbean, Mexico, and South America. Many differ- 
ent races and varieties are cultivated in southern 
France, South Africa, Mexico, California, and Florida 
for their green edible fruits, which are eaten raw or used 
to make guacamole, a staple of Mexican cuisine. 


The avocado fruit can be green or brown, depend- 
ing on the variety, and is rich in oil. The avocado fruit 
is a drupe with a single large seed in the center. The 
early Spanish explorers, who observed avocado culti- 
vation by the Aztecs, thought that the fruit resembled 
a testicle, and that a man could increase his sexual 
potency by eating avocados. (This belief was based 
on the “doctrine of signatures,” which holds that a 
plant part that resembles a bodily organ would affect 
the function of that organ. We now know that the 
doctrine of signatures has no scientific basis.) 


The California laurel (Umbellularia californica) is 
a woody plant that grows from southern California to 
southern Oregon, and is the only species of this family 
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Bisexual—Flowers that have functional male and 
female organs. 


Drupe—A fruit with a fleshy outer layer and a hard 
inner layer that encloses a single seed. A cherry is a 
typical example. 


Pistii—Female reproductive organ of a flower, 
which contains ovules that develop into seeds 
after fertilization by pollen. 


Polygamous—Plants that have some unisexual and 
some bisexual flowers. 


Sepal—External whorl of a flower that is typically 
leaflike and green. 


Stamen—Male reproductive organ of a flower that 
produces pollen. 


Unisexual—Flowers that bear either male or 


female reproductive organs. 


native to the western United States. It has evergreen, 
aromatic, elliptical leaves. Under optimal conditions, 
it grows as a tree and reaches 150 feet (46 m) or so in 
height, and is shrublike in appearance. Its wood is fine 
textured, and is sometimes used to manufacture 
veneer, furniture, and wooden novelties. 


There are three species in the genus Sassafras. One 
is from Taiwan, another from China, and one 
(Sassafras albidum) is a tree native to the eastern 
United States. Foresters classify the American sassafras 
as intolerant because it does not grow well under a 
closed forest canopy. Indeed, the American sassafras 
commonly grows in open fields and at the edge of 
forests. Its leaves are variable in shape, and can be 
elliptical, two-, or three-lobed. The leaves turn a char- 
acteristic red in the autumn. Leaves, roots, and twigs 
are all highly aromatic. Some biologists have suggested 
that Sassafras leaves are allelopathic, in that they 
chemically inhibit the growth of nearby plants, thus 
reducing competition. Sassafras tea is made by remov- 
ing and boiling the bark from the roots. Sassafras oil is 
used in the manufacture of certain aromatic bath oils. 


All species in the Cinnamomum genus are aromatic, 
and most are native to Southeast Asia. Cinnamon is a 
well-known spice which comes from Cinnamomum zey- 
lanicum, a tree native to Sri Lanka but now cultivated 
throughout Asia, the Caribbean, and South America. 
Commercial cinnamon comes from the bark of young 
twigs, which is stripped off, dried in the sun, and later 
powdered or used whole. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Another species in this genus, Cinnamomum cam- 
phora, is the source of camphor. This tree is native to 
Southeast Asia. Camphor is an aromatic compound 
derived from the bark and wood of the camphor tree 
and is used as a medicine to relieve gas pains in the 
digestive tract, in ointments, and as an insect repellent. 


Resources 


BOOKS 

The American Horticultural Society. The American 
Horticultural Society Encyclopedia of Plants and 
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Magnol/Lau/Lau.html> (accessed December 2, 2006). 


Peter A. Ensminger 


Lava see Magma 


Lawrencium see Element, transuranium 


| Laws of motion 


What makes a bird fly? A person run? A judo 
expert flip a heavier opponent? The Earth orbit 
the sun? Three deceptively simple laws first stated by 
English physicist and mathematician Sir Isaac Newton 
(1642-1727) in the seventeenth century govern these 
and any other motions. These three laws of motion 
when coupled with Newton’s law of gravity form the 
basis for explaining both the motions seen on the 
Earth and the motions of the heavenly bodies. 


History 


In the sixteenth century, Polish astronomer 
Nicolaus Copernicus (1473-1543) suggested that 
Earth and other planets orbited the sun, but his 
model contained no physics. It did not say why the 
planets should orbit the sun. Galileo was censured by 
the Catholic Church and forced to recant his belief in 
the Copernican model. He then realized that to ulti- 
mately win, the Copernican model needed a physical 
basis. Galileo therefore started to quietly develop the 
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new physics needed to explain planetary motions. 
Newton, who was born the year Galileo died, built 
on the foundation laid by Galileo. The resulting edi- 
fice, Newton’s laws, was a grand synthesis that for the 
first time explained motions both on Earth and in the 
heavens with a unified set of laws. 


Newton’s three laws 


Slide a block of wood across a level uncarpeted 
floor and notice its behavior. The block continues to 
move as long as one applies a force. When the force 
stops, the block stops moving. The block will continue 
to slide for a while after one stops applying a force. 
The pushing is not the only force acting on the block. 
There is also a frictional force opposing the motion. 
The block sliding across the floor stops because this 
frictional force acts on it. The block on an icy surface 
takes longer to stop because there is less frictional 
force. If one could slide the block across a surface 
with absolutely no friction, it would never stop. The 
block would keep moving until some outside force, 
such as the wall of the room, stopped it. A block on 
a level surface, without application of forces will not 
move unless something applies an outside force; it will 
remain there at rest forever. 


The first of Newton’s laws states an object will 
continue its motion at a constant velocity until an 
outside force acts on it. The block has a tendency to 
continue in its state of motion, whatever that state 
might be, until some force changes that state of 
motion. This tendency to continue in a state of motion 
is called the object’s inertia. An object at rest simply 
has a constant velocity of zero, so it needs an outside 
force to start moving. The physicist’s definition of 
velocity includes both speed and direction, so any 
deviation from straight-line motion is a change in 
velocity and will require an outside force. The inertia 
of any object will cause it to continue to move at a 
constant (in a straight line) velocity (or stay at rest) 
until an outside force acts on it. 


A block will slide more easily than, for instance, a 
refrigerator because it has less mass. Newton’s first 
law says that a force is needed to change the velocity 
of an object; the second law tells how much force. Any 
change in velocity (speed up, slow down, or change 
direction) is an acceleration. For the common case 
where the mass does not change, Newton’s second 
law states that the force required is equal to the accel- 
erated mass times the acceleration (Force = Mass x 
Acceleration). It is harder to slide the refrigerator than 
the block across the floor because the greater mass 
requires a greater force to accelerate it from rest. 
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KEY TERMS 


Acceleration—The rate at which the velocity of an 
object changes over time. 


Force—Influence exerted on an object by an out- 
side agent that produces an acceleration changing 
the object's state of motion. 


Inertia—The tendency of an object in motion to 
remain in motion, and the tendency of an object at 
rest to remain at rest. 


Mass—A measure of the amount of matter in kilo- 
grams. Related both to the resistance to the change 
in motion and to the amount of gravitational force. 


Velocity—The speed and direction of a moving 
object. 


A force in the same direction as the velocity increases 
the velocity; in the opposite direction, decreases it. 
A force perpendicular to the velocity changes the 
direction of motion. Occasionally the accelerated 
mass changes. In this case, the force is equal to the 
rate at which the momentum changes with time. 


Newton’s third law states that for every action there 
is an equal and opposite reaction. The action and reac- 
tion are equal and opposite forces forming an action 
reaction pair. If one sits in a chair, the Earth’s gravity 
pulls down. The reaction is that the human body pulls 
the Earth up with exactly the same amount of force. The 
action reaction pair is: human on Earth, Earth on 
human. The reaction is NOT, as is often thought, the 
floor or chair holding the body up. Not all equal and 
opposite forces form an action reaction pair. 


Newton’s three laws of motion revolutionized 
physics. For the first time the same simple set of laws 
explained a wide variety of apparently unrelated types 
of motion both on Earth and in the heavens. Not until 
the twentieth century were these laws surpassed by 
quantum mechanics and relativity for the special 
cases of subatomic particles, motion near the speed 
of light and strong gravitational fields. 


See also Gravity and gravitation; Relativity, 
general. 
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i LCD 


Liquid crystal displays (LCDs) emerged as a pop- 
ular form of electronic display starting in the 1970s. 
They use very little power (a thousand times less energy 
than a LED “light-emitting diode” uses—even, for 
some new designs, zero power) and are easily visible 
even in direct sunlight because they scatter light rather 
than producing it. That is, they produce dark areas that 
may be seen in illuminated environments by reflection, 
like print on paper, instead of acting as glowing lights 
that might be overpowered by bright ambient light. 


At the heart of a LCD is a material called a liquid 
crystal. First discovered in 1889, liquid crystals are 
fluid substances whose molecules tend to arrange 
themselves in ordered structures, like those of solid 
crystals. In a liquid crystal in its “relaxed” or undis- 
turbed state the molecules are parallel to one another 
and are arranged in planes, each slightly offset from 
the last, creating a twisted or spiral structure. As light 
passes through a liquid crystal, it is twisted and exits at 
a slightly different orientation from where it entered. 


In a LCD, a thin layer of liquid crystal is sand- 
wiched between two pieces of glass. Each piece of glass 
is polarized so that it will only allow light of a certain 
direction to pass through. Normally, because the two 
glasses are not aligned, light passing through one sec- 
tion of glass would be blocked by the other; however, 
the sandwiched layer of liquid crystal twists the light 
enough to pass through the second section of glass. 
Here, in the LCD’s “off” position, the display is clear. 


To turn a LCD “on,” a voltage must be applied to 
the liquid crystal. As the electrical field moves through 
the liquid, its molecules will line up with the direction 
of the field, “untwisting” the twisted planes. Light will 
now pass through the liquid crystal unaffected and be 
blocked by the second section of polarized glass. In 
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The passage of light through a twisted nematic (TN) cell type of liquid crystal display (LCD) when the current to the electrodes is 
off (top) and when it is on (bottom). (Hans & Cassidy. Courtesy of Gale Group.) 


this position the LCD appears black because it scatters 
all the light that enters. 


liquid crystals are also temperature sensitive and 
have been used in thermometers. 


In order to show numbers, letters, or pictures on See also LED. 
the LCD, tiny metallic segments must be baked onto 
the surface of the polarized glass. Each segment can be 
turned on or off independently, forming numbers and 
letters. While many calculators use a simple seven- 
segment display format, more complex devices, for 
example, such as hand-held video games and laptop 
computers, form whole screens, called dot-matrix 
screens, out of tiny LCD squares. LCD screens have 
been developed for desktop and laptop computers as 
well, offering the advantages of small footprint, low 
power consumption, a flat screens, and lower cost 


Le Chatelier’s principle see Equilibrium, 
chemical 


| Leaching 


Leaching usually refers to the movement of dis- 


Sulyoedy 


than plasma screens. Digital cameras utilize LCD dis- 
plays for viewing images as well. Certain types of 
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solved substances with water percolating through soil. 
Sometimes, leaching may also refer to the movement of 
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soluble chemicals out of biological tissues, as when rain- 
fall causes potassium and other ions to be lost by foliage. 


Leaching occurs naturally in all soils, as long as 
the rate of water input through precipitation is greater 
than water losses by evapotranspiration. In such cases, 
water must leave the site by downward movement, 
ultimately being deposited to deep groundwater, or 
emerging through springs to flow into surface waters 
such as streams, rivers, and lakes. As the subterranean 
water moves in response to gravity, it can transport a 
variety of dissolved substances. 


Leaching is a highly influential soil-forming proc- 
ess. In places where the climate is relatively cool and 
wet and the vegetation is dominated by conifers and 
heaths, the soil-forming process, known as podsoliza- 
tion, is important. Podsolization occurs largely 
through the dissolving of iron, aluminum, calcium, 
organic matter, and other chemicals from surface 
soils, and the downward leaching of these substances 
to lower soil depths, where they are deposited. Some 
solubilized materials may also be lost from the soil, 
ending up in deep groundwater or in surface water. 
A different soil-forming process known as laterization 
occurs under the warm and humid climatic conditions 
of many tropical rainforests, where aluminum and 
iron remain in place in the surface soil, while silicate 
is dissolved and leached downward. 


The ability of water to solubilize particular sub- 
stances is influenced to a substantial degree by the 
chemical nature of the solution. Highly acidic solutions 
have a relatively great ability to dissolve many com- 
pounds, especially those of metals. Aluminum (Al), for 
instance, is an abundant metallic constituent of soils, 
typically present in concentrations of approximately 
10%. However, they typically are present as aluminum 
compounds that are very insoluble (do not dissolve into 
solution), so they cannot leach with percolating water. 
However, under highly acidic conditions some of the 
aluminum is solubilized as positively charged ions (cat- 
ions), particularly as AP * and AIOH**. These soluble 
aluminum ions are highly toxic to terrestrial plants and 
animals, and if they are leached to surface waters in 
large quantities they can also cause biological damage 
there. Aluminum ions are also solubilized from soils by 
highly alkaline solutions, in which they occur mostly as 
the anion Al((OH)< + >-. A large salt concentration in 
soil, characterized by an abundance of dissolved ions, 
causes some ions to become more soluble through an 
osmotic extraction, also pre-disposing them more read- 
ily to leaching. 


Soils can become acidified by various human activ- 
ities, including emissions of air pollutants that cause 
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acidic precipitation, certain types of agricultural fertil- 
ization, harvesting of biomass, and the mining of coal 
and sulfide minerals. Acidification by all of these activ- 
ities causes toxicity of soil and surface waters through 
the solubilization of aluminum and other metals, while 
also degrading the fertility and acid-neutralization 
capacity of soil by causing the leaching of basic cations, 
especially calcium, magnesium, and potassium. 


Another environmental problem associated with 
leaching concerns terrestrial ecosystems that are losing 
large quantities of dissolved nitrogen, as highly soluble 
nitrate. Soils have little capability to bind nitrate, so this 
anion leaches easily whenever it is present in soil water in 
a large concentration. This condition often occurs when 
disturbance, fertilization, or atmospheric depositions of 
nitrate and/or ammonium result in an availability of 
nitrate that is greater than the biological demand by 
plants and microorganisms, so this chemical can leach 
at relatively high rates. Terrestrial ecosystems of this 
character are said to be “nitrogen-saturated.” Some neg- 
ative environmental effects are potentially associated 
with severe nitrogen saturation, including an increased 
acidification and toxicity of soil and water through 
leaching of aluminum and basic cations (these positively 
charged ions move in companion with the negatively 
charged nitrate), nutrient loading to aquatic systems, 
potentially contributing to increased productivity there, 
and possibly pre-disposing trees to suffer decline and die 
back. If the nitrogen saturation is not excessive, how- 
ever, the growth of trees and other vegetation may be 
improved by the relatively fertile conditions. 


Bill Freedman 


| Lead 


Lead—a metal that archaeological discoveries 
prove was used at least 5,000 years ago—is the heaviest 
element in Group 14 of the periodic table, a group often 
known as the carbon family. It is a metallic element 
with atomic number 82, with symbol Pb, atomic weight 
207.19, specific gravity 11.35, melting point 621.32°F 
(327.4°C), and boiling point 3,191°F (1,755°C). 


Lead is in column IVA of the periodic table. It has 
four naturally occurring stable isotopes, lead-204, lead- 
206, lead-207, and lead-208. The last three of these are 
all end products of one or another radioactive family. 


Lead is one of the first elements known to human 
societies. It is described in some of the oldest books of 
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the Old Testament and was widely used by some early 
civilizations. Examples of objects containing lead 
from fifth millennium Egyptian cultures have been 
found. The Greeks and Romans also used lead for 
the manufacture of a variety of tools and containers. 
Some experts claim that one reason for the decline of 
the Roman civilization was the extensive use of lead in 
the empire’s water supply system. Lead is now known 
to have a variety of serious effects on the human 
nervous system, including diminished mental capacity. 


Lead was originally known by its Latin name of 
plumbum, from which its modern chemical symbol 
(Pb) is derived. The Latin name is still preserved also 
in the common names for lead compounds, as in 
plumbic and plumbous chlorides. 


General properties 


Lead is a heavy, ductile, soft, grayish solid. It can 
be cast and fabricated easily and has the unusual 
ability to absorb sound and other forms of vibration. 
Although it is dissolved by dilute nitric acid, it tends to 
be resistant to other forms of acid solutions. 


By far the most important use of lead is in storage 
batteries, with the production of antiknock gasolines, 
pigments, ammunition, solder, and plumbing materi- 
als following. In the last half century of the twentieth 
century, evidence about the toxic effects of lead has 
accumulated to the point where its presence in the 
environment, now in the twenty-first century, is con- 
sidered to be a serious hazard for humans, especially 
for young children. 


Where it comes from 


Lead is thought to be the thirty-sixth most abun- 
dant element in the Earth’s crust, with a concentration 
of about 13 parts per million. This makes the element 
more common than other heavy metals such as thal- 
lium or uranium, but much less abundant than less 
well known elements such as niobium, neodymium, 
lanthanum, and gallium. 


The most important ore of lead is galena, lead 
sulfide (PbS). Anglesite (lead sulfate; PbSO,) and cer- 
ussite (PbCO3) are also economically important. Both 
are formed by the weathering of galena. 


Over half of the lead produced in the world comes 
from just four regions and nations: the United States, 
Russia and other members of the former Soviet Union, 
Australia, and Canada. In the United States, about 
90% of all lead comes from seven mines in Missouri, 
with the rest originating from mines in Colorado, 
Idaho, and Utah. 
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How the metal is obtained 


The raw material from which lead metal is pro- 
duced is either a naturally occurring ore or, more 
commonly today, lead products returned for recy- 
cling. In the United States, more than half of all lead 
produced comes from recycled materials, especially 
recycled storage batteries. After initial treatment, the 
major steps by which lead is obtained from either ore 
or recycled material are very similar. 


In the case of a naturally occurring ore of lead, the 
first step is usually to concentrate the ore and separate 
it from other metallic ores. This step often involves the 
froth flotation process in which the mixture of ores is 
finely ground and then added to a water mixture that 
contains one or more other materials, such as hydro- 
carbons, sodium cyanide, copper sulfate, or pine oil. 
Air is then pumped through the ore/water/secondary 
material mixture, producing a frothy mixture contain- 
ing many small bubbles. 


The added material causes secondary ores such as 
ores of copper or zinc either to adhere or not adhere to 
the bubbles in the froth, allowing their separation 
from lead ores that respond in the opposite manner 
to the secondary material. The use of copper sulfate in 
the flotation process, for example, aids in the separa- 
tion of zinc ores from lead ores. 


After separation, lead sulfide is heated in a limited 
supply of air to convert it to lead oxide. The lead oxide 
is then mixed with coke (carbon) and a flux such as 
limestone in a blast furnace. Within the blast furnace, 
coke burns to form carbon monoxide which, in turn, 
reacts with lead oxide to form metallic lead and carbon 
dioxide. 


In a variation of this procedure, the lead oxide can 
be mixed with lead sulfide and heated. The reaction 
that takes place results in the formation of lead metal 
and sulfur dioxide gas. 


The lead produced by either of these methods is 
still impure, containing small amounts of copper, tin, 
arsenic, antimony, and other metals. Each metallic 
impurity is then removed by some additional step. In 
the case of copper, for example, the impure lead is 
heated to a temperature just above its melting point. 
At this temperature, copper is still a solid. Any copper 
mixed with the lead floats on top of the lead, and can 
be scraped off. 


How it is used 


Metallic lead is sometimes used in a pure or nearly 
pure form, usually because of its high density and 
ability to be bent and shaped. The metal is an efficient 
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absorber of radiation and, for that reason, is com- 
monly used as a shield for x rays, nuclear radiation, 
and other forms of radiation. 


Far more commonly, however, lead is alloyed 
with one or more other elements to produce a product 
with special properties of interest for some specific 
application. More than half of all the lead used in 
the United States, for example, goes to the production 
of lead storage batteries. The positive plates, made of 
lead(I[V) oxide, and the negative plates, made of 
spongy lead, are both made from an alloy containing 
91% lead and 9% antimony. Over 80% of this lead is 
now recovered and recycled as a source of lead metal. 


At one time, very large amounts of lead were used 
in the production of tetraethyl lead, a compound that 
reduces the amount of knocking in an internal com- 
bustion engine. The problem with tetraethyl lead, 
however, is that it tends to break down within an 
engine, releasing free lead to the environment. 
Because of the health hazards that lead poses for 
humans and other animals, tetraethyl lead has been 
banned for use as a gasoline additive. 


Because of its chemical inertness, lead has also 
been popular as a covering for underground cables, 
such as buried cables that carry telephone messages, 
and for pipes through which liquids are transported. 
For many years, lead was the material of choice in the 
construction of water pipes since it was inert to most 
chemicals occurring in nature and easily shaped. With 
the recognition of lead’s threat to humans, however, 
many of these applications have been discontinued. 


Alloys of lead are also popular for the manufac- 
ture of solders. Ordinary plumber’s solder, for exam- 
ple, contains about two parts of lead to one part of tin. 
This alloy has a melting point of about 527°F (275°C). 


Lead compounds were once widely used also for 
paints. They were in great demand because they cov- 
ered surfaces well and were available in a number of 
vivid colors. Among these were lead chromate (yel- 
low), lead molybdate (reddish-orange), lead(I]) oxide 
(canary yellow), red lead oxide (Pb3O4; red), and white 
lead, a complex lead carbonate/lead hydroxide mix- 
ture. As with other lead compounds, however, the 
potential health hazards of the element have greatly 
reduced the availability of lead-based paints. 


Chemistry and compounds 


Lead is a reactive metal, but its reactivity is some- 
what inhibited by the formation of an outer skin of 
protective compounds. For example, when a freshly 
cut piece of lead metal is exposed to the air, it quickly 
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reacts with oxygen to form a thin outer layer of lead 
oxide. This outer layer then prevents further reaction 
between the metal and oxygen and other constituents 
of the air. A similar phenomenon occurs when lead 
metal is placed into water. Compounds present in 
water react with lead to form an outer skin of lead 
carbonate, lead silicate, or similar compounds that 
protect the metal from further attack. This property 
helps to explain the long popularity of lead for the 
lining of pipes designed to carry many different kinds 
of liquids. 


From its position in a table of electrode potentials, 
one would expect lead to replace hydrogen from acids. 
However, the difference in electrode potentials 
between the two elements is so small (0.126 volts), 
that lead reacts with most acids only very slowly 
indeed. The element does tend to react with oxygen- 
containing acids more readily, but only because of 
oxidation that may take place at the same time. 


One application that takes advantage of this prop- 
erty is the use of lead to line containers that hold con- 
centrated sulfuric acid. As long as those containers are 
kept at temperatures below 140°F (60°C), there is essen- 
tially no reaction between the acid and metal lining. 


When lead does take part in a chemical reaction, it 
demonstrates one of two oxidation states,4+ and2+. 
Compounds of the former class are known as lead(IV) 
or plumbic compounds, while those of the latter class 
are lead(II) or plumbous compounds. Like aluminum, 
lead is amphoteric and will react with strong bases. 
The products of such reactions are known as plum- 
bates and plumbites. 


Biological effects 


Throughout most of human history, lead was used 
for a wide variety of applications with little or no 
appreciation of the serious health hazards it poses. 
Today, physiologists understand that the human 
body is able to excrete about 2 milligrams of lead 
efficiently each day, but that quantities in excess of 
that can cause serious health problems. 


Children are especially at risk for lead poisoning. 
Their bodies do not metabolize lead as quickly as do 
those of adults, so a given concentration of lead in the 
blood will have more serious consequences for a child 
than for an adult. 


At relatively low concentrations, lead produces 
relatively modest or short-term effects, including ele- 
vation of blood pressure, reduction in the synthesis 
of hemoglobin, and decreased ability to utilize vitamin 
D and calcium. With increased blood concentrations 
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KEY TERMS 


Ductile—Capable of being drawn or stretched into 
a thin wire. 


Flux—tIn the conversion of ores to metals, a sub- 
stance used to remove impurities from a blast fur- 
nace or other kind of processing system. 


Froth flotation—A system for separating a desired 
ore from other kinds of ores by pumping air through a 
mixture of water and one or more other substances. 


Hemoglobin—An iron-containing, protein com- 
plex carried in red blood cells that binds oxygen 
for transport to other areas of the body. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


of lead, however, these problems become more severe. 
Impairment of the central nervous system can occur, 
with decreased mental functioning and hearing 
damage as two possible results. At very high lead 
concentrations, a person can fall into a coma and, 
eventually, die. 


With the recognition of these problems, govern- 
mental agencies have continually restricted the num- 
ber of applications in which lead can be used. 
Unfortunately, its widespread use in previous years 
means that many children (especially) and adults are 
still at risk for lead poisoning. As an example, children 
sometimes pick off and then eat chips of paint from the 
walls of old buildings. Since many of these paints were 
made with compounds of lead, those children are then 
exposed to the harmful effects of the element. In addi- 
tion, people who work in factories where lead is used 
may inhale lead fumes and accumulate increasingly 
large amounts of the metal in their bodies. 


See also Element, chemical; Metallurgy. 
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l Leaf 


A leaf is a plant organ that is an outgrowth of the 
stem, and has three main parts: the blade, a flattened 
terminal portion; the petiole, a basal stalk that connects 
the blade to the stem; and the stipules, small appen- 
dages at the base of the petiole. However, the leaves of 
many species lack one or more of these three parts. 


Leaves function in photosynthesis, or the biolog- 
ical conversion of sunlight into chemical energy; in 
transpiration, or the transport of water from the 
plant by evaporation; and in cellular respiration, the 
oxidation of foods, and consequent synthesis of high- 
energy molecules. 


There is great variety of leaf size and shape among 
different species of plants. Duckweeds are tiny aquatic 
plants with leaves that are less than 1 millimeter in 
diameter, the smallest of any species of vascular plant. 
Certain species of palm tees have the largest known 
leaves, more than 60 feet (18 m) in length. 


Morphology 


All leaves can be classified as simple or compound. 
A simple leaf has a single blade; a compound leaf con- 
sists of two or more separate blades, each of which is 
termed as leaflet. Compound leaves may be palmately 
compound, in which the separate leaflets originate from 
one point on the petiole, or pinnately compound, in 
which the leaflets originate from different points along 
a central stalk that extends from the petiole. 


Blade 


The size and shape of the blade are often character- 
istic of a species, and are useful in species identification. 
However, the leaf blades of some species, such as those 
of oaks (Quercus), exhibit great variation in size and 
shape, sometimes even on the same tree. Botanists use a 
large vocabulary of specialized terms to describe leaf 
outline, margin, apex, base, and vestiture (surface cov- 
ering). For example, pine (Pinus) leaves are considered 
acicular, meaning they are shaped like a needle; aspen 
(Populus) leaves are considered ovate, meaning they 
resemble a two-dimensional projection of an egg; may 
apple (Podophyllum) leaves are considered peltate, 
meaning they are shaped like a shield, and are attached 
to the stalk on the lower leaf surface. 


Venation 


Venation is the pattern of veins in the leaf blade. 
The veins consist of vascular tissues important for the 
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Leaf 


A scanning electron micrograph (SEM) of open stomata on 
the surface of a tobacco leaf (Nicotiana tabacum). Stomata 
are breathing pores scattered over the leaf surface, and 
sometimes stem, that regulate the exchange of gases 
between the leaf’s interior and the atmosphere. Stomatal 
closure is a natural response to darkness or drought as a 
means of conserving water. Each pore is controlled by the 
turgor of two guard cells (sides seen beneath pore’s opening) 
on either side of it. When they are full of water the pore is 
open; when they lose turgor, the pore closes. (Photo 
Researchers, Inc.) 


transport of food and water. Leaf veins connect the 
blade to the petiole, and lead from the petiole to the 
stem. The two primary vascular tissues in leaf veins are 
xylem, which is important for transport of water and 
soluble ions into the leaf, and phloem, which is impor- 
tant for transport of carbohydrates (made by photo- 
synthesis) from the leaf to the rest of the plant. 


A leaf’s venation pattern is classified as reticu- 
lated, parallel, or dichotomous. In reticulated venat- 
ion, the veins are arranged in a netlike pattern, in that 
they are interconnected like the strands of a net. 
Reticulated venation is the most common venation 
pattern, and occurs in the leaves of nearly all dicoty- 
ledonous Angiosperms, whose embryos have two 
cotyledons (seed leaves) as in flowering plants such 
as maple, oak, and rose. In parallel venation, the 
veins are smaller in size and parallel (or nearly parallel) 
to one another, although a series of smaller veins con- 
nects the large veins. Parallel venation occurs in the 
leaves of nearly all monocotyledonous Angiosperms, 
whose embryos have one cotyledon, as in flowering 
plants such as lilies and grasses. In dichotomous 
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venation, the veins branch off from one another like 
the branches of a tree. This is the rarest venation 
pattern, and occurs in the leaves of some ferns and in 
the gymnospermtree, Ginkgo biloba. 


Anatomy 


Although the leaves of different plants vary in 
their overall shape, most are rather similar in their 
internal anatomy. Leaves generally consist of epider- 
mal tissue on the upper and lower surfaces, vascular 
tissues in the veins, and less-differentiated mesophyll, 
or ground tissue, throughout the body. Some plant 
species have a special type of photosynthesis, known 
as C-4 photosynthesis, and their leaves have a unique 
internal anatomy. These highly specialized leaves are 
not considered here. 


Epidermis 


Epidermal cells are on the upper and lower surfa- 
ces of a leaf. They have two features that prevent 
evaporative water loss: they are packed densely 
together and covered by a cuticle, a waxy layer secreted 
by the cells. The epidermis usually consists of a single 
layer of cells, although the specialized leaves of some 
desert plants have epidermal layers that are several 
cells thick. Epidermal cells often have large vacuoles 
that contain flavonoid pigments. Flavonoids generally 
absorb ultraviolet radiation, and may act as a sort 
of natural sunscreen for the internal layers of the 
leaf, by filtering out harmful ultraviolet radiation 
from the sun. 


The leaf epidermis has small pores, called sto- 
mata, which open up for photosynthetic gas exchange 
and transpiration. Stomata are scattered throughout 
the epidermis, but are typically more numerous on the 
lower leaf surface. Each individual stoma (pore) is 
surrounded by a pair of specialized epidermal cells, 
called guard cells. In most species, the guard cells close 
their stomata during the night to prevent transpira- 
tional water loss, and open their stomata during the 
day so they can take up carbon dioxide for photosyn- 
thesis, and give off oxygen as a waste product. 


Mesophyll 


Mesophyll cells constitute the main body of a leaf, 
occurring between the upper and lower epidermis. 
Typically, the leaves of temperate zone plants have 
two layers of mesophyll cells, the palisade mesophyll 
on the adaxial (upper) side, and the spongy mesophyll 
on the abaxial (lower) side. The palisade mesophyll is a 
layer of densely packed, columnar cells that contain 


GALE ENCYCLOPEDIA OF SCIENCE 4 


many chloroplasts. This layer is responsible for most 
of the photosynthesis of leaves. The spongy mesophyll 
is composed of large, often odd-shaped photosyn- 
thetic cells separated from one another by large inter- 
cellular spaces that apparently facilitate the exchange 
of photosynthetic gases. 


Veins 


Veins, which penetrate the mesophyll layers of a 
leaf, consist of vascular tissue, xylem, and phloem, and 
connect the vascular tissue of the stem to the photo- 
synthetic cells of the mesophyll, via the petiole. Xylem 
cells mainly transport water and minerals from the 
roots to the leaves, and phloem cells mainly transport 
carbohydrates made by photosynthesis in the leaves to 
the rest of the plant. Typically, the xylem cells are on 
the upper side of the leaf vein, and the phloem cells are 
on the lower side. 


Phyllotaxy 


Phyllotaxy is the arrangement of leaves on a stem. 
As a stem grows at its apex, new leaf buds form along 
the stem by a highly controlled developmental process. 
Depending on the species, the leaf origins on the stem 
may be opposite (in which leaves arise in pairs on oppo- 
site sides of the stem), whorled (three or more leaves 
arise from the same locus on the stem), or alternate 
(leaves are arranged in a helix along the stem). 


Most species have alternate leaves. This pattern is 
often called spiral phyllotaxy because a spiral is 
formed when an imaginary line is drawn that connects 
progressively older leaf origins on the stem. The diver- 
gence angle of successive leaves determines the devel- 
opmental spiral of leaves and homologous plant 
organs, such as the individual florets of a sunflower, 
and has been intensively studied by botanists and 
mathematicians since the mid-1800s. Interestingly, 
the angle between successive leaves on a stem is often 
about 137.5 degrees, known as the Fibonacci angle. 


Two major theories have been proposed to 
explain spiral phyllotaxy: available space theory and 
repulsion theory. Both propose that the siting of leaf 
nodes is determined by the position of existing leaf 
nodes. While the two are often portrayed as competing 
theories, they are not in fact mutually exclusive. 
Available space theory says that the physical space 
among existing leaf nodes determines where new 
leaves originate. Repulsion theory says that synthesis 
of a chemical growth inhibitor(s) at the apex of older 
leaf nodes determines the position of new leaves, and 
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that new leaves form only where the concentration of 
the growth inhibitor(s) is below a certain threshold. 


Evolution 


About 380 million years ago, plants with vascular 
tissue first evolved a special type of leaf, referred to as 
a microphyll. A microphyll typically has a single mid- 
vein, and arises from a stem that does not have leaf 
gaps, in regions of parenchyma (i.e, unspecialized) 
tissue where the vascular strand leads into the leaf 
base. The microphyll may have originated as an out- 
growth of a vascularized stem, or by evolutionary 
simplification of a complex branch system. The leaves 
of certain modern plants in the Lycopodophyta 
(Lycopods) and Sphenophyta (Horsetails) are classi- 
fied as microphylls. Although the microphylls of these 
modern plants are quite small, some of their fossilized 
relatives had very large microphylls. 


About 350 million years ago, plants first evolved 
megaphylls, the leaf type of modern seed plants and 
ferns. A megaphyll typically has a complex venation 
pattern, and arises from a stem that has leaf gaps, or 
regions of parenchyma tissue where the vascular 
strand leads into the leaf base. One theory proposes 
that megaphylls, as well as other plant organs, evolved 
by modification of branch systems. In other words, 
megaphylls may have evolved by the flattening of a 
three-dimensional branch system, and connection of 
the flattened branches with a cellular webbing. 


Many botanists believe that the four different 
whorls of a flower (sepals, petals, stamens, and car- 
pels) originated by evolutionary modification of the 
megaphylls of a free-sporing plant. Shortly after the 
evolutionary origin of the Angiosperms (flowering 
plants), there was a major division between the mono- 
cots (plants whose embryos have one cotyledon) and 
dicots (plants whose embryos have two cotyledons). 
The leaves of modern monocots, such as grasses and 
lilies, tend to be narrow and have parallel venation; the 
leaves of dicots tend to be wide, and have reticulated 
venation. 


Many modern plants have evolved complex and 
highly specialized leaves. For example, the insect- 
eating organs of carnivorous plants, such as Venus 
Flytrap, Sundew, Pitcher Plant, and Bladderwort, 
are all highly specialized leaves. Dischidia rafflesiana, 
a tropical epiphyte, has among the most specialized 
leaves of any plant. Its tubular leaves collect forest 
debris and rainwater, providing a habitat for the col- 
onies of ants that live inside. As the ants die, their 
bodies dissolve and special roots of the plant absorb 
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KEY TERMS 


Cellular respiration—The oxidation of food within 
cells, involving consumption of oxygen and pro- 
duction of carbon dioxide, water, and chemical 
energy in the form of ATP (adenosine triphosphate). 


Dicot—A plant whose embryo has two cotyledons 
(that is, seed leaves) and several other general 
characteristics. 


Epiphyte—A plant that relies upon another plant, 
such as a tree, for physical support, but does not 
harm the host plant. 


Leaf gap—A gap in the vascular system of a stem, 
just above where the stem’s vascular tissue has 
curved off into the petiole. 


Megaphyll—A leaf type typical of seed plants and 
ferns, which has branched veins and is usually 
associated leaf gaps in the stem. 


MicrophylI—A leaf type typical of Sphenophyta 
(horsetails) and Lycopodophyta (lycopods) that is 
scale-like, not associated with leaf gaps in the stem, 
and usually has a single midvein. 


Monocot—A plant whose embryo has a single 
cotyledon (seed leaf) and several other general 
characteristics. 


Photosynthesis—The biological conversion of light 
energy into chemical energy. 


Transpiration—The movement of water out of a 
plant, most of which occurs through the stomata 
of leaves. 


the nutrients that are released, providing nourishment 
for the plant. 
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l Leafhoppers 


Leafhoppers are a species of insects in the family 
Cicadellidae, order Homoptera, a group that also 
includes the cicadas, whiteflies, aphids, and scale 
insects. There are about 20,000 species of leafhoppers, 
including about 2,500 species in North America. 


Leafhoppers are leaf-feeding herbivores that use 
their sucking mouthparts to pierce the plant tissues 
and feed on their juices, in some cases causing econom- 
ically important damage to crop species. Leafhoppers 
have relatively specific feeding habits, and they occur 
only on particular species of plants, or closely related 
groups. Some species of leafhoppers secrete “honeydew 
from the anus”; this a sugar-rich solution is similar to 
that produced by the closely related aphids. 


Leafhoppers are rather small insects, the largest 
being no more than 0.5 inch (13 mm) in body length, 
but most species only being a few millimeters long. 
Leafhoppers have short, bristle like antennae, and a 
double row of spines running along the tibia of their 
hind legs. Leafhoppers have wings, which are held tent- 
like back over the thorax and abdomen when the insect 
is not flying. Most species are beautifully marked with 
stark color patterns that can be seen upon close view- 
ing, especially on their somewhat thickened fore-wings, 
and sometimes their head and thorax. The tropical 
species Cardioscarta pulchella is brilliantly colored 
with red, black, and white hues, and is commonly 
used as a model in Central American folk art. 


Leafhoppers have three stages in their life cycle: 
egg, nymph, and adult. Most species only produce one 
or two generations per year, overwintering as either 
adults or eggs. 


Some leafhoppers use weak, species-specific 
sounds to communicate with each other. These leaf- 
hoppers produce their noises using structures known 
as tymbals, which are anatomically similar to the 
much-louder sound-producing organs of cicadas. 


A few species are migratory in North America. 
The beet leafhopper (Circulifer tenellus), for example, 
maintains permanent populations in the southern 
parts of its range, but migrates northward as the 
weather and availability of food become favorable 
during the growing season. When climatic conditions 
deteriorate again at the end of summer, beet leafhop- 
pers may migrate south, although these individuals are 
not of the same generation as the animals that made 
the earlier, northward migration. 


Some leafhoppers cause important damage to 
crop plants. The potato leafhopper (Empoasca fabae) 
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causes damage to potato and bean leaves by plugging 
the vascular tissues, causing the death of foliage. Other 
species of leafhoppers cause injuries to leaves at their 
feeding sites, or they damage foliage by removing 
excessive quantities of sugars and chloroplasts. Some 
species of leafhoppers are the vectors of infectious 
diseases of crop plants. The beet leafhopper, for exam- 
ple, is responsible for spreading curly top, a disease of 
sugar beets, spinach, beans, squash, and some other 
vegetables. 


Learning 


Learning is the alteration of behavior as a result of 
experience. When an organism changes its behavior, it 
is said to have learned. Many theories have been for- 
mulated to explain the process of learning. 


Early in the twentieth century, learning was pri- 
marily described through behaviorist principles that 
included associative, or conditioned response—the 
ability of an animal to connect a previously irrelevant 
stimulus with a particular response. 


One form of associative learning—classical con- 
ditioning—is based on the pairing of two stimuli. 
Through an association with an unconditioned stim- 
ulus, a conditioned stimulus eventually elicits a con- 
ditioned response, even when the unconditioned 
stimulus is absent. The earliest and best known doc- 
umentation of associative learning was demonstrated 
by Ivan Pavlov, who conditioned dogs to salivate at 
the sound of a bell. 


In operant conditioning, a response is learned 
because it leads to a particular consequence (reinforce- 
ment), and it is strengthened each time it is reinforced. 
Without practice any learned behavior is likely to 
cease, however, repetition alone does not ensure learn- 
ing; eventually it produces fatigue, boredom, and 
suppresses responses. Positive reinforcement strength- 
ens a response if it is presented afterwards, while neg- 
ative reinforcement strengthens it by being withheld. 
Generally, positive reinforcement is the most reliable 
and produces the best results. In many cases, once the 
pattern of behavior has been established, it may be 
sustained by partial reinforcement, which is provided 
only after random responses. 


In contrast to classical and operant conditioning, 
which describe learning in terms of observable 
behavior, other theories focus on learning derived 
from motivation, memory, and cognition. Wolfgang 
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Kohler, a founder of the Gestalt school of psychology, 
observed the importance of cognition in the learning 
process when he studied the behavior of chimpanzees. 
In his experiments, KGhler concluded that insight was 
key to the problem-solving conducted by chimpan- 
zees. The animals did not just stumble upon solutions 
through trial and error, but rather demonstrated a 
holistic understanding of problems that they solved 
through moments of revelation. In the 1920s, 
Edward Tolman illustrated how learning can involve 
knowledge without observable performance. The per- 
formance of rats who negotiated the same maze on 
consecutive days without reward improved drastically 
after the introduction of a goal box with food, indicat- 
ing that they had developed cognitive maps of the 
maze prior to the reward although it had not been 
observed in their behavior. 


In the 1930s, Clark L. Hull and Kenneth 
W. Spence introduced the drive-reduction theory. 
Based on the tendency of an organism to maintain 
balance by adjusting physiological responses, the 
drive-reduction theory postulated that motivation is 
an intervening factor in times of imbalance. 
Imbalances create need, which in turn create drives; 
both encourage action in order to reduce the drive and 
meet the need. According to drive-reduction theory, 
the association of stimulus and response in classical 
and operant conditioning only results in learning if 
accompanied by drive reduction. 


Perceptual learning theories postulate that an 
organism’s readiness to learn is of primary importance 
to its survival. Perceptual skills are intimately involved 
in producing more effective responses to stimuli. In the 
laboratory, perceptual learning has been tested and 
measured by observing the effects of practice on per- 
ceptual abilities. Subjects are given various auditory, 
olfactory, and visual acuity tests. With practice, sub- 
jects improve their scores, indicating that perceptual 
abilities are not permanent but are modifiable by 
learning. In studies of animal behavior, the term per- 
ceptual learning is sometimes used to refer to those 
instances in which an animal learns to identify a com- 
plex set of stimuli that can be used to guide subsequent 
behavior. Examples of such perceptual learning 
include imitation and observational learning, song 
learning in birds, and imprinting in newborn birds 
and mammals. Imprinting occurs only during the 
first 30 or so hours of life. It is a form of learning in 
which a very young animal fixes its attention on the 
first object with which it has visual, auditory, or tactile 
experience and thereafter follows that object. 


Observational learning, also known as modeling 
or imitation, proposes that learning occurs as a 
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Least common denominator 


result of observation and consequence. Behavior is 
learned through imitation, however behavior that 
is rewarded is more readily imitated than behavior 
that is punished. Termed vicarious conditioning, 
this type of learning is present when there is atten- 
tion to the behavior, retention and the ability to repro- 
duce the behavior, and motivation for the learning to 
occur. 


Current research on learning is highly influ- 
enced by computer technology, both in the areas of 
computer-assisted learning and in the attempt to 
further understand the neurological processes asso- 
ciated with learning by developing computer-based 
neural networks that simulate different types of 
learning. 


l Least common denominator 


A common denominator for a set of fractions 
is simply the same (common) lower symbol (denomi- 
nator). In practice, the common denominator is a 
number divisible by all of the denominators in an 
addition or subtraction problem. Thus for the frac- 
tions 2/3, 1/10, and 7/15, a common denominator is 
30. Other common denominators are 60, 90, etc. The 
smallest of the common denominators is 30, and so it 
is the least common denominator. 


Similarly, the algebraic fractions x/2(x + 2)(x — 3) 
and 3x/(x + 2)(x — 1) have the common denominator 
of 2(x + 2)(x — 3)(x — 1) as well as 4(x + 2)(x — 3) 
(x — 1)(x” + 4), etc. The polynomial of the least degree 
and with the smallest numerical coefficient is the least 
common denominator. Thus 2(x + 2)(x — 3)(x — 1) 1s 
the least common denominator. 


The most common use of the least common 
denominator (or LCD) is in the addition of fractions. 
Thus, for example, to add 2/3, 1/10, and 7/15, we use 
the LCD of 30 to write 


2/3 + 1/10 + 7/15 as 2x10/3x10 + 
1x3/10x3 + 7x2/15x2 which gives us 
20/30 + 3/30 + 14/30 or 37/30 


Similarly, we have 
x/2(x + 1)(k — 3) + 3x/(x + 2)(x — 1) 
= x(x — 1)/2(x + 1)(k — 3)(x — 1) + 6x(x — 3)/ 
2(x + 2)(x — 1)(x — 3)= [x(x — 1) + 6x(x — 3)]/ 
2(x + 1)(k — 3)(x — 1) 


Roy Dubisch 
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| Lecithin 


Lecithin is a phospholipid, a yellow-brown fatty 
substance that consists of glycerol, two fatty acids, a 
phosphate group, and choline. 


Lecithin was first found in eggs in 1846, so its 
name was coined from the Greek word for egg yolk, 
lekithos. Though lecithin is its common name, chem- 
ists refer to it as phosphatidylcholine. In contrast to 
fats, which function as fuel molecules, lecithin serves a 
structural role in cell membranes. It is found in all 
cells. 


Without lecithin and other membrane phospholi- 
pids, cells would be unable to maintain their structure 
and probably would dissolve back into their surround- 
ings. Lecithin is apparently vital for life in mammals, 
because no hereditary diseases in its biosynthesis are 
known. (A genetic defect involving a vital substance 
is lethal to the organism and therefore cannot be 
passed on.) 


The lecithin available in stores is actually a mix- 
ture of lecithin and other phospholipids as well as fatty 
(soybean) oil. Its fatty acid components can vary, 
depending on the number of carbonatoms they con- 
tain and whether they are saturated or unsaturated. 
The nature of the fatty acid components in a lecithin 
molecule greatly influence its role. For example, a 
lecithin molecule in which both fatty acids are satu- 
rated aids oxygen uptake in the lungs. Another “spe- 
cies” of lecithin, which contains two unsaturated fatty 
acids is involved in the transport of cholesterol in the 
blood. 


Structure and properties 


The structure of lecithin is illustrated in Figure 1. 
Glycerol, which contains three carbon atoms, serves as 
the backbone of the lecithin molecule. The two fatty 
acids are linked to glycerol at carbon atoms | and 2 
and the phosphate group is linked to carbon atom 3. 
Choline is, in turn, linked to the phosphate group. 
Typically, though not always, the fatty acid attached 
to carbon | of glycerol is saturated, while that attached 
to carbon 2 is unsaturated. 


To get a simple idea of the structure of the lecithin 
molecule, imagine a balloon with two long paper 
streamers attached to it. The balloon or “head” region 
corresponds to the polar portion of the molecule, the 
negatively charged phosphate group, and the posi- 
tively charged choline, which readily dissolve in 
water. The streamers or “tails” represent the nonpolar 
part, the long chain of 12 to 18 carbon atoms in the 
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Figure 1. The structure of lecithin represented schematically (A), as a formula (B), as a model (C), and symbolically (D). Such 
phospholipid bilayers are thought to constitute the basic structure of cell membranes. (Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 2. (Hans & Cassidy. Courtesy of Gale Group.) 


two fatty acids, which are insoluble in water. As a 
result of the nature of its head and tail groups, lecithin 
molecules tend to disperse themselves in water with 
their nonpolar tails back-to-back to form bilayers, or 
double layers, in which the polar heads project out- 
ward into the water. This arrangement sequesters, or 
conceals, the nonpolar tails away from the water, 
forming a structural barrier to the passage of polar 
and ionic molecules as shown. 


Dietary and commercial sources 


Because lecithin is found in all living organisms, it 
is readily available in foods. Egg yolks, liver, peanuts, 
corn, spinach, and whole grains are good dietary sour- 
ces. Soybeans are by far the most important commer- 
cial source of lecithin, because they are an excellent 
source, and because such huge amounts are produced. 
Commercial lecithin is widely used to process food 
products, including baking mixes, candy, chewing 
gum, chocolate, ice cream, macaroni and noodles, 
margarine, whipped toppings, and so on. It is used as 
an emulsifier—a substance that can blend water and 
oil. However, the amounts used as a food additive in 
such products are not enough to be a good dietary 
source of lecithin. 


Role in health and disease 
Lecithin is the most abundant membrane phos- 


pholipid in our cells. A study involving cells with a 
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temperature-sensitive genetic defect in lecithin biosyn- 
thesis illustrates how essential it is for cell survival. 
When grown above a certain temperature, these cells 
were unable to make lecithin. Under these conditions 
the cells began to burst open and eventually died. 


Several studies suggest that lecithin is involved 
in cell signaling, the process by which one cell initiates 
changes in another. For example, a hormone, neuro- 
transmitter, or growth factor secreted by one cell 
communicates with another by altering its cell mem- 
brane in some way, usually by activating an enzyme 
that breaks down phospholipid in the membrane. The 
breakdown products interact with an enzyme that sets 
into motion a domino effect of changes in cell growth, 
metabolism, function, and so on. Disruptions in this 
process may give rise to certain diseases. Some recent 
evidence suggests that lecithin deficiency may interfere 
with cell signaling and so may be a factor in the devel- 
opment of liver and colon cancer. 


Lecithin plays an important role in the transport 
of fats and cholesterol from the liver to sites where 
they can be either used or stored. Since fats do not 
dissolve in water solutions like blood plasma, they are 
transported in spherical particles called lipoproteins. 
These particles can mix with water solutions because 
the water-friendly proteins, cholesterol, and phospho- 
lipids are on the outside surface. The nonpolar fats 
associated with them make up the core, which is unex- 
posed to water. Because lecithin is required for lip- 
oprotein synthesis, a lecithin deficiency results in fats 
accumulating in the liver and leads to liver damage. 
Lecithin deficiency also leads to increased amounts of 
cholesterol in the blood and atherosclerosis, a disease 
in which narrowing of the arteries is caused primarily 
by the deposit of fats from the bloodstream. 


Lecithin is the primary source of choline, the pre- 
cursor of the neurotransmitter acetylcholine. Recent 
findings suggest a relationship between the lack of 
availability of lecithin to nerve cells that produce ace- 
tylcholine, and the progress of Alzheimer’s disease. 


Commercial importance 


Commercial lecithin is actually a mixture of lec- 
ithin, other related phospholipids, and oil. Due to its 
ability to break up fat and oil globules and its antiox- 
idant properties, lecithin extracted from soybeans is 
important commercially for processing food and other 
products. In food it aids in the mixing of vegetable oils, 
butters, and other fatty ingredients so that they are 
distributed uniformly. Without lecithin these ingre- 
dients tend to separate. A familiar example is the 
separation of cocoa butter out of chocolate, leaving a 
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KEY TERMS 


Lipid—Any fatty substance that tends not to dis- 
solve in water but instead dissolves in relatively 
nonpolar organic solvents. 


Phospholipid—A lipid that contains a phosphate 
group. 

Saturated—Containing a single bond between the 
carbon atoms in a chain. 


Unsaturated—Containing multiple bonds between 
the carbon atoms in a chain. Unsaturated fatty 
acids contain at least one double bond between 
two carbon atoms. 


light oily film on the surface. Lecithin stabilizes oils 
against oxidation during processing, producing better 
flavor and longer shelf life. Lecithin is also used in the 
manufacture of paints, dyes, inks, leather goods, plas- 
tics, cosmetics, textiles, and pharmaceutical products, 
among others. 
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I LED 


A LED (light-emitting diode) converts electrical 
energy to light by means of a semiconductor, made of a 
solid material, such as silicon, whose electrical con- 
ductivity when hot is as great as that of metals and 
very low when cold. LEDs were commonly referred to 
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Magnified image of a LED display. (©Alfred Pasieka/Science 
Photo Library, The National Audubon Society Collection/Photo 
Researchers, Inc.) 


early in their history as solid-state lamps. The light 
produced by LEDs is known as electroluminescence, 
distinguishing it from incandescence, which is charac- 
teristic of light bulbs. 


Semiconductors for LEDs are made from slices of 
crystal so thin that their /attice, or most basic physical 
structure, can be easily traversed. This crystal is 
alloyed with materials of opposing charges, one on 
each side. The negative side of the semiconductor is 
electron rich, and the positive side is electron poor. 
The positive-negative junction formed by the alloyed 
crystal is known as a depletion layer, which is relatively 
inactive. The crystal is then subjected to doping, a 
process of destabilizing negativity and positivity of 
the alloys in order to affect their conductivity, so that 
electrons move in one direction when the semiconduc- 
tor is held between two electrodes and charged with a 
current. The electrons shed the energy they pick up 
from the current in the form of photons, emitting 
visible light, in order to return to their normal low- 
energy positions. The color of the emission is deter- 
mined by its spectral composition. High energy means 
a short wavelength, which tends toward the blue end 
of the spectrum. However, while a green diode peaks 
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This diagram of a typical LED indicator light shows how small 
the actual LED is. Although the average lifetime of a small 
light bulb is 5-10 years, a modern LED should last 100 years 
or more before it fails. (Hans & Cassidy. Courtesy of Gale 
Group.) 


at green, it can be made to emit an extended range 
from yellow and orange into red, depending on cur- 
rent flow. It appears red at low current, green at high. 


The solid-state lamp 


The LED is sometimes referred to as a solid-state 
lamp, especially in older scientific publications. Henry 
Round was the first to place a crystal of silicon carbide 
between two wires in 1907. He found that, at ten volts, it 
gave off a yellow light. A Russian experimenter—alter- 
nately referred to as Lossew or Lossyev—first contrib- 
uted a basic understanding of the electroluminescent 
properties of silicon carbide, which he coupled with zinc 
oxide in point-contact diodes in 1923. Georges Destriau 
in 1936 first conceived of an AC solid-state light source, 
but efficiencies improved dramatically in lab research 
during the 1950s. 


In 1990 at Cambridge University in England, 
physicist and engineer Sir Richard Friend made the 
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KEY TERMS 


Dopant—A chemical impurity that is added to a 
pure substance in minute quantities in order to alter 
its properties. 


Electroluminescence—A luminous discharge of 
high frequency brought about by photon emissions. 


Rectifier—A device that converts alternating cur- 
rent (AC) to direct current (DC). 


Semiconductor—A solid whose conductivity 
varies between that of a conductor (like a metal) 
at high temperatures and that of an insulator (such 
as rubber) at low temperatures. 


Solid-state—Refers to the exploitation of the elec- 
tric, magnetic, or light-producing capabilities of 
solids without depending on electron tubes. 


first LED utilizing polymers (chemical compounds 
consisting of combinations of molecules that form 
crystals in repeating structural units), which are more 
flexible as a medium than silicon. The advantage of a 
polymer hinges on its chemical redundancies, artifi- 
cially induced at the molecular level. Such a network 
of redundant material can be compared to a floating 
tangle of cooked noodles, but their reactions are more 
uniform than their appearance may suggest. When an 
electrical current is run through an electrically unsta- 
ble polymer, its electrons all react in unison, as if a 
single switch flips on all the lights in an apartment 
building at once. Another advantage is that the wave- 
length of the emitted photons can easily be adjusted by 
altering the polymer. Some polymer chains last longer 
than others before being exhausted, however, and the 
reason for this phenomenon remains elusive. 


Convenient uses and ambitious plans 


LEDs show an immunity to electromagnetic inter- 
ference, power surge hazards, and changes in temper- 
ature. Red LEDs are sturdy, bright enough without 
being too hot, and cheap enough to be conveniently 
used in place of more common white light sources. 
Green ones are used to light up phone keypads, for 
instance. As circuit board indicators on personal com- 
puters, they can withstand the heat stress of active 
integrated circuitry. LEDs also show up on electronic 
newscasters, are used on a large scale on building 
exteriors but are also available in portable forms. 
Laptop computers use LEDs to create the equivalent 
of a 12-inch monitor on a much smaller scale. Long 
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distance phone service is renewed at switchers and 
loop circuits, and cable TV transmissions are aided 
at relay stations with a combination of lasers and 
LEDs known as optical coupling. LEDs provide the 
stimulated emission of radiation required for onset of 
laser action in these fiber-optics applications. AT&T/ 
Bell Labs has produced the basic LEDs for full-color 
reproduction—red, green and blue (RGB)—from the 
same material. An array of LEDs produces LED 
back-lighting television sets, which were first intro- 
duced in the mid 2000s. 


See also Battery; Calculator; Fiber optics; Tran- 
sistor. 
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Leeches see Segmented worms 


l Legionnaire disease 


Legionnaire disease is a type of pneumonia caused 
by Legionella bacteria. The bacterial species responsi- 
ble for Legionnaire disease is L. pneumophila. Major 
symptoms include fever, chills, muscle aches, and a 
cough that is initially nonproductive. Definitive diag- 
nosis relies on specific laboratory tests for the bacteria, 
bacterial antigens, or antibodies produced by the 
body’s immune system. As with other types of pneu- 
monia, Legionnaire disease poses the greatest threat to 
people who are elderly, ill, or immunocompromised 
(with weakened immune systems). 


Legionella bacteria were first identified as a cause 
of pneumonia in 1976, following an outbreak of pneu- 
monia among people who had attended an American 
Legion convention in Philadelphia, Pennsylvania. 
This eponymous outbreak prompted further investi- 
gation into Legionella and it was discovered that ear- 
lier unexplained pneumonia outbreaks were linked to 
the bacteria. The earliest cases of Legionnaire disease 
were shown to have occurred in 1965, but samples of 
the bacteria exist from 1947. 
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Legionalla pneumophila. (Custom Medical Stock Photo.) 


Exposure to the Legionella bacteria doesn’t neces- 
sarily lead to infection. According to some studies, an 
estimated 5-10% of the American population show 
serologic evidence (antibodies in the blood) of expo- 
sure, the majority of whom do not develop symptoms 
of an infection. Legionella bacteria account for 2-15% 
of the total number of pneumonia cases requiring 
hospitalization in the United States. 


There are at least 40 types of Legionella bacteria, half 
of which are capable of producing disease in humans. 
A disease that arises from infection by Legionella bacteria 
is referred to as legionellosis. The L. pneumophila bacte- 
rium, the root cause of Legionnaire disease, causes 90% 
of legionellosis cases. The second most common cause 
of legionellosis is the L. micdadei bacterium, which pro- 
duces the Philadelphia pneumonia-causing agent. 


Approximately 10,000-20,000 people in_ the 
United States develop Legionnaire disease annually. 
The people who are the most likely to become ill are 
over age 50. The risk is greater for people who suffer 
from health conditions such as malignancy, diabetes, 
lung disease, or kidney disease. Other risk factors 
include immunosuppressive therapy and cigarette 
smoking. Legionnaire disease has occurred in chil- 
dren, but typically it has been confined to newborns 
receiving respiratory therapy, children who have had 
recent operations, and children who are immunosup- 
pressed. People with HIV infection and AIDS do not 
seem to contract Legionnaire disease with any greater 
frequency than the rest of the population, however, if 
contracted, the disease is likely to be more severe 
compared to other cases. 


Cases of Legionnaire disease that occur in con- 
junction with an outbreak, or epidemic, are more 
likely to be diagnosed quickly. Early diagnosis aids 
effective and successful treatment. During epidemic 


2483 


aseasip d41CUU0ISd] 


Legionnaire disease 


outbreaks, fatalities have ranged from 5% for previ- 
ously healthy individuals to 24% for individuals with 
underlying illnesses. Sporadic cases (that is, cases 
unrelated to a wider outbreak) are harder to detect 
and treatment may be delayed pending an accurate 
diagnosis. The overall fatality rate for sporadic cases 
ranges from 10-19%. The outlook is bleaker in severe 
cases that require respiratory support or dialysis. In 
such cases, fatality may reach 67%. 


Causes and symptoms 


Legionnaire disease is caused by inhaling Legionella 
bacteria from the environment. Typically, the bacteria 
are dispersed in aerosols of contaminated water. These 
aerosols are produced by devices in which warm water 
can stagnate, such as air-conditioning cooling towers, 
humidifiers, showerheads, and faucets. There have also 
been cases linked to whirlpool spa baths and water 
misters in grocery store produce departments. 
Aspiration of contaminated water is also a potential 
source of infection, particularly in hospital-acquired 
cases of Legionnaire disease. There is no evidence of 
person-to-person transmission of Legionnaire disease. 


Once the bacteria are in the lungs, cellular repre- 
sentatives of the body’s immune system (alveolar mac- 
rophages) congregate to destroy the invaders. The 
typical macrophage defense is to phagocytose the 
invader and demolish it in a process analogous to 
swallowing and digesting it. However, the Legionella 
bacteria survive being phagocytosed. Instead of being 
destroyed within the macrophage, they grow and rep- 
licate, eventually killing the macrophage. When the 
macrophage dies, many new Legionella bacteria are 
released into the lungs and worsen the infection. 


Legionnaire disease develops two to 10 days after 
exposure to the bacteria. Early symptoms include leth- 
argy, headaches, fever, chills, muscle aches, and a lack 
of appetite. Respiratory symptoms such as coughing 
or congestion are usually absent. As the disease pro- 
gresses, a dry, hacking cough develops and may 
become productive after a few days. In about a third 
of Legionnaire disease cases, blood is present in the 
sputum. Half of the people who develop Legionnaire 
disease suffer shortness of breath and a third complain 
of breathing-related chest pain. The fever can become 
quite high, reaching 104°F (40°C) in many cases, and 
may be accompanied by a decreased heart rate. 


Although the pneumonia affects the lungs, 
Legionnaire disease is accompanied by symptoms 
that affect other areas of the body. About half the 
victims experience diarrhea and a quarter have nausea 
and vomiting and abdominal pain. In about 10% of 
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cases, acute renal failure and scanty urine production 
accompany the disease. Changes in mental status, such 
as disorientation, confusion, and hallucinations, also 
occur in about a quarter of cases. 


In addition to Legionnaire disease, L. pneumo- 
phila legionellosis also includes a milder disease, 
Pontiac fever. Unlike Legionnaire disease, Pontiac 
fever does not involve the lower respiratory tract. 
The symptoms usually appear within 36 hours of 
exposure and include fever, headache, muscle aches, 
and lethargy. Symptoms last only a few days and 
medical intervention is not necessary. 


Diagnosis 


The symptoms of Legionnaire disease are com- 
mon to many types of pneumonia and diagnosis of 
sporadic cases can be difficult. The symptoms and 
chest x rays that confirm a case of pneumonia are 
not useful in differentiating between Legionnaire dis- 
ease and other pneumonias. If a pneumonia case 
involves multisystem symptoms, such as diarrhea 
and vomiting, and an initially dry cough, laboratory 
tests are done to definitively identify L. pneumophila as 
the cause of the infection. 


If Legionnaire disease is suspected, several tests 
are available to reveal or indicate the presence of L. 
pneumophila bacteria in the body. Since the immune 
system creates antibodies against infectious agents, 
examining the blood for these indicators is a key test. 
The level of immunoglobulins, or antibody molecules, 
in the blood reveals the presence of infection. In micro- 
scopic examination of the patient’s sputum, a fluores- 
cent stain linked to antibodies against L. pneumophila 
can uncover the presence of the bacteria. Other means 
of revealing the bacteria’s presence from patient spu- 
tum samples include isolation of the organism on 
culture media or detection of the bacteria by DNA 
probe. Another test detects L. pneumophila antigens in 
the urine. 


Treatment 


Most cases of Legionella pneumonia show 
improvement within 12-48 hours of starting antibiotic 
therapy. The antibiotic of choice has been erythromy- 
cin, sometimes paired with a second antibiotic, rifam- 
pin. Tetracycline, alone or with rifampin, is also used to 
treat Legionnaire disease, but has had more mixed 
success in comparison to erythromycin. Other antibi- 
otics that have been used successfully to combat 
Legionella include doxycycline, clarithromycin, fluori- 
nated quinolones, and trimethoprim/sulfamethoxazole. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Antibody—A molecule created by the immune system 
in response to the presence of an antigen (a foreign 
substance or particle). It marks foreign microorganisms 
in the body for destruction by other immune cells. 
Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it directs 
an immune response. 

Culture—A means of growing bacteria and viruses in 
a flask or on a plate. The culture medium usually is 
agar, a form of gelatin, that may be enriched with 
broth or blood. 

DNA probe—An agent that binds directly to a pre- 
defined sequence of nucleic acids. 
Immunocompromised—A condition in which 
the immune system is not functioning properly 


The type of antibiotic prescribed by the doctor 
depends on several factors including the severity of 
infection, potential allergies, and interaction with 
previously prescribed drugs. For example, erythro- 
mycin interacts with warfarin, a blood thinner. 
Several drugs, such as penicillins and cephalosporins, 
are ineffective against the infection. Although they 
may be deadly to the bacteria in laboratory tests, 
their chemical structure prevents them from being 
absorbed into the areas of the lung where the bacteria 
are present. 


In severe cases with complications, antibiotic ther- 
apy may be joined by respiratory support. If renal 
failure occurs, dialysis is required until renal function 
is recovered. 


Prognosis 


Appropriate medical treatment has a major 
impact on recovery from Legionnaire disease. 
Outcome is also linked to the victim’s general health 
and absence of complications. If the patient survives 
the infection, recovery from Legionnaire disease is 
complete. Similar to other types of pneumonia, severe 
cases of Legionnaire disease may cause scarring in the 
lung tissue as a result of the infection. Renal failure, if 
it occurs, is reversible and renal function returns as the 
patient’s health improves. Occasionally, fatigue and 
weakness may linger for several months after the infec- 
tion has been successfully treated. 
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and cannot adequately protect the body from 
infection. 


Immunoglobulin—The protein molecule that serves 
as the primary building block of antibodies. 
Immunosuppressive therapy—Medical treatment in 
which the immune system is purposefully thwarted. 
Such treatment is necessary, for example, to prevent 
organ rejection in transplant cases. 


Legionellosis—A disease caused by infection with a 
Legionella bacterium. 


Media—Substance which contains all the nutrients 
necessary for bacteria to grow in a culture. 


Phagocytosis—The “ingestion’’ of a piece of matter 
by a cell. 


Prevention 


Since the bacteria thrive in warm stagnant water, 
regularly disinfecting ductwork, pipes, and other areas 
that may serve as breeding areas is the best method for 
preventing outbreaks of Legionnaire disease. Most 
outbreaks of Legionnaire disease can be traced to 
specific points of exposure, such as hospitals, hotels, 
and other places where people gather. Sporadic cases 
are harder to determine and there is insufficient evi- 
dence to point to exposure in individual homes. 
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Legumes 


fl Legumes 


Legumes or beans are species of plants in the 
family Fabaceae (also known as Leguminoseae), a 
very large family containing about 12,000 species and 
440 genera with species occurring on all of the habit- 
able continents. 


The most species-rich groups in the legume family 
are the milk vetches (Astragalus spp.) with 2,000 spe- 
cies, indigos (Indigoifera spp.; 500 species), clovers 
(Trifolium spp.; 300 species), beans (Phaseolus spp.; 
200 species), and lupines (Lupinus spp.; 200 species). 
Although some taxonomists include the closely related 
species of the families Caesalpinaceae (about 2,200- 
3,000 species) and Mimosaceae (3,000 species) with the 
legume family, the greater legume family includes the 
Fabaceae, Caesalpinaceae, and Mimosaceae. 


Some legume species are very important as food 
plants for humans and livestock. Economically legumes 
are second in agricultural importance only to the culti- 
vated species of the grass family, such as wheat, maize, 
and rice. Because many legume species can utilize nitro- 
gen gas (N>) in the atmosphere, their foliage and fruits 
are relatively rich in proteins and are important sources 
of nutrients for humans and animals. Some legumes are 
also used as ornamental plants. 


Biology of legumes 


Legume species represent a wide variety of growth 
forms, ranging from annual plants to herbaceous per- 
ennials to woody shrubs, vines, and trees. 


The leaves of legumes are typically arranged alter- 
nately on the stems and are commonly compound, 
meaning that each leaf is composed of several to 
many leaflets arranged along a central stalk. In some 
herbaceous climbing species, leaflets are modified into 
spirally winding clinging organs known as tendrils. 


Legume flowers are bilaterally symmetrical and 
generally arranged into groups known as inflorescen- 
ces. The five petals are modified into distinctive struc- 
tures. The topmost petal is called the banner or 
standard, the two lateral petals are called wings, and 
the bottom two are fused into a structure known as the 
keel, which encloses the ten stamens and single pistil of 
the flower. Legume flowers are usually scented, 
brightly colored, and contain nectar. All of these are 
adaptations to attract flying insects who are pollinate 
the flowers. 


Legume fruits are dry or fleshy multiseeded struc- 
tures known as legumes or pods. The fruits and seeds 
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Red clover (Trifolium pratense). (JLM Visuals.) 


of some species are highly nutritious because of their 
large concentrations of protein. The seeds of some 
species, however, contain toxic alkaloids and can be 
poisonous. 


About half of all legume species have bumpy nod- 
ules on their roots that house symbiotic (or mutualis- 
tic) bacteria with the ability to “fix” atmospheric 
nitrogen gas into ammonia, which the plant then uses 
as a nutrient to synthesize proteins. The bacteria 
responsible for nitrogen fixation in legumes are in the 
genus Rhizobium with separate strains or species asso- 
ciated with each symbiotic legume species. The 
Rhizobium bacteria have the ability to synthesize a 
chemical known as nitrogenase, an enzyme that can 
cleave the very strong triple bond of nitrogen gas (N>) 
(NH3) to produce ammonia. Because nitrogen gas is 
otherwise inert to biological reactions, while ammonia 
(as ammonium ion, NH,°) is a chemical that plants 
can easily utilize for nutrition, nitrogen fixation is an 
extremely useful function. Legumes that have symbi- 
otic Rhizobium living in their root nodules may have 
important ecological advantages in competition with 
other types of plants, especially if they are growing in 
otherwise nitrogen-poor habitats. 


Native legumes of North America 


Many species in the legume family are indigenous 
to the natural plant communities of North America. 
Numerous other species have been introduced from 
Eurasia, Africa, and elsewhere, and are now natural- 
ized in North America. The introduced plants are 
mostly species that are grown in agriculture or horti- 
culture and were able to escape from cultivation to 
establish wild populations. 


Native legume species of are among the most beau- 
tiful and engaging wildflowers of North America. 
Some of the most interesting and attractive include 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the wild lupines (such as Lupinus perennis), false blue 
indigo (Baptisia australis), wild indigo (B. tinctoria), 
tick-trefoils (Desmodium spp.), bush-clovers (Lespedeza 
spp.), beach pea (Lathyrus maritimus ) and marsh pea (L. 
palustris ), milk-vetches, and loco-weeds (Oxytropis spp.). 


Some North American examples of tree-sized 
legumes that occur in temperate climates include the 
black locust (Robinia pseudoacacia), yellow-wood (Cla- 
drastis lutea), redbud (Cercis canadensis), honey locust 
(Gleditsia triacanthos), and Kentucky coffee tree(Gym- 
nocladus dioica). These are all native to the eastern 
United States, but are cultivated as ornamentals more 
widely, sometimes escaping into roadside and secon- 
dary-forest habitats. 


Other native species occur in subtropical habitats 
in the southern United States. These include the east- 
ern coralbean (Erythrina herbacea) of the southeast- 
ern states, Bahama lysiloma (Lysiloma bahamensis), 
and fish-poison tree (Piscidia piscipula) of southern 
Florida. Subtropical legumes in the southwestern 
states include cattail acacia (Acacia greggii), sweet 
acacia (A. farnesiana), and other acacias, along with 
species of leadtrees (Leucaena spp.) and blackbeads 
(Pithecellobium spp.). 


Legumes in agriculture 


Some species of legumes are important foods for 
humans and domestic livestock. Their seeds are typi- 
cally highly nutritious and rich in protein, carbohy- 
drates, oils, fiber, and other nutrients. However, the 
protein-rich nature of legume seeds, a consequence of 
their nitrogen-fixing symbiosis, is perhaps their most 
important attribute as a food. Numerous species of 
legumes are grown in agriculture, and it is likely that 
there are other species of legumes of potential agricul- 
tural importance that have not yet been discovered, 
especially in the tropics. 


One of the most important agricultural legumes is 
the peanut or groundnut (Arachis hypogaea), origi- 
nally native to Brazil but now cultivated much more 
widely. After the aboveground flowers of the peanut 
are pollinated, the supporting stem turns and forces its 
way into the ground where the flowers then develop 
into their familiar, shelled fruits. Peanuts can be eaten 
raw or roasted, pulverized into peanut butter, or as an 
ingredient in cakes and cookies. Peanuts are also used 
to manufacture an edible oil. Sometimes a fungus 
known as Aspergillus flavus will infest stored peanuts. 
This fungus will excrete a potent toxic known as afla- 
toxin, which can cause liver damage and possibly lead 
to the development of cancers. In addition, some peo- 
ple develop an extreme allergy to peanuts, and these 
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hypersensitive individuals can be killed by inadver- 
tently eating any food containing peanuts. 


Another very important species of legume is the 
soybean (Glycine max), originally native to Southeast 
Asia. This species can be eaten cooked or as fresh 
sprouts, or it can be processed into a protein-rich 
material known as tofu, another substance known as 
soy flour, or into a nutritious drink known as soy- 
milk. Soybeans are important ingredients in some of 
the meat substitutes that have recently been developed 
such as vegetarian hot dogs. Soybeans are also pressed 
to produce edible oils. 


The seeds of many other legume species are also 
eaten. These include the chick-pea (Cicer arietinum), 
lentil (Lens esculenta), common pea (Pisum sativum), 
broad or faba bean (Vicia faba), cowpea (Vigna 
sinensis), common bean (P. vulgaris), mung bean 
(Phaseolus aureus), lima bean (P. lunatus), and scar- 
let runner bean (P. multiflorus). The entire pod of the 
carob (Ceratonia siliqua) can be eaten and is similar to 
a candy because of the naturally large concentration of 
sugar that it contains. 


The licorice (Glycyrrhiza glabra) is a perennial 
herb that is native to southern Europe and Asia and 
is now cultivated more widely. The rhizome of licorice 
is used mostly in the preparation of candy and to much 
smaller degrees to prepare medicinals, shoe polish, 
and to flavor tobacco. 


Some legume species are important in agriculture 
as nitrogen-rich forages for domestic livestock. Those 
commonly cultivated in North America include alfalfa 
or lucerne (Medicago sativa), sweet clovers (Melilotus 
officinalis and M. alba), bird’s-foot trefoil (Lotus cor- 
niculatus), vetches (Vicia cracca and other species), 
and various species of clovers, including red clover 
(Trifolium pratense), white clover (T. repens), hop 
clovers (T. agrarium and T. procumbens), and alsike 
clover (T. hybridum). Legumes are also used as a 
“green manure” or soil conditioner that is grown and 
then plowed into the ground to organic matter and 
fixed nitrogen in the soil. 


Other economic products obtained 
from legumes 


Many tree-sized legume species are valuable for 
their hard, durable timber. North American species 
are relatively minor in this respect, although the 
Kentucky coffee tree, black locust, and honey locust 
are used as lumber to some degree. 


Some leguminous species of tropical hardwoods 
are highly prized for fine woodworking. Purpleheart 
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(Peltogyne paniculata) is a very hard, strong, and 
durable wood found in northern South America; a 
brownish color when first sawed, it turns a spectacular 
purple after exposure to the atmosphere. This tropical 
hardwood is used to manufacture fine furniture and as 
a decorative inlay into other woods. Rosewoods also 
have hard, dark-purple woods that are widely sought 
after to manufacture fine furniture and other goods. 
Examples include Brazilian (Dalbergia nigra) and 
Asian rosewoods (D. latifolia and D. sissoo). 


Various Acacia tree species are also important 
sources of lumber, for example, A. melanoxylan and 
A. visco in Australia. Species of Albizia are also impor- 
tant timber trees. 


Mesquite seeds (Prosopis juliflora), found in the 
southwestern United States and Mexico, are used as 
animal feed, and while the wood is burned to manu- 
facture a flavor-enhancing charcoal. Mesquite flavor- 
ings are popular, and many foods are now seasoned 
with this plant, including potato and corn chips. 


Sunn is a fiber obtained from Crotalaria juncea, a 
legume native to south Asia. This is an annual plant, 
grown mostly in the Indian subcontinent and used to 
manufacture twine, ropes, bags, and canvas. 


Gums are plant compounds used as adhesives, to 
manufacture paints and candies, prepare paper, and 
manufacture certain medicines. Important gums are 
made from extracts of certain legume species including 
gum tragacanth from Astragalus gummifer, gum ara- 
bic from Acacia senegal and A. stenocarpa, and trag- 
asol from the carob (Ceratonia siliqua). 


The barks of some acacia species are sometimes 
used as sources of tannins, chemicals that are used 
mostly to manufacture leather from animal skins. 
Species used for this purpose include Acacia dealbata, 
A. decurrens, and A pycnantha, all native to Australia 
but also cultivated elsewhere. 


Some important dyes are extracted from species in 
the legume family. One of the world’s most important 
natural dyes is indigo, extracted from the indigo 
(Indigofera tinctoria) plant of south Asia and to a 
lesser degree from American indigo (J. suffruticosa) 
of tropical South America. Indigos are still cultivated 
widely for their dark-blue dye, although similar chem- 
icals have been synthesized since 1900 and are widely 
available. 


Other important natural dyes are obtained from 
the heartwood of several species of leguminous trees. 
Logwood (Haematoxylon campechianum) is a small, 
thorny tree native to Central America that is an impor- 
tant source of a dye known as hematoxylin, which 
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has a deep, purple-red color, and can also be manu- 
factured into a persistent black dye. The brazilette 
(H. brasiletto) is a source of a natural red dye as are 
brazilwood (Caesalpina brasiliensis ) and sappanwood 
(C. sappan) of south Asia. 


Derris or rotenone is a poisonous alkaloid that 
has long been used by indigenous peoples of Southeast 
Asia for arrow and fish poisons. Rotenone is now used 
widely as a rodenticide and insecticide. This chemical 
is mostly extracted from the plants Derris elliptica and 
D. mataccensis. 


Shellac is now a relatively minor product, but 
until recently it was widely used for finishing wood 
and for manufacturing products such as phonograph 
records and electrical insulators. Shellac is derived 
from a sticky substance that is secreted by an Asian 
insect, Tachardia lacca. However, several species in the 
legume family are cultivated as hosts for the insect, 
including the pigeon pea (Cajanus cajan) and babul 
tree (Acacia arabica). 


Legumes in horticulture 


Some legumes are important in horticulture, where 
they are typically grown for their beautiful flowers and 
sometimes as foliage plants. The scotch broom (Cytisus 
scoparius ) is a green-stemmed bushy shrub with attrac- 
tive yellow flowers. Gorse (Ulex europaeus) is also a 
shrub with spiny branches and bright yellow flowers. 
These are widely used in horticulture in temperate 
climates, as are the North American trees, redbud, 
Kentucky coffee tree, and black and honey locust. 
Some nonnative horticulture species found in temper- 
ate North American climates include species of labur- 
num such as Scotch laburnum (Laburnum alpinum) 
and common laburnum (L. anagyroides). 


Many other leguminous trees and shrubs are 
grown as ornamentals in subtropical and _ tropical 
climates. Species cultivated in southern parts of the 
United States include the royal poinciana (Delonix 
regia) of Madagascar, the paradise poinciana (D. gillie- 
sii) of South America, the tamarind ( Tamarindus indica) 
of south Asia, and the silk tree (Albizia julibrissin) and 
woman’s tongue (A. /ebbek) of south Asia. 


Various species of garden lupines (Lupinus) are 
grown for their tall attractive spikes of colorful flow- 
ers. Commonly grown species include L. polyphyllus 
and L. nootkatensis whose flowers are naturally blue 
but also occur in white, pink, red, and other floral 
cultivars. 


Other legumes that are commonly grown in gardens 
include the Japanese wisteria (Wisteria floribunda), 
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KEY TERMS 


Bilateral symmetry—tIn reference to flower shape, 
this indicates that a vertical sectioning of the flower 
will produce two halves with symmetric features. 


Compound leaf—A leaf in which the blade is sepa- 
rated into several or many smaller units, called leaf- 
lets, arranged along a central petiole or stalk known 
as a rachis. 


Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attributes. 
Cultivars are not sufficiently distinct in the genetic 
sense to be considered to be subspecies. 


Legume—This is a type of fruit, also known as a 
pod, which is developed from a single ovary but con- 
tains multiple seeds and opens along a single seam 
when ripe. 


Nitrogen fixation—The conversion of atmospheric 
nitrogen gas (N>) to ammonia or an oxide of nitrogen. 


Chinese wisteria (W. sinensis), and related species. The 
sweet pea (Lathyrus odoratus) is also commonly grown 
as an attractive, climbing plant. 


Legumes as weeds 


Some species of legumes that are cultivated in 
agriculture or horticulture have become naturalized 
in seminatural and natural habitats, and some of 
these are considered invasive weeds. Examples of 
these species include Scotch broom, gorse, garden 
lupines, vetches, and some other species. These are 
rarely considered important enough as weeds to be 
the specific targets of control programs. 


One exception, however, is the kudzu vine 
(Pueraria lobata), native to Japan and introduced to 
the southeastern United States as a forage plant and to 
control erosion. This species has become a serious, 
invasive weed in some places. Control methods 
include the use of herbicides and the excavation of its 
large, underground, roots. 


A few species of legumes have foliage or seeds that 
can be extremely toxic to humans and domestic ani- 
mals, and these may be actively controlled to reduce 
the risks of poisoning. The best North American 
examples of toxic legumes that are sometimes consid- 
ered to be pests because they can poison livestock on 
rangelands are the locoweeds (Oxytropis spp., and to 
a lesser degree, Astragalus spp.). The precatory pea or 


GALE ENCYCLOPEDIA OF SCIENCE 4 


This process can occur biologically through action of 
the microbial enzyme, nitrogenase, or inorganically 
at high temperature and pressure. 


Nitrogenase—An enzyme synthesized by Rhizo- 
bium and some other microorganisms that is capable 
of cleaving the triple bond of nitrogen gas (N>), gen- 
erating ammonia (NH3), a type of fixed nitrogen that 
plants can utilize in their nutrition. 


Rhizome—This is a modified stem that grows hori- 
zontally in the soil and from which roots and 
upward-growing shoots develop at the stem nodes. 
Tendril—A spirally winding, clinging organ that is 
used by climbing plants to attach to their supporting 
substrate. In the legume family, tendrils are derived 
from modified leaflets. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


rosary bean (Abrus precatorius) that now grows wild 
in subtropical and tropical climates was introduced as 
an ornamental plant to south Florida where it is now 
naturalized. This species has small (less than 0.4-inch 
[1 cm] long) very attractive crimson seeds with a jet- 
black spot at one end, but these are so toxic that a 
single one can kill a person if chewed. Precatory peas 
are sometimes used to make beautiful seed-necklaces, 
but these can be deadly in the hands of children. 
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l Lemmings 


Lemmings are small mouselike rodents in the fam- 
ily Muridae, which also includes the voles, gerbils, 
hamsters, rats, and mice. Lemmings occur in open, 
northern habitats, especially in alpine and arctic tun- 
dra of North America and Eurasia. Lemmings are 
herbivores, feeding on sedges, grasses, berries, roots, 
and lichens. Lemmings are ecologically important in 
their habitat, in part because they are the major food 
of many species of predators. 


Lemmings are highly fecund animals. When condi- 
tions are appropriate to their survival, some species of 
lemmings can become extremely abundant, an event that 
population ecologists refer to as an “irruption.” When 
this happens, it seems that lemmings are everywhere, and 
indeed they are—they literally run over your feet in 
meadows, and may invade northern towns. Under these 
conditions the lemmings are driven to make short- 
distance migrations in search of food and new habitat. 


Northern European legends about lemmings 
include references to mass migrations by these ani- 
mals, in some cases including large numbers 
approaching seacliffs, jumping fearlessly into the 
ocean, and then swimming out toward the horizon 
until they become exhausted, and drown. These stories 
about mass migrations of lemmings are quite remark- 
able, but they may be somewhat embellished. There is 
no doubt, however, the some species of lemmings can 
periodically attain extraordinarily large populations, 
which then crash to smaller abundances, on about a 
three-to-five-year periodicity. 


The true lemmings are four species in the genus 
Lemmus. The brown lemming (Lemmus_ sibiricus) 
occurs in alpine and arctic tundras of northern North 
America, and in Siberia. The Norway lemming 
(Lemmus lemmus) is most famous for its periodic 
irruptions. When these animals are abundant, they 
can literally eat most of the available food, causing 
their own starvation and that of other herbivores, 
including reindeer (Rangifer tarandus). 


The collared or Arctic lemming (Dicrostonyx tor- 
quatus) is a widespread species of the Arctic tundra, 
occurring in both North America and Eurasia. 
Collared lemmings sometimes irrupt in abundance, 
and when this happens they are the focus of hunting 
of all predators, even those as large as wolves and 
bears. This species has a white pelage in the winter, 
but is brown during the brief, arctic summer. 


The bog lemmings are North American species of 
moist habitats, especially Sphagnum bogs. The southern 
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bog lemming (Synaptomys cooperi) occurs in the north- 
eastern United States and southeastern Canada, while 
the northern bog lemming (S. borealis) ranges through 
most of forested Canada and Alaska. 


Bill Freedman 


Lemon tree see Citrus trees 


| Lemurs 


Lemurs are primitive primates, or prosimians, 
found only on the island of Madagascar and nearby 
small islands off the eastern coast of Africa. Although 
lemurs, lorises, and tarsiers are all prosimians, or “pre- 
monkeys,” only the lemurs and lorises have the typical 
prosimian snout that, like a dog’s, remains moist. This 
wet snout, called a rhinarium, suggests that scent is a 
particularly important sense to lemurs. Most lemurs, 
like other prosimians, also possess two built-in tools for 
grooming. The so-called “toilet claw” is located on the 
second toe of the hind foot (all other digits have a nail), 
and is used for picking through fur and eating. They 
also have a group of lower teeth (incisors) that combine 
into a horizontal tool called a dental comb, also used 
for grooming. All lemurs are nocturnal in habit. 


Lemurs are classified in five families: the typical 
lemurs (Lemuridae); the sportive lemurs (Lepilemuri- 
dae); the dwarf and mouse lemurs (Cheirogaleidae); the 
indrids (Indriidae, including the indri, sifaka, and avahi); 
and the aye-aye, the lone member of Daubentoniidae. 


The common name lemur means “ghost.” It was 
given to these elusive creatures by the famous eight- 
eenth century Swedish biologist, Carolus Linnaeus. 
Attracted by their large, bright eyes and strange calls, 
he thought they resembled the wandering spirits of the 
dead, called /emures in Latin (the language of science 
of the time). Linnaeus gave the name to many prosi- 
mians, but today the term lemur is used only for the 
prosimians of Madagascar and the Comoro Islands. 


The lemurs of Madagascar were cut off from the 
mainstream of primate evolution at least 50 million 
years ago. In Madagascar, they evolved to occupy 
many ecological niches that, on the continent of 
Africa, were occupied by monkeys or apes. About 40 
different species of lemurs evolved. Some, about as 
large as the great apes, are known only by their fossils. 


Lemurs have flat nails instead of claws on both 
hands and feet. Most have 36 teeth, though the indrids 
have 30 and the ring-tailed lemur has 32. Many lemurs 
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Two ring-tailed lemurs grooming each other. (Tom McHugh. The National Audubon Society Collection/Photo Researchers, Inc.) 


exhibit profound differences in weight and activity from 
one season to the next. For example, the male’s scrotum, 
which holds the testicles, may enlarge as much as eight 
times as the mating season of summer approaches. 


Mouse and dwarf lemurs 


The smallest lemurs are called mouse and dwarf 
lemurs, family Cheirogaleidae. The smallest species is 
the lesser mouse lemur (Microcebus murinus), which is 
about 5 in (12.5 cm) in length with an equally long tail. 
It weighs less than 2 oz (57 g). The brown lesser mouse 
lemur (M. rufus) is slightly larger. Coquerel’s mouse 
lemur (irza coquereli), the largest species in this group, 
is about twice as long. It is one of the rarest lemurs 
because its deciduous forest is being destroyed by log- 
ging and conversion to agriculture. 


These little, large-eyed lemurs have long hind legs, 
useful for leaping. The lesser mouse lemur hops like a 
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frog when on the ground. The females have three pairs 
of nipples, while true lemurs have only a single pair. 
They bear two or three tiny young (only about 0.2 oz 
[5 g] each) after a gestation period of about 60 days in 
the smaller species and 89 days in the larger. 


Mouse lemurs survive the dry season, when food is 
scarce, by living off nourishment stored in their fat tail. 
Mouse lemur females share a spherical leaf nest with 
each other and their young, while males usually curl up 
by themselves. They all hunt at night as solitary individ- 
uals, eating primarily insects and some leaves, usually 
those bearing ant secretions. As they move about, they 
communicate with each other by high-pitched calls. 


Mouse lemurs are active, busy creatures, while the 
dwarf lemurs (Cheirogaleus spp.) are rather sluggish 
all year. Dwarf lemurs are true hibernators, and are 
active only during the rainy season. The fat-tailed 
dwarf lemur (C. medius) stores fat at the base of its 
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A ring-tailed lemur sits in a tree at the Lowry Park Zoo in 
Florida. (© Mark Phillips, Photo Researchers, Inc.) 


tail for use during its six-month hibernation. Dwarf 
lemurs are incapable of leaping from branch to 
branch, and they live in areas where the tree branches 
are closer together. Only the greater dwarf lemur 
(C. major) resides in wet rainforest; the other three 
species live in drier forest. 


The hairy-eared dwarf lemur (Allocebus trichotis) 
was long thought to be extinct, but was rediscovered in 
1965. Virtually nothing is known about it. The fork- 
marked dwarf lemur (Phaner furcifer) has a dark stripe 
on its back which curves over the head and links up 
with the dark eye rings that mark all mouse and dwarf 
lemurs. Unlike Cheirogaleus, it is a great leaper, 
achieving distances of up to 33 ft (10 m) in a single 
bound. 


True lemurs 
The true, or typical lemurs (Lemuridae) are diur- 


nal primates and thus have relatively smaller eyes than 
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the mouse and dwarf lemurs. Their eyes are golden 
yellow. Their body is about the size of a domestic cat, 
but their tail is considerably longer. These lemurs eat 
fruit, leaves, and some insects. Their social groups 
vary in size from two to more than 20, and the females 
tend to dominate the males. The females also are 
responsible for defense of the group. The females usu- 
ally bear a single offspring after a gestation period of 
about 18 weeks. The young lemur rides on its mother’s 
back for several months. 


The fluffy, black-and-white striped tail of the ring- 
tailed lemur (Lemur catta) is present in both males and 
females, though most lemurs exhibit sexual dimor- 
phism, or different coloring in males and females. 
When moving, the ring-tailed lemur holds its dramatic 
tail up in a gentle curve. It also waves it to disperse the 
chemical released by its scent glands, which are located 
on its forearms. These glands have tiny spurs that can 
slash the bark of trees, leaving the slash scented with 
their territory-marking odor. The ring-tailed male also 
uses this scent in a strange kind of combat. When two 
aggressive males confront each other, each rubs its 
long tail on its forearm scent gland, turns, and waves 
its smelly tail. Apparently, one of the antagonists finds 
itself overwhelmed and gives in. 


The ring-tailed lemur is about 15 in (38 cm) long, 
with an 18-20-in (46-51 cm) tail, and weighs about 6-7 
Ib (2.7-3.2 kg). Although ring-tailed lemurs spend 
most of their time on the ground (they are the only 
lemur that does this), they climb trees in their open 
forest in the early morning to reach the sunlight, which 
warms them after a chilly night. Because they spend 
much of their time walking on the ground, they have 
smooth, leathery palms and soles. 


Only the male black lemur (ZL. macaco) is com- 
pletely black. Females have a white ruff around their 
black face and a white chest. The rest of the female’s 
body is reddish brown. The mongoose lemur (L. mon- 
goz) exhibits similar sexual dimorphism. Although 
males and females are both gray-brown in color, the 
females have white cheeks and neck, while the males 
have red cheeks. The widely occurring brown lemur 
(L. fulvus) is a stay-at-home, rarely moving more than 
300 ft (90 m) from its territory, which consists of only a 
few trees. Within this territory it tends to remain near 
the tops of the trees. It may be active day or night. 


The largest of the true lemurs is the ruffed lemur 
(Varecia variegata) of eastern Madagascar. It may be 4 
ft (1.2 m) long from head to tail and weigh up to 6.5 Ib 
(3 kg). Mostly a black animal, the long, shaggy fur of 
its ruff may be white or reddish. Its back and part of its 
legs are also white. Strangely, unlike the other true 
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lemurs, the ruffed lemur has a fairly short gestation 
period (about 100 days compared to 120-135 days for 
the other species), and its offspring (often twins) are 
born too weak to hang onto their mother. She places 
them in a small fur-lined nest for at least three weeks. 


The genus of so-called gentle lemurs (which are no 
more gentle than other lemurs), Hapalemur, prefers a 
watery habitat as well as forest. These lemurs live 
among the reeds located by lakes, and are sometimes 
good swimmers. They eat the soft heart, or pith, of the 
reeds, and they also like sugarcane. The gentle lemurs are 
more thickset than most lemurs. The broad-nosed gentle 
lemur (H. simus) occurs in only three tiny populations 
and is critically endangered. The gray gentle lemur 
(1. griseus) is more widespread but also threatened. 


Sportive lemurs 


Traditionally considered to be members of the 
Lemuridae, sportive lemurs were recently separated 
by some taxonomists into their own family, the 
Lepilemuridae, which includes seven closely related 
species. Sportive lemurs (Lepilemur spp.) received 
this name because, when threatened, they turn and 
raise their arms as if preparing to box. In their dry 
habitat, these lemurs eat primarily prickly succulent 
plants that provide so little nourishment that they eat 
their own feces to further digest the food (this is known 
as coprophagy). Unlike most lemurs, sportive lemurs 
live semi-solitary lives, with one male in a territory 
encompassing the smaller territories of several sepa- 
rated females. Sportive lemurs have 32 teeth as an 
adult instead of the 36 that true lemurs have. 


Indris or leaping lemurs 


The family Indriidae includes the two species of 
woolly lemurs or avahis, the indri, and three (or more) 
species of sifakas. These prosimians have only 30 teeth 
instead of the 36 found in most other lemurs. When on 
the ground, they primates tend to walk or leap upright. 


The indri (/ndri indri) is the largest prosimian. Its 
name comes from a misunderstanding. Early explorers 
thought the natives were naming the animal when they 
said, “indri, indri.” Instead, they were exclaiming, 
“There it is” or “Look at that.” The indri is quite 
heavy, weighing more than 13 lb (6 kg) with a head 
plus body 27 in (69 cm) long. Unlike most prosimians, 
its tail is insignificant. It is black and cream in color, 
with an alert, humorous face. The cream color on its 
rump continues on down the back of its legs. However, 
some individuals do not have clear color differentia- 
tion. Indris live in groups that continually sing 
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(actually closer to a “howl”) together, a sound that 
echoes through their tropical rainforest. They are a 
protected species, which is fortunate because they do 
not breed frequently. A female gives birth only once in 
two or three years. 


The sifakas (Propithecus spp.) are soft, fluffy, and 
fairly large, at least 40 in (102 cm) in length including 
their long tail. Their whitish color is highlighted by a 
dark face and crown. Their name is an interpretation of 
the sound they commonly make. Sifakas often cling to 
vertical tree trunks and have legs and feet specially 
adapted for that position. Their legs are longer than 
their arms, and the big toe is especially long and strong 
for grasping. The diademed sifaka (P. diadema) of east- 
ern Madagascar is quite rare and has not been studied 
to any extent; attempts to keep it in captivity have 
failed. The more common Verreaux’s sifaka (P. ver- 
reauxi) is a territorial animal that marks its territory 
using glands located on the throat. The single offspring 
is carried on the mother’s stomach for several months 
before moving onto her back. The golden crowned 
sifaka (P. tattersalli) of northeastern Madagascar was 
only described in 1988. It is one of the most endangered 
lemurs with fewer than 10,000 individuals surviving in 
the wild in small, fragmented populations. 


The woolly lemurs, or avahis (Avahi spp.), are the 
smallest members of this family, being only about 12 
in (30 cm) long, plus an equally long tail, and weighing 
about 2 Ib (0.9 kg). Basically colored gray-brown, they 
have lighter rings around the eyes. Their major food 
comes from leaves, but they also eat flowers, and occa- 
sionally fruits and bark. Unlike the other indrids, the 
avahi is nocturnal, and its social groups include only 
three to five individuals. 


Aye-Aye, a superfamily of its own 


The aye-aye (Daubentonia madagascariensis) is 
placed in a family, Daubentoniidae, by itself. It was 
given its friendly name by the first European to see it, 
Pierre Sonnerat, from the sound it makes. Looking 
rather like a squirrel with large eyes, it is about 3 ft 
(91 cm) long including its bushy tail. It has short, white 
fur beneath dark brown and white-tipped coarser fur. 
One of the prime reasons it is placed in a family by 
itself is that it has only 18 teeth. Instead of a dental 
comb, it has front incisors that, like a rodent’s, grow 
continuously. 


Seen head-on, the aye-aye’s face looks triangular, 
made so by its large pointed ears and sharply pointed 
nose and chin. The aye-aye’s long grasping hands and 
feet have an extra-long middle finger with a hooked 
claw. This flexible digit is used clean insects from its 
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KEY TERMS 


Dental comb—A group of lower incisor teeth on 
most prosimians that have moved together into a 
horizontal position to form a grooming tool. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Grooming claw—A claw located on the second 
hind toe of many prosimians, used for grooming 
the fur. 


Nocturnal—Active in or related to nighttime. 


Rhinarium—The rough-skinned end of the snout, 
usually wet in prosimians, indicating that smell is 
important to them. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


fur and as a probe to to scrape insect larvae, especially 
beetle grubs, from holes in wood. It also uses the claw 
on its long middle finger as a cup for drinking and for 
scooping coconut meat out of the shell. Aye-ayes lacks 
the toilet claw of other lemurs. Aye-aye females appa- 
rently breed only every other year or so. They are the 
only primates that have nipples located on the abdo- 
men instead of on the chest. 


A larger aye-aye (D. robusta) became extinct 
probably less than 1,000 years ago. Daubentonia 
madagascariensis was thought to be extinct after 
1930, but was rediscovered in 1957 in the eastern 
rainforest. The aye-aye was once considered one of 
the most endangered mammals in Madagascar, but 
scientists now believe that it is elusive rather than 
very rare. The species is found in several protected 
areas in Madagascar. An uninhabited island, Nosy 
Mangabe, is a protected reserve for this species. 
In the 1960s, nine aye-ayes were captured and taken 
to this island, where they have established a small 
population. 


Threats to lemur survival 


At least 14 species of Madagascar lemurs have 
become extinct since humans colonized the island 
about 2,000 years ago. The remaining species are all 
in danger of extinction as the human population 
continues to expand, requiring space, food, and fire- 
wood. Lemur species that eat a relatively wide variety 
of food will be more likely to survive as their habitat 
diminishes. 
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Lemurs are protected by Malagasy law, but they 
are still often hunted as a delicacy. Some lemurs are 
killed for superstitious reasons, but others are pro- 
tected for the same reasons. For example, some tribes 
believe the indri takes on the souls of their ancestors, 
therefore they are opposed to killing these lemurs. On 
the other hand, some tribes regard the presence of an 
aye-aye near a village as a signal of coming death, and 
they quickly kill these animals when they find them. 


All lemurs need protection, as does their remain- 
ing habitat. Some species can be bred in captivity. 
Successful captive-breeding programs have been estab- 
lished for the black lemur and the ruffed lemur, with the 
hope of returning the offspring to Madagascar. Indris 
and aye-ayes, on the other hand, have proved very 
difficult to maintain, let alone breed, in captivity. 
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| Lens 


In the field of optics, a lens is a device used for 
focusing or defocusing a beam of light. It is usually 
made from shaped glass. A device that uses other types 
of electromagnetic radiation, other than light, are also 
called a lens. 


A lens is commonly formed from a disk-shaped 
blank of transparent material, such as glass, plastic, or 
fused quartz; both sides are ground and polished, with 
at least one surface being polished with a curve. The 
word lens is derived from the Latin word for lentil, 
since the shape of a lens resembles the curved surface 
of a lentil bean. 


Lenses (the plural of lens) are important in everyday 
life. Eyes have lenses that can be adjusted by the ciliary 
muscles surrounding the lens to provide a clear image of 
objects far away or up close. The ability of the lens to 
change its focal length diminishes with age, often requir- 
ing correction with external lenses (glasses or contact 
lenses). Lenses are also used in optical instruments such 
as cameras, telescopes, binoculars, microscopes, and 
lighthouse assemblies. Lenses come in many differing 
shapes, with each surface being flat, concave, or convex. 


Focusing, or convergence, occurs because the lens 
refracts light, as is shown in Figure la: parallel rays 
enter the convex lens from the left and, since light 
travels more slowly through the lens than through 
air, the rays are bent toward the optical axis that 
runs through the center of the lens. The rays come 
together at a point in space that is separated from the 
lens by the focal length (f). Calculating f for a simple 
spherical lens (which has a curved surface with a 
spherical shape) is done using the simple formula 


where 7 is the refractive index of the glass, and r/ 
and r2 are the radii of curvature of the first and second 
surfaces respectively. The radius value is positive if the 
surface is concave and negative if convex. From this 
formula, it is apparent that reducing the radius of cur- 
vature of one or both surfaces will shorten the focal 
length. Flat surfaces have an infinite radius of curvature 
and therefore do not contribute to focusing. Figure 1b 
shows the effect of concave surfaces on the focusing of 
light: the parallel rays entering the lens are bent away 
from the optical axis and are said to diverge. In this 
case, the lens is called a negative lens. (Note that diver- 
gence of the rays is such that they seem to emanate from 
a point that is one focal length behind the lens.) 
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converging lens 


diverging lens 


Two basic types of lens shapes with light ray projections. 
A converging lens is thicker in the middle. A diverging lens is 
thicker at the edges. (Argosy. The Gale Group.) 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Lenses are important because they can be used 
to form an image of an object. There are two types 
of images that may be formed. The first is the real 
image, which is formed on the side of a lens away 
from the object and can be projected onto viewing 
screen. The second is a virtual image, which is formed 
on the object side of the lens and cannot be projected 
on a screen; however, the virtual image can be viewed 
by looking into the lens, as with a microscope. The 
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Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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size, position, magnification, and type of image formed 
by a positive lens depend on the position of the object 
relative to the focal length. When the object is located 
two focal lengths away from the lens, the image is real, 
inverted, and the same size as the object (Figure 2a). If 
an object is moved further away, the image becomes 
smaller (Figure 2b). If the object is moved closer, then 
the image becomes larger (Figure 2c) until the separa- 
tion is one focal length. If the object is placed less than 
one focal distance away from the lens, then a virtual, 
magnified, upright image is formed (Figure 2d). 
Negative lenses always form a virtual image that is 
smaller than the object (Figure 2e). The position of 
the image is calculated using the simple equation 


1 over 07+ 1 over i” = “1 overf 


where o is the distance between the object and the 
lens and /is the location of the image. A negative value 
of J indicated that the image is virtual. 


Single lenses may cause several types of aberration, 
such as chromatic or spherical aberration, which tend to 
distort an image. For instance, chromatic aberration 
occurs because the refractive index depends on the 
wavelength, and so the lens has a different focal length 
for different wavelengths. Since the human eye detects 
light over a large range of wavelengths, chromatic aber- 
ration causes the colors of the image to separate and 
blur. This distortion can be corrected using a compound 
lens (an achromatic pair), in which the chromatic aber- 
ration of the first lens is compensated for by the second. 
A compound lens is usually a pair of lenses glued 
together in which the two inner surfaces have the same 
radius of curvature. Spherical aberration, a distortion 
caused by the spherical shape of the lens, can be reduced 
by using special combinations of spherical lenses or by 
using a lens with a different profile. For instance, a lens 
with a parabolic profile is used instead of a spherical lens 
to focus a laser beam on a very fine point. 


The f-number of a lens is given by the ratio of the 
focal length of the lens to the aperture, the opening 
through which light passes. A lens with a large aper- 
ture has a small f-number and therefore lets more light 
through than a smaller diameter lens. Aberrations 
become increasingly noticeable as the f-number 
decreases; thus, the design of a low f-number lens 
system is more complex because there are more aber- 
rations in the system that must be reduced. The intro- 
duction of computers in the 1980s to lens system 
design has helped produce new systems in the 2000s 
that perform better than systems designed using the 
older design techniques. 


Many optical instruments require the use of several 
lenses, firmly held together and relative to one another; 
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KEY TERMS 


Aberration—A distortion or defect in an image 
formed by a lens. 


Magnification—The ratio between the size of an 
image seen using an optical instrument and the size 
of the image seen with the naked eye. A magnifi- 
cation of 10 means that the image is ten times larger 
than it would have been if seen unaided. 

Optical axis—An imaginary line running through 
the center of an optical system, to which all optical 
elements are aligned. 


Parabolic lens—A lens where the curved surface, 
or surfaces, can be described by a parabola which 
is rotated in space. The parabolic lens is used to 
reduce spherical aberration. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Refractive index—(characteristic of a medium) 
Degree to which a wave is refracted, or bent. 


Spherical lens—A lens where the curved surface is 
part of a spherical surface. This is the simplest type 
of lens to manufacture. 


such assemblies are called lens systems. The simplest 
lens system is the telescope, which consists of two 
lenses, a large diameter objective that gathers as much 
light as possible, and a smaller eyepiece that aligns the 
rays of light in order to allow the eye to see the image. 
The magnification of the telescope is equal to the ratio 
of the focal lengths of these two lenses. More complex 
lens systems can be found in the field of photography, 
either as camera lenses or in enlarging machines. 
A camera lens is essentially a positive lens that produces 
a real image at the film plane; however, because of 
aberrations and the need for different magnifications, 
most camera lens systems have multiple elements. 
Wide-angle lenses have an angle-of-view of 90 to 140° 
(180° for fisheye lenses) and show considerable distor- 
tion, particularly around the edges. 


Standard camera lenses have an angle-of-view of 
50 to 60° and telephoto lenses have an angle-of-view of 
20 to 40°. Both of these lenses show less distortion. 
The telephoto lens is designed to give a long effective 
focal length (in the range of 85 to 300 mm) without the 
bulk of a long focal length lens; for example, a 200-mm 
telephoto lens system uses several lenses to produce 
the 200-mm effect without being four times as long as a 
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50-mm system. Zoom lenses contain elements that can 
be moved relative to the others in order to change the 
focal length of the combination, and so a single lens 
system can take the place of many. However, since the 
zoom lens system is not optimized for any set focal 
length, the image is often not as good as that provided 
by a fixed focal length lens. 


The term lens can also be applied to devices that 
control the divergence of beams other than light 
beams. For instance, a magnetic lens is used to focus 
beams of charged particles (such as electrons and pro- 
tons) and can be found in particle accelerators and 
television tubes. 
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I Leprosy 


Leprosy, also called Hansen’s disease, is respon- 
sible for active disease or disability in about four mil- 
lion people worldwide. Caused by an _ unusual 
bacterium called Mycobacterium leprae, leprosy pri- 
marily affects humans. Leprosy is found in tropical 
areas, such as Africa, South and Southeast Asia, and 
Central and South America. In the United States, 
cases of leprosy have been reported in areas of Texas, 
California, Louisiana, Florida, and Hawaii. Leprosy 
can take many forms, but the most familiar form is 
characterized by skin lesions and nerve damage. 
Although active leprosy is curable with various anti- 
biotic drug therapies, it remains a devastating illness 
because of its potential to cause deformity, especially 
in the facial features. 


The cause of leprosy 


M. leprae is an unusual bacterium for several 
reasons. The bacterium divides very slowly; in some 
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Leprosy. (CNRI/Phototake NYC.) 


tests, researchers have noted a dividing time of once 
every twelve days. This differs from the dividing time 
of most bacteria, which is once every few hours. 
M. leprae cannot be grown on culture media, and is 
notoriously difficult to culture within living animals. 
Because of these culturing difficulties, researchers 
have not been able to investigate these bacteria as 
closely as they have other, more easily cultured, bac- 
teria. Questions remain unanswered about M. leprae; 
for instance, researchers are still unclear about how 
the bacteria are transmitted from one person to 
another, and are studying the role an individual’s 
genetic makeup plays in contracting and the progres- 
sion of the disease. 


Because M. leprae almost exclusively infects 
humans, animal models for studying leprosy are few. 
Surprisingly, a few species of armadillo can also be 
infected with M. leprae. Wild armadillos have been 
appearing with a naturally occurring form of leprosy. 
If the disease spreads in the armadillo population, 
researchers will not be able to use these animals for 
leprosy studies, since study animals must be completely 
free of the disease as well as the bacteria that cause it. 
Mice have also been used to study leprosy, but labora- 
tory conditions, such as temperature, must be carefully 
controlled in order to sustain the infection in mice. 


Scientists have been able to determine some facts 
about M. leprae from their experiments. M. leprae is 
temperature-sensitive; it favors temperatures slightly 
below normal human body temperature. Because of 
this predilection, M. /eprae infects superficial body 
tissues such as the skin, bones, and cartilage, and 
does not usually penetrate to deeper organs and tis- 
sues. M. leprae is an intracellular pathogen; it crosses 
host cell membranes and lives within these cells. Once 
inside the host cell, the bacterium reproduces. The 
time required by these slow-growing bacteria to 
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reproduce themselves inside host cells can be any- 
where from a few weeks to as much as 40 years. 
Eventually, the bacteria lyse (burst open) the host 
cell, and new bacteria are released that can infect 
other host cells. 


Researchers assume that the bacteria are transmit- 
ted via the respiratory tract. M. leprae exists in the nasal 
secretions and in the material secreted by skin lesions of 
infected individuals. M. leprae may be transmitted by 
breathing in the bacteria, through breaks in the skin, or 
perhaps through breast-feeding. 


The leprosy continuum 


Leprosy exists in several different forms, although 
the infectious agent for all of these forms is M. leprae. 
Host factors such as genetic make up, individual 
immunity, geography, ethnicity, and socioeconomic 
circumstances determine which form of leprosy is con- 
tracted by a person exposed to M. leprae. Interestingly, 
most people who come in contact with the bacteri'um— 
about three-fourths—never develop leprosy, or develop 
only a small lesion on the trunk or extremity that heals 
spontaneously. Most people, then, are not susceptible 
to M. leprae, and their immune systems function effec- 
tively to neutralize the bacteria. But one-fourth of those 
exposed to M. leprae contract the disease, which may 
manifest itself in various ways. 


Five forms of leprosy are recognized, and a person 
may progress from one form to another. The least 
serious form is tuberculoid leprosy. In this form, the 
skin lesions and nerve damage are minor. Tuberculoid 
leprosy is evidence that the body’s cellular immune 
response—the part of the immune system that seeks 
out and destroys infected cells—is working at a high 
level of efficiency. Tuberculoid leprosy is easily cured 
with antibiotics. 


If tuberculoid leprosy is not treated promptly, or 
if a person has a less vigorous cellular immune 
response to the M. leprae bacteria, the disease may 
progress to a borderline leprosy, which is character- 
ized by more numerous skins lesions and more serious 
nerve damage. The most severe form of leprosy is 
lepromatous leprosy. In this form of leprosy, the skin 
lesions are numerous and cause the skin to fold, espe- 
cially the skin on the face. This folding of facial skin 
leads to the leonine (lionlike) features typical of lep- 
romatous leprosy. Nerve damage is extensive, and 
people with lepromatous leprosy may lose the feeling 
in their extremities, such as the fingers and toes. 
Contrary to popular belief, the fingers and toes of 
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people with this form of leprosy do not spontaneously 
drop off. Rather, because patients cannot feel pain 
because of nerve damage, the extremities can become 
easily injured. Sometimes these injuries are severe, and 
fingers and toes are cut off by sharp objects which the 
patient cannot even detect. 


Lepromatous leprosy occurs in people who 
exhibit an efficient antibody response to M. leprae 
but an inefficient cellular immune response. The 
antibody arm of the immune system is not useful in 
neutralizing intracellular pathogens such as M. leprae; 
therefore, people who initially react to invasion by 
M. leprae by making antibodies may be at risk for 
developing more severe forms of leprosy. Researchers 
are not sure what determines whether a person will 
react with a cellular response or an antibody response; 
current evidence suggests that the cellular immune 
response may be controlled by a special gene. If a 
person has this gene, he or she will probably develop 
the less severe tuberculoid leprosy if exposed to 
M. leprae. 


Treatment of leprosy 


Treatments for leprosy have improved consider- 
ably over the past 40 years and contributed to the 
rapid decline of the disease. Beginning in the 1950s, 
an antibiotic called dapsone was used to treat leprosy, 
offering the first hope of a cure for persons with the 
disease. Dapsone’s main disadvantage was that the 
patient had to take the medication daily throughout 
his or her lifetime. In addition, the M. leprae in some 
patients underwent genetic mutations that rendered it 
resistant to the antibiotic. In the 1980s, the problem of 
resistance was tackled with the advent of multidrug 
therapy. Bacteria are less likely to become resistant 
to drugs given in combination. The new multidrug 
treatment time was also considerably shorter. 
Currently, mutidrug therapy (MDT) with rifampin, 
clofazimine, and dapsone for six months to one year 
is the standard. 


One risk of treatment, however, is that antigens- 
the proteins on the surface of M. leprae that initiate the 
host immune response—are released from the dying 
bacteria. In some people, when the antigens combine 
with antibodies to M. leprae in the bloodstream, a 
reaction called erythema nodosum leprosum may 
occur, resulting in new lesions and peripheral nerve 
damage. Some leprosy experts are experimenting with 
the drug thalidomide to treat this reaction, with good 
results. But because thalidomide causes severe birth 
defects, women of childbearing age must be carefully 
monitored while taking the drug. 
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KEY TERMS 


Antibody response—The part of the immune sys- 
tem that marks foreign cells, such as bacteria, for 
destruction by other immune cells. 


Cellular immune response—The part of the immune 
system that destroys infected cells. 


Lepromatous leprosy—The most severe form of 
leprosy, characterized by numerous lesions and 
extensive nerve damage. 


Resistance—In bacteria, the acquisition of genetic 
mutations that render the bacteria invulnerable to 
the action of antibiotics. 


Tuberculoid leprosy—tThe least severe from of lep- 
rosy, characterized by a few skin lesions and little 
nerve damage. 


A leprosy vaccine? 


An effective, readily available, and reliable vac- 
cine to protect against leprosy does not yet exist. One 
vaccine tested in Venezuela combined a vaccine orig- 
inally developed against tuberculosis, called Bacille 
Calmette-Guerin (BCG), and heat-killed M. leprae 
cultured from infected armadillos. Another vaccine 
tested in India used a relative of M. leprae called 
M. avium. The advantage of this vaccine is that 
M. avium is easy to culture on media and is thus, 
cheaper than the Venezuelan vaccine. Both vaccines 
have shown mixed results in human trials. The latest 
strategy involves testing plasmid DNA vaccines in 
mice with the goal of creating immunity against both 
leprosy and tuberculosis simultaneously. 


See also Antibody and antigen. 
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[| Leukemia 


From the Greek words for white (leukos) and 
blood (hemia), leukemia refers to abnormally shaped 
and functioning leukocytes (white blood cells). Because 
the leukocytes multiply at an uncontrolled and rapid 
rate, leukemia is considered a cancer of the blood. 
Depending on their characteristics, leukemias can be 
divided into two broad types. Acute leukemias are the 
rapidly progressing leukemias, while the chronic leuke- 
mias progress more slowly. The vast majority of the 
childhood leukemias are of the acute form. 


As of 2004, according to the Leukemia & 
Lymphoma Society, over 110,000 people will be diag- 
nosed with leukemia, Hodgkin and non-Hodgkin lym- 
phoma, and myeloma in any one year. (These diseases 
are oftentimes grouped together because they are all 
cancers that originate in the bone marrow or lym- 
phatic tissues.) Eight percent of all cancers (approx- 
imately 1.3 million annually) are due to this group of 
diseases. According to statistics provided by the 
American Cancer Society (ACS), as of 2005, more 
than 65% of the patients with leukemia survive for at 
least one year after diagnosis. 


Leukemia is neither contagious nor infectious, nor 
acquired from the mother prior to or during birth, but 
some researchers have suggested genetic predispositions 
exist for rare forms of leukemia, such as hairy-cell 
leukemia (HCL) that affects lymphocytes. Emerging 
evidence links leukemia to the Human T-Cell 
Lymphotropic Virus (HTLV), the Epstein-Barr Virus 
(EBV), and HIV (human immunodeficiency virus), 
although causes and risk factors are still poorly under- 
stood and fervently contested among scientists. Current 
research points to the cause of leukemia as a result of an 
acquired genetic injury to the DNA (deoxyribonucleic 
acid) of a cell, which then multiplies in its damaged form 
until the disease state is reached. 


Leukemia begins in the bone marrow and spreads 
through the lymph and blood system to tissues, 
organs, and sometimes testicles, brain, and spinal 
fluid. Leukocytes normally attack, kill, and help to 
expel invading microbes, but the leukocytes of patients 
with leukemia are abnormally shaped, increased in 
number, and immature of development (termed lym- 
phoblasts). As the lymphoblasts multiply and spread, 
they outnumber and overwhelm the erythrocytes that 
transport oxygen and carbon dioxide in opposite 
directions, and hamper the function of platelets 
(thrombocytes), which help blood to clot. 
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Close up of bone marrow in chronic lymphocytic leukemia 
patient. (© Biophoto Associates, Science Source/Photo 
Researchers.) 


History 


In 1827, French physician Alfred Velpeau (1795— 
1867) autopsied the body of a man who had experi- 
enced fever, weakness, pain, pus-filled blood, and 
headaches, and whose spleen weighed 10 Ib (4.5 kg). 
Twelve years later, two more French physicians 
reported similar cases of fever, weakness, and enlarged 
organs, but suggested that the “pus-filled blood” 
actually contained white blood cells, or leukocytes. 
Scottish physicians found leukocytes when they con- 
ducted several more autopsies in 1845, including a 
man whose liver and spleen weighed 11 Ib (4.9 kg) 
and 8 Ib (3.6 kg), respectively. Also in 1845, German 
pathologist Rudolph Virchow (1821-1902) coined a 
new term, weisses blut (white blood) to describe an 
imbalance between leukocytes and red blood cells, or 
erythrocytes. In 1890, German physician Paul Ehrlich 
(1854-1915) discovered that leukocytes varied by 
shape, kind, and function. In 1910, the same year 
that he discovered Salvarsan, the first ‘magic bullet’ 
used against syphilis, Ehrlich discovered the poison- 
ous extracts of mustard plants that were eventually 
developed into the first biological weapons. When 
inhaled, these mustard gases badly damaged lymph 
glands and the bone marrow, where white blood cells 
originate. 


French physicist Pierre Curie (1859-1906) had 
weakness and swollen organs and glands until he was 
killed in 1906 by a horse-drawn carriage. In 1903, he 
and his Polish-born wife, French scientist Marie Curie 
(1867-1934), along with French physicist Henri 
Becquerel (1852-1908), shared the Nobel Prize in 
physics. Following her discovery of the highly 
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radioactive materials radium and polonium (she 
coined the term radioactivity), Marie Curie pioneered 
the battlefield use of primitive x-ray machines (pro- 
tected only by fabric gloves and a thin metal screen) to 
locate bullets and shrapnel in wounded soldiers. Curie 
died in 1934 after experiencing the same pain and 
headaches, fatigue, swollen glands and organs—as 
did her daughter and son-in-law. Neither scientist 
linked his or her symptoms to the burns they experi- 
enced with each exposure to radium. 


When Velpeau first peered through his micro- 
scope in 1827 at his “globules of pus in the blood,” 
he was actually seeing leukemia, a disease name given 
by Virchow in 1847. The fevers, headaches, engorged 
glands, and swollen organs that those French, 
German, and Scottish patients had developed, and 
the cause of Marie Curie’s death, were leukemia. The 
disease that the American researchers were trying in 
1942 to treat with highly toxic chemical therapies 
(nitrogen mustard), in extension of Ehrlich’s earlier 
work with mustard plant extracts, was also leukemia. 


Leukemia types and treatment 


Leukemia specialists recognize four types of the 
disease. Distinctions between acute and chronic stages 
of leukemia depend upon the number and ratio of 
lymphoblasts Gmmature leukocytes), erythrocytes, 
and thrombocytes (platelets). Acute myeloid leukemia 
(AML) and acute lymphocytic leukemia (ALL) are 
diagnosed in over 13,000 Americans in any given 
year (as of the first few years of 2000s), whereas 
chronic lymphocytic leukemia (CLL) and chronic 
myeloid leukemia (CML) accounted for over 12,000 
more cases in the same year. Over 4,600 Americans are 
diagnosed annually with rare forms such as erythro- 
leukemia (affecting red blood cells), hairy-cell leuke- 
mia (HCL) and monocytic leukemia. Patients with 
leukemia can experience thrombocytopenia (insuffi- 
cient platelets), which causes internal bleeding and 
excessive bruising, anemia (insufficient erythrocytes), 
which results in weakness, pale complexion, and dizzi- 
ness due to insufficient oxygen, and leukopenia (insuf- 
ficient disease-fighting leukocytes), which allows 
recurrent fevers and infections. 


Due to increased skills, new technologies, and 
greater public awareness, more leukemia cases are 
being diagnosed. Leukemia accounts for nearly one- 
third of all new cases of cancer in children, but most 
cases are diagnosed in adults. Five-year survival rates 
for most forms of leukemia have dramatically risen, 
from roughly 5% in the early 1960s to 38% by the mid- 
1970s and 1980s. After diagnosis, greater than 40% of 
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Lewis structure 


KEY TERMS 


Lymphoblast—Immature white blood cells. 


Lymphocyte—White blood cells that originate in 
the spongy tissue of the bone marrow. 


Marrow stem cell—Immature blood-forming cells, 
normally fewer than one in 100,000 of the cells in 
the bone marrow. 


Remission—A period of time when neither disease 
causes nor associated symptoms can be found. 


all patients with leukemia in the 2000s now survive for 
at least five years. 


Researchers suspect that genetic, behavioral, and 
especially environmental factors cause leukemia. 
Morbidity (sickness) and mortality (death) rates vary 
greatly by gender, race, ethnicity, geography, and soci- 
oeconomic class. Forms of ionizing radiation, such as 
what Japanese survivors of atomic bombing experi- 
enced, are implicated strongly in three major forms of 
leukemia, but non-ionizing forms of radiation (present 
in electricity) have also been linked to leukemia’s epi- 
demiology, or disease patterns across time. Exposure 
to benzene, which occurs in petroleum, chemical, shoe, 
and rubber manufacturing, and in painting and print- 
ing, correlates strongly to leukemia, but its use has 
been banned in the United States since 1945, although 
it is used elsewhere. Long-term exposure to agricul- 
tural fertilizers and infectious agents associated with 
livestock, pesticides, and diesel fuel and exhaust, have 
all been suggested as risk factors for the development 
of leukemia. 


Both improved and new therapies have greatly 
reduced morbidity and mortality from leukemia. The 
hormone erythropoietin, for example, helps oxygen- 
carrying erythrocytes to multiply, which might help to 
treat some leukemia-caused anemias. Standard treat- 
ment options range from chemotherapy to biological 
therapies, from surgery to radiation, from radiation 
and chemotherapy combined to marrow stem cell 
transplantation. Surgery can be used to remove swol- 
len and enlarged lymph nodes or organs such as the 
spleen that cause severely decreased platelets in the 
bone marrow and bloodstream. Drug therapy is usu- 
ally the first option, and the ultimate goal is complete 
remission, in which no lymphoblasts are seen in the 
blood and bone marrow is normal. Biotherapy (immu- 
notherapy) works with synthesized forms of naturally 
occurring substances in the body (interferon and 
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interleukins) to disrupt the multiplication and spread 
of immature cells (lymphoblasts). Homeopathic rem- 
edies treat leukemia as a character trait, as the body’s 
expression of an insult to the system. Due to earlier 
detection and improved therapies, leukemia is no lon- 
ger considered a virtual death sentence, and many 
people remain in remission decades after treatment. 


See also Lymphatic system. 
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ll Lewis structure 


Lewis structures (also called electron-dot struc- 
tures) are formed when Lewis symbols (also called 
electron-dot symbols) are combined. Lewis symbols 
are a simple way of visualizing the valence electrons 
in an atom. In a Lewis symbol, the symbol for the 
element is used to represent the atom and its core 
electrons. Dots placed around the atom are used to 
indicate the valence electrons. When combined to 
form Lewis structures, Lewis symbols make it possible 
to predict the shape of many molecules and ions. This 
information is particularly useful as many physical 
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Lewis structures depict the distribution of valence electons 
and the net formal charge. (Argosy. The Gale Group.) 


and chemical properties of molecules and ions are 
dependent on their shape. 


Subsequent to the discovery of the nuclear atom 
and electrons, many theories were proposed to explain 
the nature of chemical bonding in molecules using elec- 
trons. In 1916, Gilbert Newton Lewis, an American 
chemist, suggested that molecules were formed when 
atoms shared pairs of outer electrons. He also made 
the assumption that unshared electrons were found in 
pairs and proposed that the arrangement of eight elec- 
trons around an atom was a particularly stable config- 
uration. In 1919, another American chemist named 
Irving Langmuir, noted that Lewis’s proposed theory 
accounted particularly well for the chemical facts 
known at that time. He suggested the name “covalent 
bond” for a pair of shared electrons. Lewis’s theory, 
although very useful, did not explain why or how 
electrons were shared, however, and covalent bonds 
were not well understood until quantum theory was 
developed. 


In a neutral atom, the number of protons in the 
nucleus equals the number of electrons around the 
nucleus. The electrons are assigned energy levels 
based on quantum theory. The closer the electrons 
are to the nucleus, the more tightly they are bound. 
These tightly bound electrons are difficult to remove 
from the atom and are called the “inner-core elec- 
trons.” The electrons in the outermost layer (those 
that are furthest from the nucleus) are most loosely 
bound. 


Think of electrons in an atom like students in an 
auditorium. The students in the rows near the front are 
closest to the lecturer. It is difficult for these students 
to misbehave or fall asleep as the lecturer can keep a 
close eye on them. As students sit farther and farther 
away from the lecturer, it is more difficult for the 
lecturer to notice what they are doing and it is even 
possible for a student at the back of the auditorium to 
leave without the lecturer noticing. Similarly, as elec- 
trons are placed in energy levels farther and farther 
from the nucleus, it is easier for them to leave the atom 
or to react. The electrons in the outermost energy level 
are called valence electrons. According to quantum 
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mechanics, the outermost level can hold at most 
eight electrons. In the periodic table, these electrons 
are filled (usually in order) in the first and second 
columns and then the last six columns. The first and 
second columns are called the “s block” and the last six 
columns are called the “p block” respectively, denot- 
ing the shape of the space most likely to contain these 
electrons. 


In the Lewis symbol for an element in the s or p 
block, the number of valence electrons is indicated by 
dots placed around the symbol for the element. No 
electron is paired until four single electrons have been 
placed. Then, electrons are paired until eight electrons 
have been placed. The dots are usually placed on top, 
to the right, below, and to the left of the symbol. The 
order in which they are placed is unimportant. 
According to Lewis, the number of unpaired electrons 
indicated the number of bonds the atom usually 
formed in a compound. Using the second row of the 
periodic table as an example, lithium (having one 
unpaired electron) would form one bond, beryllium 
(having two unpaired electrons) would form two 
bonds, boron (having three unpaired electrons) 
would form three bonds, and carbon (having four 
unpaired electrons) would form four bonds. 


After carbon, nitrogen has only three unpaired 
electrons (as the fifth electron forms a pair with one 
of the other electrons) and hence forms only three 
bonds. Similarly, oxygen forms only two bonds and 
fluorine forms only one bond. Neon (and all the ele- 
ments in that last column) have eight electrons, all 
paired, and hence it was predicted that these elements 
would not form any bonds (a fact that was observed 
until very recently when some of the elements in the 
last column were forced to react under extreme con- 
ditions). This lack of reactivity on the part of the 
elements in the last column (called the inert or noble 
gases), led to the observation that it was highly desired 
to have eight electrons around the atom. The noble 
gases are said to have a stable octet configuration. 


Lewis structures are formed when two or more 
Lewis symbols are combined. One unshared electron 
from each atom combines to form a pair of electrons 
shared between two atoms. This shared pair is called a 
covalent bond. Electrons in a covalent bond are also 
known as a bonding pair. If an atom has electrons that 
are in pairs but are not shared with another atom, 
these electron pairs are called lone pairs, unshared 
pairs, or nonbonding electrons. For example, hydro- 
gen has one electron and chlorine has seven electrons 
in the form of three pairs and one lone electron. The 
lone electron of hydrogen can pair with the lone elec- 
tron of chlorine to form a bonding pair of electrons 
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Lewis structure 


KEY TERMS 


Bonding pair—tThe pair of electrons shared between 
two atoms to form a bond is called a bonding pair. 


Covalent bond—A chemical bond formed when two 
atoms share a pair of electrons with each other. 


Double bond—A covalent bond consisting of two pairs 
of shared electrons that hold the two atoms together. 


Free radical—A species in which there is an unpaired 
electron. Free radicals are extremely reactive. 


Lewis symbol—Lewis symbols are combined to form 
the Lewis structure. In a Lewis symbol, the symbol of 
the element represents the nucleus and the core 
electrons. Dots placed around the symbol of the 
element represent the valence electrons. 


Lone pair—A pair of electrons located around 
an atom but not shared with another atom is called 


and thus a covalent bond between hydrogen and 
chlorine. The chlorine, as a result, has one bonding 
pair and three lone pairs (a total of eight electrons), 
while hydrogen has one pair of bonding electrons. If 
Lewis structures are drawn for many other molecules, it 
can be seen that most atoms in stable molecules or ions, 
with the exception of hydrogen, acquire eight electrons 
in their outermost valence level. As mentioned previ- 
ously, this is the stable octet configuration possessed by 
the noble gases. This observation led to the develop- 
ment of the “octet rule’—that each atom, with the 
exception of hydrogen, strives to acquire eight electrons 
in its valence shell. There are, however, a number of 
fairly common and important exceptions to this rule. 


The abovementioned method is easy to follow 
when only two atoms are combined to make a mole- 
cule. When more than two atoms are combined, it is 
easier to follow a simple procedure when constructing 
the Lewis diagram. The first step is to write the atoms in 
the molecule in the order in which they are joined to one 
another. In general, hydrogen forms only one bond, 
and oxygen only bonds to another oxygen in peroxides. 


Although there are exceptions, two generally 
accepted methods of writing the formula for a com- 
pound are used: The first is used when there is one 
atom with many other atoms attached to it. In this 
case, the central atom is usually written first, followed 
by the atoms that are attached to it. The second is used 
when there are multiple structures possible or when 
there is more than one central atom. In this case, the 
formula is written in the order in which the atoms are 
joined. Once the skeleton structure of the molecule is 
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a lone pair, an unshared pair or a non-bonding 
pair. 

Neutral—Having neither a positive charge nor a 
negative charge. 


Octet rule—The octet rule states that all atoms, with 
the exception of hydrogen, strive to acquire eight 
electrons in their valence shell. 


Stable octet configuration—Any atom that has eight 
electrons in its valence shell is said to have a stable 
octet configuration. 


Triple bond—A triple bond is formed when three 
pairs of electrons are shared between two atoms. 


Valence electrons—The electrons in the outermost 
shell of an atom that determine an element’s chem- 
ical properties. 


known, it is necessary to count the total number of 
valence electrons. This can be done by adding the 
number of valence electrons present in each element 
in the compound. 


If the Lewis structure of an ion (a charged species) 
is being determined, it is also necessary to account for 
the charge of the ion. If the ion has a negative charge, a 
number of electrons equaling the numerical charge of 
the ion are added to the total number of electrons. If 
the ion has a positive charge, a number of electrons 
equaling the numerical charge of the ion are sub- 
tracted from the total number of electrons. Once the 
total number of electrons is known, the electrons are 
placed around the atoms in the Lewis structure. First, 
two electrons are placed between any two atoms that 
are joined to create a covalent bond or a bonding pair. 
Remaining electrons are distributed so that each atom 
acquires an octet (eight) of electrons. 


In many cases, the above procedure provides a 
Lewis structure that can be used to determine much 
information. However, occasionally, there are insuffi- 
cient electrons to provide each atom with an octet of 
electrons. If this is the case, it may be necessary to 
consider multiple bonding, in which two atoms share 
more than one pair of electrons. If two pairs of elec- 
trons are shared between atoms, the bond between the 
atoms is called a “double bond.” If three pairs are 
shared, the bond is called a “triple bond.” 


Ifa molecule has double or triple bonds, alternate 
structures called “resonance structures” are possible; 
these involve different but viable arrangements of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


electrons between the atoms in the molecule or ion. It 
is important to note here that only the arrangement of 
the electrons differs. The arrangement of the atoms 
must stay the same. When there are a number 
of resonance structures, the true structure is none of 
the resonance structures, but is said to be a hybrid of 
the resonance structures. 


Alternatively, there are many molecules that end 
up with an excess number of electrons. These are 
positioned around the central atom, which is usually 
sulfur or an element higher in atomic number. Finally, 
it is also possible, especially in the case where there is a 
nitrogen atom in the molecule, that there will be an 
odd number of electrons. In such cases, one electron 
remains unpaired. Such species are called radicals or 
free radicals. They are very reactive and have impor- 
tant roles in atmospheric chemistry, the chemistry of 
ageing, and in cancer. 


Once the Lewis structure has been determined, it 
is possible to know the shape of the molecule or ion. 
The most important piece of information needed to 
determine the shape is the total number of groups 
around the central atom, where a group could be 
another atom or a lone pair. A central atom connected 
to one or two other atoms is linear. When the central 
atom is connected to three atoms, the shape is trigonal 
planar. When the central atom is connected to four 
atoms, the shape is tetrahedral. When the central atom 
is connected to five atoms the shape is trigonal bipyr- 
amidal (two triangular-based pyramids joined at the 
base). When the central atom is connected to six 
atoms, the shape is octahedral. Other shapes are pos- 
sible when atoms are replaced with lone pairs. 
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| Lice 


Lice are small wingless biting or sucking insects, 
many of which are ectoparasites. There are about 
3,000 species of lice in the orders Mallophaga and 
Anopleura. The Anopleura are sucking lice, which 
are parasites of mammals and which feed only on 
blood. The Mallophaga are chewing or biting lice, 
and are primarily pests of birds, feeding on skin and 
feathers. 


Most lice species are specific to one or a few 
related species of host animals, and cannot survive 
away from their appropriate hosts. Lice are generally 
spread from by direct body contact, or through shared 
clothing or bedding (in the case of human lice). 


Both orders have direct development, in which the 
eggs hatch into nymphs that look like miniature ver- 
sions of the adult. Lice have a flattened body and 
poorly developed eyes, or no eyes at all. 


Most lice are found in the fur or feathers of their 
warm-blooded hosts. They have specialized hooklike 
appendages on their relatively short legs for grasping 
onto their host’s body. 


Lice on humans 


Three species of lice occur as parasites on humans. 
These lice are blood suckers, and they can be discon- 
certingly abundant under unsanitary conditions. The 
human louse, Pediculus humanus, occurs as two races, 
which feed on different parts of the body. The head 
louse, capitis race, occurs in the hairs of the head, to 
which it attaches its whitish eggs, also known as “nits.” 
The body louse corporis race, also known as the “coo- 
tie,” feeds on the human body, hiding and laying its 
eggs in clothing. Bites from human lice are irritating 
and can become infected. Human lice are also impor- 
tant vectors of some deadly diseases, such as typhus, 
relapsing fever, and trench fever, which are transmit- 
ted to humans through scratching the bodies or feces 
of infected lice into the skin. 


The crab louse Phthirus pubis is another human 
parasite, which occurs in the coarser hair of the under- 
arms and genital area. 


Lice infestations of humans are still commonly 
treated by dusting the body with an insecticide such 
as DDT, which is still the preferred chemical for this 
relatively restricted usage. Clothing may also be 
washed in an insecticidal solution, and living areas 
must be fumigated with an insecticide or steam. The 
eggs of head lice are relatively resistant to many 
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A chewing louse. (JLM Visuals.) 


chemical treatments, and they may have to be 
removed using a fine-toothed comb, and then killed 
by crushing between the fingernails. This meticulous, 
pest-control procedure is sometimes known as “nit- 
picking.” 


Lice on animals 


Poultry lice include the chicken shaft louse, Menopon 
gallinae, the chicken body louse, Menacanthus stramineus, 
the chicken head louse, Cuclotogaster heterographa, 
and the large turkey louse, Chelopistes meleagridis. 
These pests feed by chewing the skin or feathers of 
poultry, causing the birds discomfort and aggravation, 
and sometimes resulting in unfeathered patches of 
skin. As a result, the birds lay relatively few eggs, 
grow poorly, and are susceptible to stress-induced 
diseases. Young chickens can be killed by louse infes- 
tations, while adults may develop a droopy-wing 
symptom. 


Wild birds have a different type of lice, such as the 
louse, Esthiopterum crassicorne, which is a parasite of 
the blue-winged teal, Anas discors, a duck species. 


The cattle-biting louse, Bovicola bovis, chews on 
the skin and hair of cattle, causing great discomfort to 
these animals. The horse-biting louse, B. equi, and 
dog-biting louse, Trichodectes canis, are other exam- 
ples of chewing lice that infect mammals. 


Most lice that parasitize agricultural mammals are 
the anopleuran, blood sucking kinds. The short-nosed 
cattle louse, Haematopinus eurysternus, can occur in 
infestations serious enough to make animals weak and 
anemic from blood loss. Related lice include the pig 
louse, H. suis, and horse-sucking louse, H. asini. The 
sheep-sucking body louse, Linognathus ovillus, long- 
nosed cattle louse, L. vituli, and dog-sucking louse, 
L. setusus are other pests of domestic animals. 
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| Lichens 


Lichens are an intimate symbiosis, in which two 
species live together as a type of composite organism. 
Lichens are an obligate mutualism between a fungus 
mycobiont and an alga or blue-green bacterium 
phycobiont. 


Each lichen mutualism is highly distinctive, and 
can be identified on the basis of its size, shape, color, 
and biochemistry. Even though lichens are not true 
“species,” lichenologists have developed systematic 
and taxonomic treatments of these mutualisms. 


The fungal partner in the lichen mutualism gains 
important benefits through access to photosynthetic 
products of the alga or blue-green bacterium. The 
phycobiont profits from the availability of a relatively 
moist and protected habitat, and greater access to 
inorganic nutrients. 


Lichen biology 


The most common fungi in lichens are usually 
species of Ascomycetes, or a few Basidiomycetes. 
The usual algal partners are either species of green 
algae Chlorophyta or blue-green bacteria of the family 
Cyanophyceae. In general, the fungal partner cannot 
live without its phycobiont, but the algae is often 
capable of living freely in moist soil or water. The 
largest lichens can form a thallus up to 3 feet (1 m) 
long, although most lichens are smaller than a few 
inches or centimeters in length. Lichens can be very 
colorful, ranging from bright reds and oranges to 
yellows and greens, and white, gray, and black hues. 


Most lichens grow very slowly. Lichens in which 
the phycobiont is a blue-green bacterium have the 
ability to fix nitrogen gas into ammonia. Some lichens 
can commonly reach ages of many centuries, espe- 
cially species living in highly stressful environments, 
such as alpine or arctic tundra. 


Lichens can grow on diverse types of substrates. 
Some species grow directly on rocks, some on bare 
soil, and others on the bark of tree trunks and 
branches. Lichens often grow under exposed condi- 
tions that are frequently subjected to periods of 
drought, and sometimes to extremes of hot and cold. 
Lichen species vary greatly in their tolerance of severe 
environmental conditions. Lichens generally respond 
to environmental extremes by becoming dormant, and 
then quickly becoming metabolically active again 
when they experience more benign conditions. 


Lichens are customarily divided into three growth 
forms, although this taxonomy is one of convenience, 
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British soldiers (Cladonia cristatella), a species of lichen. (JLM Visuals.) 


and not ultimately founded on systematic relation- 
ships. Crustose lichens form a thallus that is closely 
appressed to the surface upon which they are growing. 
Foliose lichens are joined to their substrate only by a 
portion of their thallus, and are somewhat leaf like in 
appearance. Fruticose lichens rise above their sub- 
strate, and are branched and bushy in appearance. 


Most lichens regenerate asexually as lichen sym- 
bioses, and not by separate reproduction of their 
mycobiont and phycobiont. Reproduction is most 
commonly accomplished by small, specialized thallus 
fragments known as soredia, consisting of fungal tis- 
sue enclosing a small number of algal cells. The soredia 
generally originate within the parent thallus, then 
grow out through the surface of the thallus, and detach 
as small bits of tissue that are dispersed by the wind or 
rain. If the dispersing soredium is fortunate enough to 
lodge in a favorable microenvironment, it develops 
into a new thallus, genetically identical to the parent. 


Uses of lichens 
Because they can colonize bare rocks and other 


mineral substrates, lichens are important in soil 
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formation during some ecological successions. For 
example, lichens are among the first organisms to 
colonize sites as they are released from glacial ice. In 
such situations lichens can be important in the initial 
stages of nitrogen accumulation and soil development 
during postglacial primary succession. 


Lichens are an important forage for some species 
of animals. The best known example of this relation- 
ship involves the northern species of deer known as 
caribou or reindeer (Rangifer tarandus) and the so- 
called reindeer lichens (Cladina spp.) that are one of 
their most important foods, especially during winter. 


Some lichens are very sensitive to air pollutants. 
Consequently, urban environments are often lack in 
lichen species. Some ecologists have developed 
schemes by which the intensity of air pollution can 
be reliably assayed or monitored using the biological 
responses of lichens in their communities, based on the 
health and productivity of these organisms in places 
variously stressed by toxic pollution. Alternatively, 
the chemical composition of lichens may be assayed, 
because their tissues can effectively take up and retain 
sulfur and metals from the atmosphere. 
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KEY TERMS 


Mutualism—A mutually beneficial relationship 
between species. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 


Thallus—A single plant body lacking distinct stem, 
leaves, and roots. 


Some lichens are useful as a source of natural dyes. 
Pigments of some of the more colorful lichens, espe- 
cially the orange, red, and brown ones, can be extracted 
by boiling; they can be used to dye wool and other 
fibers. Other chemicals extracted from lichens include 
litmus, which was a commonly used acid-base indicator 
prior to the invention of the pH meter. 


Some reindeer lichens, especially Cladina alpestris, 
are shaped like miniature shrubs and trees. Conse- 
quently, these plants are sometimes collected, dried, and 
dyed, and are used in “landscaping” the layouts for 
miniature railroads and architectural models. 


In addition, lichens add significantly to the aes- 
thetics of the ecosystems in which they occur. The lovely 
orange and yellow colors of Caloplaca and Xanthoria 
lichens add much to the ambience of rocky seashores 
and tundras. And the intricate webs of filamentous 
Usnea lichens hanging in profusion from tree branches 
give a mysterious aspect to humid forests. These and 
other less-charismatic lichens are integral components 
of their natural ecosystems. They are intrinsically 
important for this reason, as well as for the relatively 
minor benefits that they provide to humans. 


See also Indicator species. 
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l Life history 


Life history is an ecological term that refers to the 
significant features of the life cycle of organisms and 
their relationships with environmental conditions. Life 
cycle refers to the sequence of discrete developmental 
stages of an organism from their origin as gametes to 
their eventual death. Life cycle also refers to the stages 
through which generations of organisms pass from 
their own origin through to their production of game- 
tes toward establishment of the succeeding generation. 


Most ecological studies of life history focus on 
strategies that influence survival and reproduction at 
the levels of individuals, populations, or species. 
Studies of this sort are relevant to the notion of adap- 
tation or the complex of biological and ecological 
traits that enhance the persistence and reproductive 
success of organisms. In this sense, life histories repre- 
sent unique biological solutions to the opportunities 
and difficulties provided by the ecosystems and envi- 
ronments in which organisms live. Each solution 
involves a complex of life-history traits involving allo- 
cations of limited resources of energy, biomass, and 
time among various competing attributes that may 
have significant effects on survival and reproduction. 


Many adaptational tradeoffs are associated with 
alternative life history possibilities. For example, for 
any given expenditure of energy on reproduction, 
organisms could potentially produce large numbers 
of relatively small offspring or smaller numbers of 
larger offspring. Depending on the ecological circum- 
stances, each of these alternatives has potential bene- 
fits and potential detriments. 


For instance, the production of large numbers of 
offspring is beneficial to the relatively short-lived spe- 
cies of plants that are common in recently disturbed 
habitats. These so-called ruderal plants are only suc- 
cessful for a few years following disturbance, after 
which they are eliminated from the vegetation by 
more competitive species. Consequently, they have to 
colonize newly disturbed sites on the landscape for the 
species to survive over the longer term. Because colo- 
nization is a very risky business, the chances of evolu- 
tionary success of individuals and of persistence at the 
metapopulation level, that is, of various populations on 
the landscape, are enhanced if mature plants produce 
large numbers of small seeds with physical character- 
istics that enhance dispersal. These include an aerody- 
namic shape as in dandelions and willows, a tendency 
to stick to the fur of mammals like burs and ticks, and 
an ability to pass unharmed through the gut of a large 
animal after being eaten with the fleshy fruit like 
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cherries and elderberries. In contrast, plants that 
inhabit relatively mature and stable ecosystems such 
as forests may be better served by producing relatively 
few but large, well-provisioned seeds (such as acorns 
and walnuts) that are better suited to perennating the 
species population in predictable, local habitats. 


A major sector of activity in ecology is composed 
of diverse studies directed toward quantifying the ben- 
efits and tradeoffs of life-history characteristics and 
understanding the survival, reproductive, and evolu- 
tionary costs and benefits to individuals, populations, 
and the species as a whole. This type of ecological 
research has its own intrinsic interest and importance. 
However, these life history studies also allow ecolo- 
gists to develop deeper insights into the relationships 
between species and their environments. This knowl- 
edge may eventually be important in allowing humans 
to develop sensible methods of utilizing the ecological 
resources that sustain them and their societies. 


See also Competition; Ecosystem; Evolution; 
Extinction. 


[ Ligand 


In inorganic chemistry, ligands are molecules or 
electrically charged atoms (ions) that are bonded to 
metal atoms or ions. The ligand changes the metal’s 
ability to dissolve in or react with its surroundings. In 
biochemistry, ligands are defined as molecules, usually 
protein, that change the biological activity of other mol- 
ecules by bonding with them. The inorganic meaning is 
more common, and will be the subject of this article. 


Structure and bonding 


The bonding atoms of ligands are usually nonmetal 
elements such as oxygen, nitrogen, or chlorine. Whether 
alone or in molecules such as water or ammonia, these 
atoms have pairs of electrons that are not involved in 
chemical bonds. The electron pairs can enter the space 
around the metal atom and bond with it (Figure 1). 


Thus, the metal and ligand are joined by a covalent 
bond, consisting of two electrons shared between them. 
However, both electrons are provided by the ligand itself 
(see Figure 2). 


Metal atoms or ions usually bond to two, four, or 
six ligands. These are arranged with geometric sym- 
metry around the central metal atom. The metal 
together with its ligands are called a coordination 
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Ammonia Ammonia 


Silver 


Figure 1. Two ligands (ammonia) each donate a pair of 
electrons to bond with a silver ion. (N = nitrogen, 

H = hydrogen, Ag = silver.) (Il/ustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


compound. If the structure has an overall electrical 
charge it is called a complex ion. 


Because of their shapes, there can be different 
coordination compounds having exactly the same 
atoms and bonds, but arranged differently. Such mol- 
ecules are called geometric isomers (Figure 3). 


The different arrangement causes differences in phys- 
ical properties such as color and melting temperature. 
Geometric isomers also differ in their chemical reactions, 
especially when these occur in living organisms. That is 
because the molecules that make up living things are 
themselves usually geometric isomers with very specific 
shapes. Reactions only occur between molecules whose 
shapes match each other, like a key fitted to a lock. 


An example of a biologically active geometric isomer 
is cisplatin, a coordination compound used in medicine 
to suppress tumors. The molecule consists of a platinum 
atom surrounded by two ammonia molecules and two 
chlorine atoms. The four ligands lie at the corners of a 
square, with ligands of the same kind as neighbors. 


The isomer transplatin, in which they are diago- 
nally opposite each other, has no affect on tumors. 


Compounds of metals with ligands are often 
brightly colored. This results from repulsion between 
the electrons of the ligand and those of the metal atom 
itself. The atom’s electrons are also geometrically 
arranged around its nucleus. They occupy regions 
called orbitals. In an isolated metal atom, groups of 
similar orbitals have the same energy. But when 
ligands bond to the atom, they approach some orbitals 
more closely than others. Electrons in the closer orbi- 
tal are repelled more strongly. They must have more 
energy to occupy those orbitals. The energy difference 
is called “crystal field splitting” (see Figure 4). 


The metal’s electrons can move to a higher energy 
orbital by absorbing energy from visible light. Therefore, 
such compounds appear colored. 
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Figure 2. Geometric symmetry of ligands around metal. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Cisplatin 
an antitumor 
agent 


Transplatin 
not medically 
active 


Figure 3. Geometric isomers have the same formulas but different symmetry and different properties. (//lustration by Hans 
& Cassidy. Courtesy of Gale Group.) 


Chelating agents 


Some ligands can form more than one bond to a 
single metal atom. These are called chelating agents. 
The name comes from the Greek word chele, meaning 
“claw.” The ligands surround the metal atom and hold 
it as ifin a claw. Because they hold metals so strongly, 
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chelates are also referred to as “metal scavengers.” 
They effectively remove metal atoms and prevent 
them from reacting with anything else. 


One of the best-known chelating agents is ethylene- 
diaminetetraacetic acid, or EDTA. It contains 32 atoms, 
six of which can bond to a single metal atom (Figure 5). 
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Crystal 
field 
splitting 


Figure 4. Two orbitals, A and B, have the same energy in the isolated atom. Ligands (L) approach closer to A than to B, hence the 
energy of A rises and B falls. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


EDTA is a common food preservative. Foods 
contain ions of iron, zinc, magnesium, and other met- 
als. These are natural components of food substances, 
but they hasten the chemical reactions that cause fla- 
vor and color to deteriorate. EDTA added to foods 
forms strong, stable bonds to the metal ions, blocking 
their chemical activity. EDTA is also used to treat lead 
poisoning in human beings. The EDTA-lead complex 
is safely excreted in body waste. 


Metal-ligand bonds in biological chemistry 


The porphyrin ring is a chelate that plays 
several different roles in the chemistry of living things 
(Figure 6). 


Bound to magnesium, it forms chlorophyll, 
the green pigment which is central to photosynthesis 
in plants. Bound to iron, it forms cytochrome 
molecules, which help transfer energy throughout 
living cells. Hemoglobin, which gives blood its red 
color and carries oxygen to body cells, is also an 
iron- porphyrin molecule. Iron can form six bonds to 
ligands, and the porphyrin ring uses only four bonds. 
Of the remaining two, one holds a protein molecule, 
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KEY TERMS 


Coordination compound—A molecule consisting 
of a metal atom and the ligands to which it is 
bound. 


Covalent bond—A chemical bond formed when 
two atoms share a pair of electrons with each other. 


lon—An atom or molecule which has acquired 
electrical charge by either losing electrons (posi- 
tively charged ion) or gaining electrons (negatively 
charged ion). 

Isomers—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Orbital—A region of space around an atomic 
nucleus likely to be occupied by an electron. 


and the other holds the oxygen molecule which will be 
delivered to the cells. 
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a. EDTA, ethylenediaminetetraacetate, a chelate. 
The six shaded atoms can each donate a pair of 
electrons (represented by dots) to bond to a single 
metal atom. (C=carbon, N=nitrogen, O=oxygen, 
H=hydrogen) 


b. Asingle molecule of EDTA bound to lead (Pb). 
The ligands are shown in bold, and the shape 
of the plane is suggested with shading. 


Figure 5. Ethylenediaminetetraacetic acid (EDTA) is one 
of the best-known chelating agents. (I/lustration by Hans 
& Cassidy. Courtesy of Gale Group.) 


Other uses 


Inorganic salts, which contain metal ions, do not 
dissolve in organic solvents such as benzene. However, 
by surrounding the metal ion with a chelate called a 
“crown ether” the desired solution can be made. The 
mining industry uses cyanide ions to dissolve gold out of 
the quartz rocks in which it is often found. The cyanide 
ligands are removed in subsequent chemical steps. 
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Sara G. B. Fishman 


t Light 


Light can be narrowly defined as the visible portion 
of the electromagnetic spectrum. It is a type of energy, 
and it is made up of particles called photons. In a 
vacuum such as in space, light moves at 186,000 miles 
per second (300,000 kilometers per second), or what is 
called the speed of light. A broader definition would 
include infrared, ultraviolet, and x-ray wavelengths, 
which are not visible to the eye. The nature of light has 
been the subject of controversy for thousands of years. 
Even today, while scientists know how light behaves, 
they do not always know why light behaves as it does. 


The Greeks were the first to theorize about the 
nature of light. Led by the scientists Euclid and Hero 
(first century AD), they came to recognize that light 
traveled in a straight line. However, they believed that 
vision worked by intromission—that is, that light rays 
originated at the eye and traveled to the object being 
seen. Despite this erroneous hypothesis, the Greeks 
were able to successfully study the phenomena of 
reflection and refraction and derive the laws governing 
them. In reflection, they learned that the angles of 
incidence and reflection were approximately equal; in 
refraction, they saw that a beam of light would bend as 
it entered a denser medium (such as water or glass) and 
bend back the same amount as it exited. 


The next contributor to the embryonic science of 
optics was Arab mathematician and physicist Alhazen 
(965-1039), who is sometimes called the greatest sci- 
entist of the Middle Ages. Experimenting around the 
year 1000, he showed that light comes from a source 
(the sun) and reflects from an object to the eyes, thus 
allowing the object to be seen. He also studied mirrors 
and lenses and further refined the laws of reflection 
and refraction. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Other ligand 


Other ligand 


Figure 6. The porphyrin molecule surrounds the metal, bonding to it by nitrogen atoms at the four corners of a square. Other 
ligands may bond above and below the plane of the square. (N = nitrogen, C = carbon, H = hydrogen) (Ii/ustration by Hans & 


Cassidy. Courtesy of Gale Group.) 


By the twelfth century, scientists felt they had 
solved the riddles of light and color. English philoso- 
pher Francis Bacon (1561-1626) contended that light 
was a disturbance in an invisible medium which could 
be detected by the eye; subsequently, color was caused 
by objects “staining” the light as it passed. More 
productive research into the behavior of light was 
sparked by the new class of realistic painters, who 
strove to better understand perspective and shading 
by studying light and its properties. 


In the early 1600s, the refracting telescope was 
perfected by Galileo and Johannes Kepler, provid- 
ing a reliable example of the laws of refraction. 
These laws were further refined by Willebrord Snel, 
whose name is most often associated with the equa- 
tions for determining the refraction of light. By the 
mid-1600s, enough was known about the behavior 
of light to allow for the formulation of a wide range 
of theories. 


English physicist and mathematician Sir Isaac 
Newton (1642-1727) was intrigued by the so-called 
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“phenomenon of colors”—the ability of a prism to 
produce colors from white light. It had been generally 
accepted that white was a single color, and that a prism 
could somehow combine white light with others to 
form a multicolored mixture. Newton, however, 
doubted this assumption. He used a second prism to 
recombine the rainbow spectrum back into a beam of 
white light; this showed that white light must be a 
combination of colors, not the other way around. 


Newton performed his experiments in 1666 and 
announced them shortly thereafter, subscribing to the 
corpuscular (or particulate) theory of light. According 
to this theory, light travels as a stream of particles that 
originate from a bright source and are absorbed by the 
eye. Aided by Newton’s reputation, the corpuscular 
theory soon became accepted throughout Great 
Britain and in parts of Europe. 


In the European scientific community, many sci- 
entists believed that light, like sound, traveled in 
waves. This group of scientists was most successfully 
represented by Dutch physicist Christiaan Huygens 
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Light 


(1629-1695), who challenged Newton’s corpuscular 
theory. He argued that a wave theory could best 
explain the appearance of a spectrum as well as the 
phenomena of reflection and refraction. 


Newton immediately attacked the wave theory. 
Using some complex calculations, he showed that par- 
ticles, too, would obey the laws of reflection and 
refraction. He also pointed out that, if truly a wave 
form, light should be able to bend around corners, just 
as sound does; instead it cast a sharp shadow, further 
supporting the corpuscular theory. 


In 1660, however, Italian mathematician and 
physicist Francesco Maria Grimaldi (1618-1663) 
examined a beam of light passing through a narrow 
slit. As it exited and was projected upon a screen, faint 
fringes could be seen near the edge. This seemed to 
indicate that light did bend slightly around corners; 
the effect, called diffraction, was adopted by Huygens 
and other theorists as further proof of the wave nature 
of light. 


One piece of the wave theory remained unex- 
plained. At that time, all known waves moved through 
some kind of medium—for example, sound waves 
moved through air and kinetic waves moved through 
water. Huygens and his allies had not been able to 
show just what medium light waves moved through; 
instead, they contended that an invisible substance 
called ether filled the universe and allowed the passage 
of light. This unproven explanation did not earn fur- 
ther support for the wave theory, and the Newtonian 
view of light prevailed for more than a century. 


The first real challenge to Newton’s corpuscular 
theory came in 1801, when English physicist and 
physician Thomas Young (1773-1829) discovered 
interference in light. He passed a beam of light 
through two closely spaced pinholes and onto a 
screen. If light were truly particulate, Young argued, 
the holes would emit two distinct streams that would 
appear on the screen as two bright points. What was 
projected on the screen instead was a series of bright 
and dark lines—an interference pattern typical of how 
waves would behave under similar conditions. 


If light is a wave, then every point on that wave is 
potentially a new wave source. As the light passes 
through the pinholes it exits as two new wave fronts, 
which spread out as they travel. Because the holes are 
placed close together, the two waves interact. In some 
places the two waves combine (constructive interfer- 
ence), whereas in others they cancel each other out 
(destructive interference), thus producing the pattern 
of bright and dark lines. Such interference had previ- 
ously been observed in both water waves and sound 
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waves and seemed to indicate that light, too, moved in 
waves. 


The corpuscular view did not die easily. Many 
scientists had allied themselves with the Newtonian 
theory and they were unwilling to risk their reputa- 
tions to support an antiquated wave theory. Also, 
English scientists were not pleased to see one of their 
countrymen challenge the theories of Newton; Young, 
therefore, earned little favor in his homeland. 


Throughout Europe, however, support for the 
wave nature of light continued to grow. In France, 
Etienne-Louis Malus (1775-1826) and Augustin Jean 
Fresnel (1788-1827) experimented with polarized 
light, an effect that could only occur if light acted as 
a transverse wave (a wave which oscillated at right 
angles to its path of travel). In Germany, Joseph von 
Fraunhofer (1787-1826) was constructing instruments 
to better examine the phenomenon of diffraction and 
succeeded in identifying within the sun’s spectrum 574 
dark lines corresponding to different wavelengths. 


In 1850 two French scientists, Jean Foucault and 
Armand Fizeau, independently conducted an experi- 
ment that would strike a serious blow to the corpuscular 
theory of light. An instructor of theirs, Dominique- 
Francgios Arago, had suggested that they attempt to 
measure the speed of light as it traveled through both 
air and water. If light were particulate it should move 
faster in water; if, on the other hand, it were a wave it 
should move faster in air. The two scientists performed 
their experiments, and each came to the same conclu- 
sion: light traveled more quickly through air and was 
slowed by water. 


Even as more and more scientists subscribed to 
the wave theory, one question remained unanswered: 
through what medium did light travel? The existence 
of ether had never been proven—in fact, the very idea 
of it seemed ridiculous to most scientists. In 1872, 
Scottish physicist James Clerk Maxwell (1831-1879) 
suggested that waves composed of electric and mag- 
netic fields could propagate in a vacuum, independent 
of any medium. This hypothesis was later proven by 
German physicist Heinrich Rudolph Hertz (1857- 
1894), who showed that such waves would also obey 
all the laws of reflection, refraction, and diffraction. It 
became generally accepted that light acted as an elec- 
tromagnetic wave. 


Hertz, however, had also discovered the photo- 
electric effect, by which certain metals would produce 
an electrical potential when exposed to light. As scien- 
tists studied the photoelectric effect, it became clear 
that a wave theory could not account for this behavior; 
in fact, the effect seemed to indicate the presence of 
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particles. For the first time in more than a century 
there was new support for Newton’s corpuscular 
theory of light. 


The photoelectric effect was explained by German— 
American physicist Albert Einstein (1879-1955) in 1905 
using the principles of quantum physics developed by 
Max Planck. Einstein claimed that light was quan- 
tized—that is, it appeared in “bundles” of energy. 
While these bundles traveled in waves, certain reactions 
(like the photoelectric effect) revealed their particulate 
nature. This theory was further supported in 1923 by 
American physicist Arthur Holly Compton (1892- 
1962), who showed that the bundles of light—which 
he called photons—would sometimes strike electrons 
during scattering, causing their wavelengths to change. 


By employing the quantum theories of Planck and 
Einstein, Compton was able to describe light as both a 
particle and a wave, depending upon the way it was 
tested. While this may seem paradoxical, it remains an 
acceptable model for explaining the phenomena associ- 
ated with light and is the dominant theory of the 2000s. 


See also Photon. 
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l Lightning 


Lightning is an electrical discharge usually, but 
not always, produced by well-developed thunder- 
storms. Although there is a clear-air lightening phe- 
nomena, lightning most frequently occurs within a 
cloud (intra-cloud), between two clouds (inter-cloud), 
or from the cloud to the ground. 


A lightning discharge can heat the air as much as 
five times hotter than the surface temperature of the sun 
(54,000°F [about 30,000°C]). This heated air causes 
expansion in the air as an explosion, starting a shock 
wave that turns into a sound wave upon reaching the 
human ear. Thunder travels in all directions (radially) 
from the lightning at the speed of the sound approx- 
imately 738 mph (1,188 km/h) at sea level. Because it 
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takes the sound about five seconds to travel each mile 
(about three seconds for 1 km), the time between the 
lightning and the thunder can give a rough estimate of 
how far an observer is from a thunderstorm. 


The quick flash that can be seen as lightning 
occurs as a complex series of events. In order to have 
lightning, separate regions of electrical charges must 
be present in a cumulonimbus cloud. There are several 
hypotheses as to how this occurs, one mechanism may 
involve falling ice particles within the cloud that trans- 
fer ions. This results in a positively charged upper part 
and a negatively charged middle part in the cloud. The 
bottom of the cloud is also negatively charged for the 
most part, causing part of the ground underneath to 
become positively charged. In the insulating dry air, an 
electrical field builds up, and when it reaches a thresh- 
old potential, the air is no longer insulating, and as a 
current flows, lightning occurs. 


Cloud-to-ground lightning (arguably the best 
understood among the different types of lightning) 
starts inside the cloud when a critical value of the 
localized electric field is reached along a path, so a 
surge of electrons will move to the cloud base, then 
gradually down to the ground. A short (164 ft [50 m]) 
and narrow (4 in [10 cm]) conducting channel is created 
by ionized air molecules, which are produced by the 
electron flow out of the cloud. These surges of electrons 
move downward in a series of steps for about 164 to 328 
ft (50 to 100 m), then they stop for about 50-millionths 
of a second, and continue for another 164 ft (50 m), 
creating a stepped leader form of transit. Near the 
ground, a current of positive charge goes up from the 
ground to meet the stepped leader, and when they meet, 
many electrons flow into the ground, and a bright 
return stroke moves up, following the path of the 
stepped leader up to the cloud, releasing heat, thunder, 
and charges. The subsequent leader is called the dart 
leader, and for subsequent flashes, the same processes 
reoccur in a similar cycle. Usually, a lightning flash has 
approximately three or four leaders, each of them 
accompanied by a return stroke. 


To distinguish the several different appearances of 
lightning, the forms are assigned special names. Heat 
lightning (also termed clear-air lightning) occurs when 
lightning can be seen but the following thunder cannot 
be heard. Forked lightning occurs when a dart leader 
moving toward the ground diverges from the original 
path of the stepped leader, so that the lightning seems to 
be crooked or forked. When the wind moves the ionized 
channel between the return strokes, the lightning looks 
like a ribbon hanging from a cloud, so it is called a 
ribbon lightning. A series of beads on a string describes 
bead lightning. It occurs as the lightning channel 
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disintegrates. Sheet lightning appears as a white sheet, 
and it occurs either when clouds obscure the lightning, 
or when the lightning flash happens within a cloud. St. 
Elmo’s fire, named after the patron of sailors, is a 
corona discharge, a nonstop supply of sparks in the 
air, which happens when a positive current moves up 
on pointed objects. Ball lightning often appears as a 
luminous, floating sphere in the air. The various mech- 
anisms underlying the varying forms of lightning remain 
a subject of intensive meteorological research. 


During a thunderstorm, usually the tallest object 
in the area is struck because this provides the most 
rapid form of current transit to lowest energy state. At 
any moment, there are about 2,000 thunderstorms 
worldwide, generating about 100 lightning flashes 
per second. A lightning stroke can deliver a current 
as great as 100,000 amperes, which can cause severe 
electrocution in humans and animals. About 100 peo- 
ple die in any one year in the United States alone from 
lightning, and lighting causes billions of dollars in 
damage each year. 


Human-built constructions are often protected 
from lightning strikes with metallic lightning rods. 
They extend from the ground to the highest point on 
the roof. When hit by lightning, the lightning discharge 
runs through the metal rod into the ground, preventing 
it from moving through the actual structure. Power 
lines and antennas are protected with lightning arrest- 
ers, which contain a gas-filled volume separating the 
line and ground wires. People should seek shelter from 
any lightning storms, and avoid any activities, such as 
golfing, that are especially susceptible to lightning. 


See also Atmosphere observation; Atmosphere, 
composition and structure; Atmospheric circulation; 
Atmospheric optical phenomena; Atoms; Meteoro-logy. 


l Light-year 


A light-year is the distance that light (or any 
other form of electromagnetic radiation, such as 
radio waves) travels in a vacuum in one year. Since 
light travels at a velocity of 186,171.1  mi/s 
(299,792.5 km/s) in a vacuum, one light-year equals 
5,878,489,000,000 miles (9,460,530,000,000 km). The 
light-year is a convenient unit of measurement to use 
when discussing astronomical distances. When discus- 
sing distances within our solar system, the astronom- 
ical unit (the mean distance between Earth and 
the sun) is commonly used. One light-year equals 
63,239.7 astronomical units. 
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The distances between Earth and even the nearest 
stars are enormous; Sirius, for example, is 8.57 light- 
years away. This means that when an observer on 
Earth looks at Sirius, they see light that left Sirius 
8.57 years ago. The observer is therefore looking back- 
ward in time when they observe a distant star, seeing 
the star in the condition it was in more than eight years 
ago. Indeed, all vision has the same property, except 
that the time differences between observed and 
observer are very small for everyday, local objects. 


Alpha Centauri, the closest star to Earth, is 4.35 
light-years away. Among other stars, Barnard’s star is 
5.98 light-years away, 61 Cygni is 11.3 light-years 
away, and Antares is 400 light-years away. The center 
of the Milky way galaxy is 27,000 light-years away, 
while the most distant galaxy yet observed, as of 2004, 
was approximately 13 billion light years away. 


Frederick R. West 


| Lilac 


Lilacs (Syringa spp.) are about 10 species of 
shrubs and small trees in the olive family (Oleaceae). 
Lilacs are native to Eurasia but have been widely 
planted elsewhere as ornamental shrubs. 


The common lilac (Syringa vulgaris) is the most 
familiar species to most people. It has shiny green 
wedge-shaped leaves without teeth on the margins, 
which are arranged alternately on the twigs. This and 
other species of lilacs develop large numbers of spike- 
like inflorescences in the early springtime before the 
leaves have developed. These flowers are rich in nectar 
and fragrance and are pollinated by insects. 


The common lilac is originally native to southeastern 
Europe and adjacent parts of southwestern Asia and is the 
oldest and most widespread species in cultivation. Other 
species include the Persian lilac (S. persica), the Chinese 
lilac (S. oblata), and the Japanese lilac (S. japonica). 
However, hundreds of horticultural hybrids have been 
bred by crossing the flowers of various species of lilacs. 
If the hybrids are considered to have desirable attributes 
in terms of flower shape or color, fragrance, or tolerance 
of local or regional environmental conditions, it may be 
given a distinctive name and is subsequently propagated 
by rooting vegetative shoots, known as cuttings. 


Lilacs have been widely planted as horticultural 
species in Eurasia, North America, and elsewhere that 
a Suitable, temperate climate occurs. Lilacs are utilized 
in this way because they are relatively easy to grow, 
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A lilac in bloom. (James Sikkema.) 


and they develop spectacular displays of white, laven- 
der, or purple flowers in the early springtime while also 
perfuming the air with their fragrance. Lilac flowers 
contain fragrant oils that are sometimes used to flavor 
candy or cake or to manufacture perfume. 


Lilacs sometimes escape from cultivation and 
becomes a locally invasive pest that may displace 
native shrubs from early successional or roadside 
habitats. 


l Lily family (Liliaceae) 


Lilies are classic representatives of monocotyle- 
dons—those plants with only one seed leaf. Lilies are 
mostly perennial, erect herbs arising from a bulb. 
Some climb, a few are woody, but most arise from 
underground stems or other structures. The leaves 
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vary in number from one to many, and are arranged 
on the stem alternately or in whorls. The leaves are 
flat, linear to lance-shaped, without teeth along the 
margins, often widen into a papery sheath where they 
attach to the stem, lack stalks, and are typically paral- 
lel veined. 


Some lily species are famous for their magnificent 
flowers, which are often trumpet or funnel shaped, 
nodding, and heavily scented. Lily flowers are bisex- 
ual, radially symmetrical, and their parts are usually in 
some multiple of three (four in Maianthemum), with 
no distinction in the appearance of petals and sepals. 
There are usually six main segments to the showy part 
of the flower, which are attached to the base of the 
ovary. Flowers may occur singly at the top of a leafless 
stem (tulip), as several flowers arranged on a spike (as 
in lily of the valley, Convallaria majalis), or in various 
other arrangements of many flowers, including the 
umbels of onions (Allium spp.). Lily flowers are insect 
pollinated, with fruits that are either capsules or ber- 
ries. The capsules are divided into three compart- 
ments, which contain many flat, round seeds that are 
often stacked like coins. 


There are about 240 genera and 4,000 species in the 
Liliaceae. Lilies are a diverse group split into four main 
families: Liliaceae, the lilies proper; Convallariaceae, 
lily of the valley and Solomon’s seals; Melanthaceae, 
or bunchflowers; and Smilaceae, the catbriers or 
greenbriers. In this article, the Liliaceae is considered 
in the broadest sense, including all of these four groups. 


Lilies are widely distributed, primarily in the 
Northern Hemisphere, with a major center of distri- 
bution in the southwest and from Himalayan Asia to 
China, where they commonly are spring-flowering 
plants of steppes and mountain meadows. In North 
America, many familiar woodland plants of the 
springtime are members of the lily family, such as 
trilliums and wake-robins of the genus Trillium, bell- 
worts or merrybells (Uvularia), dog’s tooth violets 
(Erithronium) with their characteristic mottled 
brown leaves, wild lily of the valley (Maianthemum 
canadense), and Solomon’s seals (Polygonatum). 
Species of Smilax, which are mostly perennial herbs 
or shrubs occurring in tropical and subtropical 
regions, also occur in North America. Smilaxes are 
unusual among the monocotyledonous plants in pro- 
ducing tendrils, which are slender twining structures, 
used to climb and hold onto other plants. 


Lilies are highly prized as house and garden orna- 
mentals, and many of the most beautiful belong to the 
genus Lilium, the namesake of the family. Lilies have 
long held a fascination for people. The Madonna lily 
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Lily family (Liliaceae) 


Greigii tulips. (James Sikkema.) 


(L. candidum), which is native to the region of Greece to 
Syria, was depicted by early civilizations on pottery and 
mosaics. The most commonly grown greenhouse lily is 
the Easter or trumpet lily (L. longiflorum). Lilies have 
long been associated with Easter. During the 
Renaissance, European painters used white lilies to sym- 
bolize the Annunciation, that is, the announcement by 
the angel Gabriel to Mary that she would conceive a 
son. The uniform, bright white color of many lilies 
symbolizes purity in some cultures. However, lilies also 
come in a variety of other colors. Flowers are purple in 
L. martagon of central Europe to China, yellow in 
L. canadense of eastern North America and L. croceum 
of central to southern Europe, orange in L. japonicum of 
Japan and L. tigrinum of east Asia, and rose in 
L. pardinarium. Many lilies have enchanting fragrances 
that are sometimes extracted for use in perfumes. 


Tulips are also members of the lily family, in its 
broadest sense. Tulips are native to the Northern 
Hemisphere, with the greatest diversity of species 
occurring in the western and central parts of Asia. 
The name tulip derives from a Turkish word for turban, 
referring to the flower’s shape. Most horticultural vari- 
eties descend primarily from multiple crosses between 
two species, Tulipa gesneriana and T. suaveolens of 
western Asia. These are usually sold under the name 
T. gesneriana, although other species are increasingly 
involved in the development of new varieties. 


The Turks were the first to cultivate the tulip and 
they introduced it into Europe—exactly when is not 
known, although the first reference to the tulip in a 
European publication was made in 1559. Tulips grad- 
ually increased in popularity until the early seven- 
teenth century, when tulip mania swept Holland. 
There was a hysterical rush to raise and breed new 
and rarer varieties. Speculators invested the equivalent 
of thousands of dollars for a single bulb, and some 
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people sold their houses to invest in the tulip market. 
In 1630 one bulb of a rare variety sold for the equiv- 
alent of $10,000. Tulip mania reached its peak between 
1634-1637, forcing the Dutch government to step in 
and regulate the industry. The Netherlands remains 
the single-largest producer of tulip bulbs in the world, 
although Japan and the state of Washington are also 
important producers. 


The economically important genus Allium is 
widely cultivated for its strong odor and flavor. 
Plants are characterized by a bulb that is actually a 
giant bud surrounding a short stem. The leaves of the 
bud are extremely fleshy and tightly overlapping. The 
concentric lines seen in an onion cut crosswise are the 
margins of fleshy leaves. The outermost leaves are not 
fleshy but papery, forming the skin of the onion. 
Various members of this genus are cultivated: the 
common onion (A. cepa), garlic (A. sativum), leeks 
(A. porum), shallots (A. ascalonicum), and chives (A. 
schoenoprasum). Texas, New York, and California are 
the major onion-producing regions in North America. 


A number of other members of the lily family are of 
economic importance, including a large number of lilies 
other than those described above that are important 
ornamentals. Fritallarias are popular ornamentals, 
with few to many leaves arranged either alternately or 
in whorls on the stem, and large, showy, bell-like flow- 
ers that are usually nodding. Many species of Fritallaria 
are of ornamental interest because the flowers are one 
basic color, checkered with another color. Fritallaria 
meleagris from central and southern Europe is purplish 
with white checkering, and F. aurea from Turkey is 
yellow and checkered. In the wild, many of the fritil- 
larias appear to be pollinated by queen wasps. 


Lily of the valley is a small perennial native to Europe 
that has become naturalized in parts of eastern North 
America, and is frequently planted for its beautifully 
scented spike of flowers that are often used in wedding 
bouquets and for perfumes. Other commonly grown orma- 
mental lilies are hyacinths, grape hyacinths, and scillas. 


The young shoots of asparagus (Asparagus offici- 
nalis) are an important cash crop, and A. plumosus is 
the asparagus fern (though not a true fern) used by 
florists as lacy greenery in bouquets. 


Wild sarsaparilla (Avalia nudicaulis) has long been an 
ingredient of soft drinks. Aloe (Aloe vera) once provided 
needles for early phonographs and remains important 
today as a salve in the treatment of burns and in cosmetics. 
Meadow saffron or fall crocus (Colchicum autumnale) 
was used to treat gout (a painful disease of inflamed 
joints), and is still much used in research. Cochicine is 
extracted from the plant and used to prevent spindle 
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Yellow Spanish onions. (James Sikkema.) 


formation during mitosis, so that replicated chromosomes 
do not split apart. This produces a polyploid, that is, a 
double (or more) of the normal chromosome number. 


Dragon’s blood, the resin of Dracaena, the dragon 
tree, was once collected and used as a finish for the 
great Italian violins of the eighteenth century. 


Many lilies are poisonous. Lily of the valley is 
poisonous enough to be on the United States list of 
poisonous plants. Death camases (Zygadenus spp.) 
are extremely poisonoous species. Zygadenus elegans 
is an attractive plant with a wandlike cluster of star- 
shaped flowers. It has an onionlike bulb, that unfortu- 
nately resembles the bulb of edible camases, which are 
in the genus Camassia. Zagadenus venenosus is a com- 
mon cause of cattle poisoning in the western United 
States. Lilies known as squills are also quite toxic; the 
red bulbs of Urginea maritima are a valuable heart 
stimulant, but the white bulbs have been used as rodent 
killers. Scilla, another squill, also contains glucosides 
that have been used as rodenticides. Some greenhouse 
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KEY TERMS 


Seed leaves—The first leaves produced by a young 
plant while still within a seed. 


Umbel—An arrangement of flowers whereby each 
flower stalk arises from the same level of the stem, 
as in onions. 


workers who handle tulips develop a severe dermatitis 
called tulip finger, which causes reddening and swelling 
of the finger in association with itchy and burning 
sensations, and in the worst cases results in scaly, 
eczematous skin. 
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Lily-of-the-valley see Lily family (Liliaceae) 
Limbic system see Brain 
Lime see Calcium 


Limestone see Calcium 


I Limit 

In mathematics the concept of limit formally 
expresses the notion of arbitrary closeness. That is, a 
limit is a value that a variable quantity approaches as 
closely as one desires. The operations of differentia- 


tion and integration from calculus are both based on 
the theory of limits. 


The theory of limits is based on a particular prop- 
erty of the real numbers; namely that between any two 
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real numbers, no matter how close together they are, 
there is always another one. Between any two real 
numbers there are always infinitely many more. 


Nearness is key to understanding limits: only after 
nearness is defined does a limit acquire an exact mean- 
ing. Relevantly, a neighborhood of points near any given 
point comprise a neighborhood. Neighborhoods are 
definitive components of infinite limits of a sequence. 


History 


Ancient Greek mathematician Archimedes of 
Syracuse (287-212 BC) first developed the idea of 
limits to measure curved figures and the volume of 
a sphere in the third century BC. By carving these 
figures into small pieces that can be approximated, 
then increasing the number of pieces, the limit of 
the sum of pieces can give the desired quantity. 
Archimedes’ thesis, The Method, was lost until 1906, 
when mathematicians discovered that Archimedes 
came close to discovering infinitesimal calculus. 


As Archimedes’ work was unknown until the 
twentieth century, others developed the modern math- 
ematical concept of limits. English physicist and math- 
ematician Sir Isaac Newton (1642-1727) and German 
mathematician Gottfried Wilhelm Leibniz (1646— 
1716) independently developed the general principles 
of calculus (of which the theory of limits is an impor- 
tant part) in the seventeenth century. 


Limit of a sequence 


Ancient Greek philosopher (of southern Italy) 
Zeno of Elea (c 490—c 430 BC) may have been one of 
the first mathematicians to ponder the limit of a 
sequence and wonder how it related to the world 
around him. Zeno argued that all motion was impos- 
sible because in order to move a distance (I) it is first 
necessary to travel half the distance, then half the 
remaining distance, then half of that remaining dis- 
tance and so on. Thus, he argued, the distance (1) can 
never be fully traversed. 


Consider the sequence 1, 1/2, 1/4, 1/8,. . .(1/2)" when 
n gets very large. Since (1/2)" equals 1/2 multiplied by 
itself n times, (1/2)" gets very small when n is allowed to 
become infinitely large. The sequence is said to con- 
verge, meaning numbers that are very far along in the 
sequence (corresponding to large “N”) get very close 
together and very close to a single value called the limit. 


A sequence of numbers converges to a given num- 
ber if the differences between the terms of the sequence 
and the given number form an infinitesimal sequence. 
For this sequence (1/2)" gets arbitrarily close to 0, so 0 
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is the limit of the sequence. The numbers in the 
sequence never quite reach the limit, but they never 
go past it either. 


If an infinite sequence diverges, the running total 
of the terms eventually turns away from any specific 
value, so a divergent sequence has no limiting sum. 


Limit of a function 


Consider an arbitrary function, y = f(x). (A func- 
tion is a set of ordered pairs for which the first and 
second elements of each pair are related to one another 
in a fixed way. When the elements of the ordered pairs 
are real numbers, the relationship is usually expressed 
in the form of an equation.) Suppose that successive 
values of x are chosen to match those of a converging 
sequence such as the sequence S from the previous 
example. The question arises as to what the values of 
the function do, that is, what happens to successive 
values of y. In fact, whenever the values of x form a 
sequence, the values f(x) also form a sequence. If this 
sequence is a converging sequence then the limit of 
that sequence is called the limit of the function. More 
generally when the value of a function f(x) approaches 
a definite value L as the independent variable x gets 
close to a real number p then L is called the limit of the 
function. This is written formally as: 


lim f(x) = L 


xp 


and reads “The limit of f of x, as x approaches p, equals 
L.” It does not depend on what particular sequence of 
numbers is chosen to represent x; it is only necessary 
that the sequence converge to a limit. The limit may 
depend on whether the sequence is increasing or 
decreasing. That is the limit, as x approaches p from 
above may be different from the limit as x approaches p 
from below. In some cases, one or the other of these 
limits may even fail to exist. In any case since the value 
of x is approaching the finite value p the difference (p - 
x) is approaching zero. It is this definition of limit that 
provides a foundation for development of the deriva- 
tive and the integral in calculus. 


There is a second type of functional limit: the limit 
as the value of the independent variable approaches 
infinity. While a sequence that approaches infinity is 
said to diverge, there are cases for which applying the 
defining rule of a function to a diverging sequence 
results in creation of a converging sequence. The func- 
tion defined by the equation y = 1/xis sucha function. 
If a finite limit exists for the function when the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Converge—To converge is to approach a limit that 
has a finite value. 


Interval—An interval is a subset of the real num- 
bers corresponding to a line segment of finite 
length, and including all the real numbers between 
its end points. An interval is closed if the endpoints 
are included and open if they are not. 


Real Number—The set of numbers containing the 
integers and all the decimals including both the 
repeating and nonrepeating decimals. 


Sequence—A sequence is a series of terms, in 
which each successive term is related to the one 
before it by a fixed formula. 


independent variable approaches infinity it is written 
formally as: 


lim f(x) = L 


x7o 


and reads “The limit of f of x, as x approaches infinity, 
equals L.” It is interesting to note that the function 
defined by y = 1/x has no limit when x approaches 0 
but has the limit L = 0 when x approaches oo. 


Applications 


The limit concept is essential to understanding the 
real number system and its distinguishing character- 
istics. In one sense real numbers can be defined as the 
numbers that are the limits of convergent sequences of 
rational numbers. One application of the concept of 
limits is on the derivative. The derivative is a rate of 
flow or change, and can be computed based on some 
limits concepts. Limits are also key to calculating inte- 
grals (expressions of areas). The integral calculates the 
entire area of a region by summing up an infinite 
number of small pieces of it. Limits are also part of 
the iterative process. An iteration is repeatedly per- 
forming a routine, using the output of one step as the 
input of the next step. Each output is an iterate. Some 
successful iterates can get as close as desired to a 
theoretically exact value. 
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! Limiting factor 


Limiting factors are environmental influences that 
constrain the productivity of organisms, populations, 
or communities and thereby prevent them from 
achieving their full biological potential, which could 
be realized under optimal conditions. Limiting factors 
can be single elements or a group of related factors. 
Used in such scientific fields as agricultural science, 
biology, ecology, and physiology, limiting factors are 
based upon the concept first proposed by German 
geochemist Justus von Liebig (1803-1873) in 1840. 
Called the Liebig’s Law of the Minimum, it was rede- 
fined in 1934 by Walter P. Taylor, while with the U.S. 
Department of Agriculture. It states: “The functioning 
of an organism is controlled or limited by that essen- 
tial environmental factor or combination of factors 
present in the least favorable amount. The factors 
may not be continuously effective but only at some 
critical period during the year or perhaps only during 
some critical year in a climatic cycle.” 


The environment of organisms must be suitable in 
many respects. Environmental factors must satisfy 
minimum and maximum criteria for life. For example, 
temperature cannot be too cold or hot, and the avail- 
ability of nutrients cannot be too small or too large. 
The minimal criteria for metabolically essential envi- 
ronmental factors represent the least availability that 
will sustain organisms or ecological processes, while 
the maxima represent toxicity or other biological dam- 
ages. The minimum and maximum levels of environ- 
mental factors bound a relatively broad range within 
which there are optimal levels at which factors exert no 
constraints on biological productivity. 


The principle of limiting factors is an ecological 
generalization that suggests that, at any given time in 
a particular ecosystem, productivity is constrained by a 
single, metabolically essential factor that is present in 
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least supply relative to the potential biological demand. 
This limiting factor could be climatic, as is the case of 
sub-optimal conditions of temperature, wind speed, or 
moisture. Alternatively, the factor could involve an 
insufficient supply of a particular nutrient, or an exces- 
sive, toxic availability of another chemical. In this 
sense, the limiting factor represents a type of ecological 
stress, which if alleviated will result in greater produc- 
tivity and development of the ecosystem. 


The potential limitations by particular environmen- 
tal factors are best studied by doing experiments, pref- 
erably in the field. For example, limitations of tundra 
vegetation by climatic factors such as cool temperatures 
have been studied by enclosing small areas of intact 
vegetation within greenhouses. Limitations by particular 
nutrients such as phosphate or nitrate have been studied 
by fertilization experiments in which nutrients are added 
alone or in combination with others. Limitations by 
toxic environmental factors can sometimes be studied 
by transplanting organisms into cleaner environments, 
for example, away from a place that is polluted by sulfur 
dioxide. If these sorts of experiments are properly 
designed and the organisms do not respond to manipu- 
lation of a particular environmental characteristic, then 
it was not the limiting environmental factor. 


The principle of limiting factors can be illustrated 
by reference to the productivity of phytoplankton in 
lakes; that is, the community of unicellular algae that 
live in the water column. In most freshwater lakes, algal 
productivity is limited by the availability of inorganic 
phosphorus in the form of the ion phosphate. When 
experimentally fertilized with phosphate, most lake 
waters will respond by a large increase in productivity. 
(This will also happen if the lake receives phosphate 
through sewage inputs or agricultural runoff). In con- 
trast, if the lake water is fertilized with other important 
nutrients such as nitrate, ammonium, potassium, or 
inorganic carbon, there will be no increase in produc- 
tivity, indicating that these are not primary limiting 
nutrients. However, if the lake water is first well fertil- 
ized with phosphate, its productivity will then respond 
to nitrate addition, indicating that this source of inor- 
ganic nitrogen is the secondary limiting factor. 


See also Ecological productivity; Ecosystem; 
Eutrophication; Stress, ecological. 


fl Limpets 


Limpets are common mollusks of the class 
Gastropoda and order Patellagastropoda. They are 
characterized by a shell that is generally low, flat, 


2522 


oval, bilaterally symmetrical and it covers the entire 
soft body, so that the living animal inside is rarely 
visible. Unlike a snail shell, limpet shells are not coiled. 
Limpets adhere strongly to rocks and other solid sur- 
faces by means of a broad muscular foot. It is impor- 
tant for their survival that they are not dislodged 
easily, since their shell structure does not permit with- 
drawal into the shell. 


The Atlantic plate limpet is Tectura testudinalis; 
testudinal means resembling a tortoise shell. The com- 
mon European limpet is Patella vulgata. The patella in 
human anatomy is the kneecap so patelliform means 
like a kneecap. 


Limpets are prosobranch snails, which allies them 
with the keyhole limpets, abalones, periwinkles, and 
cone shells. Five families of limpets are generally rec- 
ognized. Lottiidae includes the genus Tectura and a 
number of Pacific coast species of the genus Loftia. 
Patellidae includes the genus Patella. The small white 
Acmaea mitra of the Pacific coast and a few deep-sea 
limpets make up the Acmaeidae family. 


Limpets are intertidal herbivores, and they do 
not often feed when exposed to the open air. Most 
species have a radula, a rough ribbonlike structure 
with projections resembling teeth, that helps tear up 
the animal’s food and bring it to its mouth. The food 
then passes through a simple stomach, where it is 
exposed to enzymes from paired digestive glands, 
and then into a long, coiled intestine, where it is turned 
into feces. Most limpets are not stationary, but make 
forays of up to 5 ft (1.5 m) at night or at high tide, then 
return to their original position, which is sometimes 
marked by a “home scar” on the rock surface. The 
brain of limpets consists of a relatively small number 
of neurons, and it is not clear how they find their way 
home. 


Male and female limpets look much the same, and 
can be distinguished only by the color of the gonads and 
microscopic examination of their sex cells, or gametes. 
In some species, protrandry has been observed. Males 
were identified and marked during one spawning sea- 
son. The subsequent year, thirty percent of those 
marked were females. During reproduction, eggs and 
sperm are released into the water at the same time. After 
several days, 10 for Patella, the larvae settle on some 
solid substratum and grow into adults. The larvae of 
Lottia strigatella settle on boulders where adults of the 
same species are established, even though other species 
may be present. This is known as gregarious settlement. 


The largest limpet is Lottia gigantea, a Mexican 
species 4-8 in (10-20 cm) long. Most species of limpets 
are 0.4-1 in (1-2.5 cm) long. Some species have been 
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estimated to live 15 years. The larger species are con- 
sumed, cooked or raw, in various parts of the world, but 
limpets are not known to support a commercial fishery. 


The key-hole limpets are not true limpets but are 
members of the order Archaeogastropoda and family 
Fissurellidae. Key hole limpets have an opening near 
the apex of the shell, giving the appearance of a mini- 
ature volcano and permitting the outflow of fecal 
matter and water that has already passed over the 
gills. The hole begins as a slit in the embryonic shell, 
and becomes closed as the mantle deposits more shell 
during growth to adult size. A common species of 
keyhole limpet is Diodora cayenensis, which ranges 
from New Jersey to Brazil. 
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i Line, equations of 


In mathematics, a line is a straight one-dimen- 
sional structure that has no thickness and extends in 
both directions, usually without end. An equation of a 
line is a mathematical statement about some aspect of 
a line. There are many different ways of writing the 
equation of a line in a coordinate plane. They all stem 
from the form ax + by + c=0. Thus 2x + 3y-5=0is 
an equation of a line, with a = 2, b = 3, andc =-S. 
When the equation is written in the form y = mx + b 
one has the slope-intercept form: m is the slope of the 
line and bis the y-intercept. The equation 2x + 3y-5= 
0 becomes 


So the line has slope -2/3 and a y-intercept 5/3. 


When the equation is written in the form 


|x 


Y 
a 6 A 
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one has the intercept form: a is the x-intercept and 
b is the y-intercept. The equation 2x + 3y -5 = 0 
becomes 


x 4. ye 
6216) | 


with x-intercept 5/2 and y-intercept 5/3. 


When the equation is written in the form 


Ya- 
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where (xj, y;) and (x,y) are points on the line, 
one has the two point form. If one chooses the two 
points (1, 1) and (-2, 3) that lie on the line 2x + 3y-5 = 
0, one have 


3-1 2 


y T= Tq 1) = 3 


(x — 1) 


When the equation is written in the form y-y; = m 
(x-x,) where (x;, y;) 1S a point on the line, one has 
the point-slope form. If one chooses (-2, 3) as the 
point that lies on the line 2x + 3y = 0, one has y - 3 = 
-2/3 (x + 2). 

In three space, a line is defined as the intersection 
of two non-parallel planes, such as 2x + y + 4z=0 
and x + 3y + 2z =0. Standard equations of a line in 
three space are the two-point form: 


X- x, 
xX) X 


_ VTN _ 474 
Yoa— MN 4 4 


where (xX, Yj, Z;) and (Xo, yo, Z2) are points on the 
line; and the parameter form: x = x; + It, y= y, + mt, z 
=z, +nt where the parameter t is the directed distance 
from a fixed point (x1, y;, Z;) on the plane to any other 
point (x, y, z) of the plane, and 1, m, and n are any 
constants. 


Resources 
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Bittinger, Marvin L, and Davic Ellenbogen. Intermediate 
Algebra: Concepts and Applications. 6th ed. Reading, 
MA: Addison-Wesley Publishing, 2001. 
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Linear algebra 


| Linear algebra 


Linear algebra includes vector algebra, matrix 
algebra, and the theory of vector spaces. Linear alge- 
bra originated as the study of linear equations, includ- 
ing the solution of simultaneous linear equations. 
Simultaneous equations are two or more equations 
containing the same variables; they are solved if spe- 
cific values of the variables can be found that make all 
the equations simultaneously true. An equation is 
linear if no variable in is multiplied by any other 
variable or raised to any nonzero power other than 
1. Thus, the equation 3x + 2y + z = 0 isa linear 
equation in three variables. Such equations are called 
“linear” because in the two-variable case, such as y = 
2x, the equation can graphs as a straight line. The 
equation x° + 6y + z + 5 = Ois not linear, because 
the variable x is raised to the power 3 (multiplied by 
itself three times); this is an example of a cubic equa- 
tion. The equation 5x - xy + 6z = 7 is not linear 
either, because the product of two variables (xy) 
appears in it. In mathematical terminology, we say 
that linear equations are always degree 1. 


Two important concepts emerge in linear algebra 
to help facilitate the expression and solution of sys- 
tems of simultaneous linear equations. They are the 
vector and the matrix. Vectors correspond to directed 
line segments. They have both magnitude (length) and 
direction. Matrices are rectangular arrays of numbers. 
They are used in dealing with the coefficients of simul- 
taneous equations. Using vector and matrix notation, 
a system of linear equations can be written, in the form 
of a single equation, as a matrix times a vector. 


Linear algebra has a wide variety of applications. 
It is useful in solving network problems, such as 
calculating current flow in various branches of com- 
plicated electronic circuits, or analyzing traffic flow 
patterns on city streets and interstate highways. Linear 
algebra is also the basis of a process called linear 
programming, widely used in business to solve a vari- 
ety of problems that often contain a very large number 
of variables. 


Historical background 


The collection of theorems and ideas that comprise 
linear algebra have come together over some four centu- 
ries, beginning in the mid 1600s. The name linear algebra, 
however, is relatively recent. It derives from the fact that 
the graph of a linear equation is a straight line. In fact 
the beginnings of linear algebra are rooted in the early 
attempts of sixteenth and _ seventeenth century 
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mathematicians to develop generalized methods for solv- 
ing systems of linear equations. As early as 1693, 
Gottfried Leibniz put forth the notion of matrices and 
their determinants, and in 1750, Gabriel Cramer pub- 
lished his rule (it bears his name today) for solving n 
equations in n unknowns. 


The concept of a vector, however, was originally 
introduced in physics applications to describe quanti- 
ties having both magnitude and direction, such as 
force and velocity. Later, the concept was blended 
with many of the other notions of linear algebra 
when mathematicians realized that vectors and one 
column (or one row) matrices are mathematically 
identical. 


Finally, the theory of vector spaces grew out of 
work on the algebra of vectors. 


Fundamental principles 


An equation is only true for certain values of the 
variables called solutions, or roots, of the equation. 
When it is desired that certain values of the variables 
make two or more equations true simultaneously 
(at the same time), the equations are called simulta- 
neous equations and the values that make them true 
are called solutions to the system of simultaneous 
equations. 


The graph of a linear equation, in a rectangular 
coordinate system, is a straight line, hence the term 
linear. The graph of simultaneous linear equations is a 
set of lines, one corresponding to each equation. The 
solution to a simultaneous system of equations, if it 
exists, is the set of numbers that correspond to the 
location in space where all the lines intersect in a single 
point. 


Vectors 


Since the solution to a system of simultaneous 
equations, as pointed out earlier, corresponds to the 
point in space where their graphs intersect in a single 
point, and since vectors represent points in space, the 
solution to a set of simultaneous equations is a vector. 
Thus, all the variables in a system of equations can be 
represented by a single variable, namely a vector. 


Matrices 


A matrix is a rectangular array of numbers, and 
is often used to represent the coefficients of a set of 
simultaneous equations. Two or more equations are 
simultaneous if each time a variable appears in any of 
the equations, it represents the same quantity. For 
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example, suppose the following relationship exists 
between the ages of a brother and two sisters: Jack is 
three years older than his sister Mary, and eleven years 
older than his sister Nancy, who is half as old as Mary. 
There are three separate statements here, each of which 
can be translated into mathematical notation, as 
follows: 


Let:] = Jack’s age,m = Mary’s age, n = Nancy’s 
age. 


Let: j = Jack’s age, m = Mary’s age, n = Nancy's age. 
Then: j = m + 3 (1) 
j=nt11 (2) 
2n=m(3) 


This is a system of three simultaneous equations in 
three unknowns. Each unknown age is represented by 
a variable. Each time a particular variable appears in 
an equation, it stands for the same quantity. In order 
to see how the concept of a matrix enters, rewrite the 
above equations, using the standard rules of algebra, 
as: 


1j-—1m—-0O0n=3 (1’) 
1j+O0m-1n=11 (2’/) 
Oj —1m+2n=0. (3’) 


Since a matrix is a rectangular array of numbers, 
the coefficients of equations (1’), (2’), and (3’) can be 
written in the form of a matrix, A, called the matrix of 
coefficients, by letting each column contain the coef- 
ficients of a given variable (j, m, and n from left to 
right) and each row contain the coefficients of a single 
equation (equations (1’), (2’), and (3’) from top to 
bottom. That is, 


1 -1 0 
A= 1 0 -1, 
0 -1 2 


Matrix multiplication is carried out by multiply- 
ing each row in the left matrix times each column in the 
right matrix. thinking of the left matrix as containing a 
number of “row vectors” and the right matrix as con- 
taining a number of “column vectors,” matrix multi- 
plication consists of a series of vector dot products. 
Row 1 times column | produces a term in row 1 
column | of the product matrix, row 2 times column 
1 produces a term in row 2 column 1 of the product 
matrix, and so on, until each row has been multiplied 
by each column. The product matrix has the same 
number of rows as the left matrix and the same num- 
ber of columns as the right matrix. In order that two 
matrices be compatible for multiplication, the right 
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must have the same number of rows as the left has 
columns. The matrix with ones on the diagonal (the 
diagonal of a matrix begins in the upper left corner and 
ends in the lower right corner) and all other elements 
zero, is the identity element for multiplication of 
matrices, usually denoted by I. Thus the inverse of a 
matrix A is the matrix a’ such that AA’! = I. not 
every matrix has an inverse, however, if a square 
matrix has an inverse, then ATA = aA? = I. That 
is, multiplication of a square matrix by its inverse is 
commutative. 


Just as a matrix can be thought of as a collection 
of vectors, a vector can be thought of as a one-column, 
or one-row, matrix. Thus, multiplication of a vector 
by a matrix is accomplished using the rules of matrix 
multiplication. For example, let the variables in the 
previous example be represented by the vector j = 
(j,m,n). Then the product of the coefficient matrix, 
A, times the vector, j, results in a three-row, one- 
column matrix, containing terms that correspond to 
the left hand side of each of equations (1’), (2’), and 


(3°). 


1-1 O07 j 1j —1m+0On 
1 0 1} m = |1j +O0m—1n 
Oo -1 2-4n Oj —1m+2n 


Finally, by expressing the constants on the right 
hand side of those equations as a constant column 
vector, c, the three equations can be written as the 
single matrix equation: Aj = c. This equation can be 
solved using the inverse of the matrix A. That is, 
multiplying both sides of the equation by the inverse 
of A provides the solution: j; = A’'c. The general 
method for finding the inverse of a matrix and hence 
the solution to a system of equations is given by 
Cramer’s rule. 


Applications 


Applications of linear algebra have grown rapidly 
since the introduction of the computer. Finding the 
inverse of a matrix, especially one that has hundreds or 
thousands of rows and columns, is a task easily per- 
formed by computer in a relatively short time. 
Virtually any problem that can be translated into the 
language of linear mathematics can be solved, pro- 
vided a solution exists. Linear algebra is applied to 
problems in transportation and communication to 
route traffic and information; it is used in the fields 
of biology, sociology, and ecology to analyze and 
understand huge amounts of data; it is used daily by 
the business and economics community to maximize 
profits and optimize purchasing and manufacturing 
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Lipid 


KEY TERMS 


Linear equation—A linear equation is one in which 
no product of variables appears. The graph of a 
linear equation is a straight line, hence the term 
linear. 


Matrix—A matrix is a rectangular array of numbers, 
such as a table, having | rows and j columns. 


Simultaneous equations—When the solution to an 
equation satisfies two or more equations at the 
same time, the equations are called simultaneous 
equations. 


Variable—A variable is a quantity that is allowed to 
have a changing value, or that represents an 
unknown quantity. 


Vector—A quantity or term that can be expressed 
in terms of both magnitude (a number) and a 
direction. 


procedures; and it is vital to the understanding of 
physics, chemistry, and all types of engineering. 


See also Solution of equation. 
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McGraw Hill Professional, 2005. 

Poole, David. Linear Algebra: A Modern Introduction. 
Belmont, CA: Brooks Cole, 2005. 
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Lipid 

Lipids are a class of natural organic compounds in 
plants and animals, defined by a specific way they 
behave: they are soluble in nonpolar solvents. That 
is, lipids are not soluble in water but dissolve in sol- 
vents like gasoline, ether, carbon tetrachloride, or oil. 
The vast majority of lipids are colorless and mostly 
fats and oils. They are derived from living systems of 
plants, animals, or humans. 
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Lipids are one of the three broad classifications 
into which nourishing substances can be broken. 
Lipids, proteins, and carbohydrates are the three 
very general classifications. Fiber may be filling 
but is not called nourishment. Lipids are rich in 
energy, supplying twice the caloric value per unit 
weight than carbohydrates or proteins. Seeds con- 
tain lipids as energy storage substances to get the 
plant started. 


Lipids may also be fat soluble. For example, 
humans can store some vitamins (A, D, E, and K) in 
body fat. Other vitamins are water soluble, and excess 
is passed in urine and must be replaced frequently. 


Typical lipids 


Besides fat-soluble vitamins, hormones, waxes, 
oils, and many very important substances are also 
lipids, although they bear little similarity to one 
another in terms of their chemical formulations. 
Lipids also vary greatly in their molecular structure. 
Most lipid molecules are not electrically charged, nor 
is either end of the compound electrically polarized. 
They are nonpolar compounds, electrically neutral 
throughout. 


Because there is no structural definition of a lipid, 
the exact definition is a bit vague, and a broad defi- 
nition will include almost any organic compound that 
is not water soluble. Many can be volatile because 
their molecules are small, although mineral oils or 
waxes obtained from petroleum or paraffin are not 
lipids. Instead interest is focused on substances related 
to living plant and animalbiochemistry. And these 
substances are comprised of large molecules that are 
nonvolatile. 


Many lipids are essential to good human health. 
Some serve as chemical messengers in the body. Others 
serve as ways to store chemical energy. There is a good 
reason that babies are born with “baby fat.” Seeds 
contain lipids for the storage of energy. People living 
in Arctic zones seek fatty foods in their diet. 


Fat is a poor conductor of heat, so lipids can also 
function as an insulator. Their functions are as varied 
as their structures. But because they are all fat soluble, 
they all share in the ability to approach and even enter 
a body cell. 


Lipids and cell membranes 
Body cells have a membrane that is quite compli- 


cated but it can be represented by a double layer of 
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KEY TERMS 


Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 

Metabolism—The process by which food material is 
broken down and used in the construction of new 
material. 

Molecule—The smallest unit of a compound having 
the properties of the compound. A molecule is made 
up of more than one atom. Water, HO, is a mole- 
cule composed of three atoms. 
Organic—Substances associated with living systems 
is the old, but common definition. Now chemists 
apply it to most compounds that contain carbon 
atoms, especially rings or chains of carbon atoms. 
Polar/nonpolar—Characterized by having opposite 
ends, as a magnet has a north and south pole. When 


lipids or lipids attached to proteins. Thus the behavior 
of lipids and lipidlike molecules becomes very impor- 
tant in understanding how a substance may or may 
not enter a cell. Many biochemical processes that 
occur in our bodies are becoming better understood 
as scientists learn more about the lipid-like layer 
around cells. 


The lipid layer around a cell membrane allows 
pesticides and other lipid-like molecules to get into 
places other than those intended. This may cause 
problems because pesticides may change the way the 
cell membrane behaves. 


Lipids associated with proteins are called lipopro- 
teins. Lipids attached to sugars or carbohydrates are 
called glycolipids. There are also lipids attached to 
alcohols and some to phosphoric acids. Attachment 
to other compounds greatly alters a lipid’s behavior, 
often making one end of the molecule water soluble. 
Such new substances are bipolar and can become 
involved in aqueous chemistry. This is important 
because it allows lipids to move out of the intestine 
and into the bloodstream. In the digestion process, 
lipids are made water soluble either by being broken 
down into smaller parts or becoming bipolar through 
association with another substance. The breaking 
down is usually done via two different processes. One 
is hydrolysis, which means chemical reaction with 
water, and the other is called saponification. 
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applied to compounds it means that one end of the 
molecule, or individual part that comprises the com- 
pound, has an abundance of electrical charge and 
the other end has a shortage of electrical charge. 
Something that is nonpolar is electrically neutral 
throughout the molecule. The compound has no 
positive or negative end. 


Proteins—Important nitrogen-containing organic 
compounds that are most easily identified as the 
building material of a body’s meat, skin, and finger 
nails. 


Solubility—The amount of a material that will dis- 
solve in another material at a given temperature. 


Volatile—Readily able to form a vapor at a relatively 
low temperature. 


Metabolism of lipids 


The processes by which a lipid is broken down or 
by which it is built are quite complicated. The liver can 
convert fats into blood sugar, or glucose. Very specific 
and very effective enzymes are involved in the many 
steps of the processes. As a group, these enzymes are 
called lipases. There is one group of lipids that are not 
easily broken down. These nonsaponifiable lipids are 
the steroids and carotenoids—tred or yellow pigments 
found cells involved in photosynthesis. 
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Liquid crystals 


! Liquid crystals 


Liquid crystals are pure substances in a state of 
matter that shows properties of both liquids and solids 
over a specific temperature range. At temperatures 
lower than this range, the liquid crystals are only like 
solids. They do not flow and their molecules maintain a 
regular arrangement. At temperatures above this range, 
the liquid crystals behave only like liquids. They can 
flow and the molecules have no special arrangement. 
Within the temperature range, different for every liquid 
crystal, liquid crystals are able to flow but they still keep 
their molecules in a specific arrangement. 


The molecules of liquid crystals are usually much 
longer than they are wide. When light waves pass through 
these molecules, the speed of the light depends on 
whether it is traveling along the short direction or along 
the long direction. Depending on the specific liquid crys- 
tal, one direction will be faster than the other. The direc- 
tion in which a light wave vibrates is called its 
polarization. When the light wave emerges from the 
liquid crystal, the direction of polarization may have 
been changed due to the difference in light speed along 
different directions. Human eyes cannot detect the direc- 
tion of light polarization but a device called a polarizer 
can. Many of the first liquid crystals discovered were 
chemically made from cholesterol and showed this twist- 
ing effect. Cholesterol itself is not a liquid crystal, but any 
liquid crystal that shows this spiral, even if it not made 
from cholesterol, is still called cholesteric. 


The cholesteric class of liquid crystals shows some 
color effects that do not require a polarizer to see. The 
twist of the spiral structure is very regularly spaced, 
almost like the steps of a spiral staircase. When white 
light falls on this spiral, most of it passes through. But 
white light is actually composed of many different colors 
of light waves. Light waves of different colors have 
different lengths. The length of a wave, called the wave- 
length, is measured from one point of the wave to 
another identical point. If the light wave is just the 
right length to match the regular spacing of the spiral, 
it will be reflected instead. So depending on the size of 
the helix spacing, only certain colors will be reflected. 
One way to control the size of the helix spacing is by 
choosing liquid crystals that twist a lot or a little from 
one layer to the next. Another way is by controlling the 
temperature. When a cholesteric helix is warmed, the 
layers twist a little more. This means that the regular 
spacing of the steps of the spiral is closer. The light waves 
that are reflected will be the short light waves that are 
blue in color. When the cholesteric is cooled, there is less 
twisting and a longer spacing, so longer light waves are 
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KEY TERMS 


Light speed—How fast light gets from one place to 
another. The speed of light depends on the material 
through which it must travel. 


Light wave—A way of picturing the energy in light 
as a wiggling rope. 

Molecule—A combination of atoms. Molecules are 
the smallest units of compounds. 


Polarization—The direction of vibration or “wiggle” 
of a light wave. 


Polarizer—A device that allows only one direction 
of light vibration to pass through it. 


State of matter—The condition of being a gas, 
liquid, or solid. 

Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


reflected. Long light waves are red. This is the mecha- 
nism that makes liquid crystal thermometers work—you 
see red when the liquid crystals in the thermometer are 
cool, then yellow, green, and blue as they are warmed. 


The most important use of liquid crystals is in 
displays because the molecules of a liquid crystal can 
control the amount, color, and direction of vibration of 
the light that passes through them. This means that by 
controlling the arrangement of the molecules, an image 
in light can be produced and manipulated. Liquid crys- 
tal displays, or LCDs, are used in watch faces, laptop 
computer screens, camcorder viewers, virtual reality 
helmet displays, and even television screens. 


Current research in liquid crystals is focused on 
mixing liquid crystals with other materials like polymers. 
Scientists hope to make mixtures for liquid crystal dis- 
plays so that these displays can show more detail, more 
color, and change image faster, but use less energy. 


Resources 


BOOKS 
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| Lithium 


Lithium—which has the highest specific heat of 
any solid element—is the first element in Group 1 of 
the periodic table, a group of elements generally 
known as the alkali metals. It is the lightest of all 
metals. Lithium’s atomic number is 3, its atomic 
mass is 6.941, and its chemical symbol is Li. 


Properties 


Lithium is a very soft, silvery metal with a melting 
point of about 356.97°F (180.54°C), a boiling point of 
2,435°F (1,335°C), and a density of 0.308 ounces per 
cubic inch (0.534 grams per cubic centimeter). It is a 
solid at room temperature. Lithium is extraordinarily 
soft for a metal with a rating of 0.6 on the Mohs scale, 
softer even than talc, whose Mohs rating is 1. 


Lithium is an active metal, although, as one would 
predict from its placement in the periodic table, is not 
as active as sodium, potassium, and the other alkali 
metals. For example, it reacts slowly with cold water, 
releasing hydrogen gas. It does not react with oxygen 
at room temperature, although it does react at higher 
temperatures to form lithium oxide (LiO2). Under the 
proper conditions, the element also reacts with sulfur, 
hydrogen, nitrogen, and the halogens. 


Lithium is about the 15th most abundance element 
in the Earth’s crust with an abundance of about 
0.005%. Its estimated crustal abundance is 3.2 x 10° 
ounces per pound (2.0 x 10! milligrams per kilogram) 
and its estimated oceanic abundance is 2.4 x 10° ounces 
per gallon (1.8 x 10°' milligrams per liter. Lithium never 
occurs as a free element, but it is found in minerals such 
as spodumene, petalite, and lepidolite. Some lithium is 
also found in seawater, primarily as dissolved lithium 
chloride (LiCl). The world’s largest producer of lithium 
is the United States, followed by the countries of 
Australia, Russia, Canada, Zimbabwe, Chile, and 
China. In the United States, lithium is produced at 
three large mines in Nevada and North Carolina. 


The first step in extracting lithium from its ores 
is to convert the ore to lithium chloride, which is 
then electrolyzed to obtain the pure element: 2LiCl— 
electric current — 2Li + Ch. 


History 


The use of lithium for medicinal purposes can be 
traced back over 1,800 years to Greek physician 
Galen, who treated patients with mania by having 
them bathe in alkaline springs and drink the water, 
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which probably contained lithium. In 1817, Swedish 
chemist August Arfwedson (or Arfvedson; 1792- 
1841), described the element lithium, which he 
named from the Greek word that means stone. 
Arfwedson was not able to prepare pure lithium 
because it was too active. That step was accomplished 
about a year later by the Swedish chemist William 
Thomas Brande (1788-1866) and the English chemist 
Sir Humphry Davy (1778-1829), both of whom used a 
method similar to the one employed today for extract- 
ing lithium from lithium chloride by electrolysis. 


In the 1840s, lithium was mixed with carbonate or 
citrate to form a salt and was used to treat gout, epi- 
lepsy, diabetes, cancer, and sleeplessness. None of these 
treatments were effective, but interest in lithium as a 
medicine continued. In the 1940s, lithium chloride was 
administered as a salt substitute for patients requiring 
low-salt diets. This proved to be dangerous because an 
insufficient amount of sodium in the body causes lith- 
ium to build up. Too much lithium can cause poisoning 
and even death if the levels become too high. 


Treatment 


Lithium has been the treatment of choice for bipo- 
lar disorder (formerly called manic-depressive illness) 
for several decades. Lithium is a trace element found in 
plants, mineral rocks, and in the human body. Today, 
the major source of medical lithium is mines in North 
Carolina. Lithium is classified as an antimonic medi- 
cation because of its ability to reverse mania, a mood 
disorder characterized by extreme excitement and 
activity. In addition, lithium is also effective in revers- 
ing deep depression, the other mood extreme of bipo- 
lar disorder, and in decreasing the frequency of manic 
and depressive cycles in patients. 


While there has been a great deal of success in 
treating bipolar patients with lithium and returning 
them to a normal life, researchers are not exactly 
sure how it works. It is a non-addictive and non-sedat- 
ing medication, but its use must be carefully moni- 
tored for possibly dangerous side effects. For some 
patients suffering from some symptoms of schizophre- 
nia, lithium may be used in combination with other 
medications. Lithium is also used to treat people who 
suffer from unipolar depression. 


Before lithium was in general use for the treatment 
of bipolar disorder, as many as one in five patients 
with this condition committed suicide. Many who 
suffered from this illness were never able to live nor- 
mal, productive lives. Lithium therapy now allows 
many people with bipolar disorder to participate in 
ordinary everyday life. Seventy to 80% of bipolar 
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Lithium 


patients respond well to lithium treatment without any 
serious side effects. 


John Cade 


The story of lithium parallels other stories in med- 
ical history where the medicinal value of a substance is 
discovered accidentally. In 1949, John Cade, an 
Australian psychiatrist, decided to experiment with 
lithium on guinea pigs. He theorized that uric acid 
was a cause of manic behavior. Since he needed to 
keep the uric acid soluble, he used lithium salts as an 
agent in the solution. The guinea pigs did not become 
manic as he expected, but instead they responded by 
becoming extremely calm. 


When Cade used the lithium treatment on 10 
manic patients, he reported remarkable improvement 
in the patients’ condition. One patient who had been in 
a manic state for five years was able to leave the 
hospital after a three-month treatment and resume a 
normal life. Cade reported his results in the Medical 
Journal of Australia, but his findings did not have an 
impact on the medical community at that time. 


When Cade carried out his experiments, reports of 
lithium poisonings were widespread in the United 
States. It was not until the work of Mogens Schou, 
who campaigned for recognition of lithium as a treat- 
ment for bipolar disorfder, that acceptance of lithium 
began. In the United States, however, it did not gain full 
FDA (Federal Drug Administration) approval until 
1974, although trials were conducted during the 1960s. 


Administration 


The dosage of lithtum must be regulated on an 
individual basis. The level of concentration in the 
blood must be approximately between 0.8 to 1.4 milli- 
equivalents per liter of blood. For this reason, blood 
samples must be taken regularly when a person is receiv- 
ing lithium treatment. When the concentration of lith- 
ium is too low, the desired results will not be obtained 
and if it is too high, there may be adverse side effects. 


Initially, the dose given is very low, then a blood 
sample is taken, and the dosage is increased gradually 
until the desired concentration is reached. When ther- 
apy 1s initiated, blood samples are taken every three or 
four days, then once a week, progressing to every two 
weeks, once a month, then perhaps every three or four 
months. In order to maintain the desired level, the 
medication is usually taken periodically throughout 
the day, depending upon the dosage. Slow-release 
and sustained-release tablets and capsules have been 
developed that make the administration of lithium 
medication easier. It is sometimes taken in liquid 
form as well. 
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KEY TERMS 


Bipolar disorder—Manic-depressive illness, a con- 
dition where the patient exhibits both an excited 
state called mania and a depressed state. 


Electroconvulsive therapy (ECT)—Administration 
of a low dose electric current to the head in con- 
junction with muscle relaxants to produce convul- 
sions. A treatment method whose underlying action 
is still not fully understood, it has proven effective 
in relieving symptoms of some severe psychiatric 
disorders for which no other treatment has been 
effective, for example, severe depression. 


Schizophrenia—A mental illness characterized by 
thought disorder, distancing from reality, and 
sometimes delusions and hallucinations. 


Unipolar depression—A mental illness in which 
the patient suffers from depression only. 


Precautions 


Lithium is absorbed quickly into the bloodstream 
and carried to all tissues of the body and brain. It is 
excreted through the kidneys. Because sodium is also 
passed out through the kidneys and affects lithium 
secretion, a normal sodium balance is necessary to 
maintain a lithium balance as well. If there is an insuf- 
ficient amount of sodium in the body, the lithium 
builds up and can become toxic. 


Besides avoiding a low-salt diet, patients receiving 
lithium therapy for bipolar disorder are cautioned to 
drink alcohol in moderation and to discuss all over- 
the-counter and prescription medicine with their 
psychiatrists, since some antibiotics and anti-inflam- 
matory agents like ibuprofen can increase lithium lev- 
els in the bloodstream. The use of lithium during 
pregnancy presents certain risks. Electroconvulsive 
therapy (ECT) is sometimes recommended for preg- 
nant patients who have been taking lithium as treat- 
ment for bipolar disorder. Older persons on lithium 
and low-salt diets must also be cautious. 


Possible side effects of lithium therapy are stom- 
ach ache, nausea, vomiting, diarrhea, hand tremors, 
thirst, fatigue, and muscle weakness. Some patients 
report weight gain while on lithium and a thyroid 
condition may develop, but can be easily treated with 
thyroid replacement hormones. 


By and large, lithium treatment has been an effec- 
tive drug for patients suffering from bipolar disorder. 
Many remain in treatment for extended periods of 
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time without any harmful side effects, and most 
importantly, are able to lead normal and productive 
lives without hospitalization. 


See also Antipsychotic drugs; Bipolar disorder. 
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l Lithography 


Lithography is a method of printing an image by 
applying patterned layers of color to paper with a 
series of etched metal or stone plates. This is the proc- 
ess used to print many newspapers and multi-colored 
lithographs. It is also the general name for the techni- 
ques used to fabricate integrated circuits (ICs). 


Lithography in printing 


The concept of lithography was developed by 
German actor and playwright Johann Alois Senefelder 
(1771-1834) between 1796 and 1798, while in Bohemia 
(what is now the Czech Republic). He used a stone slab 
with printed grease marks and dampened it with water. 
When a coating of ink was applied to the stone, it 
adhered to the grease marks and washed away from 
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the wet areas. The ink was then transferred to paper by 
pressing the stone against it. 


Senefelder’s method was perfected over time. 
Metal plates were soon used in place of stone slabs. 
Several chemical solutions that repelled water and 
adhered to ink better than grease were later used. 
Lithography was used with several different color inks 
to create color pictures, called lithographs, which were 
made famous by Currier and Ives. 


Photolithography 


The invention of photography in the twentieth 
century spurred the development of a new lithographic 
process called photolithography. In this method, the 
printer shines a bright light through a photo negative 
onto a thin plate coated with light-sensitive chemicals. 
The areas of the plate struck by the light harden into a 
reproduced image, serving the same function as the 
grease design in early lithography. Today, lithographic 
processes are the most widely-used printing methods. 


Lithography and integrated circuits 


The same lithographic concepts used to reprint text 
and pictures on paper can be used to manufacture 
integrated circuits. In this case, a polymer resist is 
used to repel the subsequently applied layers of metal 
conductors, semiconductor materials, and dielectric 
insulators, which are the “ink.” An integrated circuit 
is a tiny version of a conventional electrical circuit. Thin 
films of various materials act as insulators between 
conductive material and the silicon metal substrate, or 
protect existing layers from implantation of other 
atoms. These devices are built by coating a silicon 
wafer with patterned layers of material, designed to 
allow the insulators or protective barriers to be applied, 
or to leave holes in the barrier layer permitting electrical 
contact. Sophisticated circuits may require 20 or more 
layers. Small features and narrow lines must be pre- 
cisely placed, and the absence of material in a given spot 
is as critical as the presence of it somewhere else. 


There are several ways lithography is used to 
make integrated circuits, including visible and ultra- 
violet lithography (forms of photolithography), elec- 
tron beam patterning, ion beam patterning, and x-ray 
lithography. The most common method is photoli- 
thography, which is well suited to high volume pro- 
duction of consumer electronics. 


Making integrated circuits 


In the manufacture of integrated circuits, the sili- 
con wafer that acts as the base and a light-sensitive 
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KEY TERMS 


Negative photoresist—A type of photosensitve pol- 
ymer that leaves a barrier only where exposed to 
light. 

Photolithography—A method of integrated circuit 
fabrication that uses a light-sensitive polymer to 
pattern a silicon wafer with other materials. 


Photoresist—Photosensitive polymer that is used to 
pattern silicon wafers during integrated circuit 
fabrication. 


Positive photoresist—A type of photosensitive pol- 
ymer that leaves a barrier only where not exposed 
to light. 


Reticle—A photomask used to print patterns on 
silicon wafers, typically made of chrome-patterned 
transparent glass. 


Stepper—A lithographic system that exposes the 
wafer one small section at a time before ‘stepping’ 
to the next location. 


Substrate—The foundation material on which inte- 
grated circuits are built; usually made of silicon. 


Wafer—A very thin disk of silicon metal on which 
integrated circuits are built. 


polymer material, called photoresist, are used to create 
the pattern of the circuit’s layers. Negative photore- 
sists harden when exposed to light, adhering to the 
base through the developing process. Positive photo- 
resists degrade when they are exposed to light and 
developed, leaving a depression. The coated wafer is 
then dried 10 to 30 minutes in an oven at 176 to 194°F 
(80 to 90°C). 


After photoresist is applied to the silicon wafer, it 
is selectively exposed to light with the aid of a reticle. A 
reticle consists of a layer of patterned chrome on trans- 
parent glass; gaps in the chrome permit light to reach 
the resist-covered wafer. Exposure takes place in a 
device, called a stepper, that shines light on the wafer 
through the transparent regions of the reticle. Only a 
small region of the wafer is exposed at a time. Then, 
the wafer is moved, or stepped, forward and a new 
segment is exposed. After exposure, the wafer is put 
into developing solution where the positive and unex- 
posed photoresists are removed. It is hard-baked at 
temperatures between 248 to 356°F (120 to 180°C). 


After the photoresist is in place, a layer of con- 
ducting, semiconducting, or insulating metal solution 
is applied to the wafer and adheres in the pattern 
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opposite to the photoresist. The application and 
removal of photoresist and metal solutions is repeated 
10 to 20 times in the manufacture of a single integrated 
circuit. In addition to the number of steps needed to 
make the circuit, the complexity of the task is increased 
by the necessity for precision in the manufacturing 
process. For instance, some circuits use printed features 
as small as 0.35 micron. A human hair, on the other 
hand, is about 100 microns in diameter. 
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l Lithosphere 


The word lithosphere is derived from the word 
“sphere,” combined with the Greek word “lithos” 
which means rock. The lithosphere is the solid outer 
section of Earth which includes Earth’s crust (the out- 
ermost layer of rock on Earth), as well as the under- 
lying cool, dense, and fairly rigid upper part of the 
upper mantle. The lithosphere extends from the sur- 
face of Earth to a depth of about 44-62 mi (70-100 
km). This relatively cool and rigid section of Earth is 
thought to float on top of the warmer, non-rigid, and 
partially melted material directly below. 


Earth is made up of several layers. The outermost 
layer is called Earth’s crust. The thickness of Earth’s 
crust varies. Under the oceans the crust is only about 
3-5 mi (5-10 km) thick. Under the continents, how- 
ever, the crust thickens to about 22 mi (35 km) and 
reaches depths of up to 37 mi (60 km) under some 
mountain ranges. Beneath the crust is a layer of rock 
material that is also solid, rigid, and relatively cool, 
but is believed to be made up of denser material with a 
different chemical composition. This layer is called the 
upper part of the upper mantle, and varies in depth 
from about 31 mi (50 km) to 62 mi (100 km) below 
Earth’s surface. The combination of the crust and this 
upper part of the upper mantle, which are both 
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comprised of relatively cool and rigid rock material, is 
called the lithosphere. 


Below the lithosphere, the temperature is thought 
to reach 1,832°F (1,000°C) which is warm enough to 
allow rock material to flow if pressurized. Seismic evi- 
dence suggests that there is also some molten material 
at this depth (perhaps about 10%). This zone directly 
below the lithosphere is called the asthenosphere, from 
the Greek word “asthenes,” meaning “weak.” The 
lithosphere, including both the solid portion of the 
upper mantle and Earth’s crust, is carried on top of 
the weaker and less rigid asthenosphere, which is in 
continual motion. This motion creates stress in the 
rigid rock layers above it, and the plates of the litho- 
sphere are forced against each other. This motion of the 
lithospheric plates is known as plate tectonics, and is 
responsible for many of the movements that we see on 
Earth’s surface today including earthquakes, certain 
types of volcanic activity, and continental drift. 


See also Earth’s interior; Magma. 


i Lithotripsy 


Lithotripsy, extracorporeal shock wave (ESWL), is 
the first noninvasive (not requiring surgical opening of 
the body) treatment for eliminating kidney stones by 
breaking them into sandlike particles, usually by means 
of high- pressure waves generated in water. The particles 
are then eliminated from the body during urination. 


The ESWL machine, called a lithotripter, generates 
shock waves in a reservoir of water outside the body, 
then focuses them with a reflecting device so they pass 
through the water and into the body, striking individual 
stones. Waves are disturbances that travel from one 
point to another without transporting the material of 
the medium itself. Rather, there is successive compres- 
sion and expansion of adjacent areas of the fluid. This 
can be visualized by imagining a cork bobbing up and 
down in water as a wave passes by. There is no net 
movement of water that can carry the cork along, only 
the passage of the disturbance itself. A shock wave is a 
compression wave (wave formed by compression of a 
fluid) that is fully developed, of very large amplitude, 
and travels through the medium at the speed of sound. 


History 


The concept of using shock waves to fragment 
stones had its origin in research done in Germany 
during the 1960s. Researchers found that the pitting 
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of aircraft wings following supersonic flight was caused 
by collision of the airplane wing with rain drops. ESWL 
was introduced into the United States in 1984. 


The use of sound waves to destroy kidney stones is 
based on the destructive force generated when a shock 
wave in fluid suddenly hits a substance that has differ- 
ent properties, such as a kidney stone. The shock 
waves pass efficiently through fluid mediums and can 
be focused so they strike small objects. 


Lithotripsy and kidney stones 


Kidney stones are formed from deposits of salt 
and mineral crystals on the inner surface of the kid- 
neys or in the bladder. Often this occurs when the 
urine is persistently either acidic or alkaline. Most 
kidney stones contain large amounts of calcium. 
They vary in size and may remain inside the kidney 
or dislodge and pass into the ureter, the tube that 
carries urine from the kidney to the bladder. 


If stones remain inside the kidney they may cause 
damage directly, or obstruct the flow of urine. Such an 
obstruction causes a buildup of pressure inside the 
kidney and interferes with the function of this organ, 
a condition called hydronephrosis. In turn, this can 
cause bacterial buildup in the stagnant urine, a con- 
dition called acute bacterial pyelonephritis. 


Most kidney stones produce no symptoms and are 
only discovered during a routine x-ray examination, 
although some stones may cause blood in the urine. 
Usually, however, people discover they have kidney 
stones when they are stricken with terrible pain along 
their side or back, which occurs when the stone moves 
down the ureter. 


Formerly, the two major forms of treatment were 
to wait for stones to pass through the bladder in the 
urine, or to remove it, usually by major abdominal 
surgery. Later, endoscopes—long light tubes used for 
looking inside the body—were used to locate stones, 
which were then grasped or crushed with basketlike 
devices on the end of tubes inserted under the guidance 
of endoscopes. But stone formation often recurs, and 
repeated surgery greatly increases the risk of perma- 
nent kidney damage or loss. More recently, ESWL has 
become the common method of treating kidney 
stones. 


How it works 


A lithotripter generates shock waves by means of 
electrical or spark discharges within a spherical or 
ellipsoidal reflector submerged in water. Some waves 
propagate directly away from the curved surface of the 
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Lithotripsy 


A lithotripter directs sound waves at the kidney stones of a patient, causing the stones to break and dissolve. (S./.U., National 
Audubon Society Collection/Photo Researchers, Inc.) 


reflector (primary shock waves). Others strike and 
bounce off the inner wall of the reflector (reflected 
shock waves). 


In order to focus the shock waves so they pass into 
the body and strike kidney stones, physicians must 
first locate the stones by means of fluoroscopy or 
ultrasound. 


During the treatment, there are a series of clicks 
that correspond to the shock waves passing through 
the water and body tissue to break up the stone. 
Treatment takes about one to two hours. 


Early lithotripters required patients to be lowered 
into a water bath. Shock waves traveled through the 
water and into the body. The procedure restricted the 
positioning of the patient so that only stones in the 
upper urinary tract were accessible to shock waves. 


More recent lithotripters do not require patients 
to be lowered into a bath or to lie on a bed of water. 
Rather, the water is located inside the shock wave 
generator under the table on which the patient 
lies. This keeps the patient and water apart, permitting 
doctors to position patients on the table more 
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easily, and increases their ability to target and destroy 
stones. 


ESWL does not damage the kidney, so the physi- 
cian can repeat the procedure if necessary. Most 
patients can return home the same day of treatment. 


In some patients, a stone may be able to be seen 
only after a narrow tube called a stent is placed in the 
ureter. The patient is first put under anesthesia. Then 
the physician inserts a thin, narrow light tube called a 
cystoscope into the urethra to help guide stent place- 
ment. The stent is removed after treatment. 


Following treatment, the patient may feel an ache 
in the lower back, and may have some discomfort 
passing the remains of the stones. In addition, there 
is often blood in the urine. 


The treatment is not recommended for everyone. 
For example, women who are pregnant and individu- 
als who already have urinary tract infections should 
not undergo ESWL. 


See also Bacteria; Fiber optics; Urology. 


Marc Kusinitz 
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| Liverwort 


Liverworts are one of three classes in the plant 
phylum Bryophyta. The other two classes are mosses 
and hornworts. Liverworts are small green terrestrial 
plants. They do not have true roots, stems, or leaves. 
Instead, they have an above ground leaflike structure, 
known as a thallus, and an underground structure, 
known as a rhizoid. Most liverworts are found in 
moist environments and they tend to be less resistant 
to desiccation than their relatives, the mosses. Some 
liverwort species are found in temperate North 
America, but most species grow in the tropics. 


General characteristics 


Like mosses and higher plants, liverworts use 
chlorophyll-a, chlorophyll-b, and carotenoids as pho- 
tosynthetic pigments and store their food reserves as 
starch. As in mosses and higher plants, their cell walls 
are composed of cellulose. 


Like mosses and hornworts, liverworts are restricted 
to moist environments for two principal reasons: First, 
they lack a vascular system for efficient transport of 
water and food. Second, their sperm cells must swim 
through water to reach the egg cells. 


The thalli of most liverworts have dorsiventral 
morphology. In other words, they have distinct front 
and back sides. In this respect, liverwort thalli are 
similar to the leaves of higher plants. 


The name “liverwort” is centuries old and was 
given to these plants because their thalli are liver- 
shaped. In earlier times, people believed in the “doc- 
trine of signatures,” which dictated that a plant part 
that resembles a bodily organ could be used to treat 
diseases of that organ. Thus, liverworts were used to 
treat diseases of the liver. Western science has long 
since discredited the doctrine of signatures, although it 
is still advocated by various “New Age” and other 
pseudoscientific movements. 


Life cycle 


The general features of the liverwort life cycle are 
the same as in mosses. Both have a characteristic 
alternation of generations in which the multicellular 
diploid sporophyte is dependent on the green and 
“leafy” haploid gametophyte. As with mosses, the 
gametophyte of liverworts is the form most commonly 
seen in nature. 


In most species, a haploid liverwort spore germi- 
nates and gives rise to a single-celled protonema, a 
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Common liverwort (Marchantia polymorpha). (JLM Visuals.) 


small filamentous cell. In general, the haploid game- 
tophyte develops from the protonema. In most liver- 
worts, the gametophyte is procumbent, although in 
some species it is erect. Typically, the gametophyte 
has a subterranean rhizoid, a specialized single-celled 
structure that anchors the liverwort to its substrate 
and takes up nutrients from the soil. 


Male and female reproductive organs, the anther- 
idia and archegonia, grow from the gametophyte. 
These arise directly from the thallus or are borne on 
stalks. About 80% of the liverwort species are dioe- 
cious (male and female on separate plants) and the 
other 20% are monoecious (male and female on the 
same plant). Each archegonium produces a single egg; 
each antheridium produces many motile sperm cells, 
each with two flagella. The sperm cells must swim 
through water to reach the archegonium. Then the 
sperm fertilizes the egg to form a diploid cell. This 
eventually develops into a multicellular diploid 
sporophyte. 


The sporophyte of liverworts, like that of mosses, 
has a terminal capsule borne on a stalk, known as a 
seta. As the sporophyte develops, haploid spores form 
inside the capsule. In general, the sporophytes of liver- 
worts are smaller and simpler in morphology than 
those of mosses. Another difference is that the liver- 
wort seta elongates after capsule maturation, whereas 
the moss seta elongates before capsule maturation. 


Spore dispersal 


Liverworts have a characteristic method of spore 
dispersal. Inside the sporophyte capsule, spores are 
attached to specialized cells known as elaters. The 
elater is tubular in shape and has one or more cell 
wall thickenings which are helically oriented along 
the long axis of the cell. These helical thickenings are 
hydroscopic, in that they readily absorb water. 


2535 


HOMAIAT] 


Livestock 


KEY TERMS 


Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Elater—Specialized tubular cells with helically ori- 
ented cell wall thickenings to which liverwort 
spores are attached. 


Gametophyte—The haploid, gamete-producing 
generation in a plant's life cycle. 


Gemma—Multicellular asexual reproductive struc- 
ture of mosses and liverworts. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Meiosis—Division of the cell’s nucleus in which 
the number of chromosomes is reduced by half, 
typically from the diploid to the haploid. 
Sporophyte—The diploid, spore-producing gener- 
ation in a plant’s life cycle. 

Thallus—A single plant body lacking distinct stem, 
leaves, and roots. 


As the liverwort capsule dries, it opens. Then the 
helical cell wall thickenings of the elater dry out and 
the elater changes its shape. As this happens, the elater 
releases the bound spores, which are then dispersed by 
wind. 


Asexual reproduction 


Like mosses, many species of liverworts reproduce 
by making gemmae, small circular or spherical repro- 
ductive structures borne inside gemmae cups that form 
on top of the thallus. Gemmae formation is an impor- 
tant form of asexual reproduction in many species of 
liverworts and mosses. 


Evolution 


There are only a few fossils of liverworts and mosses 
and there are no fossils of hornworts. This is because the 
soft tissue of these bryophytes does not fossilize well. 
The oldest known liverwort fossil is from the late 
Devonian period, about 350 million years ago. Most 
botanists believe that they originated long before this. 


Some botanists have proposed that there are over 
10,000 species of liverworts in the world. A more 
realistic estimate is about 6,000. The number of species 
may have been overestimated in the past because the 
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morphology of many species is elastic, in that it differs 
in different environments. This makes identification of 
liverwort species very difficult, typically more difficult 
than that of higher plants. 


Interestingly, even though liverworts originated 
several hundred million years before the flowering 
plants, there are several hundred thousand species of 
flowering plants but only about 6,000 species of liver- 
worts. The reason for this may be that liverworts rely 
upon the inefficient mechanism of water-transported 
sperm for sexual reproduction. Thus, it has been pro- 
posed that most species of liverworts rely upon asexual 
gemmae as a means of reproduction. Asexual repro- 
duction tends to reduce genetic diversity. Since genetic 
diversity is needed for new species to evolve, the liver- 
worts and other bryophytes may have evolved into a 
sort of evolutionary dead end. 


See also Bryophyte. 
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I Livestock 


Livestock is a collective term for domesticated 
animals that are kept, mostly for meat, milk, wool, 
or other products. The most common species are cat- 
tle, pigs, sheep, goats, horses, and chickens. The term 
is not used in reference to animals that are kept as pets 
or companions. 


Livestock are domesticated species, which have been 
genetically modified over time through the artificial 
selection of desirable traits by humans, with a view to 
increasing the docility of the animals, their size and 
productivity, their quality as agricultural products, and 
other culturally desired features. Some species of 
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Chickens being grown as broilers for Goldkist inside a large henhouse. (Photgraph by Norm Thomas/Photo Researchers, Inc.) 


livestock no longer occur in their original, nondomesti- 
cated, free-living form, and they are totally dependent on 
humans for their continued existence. However, humans 
are also substantially dependent on their livestock for 
sustenance and other purposes. Consequently, the sym- 
biotic relationship between humans and their domestic 
livestock could be termed a mutualism, that is, a mutu- 
ally beneficial relationship between two species. 


Some of the domesticated species of livestock 
have become enormously abundant in cultivation. 
The world’s population of sheep and goats has been 
estimated at about 1.7 billion, while there are some 1.3 
billion cows, 0.85 billion pigs, 0.12 billion horses, and 
0.16 billion camels and water buffalo. Some smaller 
species of livestock are even more abundant, including 
an estimated 10-11 billion fowl, mostly chickens. In 
comparison, the total population of humans is about 
5.8 billion individuals. The populations of species of 
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both livestock and humans are growing quite rapidly, 
in the case of humans at about 1.7% per year or 93 
million people per year. 


Cows 


Cows are large animals in the family Bovidae that 
are kept as sources of meat, hides, and milk. Cows are 
grazing animals, eating grasses and other types of 
herbaceous plants. 


The domestic cow or ox (Bos taurus) is a massive 
animal with a heavy body, a short neck with a dewlap 
hanging beneath, two hollow horns, and a long tufted 
tail. The natural tendency of these animals is to live in 
herds of mature females and their calves, led by a 
mature bull. One calf is usually born after a nine- 
month gestation, and these feed on their mother’s 
milk for six months, after which they are weaned. 
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Some races of domestic cattle may be descended in 
part from the golden ox or aurochs (Bos primigenius ) 
of Europe, which became extinct in the wild in the 
seventeenth century. Domestic cows are also partly 
descended from the zebu (B. indicus) and the Indian 
ox (B. namadicus). 


The zebu, brahman, or oriental domestic cow is a 
tropical species of cow with a distinctive, fatty- 
humped back, and a pronounced dewlap. Relatively 
minor, domesticated species are the gayal (Bos fronti- 
nalis) of southern Asia, and the banteng (B. sondai- 
cus) of Southeast Asia. 


The domestic cow, however, is by far the most abun- 
dant cow in agriculture. This species can be used as a 
draft animal, in which case they are referred to as oxen. 
These animals are very strong and are capable of hauling 
heavy loads or plowing soil. There are various races of 
domestic cows, which vary in the length and shape of 
their horns, body size and shape, body color, and other 
characteristics. The black-and-white blotched Holstein is 
a familiar variety, as is the uniformly light-brown Jersey. 


In modern North American agriculture, beef cat- 
tle are born and initially raised on rangelands. They 
are then herded together and transported to feedlots 
closer to their markets, where they are fed nutritious 
foods, and gain a great deal of weight prior to being 
slaughtered at a central facility. The carcass is dis- 
sected into various products, ranging from high- 
value steaks and roasts, to lower grades of meat that 
are ground into a composite product known as ham- 
burger. Especially fatty meats, internal organs, blood, 
and other tissues are generally used to manufacture 
sausages and hot dogs. The hide is used to make 
leather. Remarkably little of the carcass is wasted. 


Veal is a specialty meat that is produced from 
young animals that are kept in very close confinement 
for their entire lives. The highest-quality, epicurean 
veal is pale-colored and very tender. To achieve this 
product grade, veal calves are tethered and confined 
closely so they cannot move very much, and they are 
fed a diet that is highly deficient in iron, which helps to 
lighten the color of their flesh. They are also removed 
from their mothers before they are fully weaned, 
because a milk diet also promotes the development 
of a less tender, red-colored flesh. 


Dairy cattle are raised for their milk, which is a 
nutritious fluid rich in sugar, protein, and fat. Dairy 
cattle are usually kept under relatively confined con- 
ditions, although when the weather is suitable they are 
usually allowed to forage in local pastures. Cow’s milk 
can be consumed by humans (after pasteurization to 
kill bacterial pathogens that may be present), or used 
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to manufacture butter, cream, cheese, and other foods. 
When their milk production starts to decline signifi- 
cantly as they age, dairy cows are typically slaughtered 
for their meat. 


Sheep and goats 


Domestic sheep and goats are horned species of 
livestock that are commonly raised around the world. 


The domestic sheep (Ovis aries) is an ancient 
domesticated species, probably native to southern 
Europe, the Middle East, and North Africa. 
However, the domestic sheep has been widely kept as 
livestock for thousands of years, and its exact lineage 
is not known. Sheep are very hardy animals in alpine, 
boreal, and temperate environments, and they are 
most commonly cultivated for their wool, meat 
(known as mutton), hides, and milk. Sheep are usually 
kept in relatively open pastures, where they forage on 
grasses and other herbaceous plants. 


Many varieties of sheep have been bred to suit 
particular climates, or to yield particular types of prod- 
ucts. Probably the most widely cultivated variety is the 
Merino sheep, which is raised for its fine wool, and is 
well suited to relatively dry climates. This variety is the 
most common sheep raised in Australia, which is the 
world’s leading producer of sheep and their products. 


The domestic goat (Capra hircus) is descended 
from wild goats of the mountains of Asia Minor. The 
domestic goat is a very hardy animal, capable of find- 
ing forage in seemingly barren and arid places, and is 
resistant to many types of diseases. Goats are raised 
for their meat, milk, and hides. 


There are numerous varieties of domesticated 
goats. The Swiss or alpine goat is a common breed 
which is often raised for its milk, which can be con- 
sumed directly, or used to make butter or cheese. The 
Kashmir and angora goats are long-haired varieties 
that are raised for their long “wool,” which can be 
woven into warm soft garments. 


The yak ( Poephagus grunniens) is a sheep like ani- 
mal that is kept as livestock on highland plateaus of the 
Himalayas. This animal is a source of an extremely fine 
wool, as well as hides, meat, and milk. The related musk 
ox (Ovibos moschatus) is a minor species of livestock 
that is in the initial stages of domestication for its 
extremely light and fine wool and its gamey meat. 


Pigs 
The domestic pig or boar (Sus scrofa) is descended 


from the wild boar of Eurasia. It an ancient domesticate 
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and has been bred for thousands of years from the tropics 
to the temperate zones. Pigs, raised as a source of meat, 
are an extremely productive type of livestock because they 
have large litters (as many as 12 piglets at a time), and are 
quite efficient in converting their feed into body mass. 


There are many varieties of pigs, adapted for var- 
ious climates, cultural conditions, and uses. The white 
Yorkshire is a commonly cultivated, light-colored, 
rapidly growing variety, with erect ears. 


Horse and donkey 


The domestic horse (Equus caballus ) is descended 
from the wild horses of the Eurasian steppes. Horses 
are mostly used for riding and as draft animals, and 
they are also eaten in some countries. 


There are many varieties of horses. The Arabian 
has been bred for great speed, and is the most common 
type of riding and racing horse. Although quite fleet, 
this breed does not have great endurance, and cannot 
maintain a fast pace for very long. Other horses, such 
as the Hackney and the American Standard, have been 
bred to haul lightweight carriages and racing har- 
nesses. Horses bred as draft animals are much larger, 
and include the Clydesdale, Percheron, and Belgian 
breeds. 


The domestic donkey (Equus asinus) is derived 
from the wild ass of Africa. This animal is mostly 
used for riding and as a beast of burden, but it is also 
eaten and used as a source of milk. The mule is a 
hybrid between a male donkey and a female horse, 
and is highly prized as a draft and riding animal. 
However, mules are infertile, and the only way to 
produce them is to keep crossing horses and donkeys. 


Camels and Ilamas 


The dromedary, or Arabian one-humped camel 
(Camelus dromedarius) is a species native to the 
deserts of Asia and northern Africa, although today 
it only occurs in domestication. This species has a 
single large fatty hump on its back, and it can tolerate 
extremely dry conditions. Dromedaries are used as 
pack and riding animals, and as sources of meat, 
milk, and hides. 


The Bactrian camel (Camelus bactrianus) is a 
species native to central Asia, where some wild herds 
still roam the desert. The Bactrian camel is distin- 
guished by the two large fatty humps on its back and 
its shaggy pelage. This animal is commonly kept for 
riding and carrying cargo, and as a source of meat, 
milk, and leather. 
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Llamas are closely related to camels, but they are 
smaller and lack humps. Llamas are found in the high- 
land plateaus and pampas of South America. There 
are two wild species, the guanaco or huanaco (Llama 
huanacos) and the vicufia (L. vicugna). The domesti- 
cated llama is believed to have been derived from the 
guanaco. These animals are ridden and used as beasts 
of burden, and they also produce other useful prod- 
ucts. A variety known as the alpaca produces an espe- 
cially fine, highly prized wool. 


Buffalo 


The water buffalo (Bubalus bubalis), also known 
as the old-world buffalo or domestic buffalo, is a 
common species of livestock in tropical countries. 
The water buffalo is commonly used as a draft animal, 
particularly for plowing wet fields, for example, in the 
cultivation of paddy rice. This species is also utilized 
for its meat and for milk. 


The bison or American buffalo (Bison bison) is 
also kept as livestock, although this is a relatively 
recent phenomenon, and the species is not as yet 
intensively domesticated. Bison are generally reared 
on ranches, and utilized mostly for their meat and 
hide. 


Deer 


The reindeer (Rangifer tarandus) has long been 
herded by northern peoples of Eurasia, such as the 
Lapps of Scandinavia. This animal is mostly raised 
for its meat, milk, and hides. In recent years, a strong 
market developed for the reindeer antlers, especially 
when they are still covered with fur or “in velvet.” 
These antlers are sold to countries in eastern Asia, 
especially China and Korea, where they are powdered 
and used as an ingredient in traditional medicines. 


Other deer species are increasingly kept as live- 
stock, often on so-called “game ranches.” Most com- 
monly kept in this way are the American elk or wapiti 
(Cervus canadensis) and the Eurasian red deer (C. 
elaphus). Both species are in the early stages of domes- 
tication, and they may be more important as livestock 
in the future. 


Rabbits 


The domestic rabbit (Oryctolagus cuniculus) has 
been derived from the old-world or European rabbit. 
The domestic rabbit is mostly raised as a source of 
meat, and for its fur, although the latter is of relatively 
poor quality. 
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Fowl 


By far the most abundant species of cultivated 
fowl is the chicken (Gallus gallus), derived from the 
red jungle fowl of the tropical forests of Asia. The 
chicken has been domesticated for thousands of 
years, and may today be the world’s most abundant 
bird, albeit in cultivation. Billions of chickens are 
eaten each year by people around the world, as are 
even larger numbers of chicken eggs. 


Several species of ducks have been domesticated 
for agricultural purposes. The most commonly culti- 
vated duck is derived from the mallard (Anas platyr- 
hynchos), which was domesticated in China about 
2,000 years ago. The Muscovy duck (Cairina 
moschata) is less common, and was domesticated by 
South Americans prior to the European colonization 
of the Americas. 


Two commonly raised species of domesticated 
goose are derived from the greyleg goose (Anser 
anser) of Eurasia. This goose may have been domes- 
ticated about 4,000 years ago; it now occurs in various 
agricultural races, most of which are white in color. A 
less common, domesticated species is the swan goose 
(A. cygnoides). 


The common turkey ( Meleagris gallopavo), native 
to North America and Mexico, was first domesticated 
by indigenous peoples of Mexico, long before the 
Spanish conquest. Domestic turkeys are typically 
white, although some varieties are black. Domestic 
turkeys are raised for their meat, and for this reason 
have been selected to have large breast muscles. 


Other birds raised as food include the domestic 
pigeon (Columba livia), and the domestic Guinea fowl 
(Numida meleagris), among others. 


The welfare of livestock 


In modern times, livestock is raised using various 
systems of husbandry, which can vary greatly in their 
intensity of management. The oldest and simplest sys- 
tems involve free-ranging animals that are penned in 
large fenced areas, or return to shelter each evening. 
Whenever these animals are required as food, for 
milking, or to sell for cash, individual or small num- 
bers of animals are killed or taken to the market, while 
the breeding nucleus remains conserved. Raising live- 
stock in these relatively simple ways is common in 
subsistence agricultural systems, especially in poorer 
regions of the world. 


Of course, systems used in modern, industrial 
agriculture involve much more intensive management 
of livestock than is practiced by subsistence farmers. 
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Domestication—The breeding of an animal or 
plant species to develop varieties that are compat- 
ible with living with humans, either under cultiva- 
tion, or as pets. 


Draft animal—A large animal that is used to pull a 
load, often hitched to a wheeled vehicle, or used to 
plow a field. 


Husbandry—the science of propagating and rais- 
ing domestic animals, especially in agriculture. 


Mutualism—A mutually beneficial relationship 
between species. 


Animals raised on “factory farms” are typically bred 
with great attention to pedigrees, often using artificial 
insemination to control the stud line, and embryo 
implantation to control the maternal lineage. 


Industrial farms also keep their animals indoors 
much or all of the time, usually under quite crowded 
conditions. The animals are fed a carefully designed 
diet that is designed to optimize their growth rates. 
The disposal of sewage wastes is a major problem on 
factory farms, and animals commonly are kept in 
rather unsanitary, crowded conditions, standing in 
fecal materials and urine. Along with the social 
stresses of crowding, this makes the livestock suscep- 
tible to diseases and infections. Close attention must 
be paid to the health of the animals on industrial 
farms, and regular inoculations and treatments with 
antibiotics may be required. 


The intensively managed systems by which live- 
stock are raised in industrial agriculture are criticized 
by ethicists, who complain about the morality of forc- 
ing animals such as cows, pigs, and chickens to live 
under unnatural and difficult conditions. 


Serious environmental damage is also associated 
with many types of industrial husbandry of livestock. 
For example, serious ecological damage may be 
caused by the disposal of sewage and other wastes, 
and by the use of pesticides and other cultural practi- 
ces to grow the enormous quantities of fodder 
required as food by the livestock. 


The ethical and environmental dimensions of 
modern systems of raising livestock are increasingly 
becoming important issues in the debate concerning 
the relationships of humans with other species, and 
with ecosystems more broadly. 
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Llamas see Camels 


| Lobsters 


Lobsters are large crustaceans in the order 
Decapoda, which also includes about 10,000 species 
of crayfish, crabs, and shrimps. Decapods are charac- 
terized by a carapace with fused thoracic segments 
that form a gill chamber above where the legs join 
the body. In addition the first three of their eight 
pairs of thoracic legs are modified into grasping, claw- 
like structures known as maxillipeds. 


Lobsters belong to the family Nephropidae. There 
are two superfamilies: the true lobsters, Nephropoidea; 
and the reef lobsters, Enoplometopoidea. 


The true lobsters have their three pairs of maxilli- 
peds developed as chelae, or large pincerlike claws 
used for catching and handling food, and for defense. 
The first pair of claws is especially large. These animals 
also have well-developed uropods, a paired appendage 
that arises from the last segment of the body and forms 
a major part of the tail fan. 


The spiny lobsters, or rock lobsters, belong to the 
family Palinuridae and are not true lobsters. These 
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An American lobster. (JLM Visuals.) 


animals are not chelate (that is, they do not have large 
foreclaws), and their third maxilliped resembles a leg. 


Biology and ecology of lobsters 


Lobsters have a tough outer skeleton, or exoskel- 
eton, made of chitin. Like many crustaceans, lobsters 
do not have a terminal molt—they continuously grow 
for their entire life. The largest lobsters can exceed 
44 |b (20 kg) in weight, more than half of which is 
made up of their enormous foreclaws. 


Lobsters are found on in intertidal areas living in 
crevices and caves. They are often found crawling on 
rocky, muddy or sandy ocean floors where they are 
most active at night. During the day they typically hide 
in burrows or cavities in rock piles, which they enter by 
backing in. Lobsters can crawl in all directions, but 
when they are foraging they mostly proceed in a for- 
ward direction. Smaller lobsters can swim jerkily, by 
rapidly back-flipping their tail fan. 

Lobsters are widely considered scavengers, feeding 
on dead mollusks, crustaceans and other decaying mat- 
ter. But recent studies have shown that they may at 
times prey on live fish or dig for clams. They may 
even eat kelp or eel grass. Lobsters are also known to 
be cannibalistic. Lobsters are visual animals, but likely 
detect of food using their well-developed sense of smell. 


Lobster reproduction 


Typical male lobsters will deposit packets of sperm 
on the underside of the female. The female will later use 
the sperm to externally fertilize her eggs as they are laid. 
The female can store the sperm for several months, 
waiting for the egg-laying season, which typically occurs 
during July and August. Females breed every two years. 


Female lobsters carry their eggs (known as ber- 
ries) beneath their abdomen, attached to structures 
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called spinnerets. The number of eggs is related to the 
size of the female, and is typically about 5,000 eggs 
for a 10 in (25 cm) long female, and 40,000 for a 14 in 
(36 cm) long animal. 


The egg masses are periodically waved on their 
spinnerets to ensure their access to clean, well-oxy- 
genated water. Female lobsters carry their eggs for 
10-11 months. Hatchling lobsters are planktonic and 
commonly disperse quite widely with water currents. 
After their fifth molt, when they are about 1 in (2.5 cm) 
long, the young lobsters settle on the ocean bottom. 
Lobsters are extremely vulnerable to the vagaries of 
drift and predation when they are in their planktonic 
stage, and when they are benthic but small. 


Species of lobsters 


There are at least three genera and 11 species of 
lobster. The economically important species native to 
North American waters are briefly described below. 


The northern or American lobster (Homarus 
americanus) 1s an abundant and widespread species 
of the Atlantic coast of North America, ranging as 
far north as Labrador to as far south as Virginia. 
This species occurs most abundantly on rocky bot- 
toms, and it ranges over the entire continental shelf, 
even in some of the deeper waters of the continental 
slope. Individual animals can reach quite large sizes. 
Animals caught in relatively deep places on the con- 
tinental slope have exceeded 3 ft (1 m) in length and 44 
Ib (20 kg) in weight and are probably more than 100 
years old. 


The European lobster (Homarus gammarus) is a 
closely related species, occurring in temperate waters 
of western Europe. This species is considerably smaller 
than the American lobster. The Norwegian lobster or 
scampi (Nephrops norvegicus) is an even smaller lob- 
ster that ranges from the Norwegian coast to the 
Adriatic coast in the eastern Mediterranean Sea. 


Two species of spiny lobsters are of economic 
interest in North America. The West Coast spiny lob- 
ster (Panulirus interruptus) occurs on the Pacific coast, 
and the Caribbean spiny lobster (P. argus) occurs in 
the Caribbean Sea, off the Florida coast, and in the 
Gulf of Mexico. These warm-water species do not 
have the huge, crushing, and tearing claws of the 
Homarus true lobsters, but they have a sharp, spiny 
carapace, and very long antennae. 


Lobsters and people 


Lobsters are commonly captured as a food for 
humans, and their fishery is economically important. 
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Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Over-harvesting—This refers to the capturing of 
animals faster than they are able to regenerate 
their populations by breeding, the population 
declines possibly to the point of extinction in severe 
cases. Potentially, economically important animal 
populations can be utilized as a renewable natural 
resource. However, if they are over-harvested, they 
are being mined, and managed as if they were a 
non-renewable resource. 


Planktonic—Refers to an animal that lives sus- 
pended or swimming in the water column. 
Recently hatched lobsters are planktonic. 


American lobsters, caught in the waters off New 
England, are routinely sold throughout the world 
and are considered a delicacy. At certain times of the 
year, for example around the winter holiday season, 
entire jets may be chartered to send lobsters to France 
and elsewhere in western Europe. 


Lobsters are most commonly caught using traps 
of various sorts. In general, the traps are baited with a 
piece of fish, and there are several entrance holes 
through which hungry lobsters can enter the trap, 
but cannot exit. Alternatively, lobsters are sometimes 
caught by scuba divers, or by snorkeling in shallow, 
warm waters. 


Over-harvesting of lobsters is a serious problem 
and the fishery is managed closely. Management prac- 
tices monitoring stock sizes, and setting and imple- 
menting appropriate catch limits by regulating the 
number of traps and the sizes of animals that can be 
taken. 


Recent research has also focused on aquaculture 
techniques for lobster. Lobster “ranching” would 
likely involve capturing pregnant females and growing 
their young offspring in captivity, to be harvested 
when they reach a marketable size. Lobster farming 
is more complex, and would involve keeping carefully 
selected breeding stock, and periodically spawning 
these mature animals to produce progeny that could 
be reared under conditions optimized for their growth. 
Eventually, controlled breeding could lead to the 
development of breeding stock that was genetically 
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optimized for docility, growth rate, ease of spawning, 
resistance to disease, and other desirable traits. 
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| Lock 


A lock or water lock is an enclosed, rectangular 
chamber with gates at each end, within which water is 
raised or lowered to allow boats or ships to overcome 
differences in water level. Locks have been used over 
2,000 years, and although they are most often used by 
boats on canals, they also are used to transport massive 
ships between seas. All locks operate on the simple buoy- 
ancy principle that any vessel, no matter what size, will 
float atop a large enough volume of water. By raising or 
lowering the level of a body of water, the vessel itself goes 
up or down accordingly. Locks are used to connect two 
bodies of water that are at different ground levels as well 
as to “walk” a vessel up or down a river’s more turbulent 
parts. This is done by a series of connecting or “staircase” 
locks. Locks contributed significantly to the Industrial 
Revolution by making possible the interconnection of 
canals and rivers, thus broadening commerce. They still 
play a major role in industrial society. 


History 


The ancestor of the modern lock is the flash lock, 
also called a navigation weir or stanch. It originated in 
China and is believed to have been used as early as 50 
BC. The flash lock was a navigable gap in a masonry 
dam or weir that could be opened or closed by a single 
wooden gate. Opening the gate or sluice very quickly 
would release a sudden surge of water that was sup- 
posed to assist a vessel downstream through shallow 
water—often a very dangerous process. Using the 
flash lock to go upstream was usually safe, but 
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Ships in the Miraflores locks on the Panama Canal. (Will and 
Demi Mcintyre. National Audubon Society Collection/Photo 
Researchers, Inc.) 


extremely slow since the gap in the dam was used to 
winch or drag a vessel through. 


At some point, what now seems a very obvious 
improvement was made, and a second gate was added 
to the flash lock, thus giving birth to the pound lock. 
The first known example of a pound lock (whose dual 
gates “impound” or capture the water) is in China in 
AD 984. Supposedly built by Chiao Wei-Yo on the 
West River section of the Grand Canal near Huai-yin, 
it consisted of two flash locks about 250 feet (76.2 m) 
apart. By raising or lowering guillotine gates at each 
end, water was captured or released. The space 
between the two gates thus acted as an equalizing 
chamber that elevated or lowered a vessel to meet the 
next water level. This new method was entirely con- 
trollable and had none of the hazards or surges of the 
old flash lock. 


Although a primitive form of lock was used in 
Belgium as early as 1180, the first pound lock in 
Europe was built at Vreeswijk, Holland, in 1373. Like 
its Chinese ancestor, it also had guillotine/up-and- 
down gates. The pound lock system spread quickly 
throughout Europe during the next century and was 
eventually replaced by an improved system that formed 
the basis of the modern lock system. During the fif- 
teenth century, the multitalented Italian artist 
Leonardo da Vinci (1452-1519) served the Duke of 
Milan as engineer and devised an improved form of 
pound lock whose gates formed a V-shape when closed. 
In 1487, da Vinci built six locks with gates of this type. 
These gates turned on hinges, like doors, and when 
closed they formed a V shape pointing upstream— 
thus giving them their name of miter gates. Da Vinci 
realized that one great advantage of miter gates is that 
they were self-sealing by the water pressure (since they 
point upstream). Also when there is a difference in 
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water level between one side and the other, the pressure 
holding the gates together is at its greatest. 


Most of the great canals of Europe use locks. In 
France, the Briare Canal, completed in 1642, included 
forty locks, one series of which was a staircase of six 
locks that handled a fall of 65 feet (20 m). The famous 
Canal du Midi that leads to the Mediterranean was 
finished in 1692 and used 26 locks to surmount the 
206-foot (61 m) difference from Garonne to Toulouse. 
It then descended 620 feet (189 m) through 74 locks. 
The first lock in England was built in 1566, but it was 
not until 1783 that a lock was completed in North 
America at Lake St. Francis in Canada. 


Construction and operation 


The earliest locks were built entirely of wood, with 
stone and then brick eventually becoming standard 
materials. The gates themselves were always wooden, 
with some lasting as long as 50 years. Filling or empty- 
ing these early locks was often accomplished by hand- 
operated sluices built in the gates. On later and larger 
locks, conduits or culverts built into the lock wall itself 
were not only more efficient, but let the water enter in 
a smoother, more controlled manner. 


Nearly all locks operate in the following manner: 
(1) A vessel going downstream to shallower water 
enters a lock with the front gate closed. (2) The rear 
gate is then closed and the water level in the lock is 
lowered by opening a valve. The vessel goes down as 
the water escapes. (3) When the water level inside the 
lock is as low as that downstream, the front gate is 
opened and the vessel continues on its way. To go 
upstream, the process is reversed, with the water level 
being raised inside the lock. What the operators 
always strive for is to fill or empty the lock in the 
fastest time possible with a minimum of turbulence. 


In modern locks, concrete and steel have replaced 
wood and brick, and hydraulic power or electricity is 
used to open and close the gates and side sluices. 
Movable gates are the most important part of a lock, 
and they must be strong enough to withstand the 
water pressure arising from the often great difference 
in water levels. They are mostly a variation of da 
Vinci’s miter gates, except now they usually are 
designed to be stored inside the lock’s wall recesses. 


Probably the best known locks in the world are 
those used in the Panama Canal—the most-used canal 
in the world. Completed in 1914, the Panama Canal is 
an interoceanic waterway 51 miles (82 km) long that 
connects the Atlantic and Pacific Oceans through the 
Isthmus of Panama. It has three major sets of locks, 
each of which is built in tandem to allow vessels to 
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Flash lock—A simple wooden gate that was placed 
across a moving body of water to hold it back until 
it had become deep; the sudden withdrawal of 
which would cause a “flash” of water downstream 
that would carry a boat over the shallows below. 


Guillotine gate—An early wooden gate on a lock 
that was operated by being raised or lowered. 


Miter gate—An improved type of lock gate that 
turns on hinges, like a door, and meets to form a 
vee pointing upstream. 


Pound lock—A name for an early form of two-gate 
lock in which a chamber is enclosed at either end 
by vertically-rising gates and into which water is 
admitted or released to change its water level and 
allow a vessel to do the same. 


Staircase lock—Two or more locks sharing a com- 
mon gate that form a series of water steps and allow 
a vessel to negotiate a steep rise. 


move in either direction, like a separated, two-way 
street. Each lock gate has two leaves, 65 feet (20 m) 
wide by 7 feet (2 m) thick, set on hinges. The gates 
range in height from 47-82 feet (14-25 m), and are 
powered by large motors built in the lock walls. The 
chambers are 1,000 feet (305 m) long, 110 feet (33.6 m) 
wide, and 41 feet (12.5 m) deep. Most large vessels are 
towed through the locks. As with all modern locks, 
they are operated from a control tower and use visual 
signals and radio communications. Any future major 
changes or improvements in the canal or its locks must 
consider the fact that ocean-going vessels are simply 
becoming too large to pass through. The future may 
see the construction of a sea-level canal 10 miles (16 
km) west of the existing canal. If so, it, like the Suez 
Canal, will contain no locks of any kind. 
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l Lock and key 


A lock and key refers to the combination that 
enables a door to be securely closed. The combination 
relies upon the individual fit of a protruding object 
(the key) and a receptor (the lock). In biology, an 
analogous scheme determines the specific reaction of 
an antigen with an antibody, and between a protein 
receptor and the target molecule. 


The lock originated in the Near East, and the 
earliest known lock to be operated by a key was the 
Egyptian lock. Possibly 4,000 years old, this large 
wooden lock was found in the ruins of the palace of 
Khorsabad near Nineveh, the ancient capital of 
Assyria. The Egyptian lock is also known as the pin- 
tumbler type, and it evolved as a practical solution to 
the problem of how to open a barred door from the 
outside. The first and simplest locks were probably 
just a bar of wood or a bolt across a door. To open it 
from the outside, a hand-size opening was made in the 
door. This evolved into a much smaller hole into which 
a long wooden or metal prodder was inserted to lift up 
the bar or bolt. The Egyptians improved this device by 
putting wooden pegs in the lock that fell into holes in a 
bolt, which meant that the bolt could not be moved 
until the pegs were lifted out. This was done by giving 
the long wooden key some corresponding pins that 
lifted out the pegs from the holes in the bolt so it 
could be drawn back. These locks were up to 2 ft 
(61 cm) long and their keys were long, wooden bars 
resembling a toothpick. It was this invention of tum- 
blers—small, movable wooden pegs that fell by their 
own weight into the bolt—that would eventually form 
the basis of modern types of locks. 


The ancient Romans built the first metal locks, 
and their iron locks and bronze keys are easily recog- 
nizable even today. They improved the Egyptian 
model by adding wards—projections or obstructions 
inside the lock—that the key must bypass in order to 
work. Besides these warded locks, the Romans also 
invented the portable padlock with a U-shaped bolt 
which is known to have been invented independently 
by the Chinese. Some Roman locks used springs to 
hold the tumblers in place, and the Romans made 
locks small enough that they could wear tiny keys on 
their fingers like rings. In medieval times, locks and 
keys changed little in design, with most of the effort 
directed at making them more elaborate and beautiful. 
It was during this time that lock making became a 
skilled trade, and although there were some design 
changes, like a pivoted tumbler and more complicated 
wards, medieval locks are characterized mainly by 
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their high degree of lavish embellishment. Despite 
this high level of medieval craftsmanship, these medi- 
eval locks did not provide a great deal of security 
against the determined and skilled thief, and even 
with especially elaborate warding systems, they were 
still relatively easy to pick or open. 


The modern age of the lock and key is usually said 
to have begun in 1778 in England when Robert Barron 
first patented his double-acting tumbler lock. Also 
called the multiple tumbler, this ingenious design was 
a major advance in lock security and established the 
principle of all lever locks. Barron’s new lock had two 
tumblers, which are really levers, that had to be raised 
to exactly the right height for the lock to open. Unless 
a properly notched key was used to raise each tumbler, 
the lock would not open. His lock could still be picked 
by a determined individual however, and in 1818 
Jeremiah Chubb was able to improve Barron’s lock 
by adding a “convict-defying detector.” This was a 
spring or a special lever that was activated if any 
tumbler was raised too high. The lock would then 
jam, both preventing the bolt from releasing and 
showing the owner that the lock had been tampered 
with. Real lock security was not achieved however 
until English engineer Joseph Bramah (1748-1814) 
first introduced his pick-proof lock in 1784, after 
Barron’s lock but before Chubb. Bramah’s lock was 
exhibited in his shop window with a sign offering a 
substantial sum to anyone who could pick it. The offer 
outlived Bramah whose lock remained unopened for 
over 50 years until a skilled American mechanic finally 
picked it open after 51 hours of effort. 


Bramah’s 4 in (10 cm), hand-made, iron padlock 
was impervious because of its extreme complexity, and 
he soon found that he could not produce enough locks 
to meet the growing demand by using traditional 
methods. His locks used a notched diaphragm plate 
and a number of spring-loaded radial slides that were 
pushed down by a notched key until they matched the 
notches on the diaphragm. Producing such precision 
instruments on a large scale necessitated precision 
machine tools, and with the help of English engineer 
Henry Maudslay (1771-1831), Bramah produced a 
series of machines that were among the first machine 
tools designed for mass production. Thus the simple 
lock and key were at the forefront of a revolution in 
manufacturing, heralding the standardization and 
interchangeability of parts and division of labor that 
would characterize modern methods of mass 
production. 


By the mid-nineteenth century, the lock industry 
was in full force and was attempting to meet the grow- 
ing demands of an economy spurred by the Industrial 
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Revolution. In 1861, the American inventor Linus 
Yale Jr. (1821-1868) produced the Yale cylinder lock 
that was based on the pin-tumbler mechanism of the 
ancient Egyptians. This type of lock is still the most 
common type used today, and it uses a small, flat key 
whose serrated edges raise five pins in the cylinder to 
proper heights and make it possible to turn the cylin- 
der. Varying the lengths of these five pins combined 
with other slight internal changes, allowed for millions 
of possible combinations, meaning that practically no 
two notched keys are alike. In an odd twist on conven- 
tional wisdom, it could be said that Yale took advant- 
age of mass production methods to manufacture 
unidentical articles, since he made each set of lock 
and key slightly different from the one before it. 
While still not infallible, Yale cylinder locks are quite 
difficult to pick and offer reasonable security under 
ordinary circumstances. This style of lock and key is 
the most familiar and the most generally used to secure 
the outside doors of buildings and automobiles. 


Keyless combination locks have been known since 
the sixteenth century. They contain a series of rings or 
tumblers threaded on a spindle that must be turned from 
the outside in such a way that all the rings line up. These 
rings usually have numbers or letters on them, and if a 
lock has three rings with 100 numbers on each, there are 
approximately one million possible combinations, only 
one of which will open the lock. Combination locks have 
no keyholes in which to pry or insert explosives, and they 
became popular for safes and vaults. They are often used 
in conjunction with time-lock devices, preventing a safe 
or door from being opened during certain hours even if 
the correct combination is used. 


Altogether, today’s mechanical locks are variations 
of the three basic types of locks: the early Bramah lever, 
the Yale cylinder, and the combination lock. Sometimes 
a single lock may combine some features of each, such as 
a Finnish combination lock whose rings must be moved 
to the proper position by a the turn of a key. In the 
United States in the 1970s, electronic locks that worked 
on the same principle as the touch-tone phone became 
popular. When the correct sequence of spring-loaded 
buttons was pushed, the door would open. This system 
used no keys, proved to be as tamper-proof as any tradi- 
tional combination lock, and allowed the touch-tone 
sequence to be changed at any time. Magnetism has 
also been used to operate a Yale-type lock. These locks 
had keys with no serrations but rather contained several 
small magnets. Insertion of the key allowed its magnets 
to repel magnetized spring-loaded pins inside the lock, 
which were raised to open it. The newest lock and key 
systems do not use anything recognizable as a traditional 
lock or key. Increasingly, today’s hotels are switching to 
special plastic cards with magnetic strips on them. Like a 
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KEY TERMS 


Combination lock—One which is operated by a 
rotating dial by which certain numbers or letters in 
a particular order, after a given number of turns in 
the prescribed direction, are brought opposite the 
setting mark, after which the lock can be opened. 


Cylinder—The part of a cylinder lock that provides 
the security. It consists of a short cylindrical plug 
containing the key hole and mechanism, adjustable 
by the key. 

Spindle—The shaft of a knob or handle, usually 
square, which passes through the follower to ena- 
ble the handle, when turned, to operate the spring 
bolt. 


Tumbler—A part to retain the bolt or provide secur- 
ity in certain locks. In England, this part is called a 
“lever.” 


Ward—A fixed projection in a lock to prevent a key 
from entering or turning, unless it is properly shaped. 


key, they are inserted, but only momentarily, into a slot 
usually just above the doorknob. Often a small green 
light flickers after withdrawal, and the door opens if the 
doorknob is turned. These cards open the door using 
electronic systems. 


Locks and keys may change considerably over time, 
but the universal human need to keep other people away 
from one’s possessions will remain as important to 
future generations as it did to the ancient Egyptians. 
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l Locus 


A locus is a set of points that contains all the 
points, and only the points, that satisfy the condition, 
or conditions, required to describe a geometric figure. 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


The word “locus” is Latin for place or location. A locus 
may also be defined as the path traced by a point in 
motion, as it moves according to a stated set of con- 
ditions, since all the points on the path satisfy the stated 
conditions. Thus, the phrases “locus of a point” and 
“locus of points” are often interchangeable. 


A locus may be rather simple and appear to be 
obvious from the stated condition. Examples of loci 
(plural for locus) include points, lines, and surfaces. 
The locus of points in a plane that are equidistant from 
two given points is the straight line that is perpendic- 
ular to and passes through the center of the line seg- 
ment connecting the two points (Figure la). 


The locus of points in a plane that is equidistant 
from each of two parallel lines is a third line parallel to 
and centered between the two parallel lines (Figure 
1b). The locus of points in a plane that are all the 
same distancer from a single point is a circle with 
radius r. Given the same condition, not confined to a 
plane but to three-dimensional space, the locus is the 
surface of a sphere with radius r. However, not every 
set of conditions leads to an immediately recognizable 
geometric object. 


To find a locus, given a stated set of conditions, first 
find a number of points that satisfy the conditions. Then, 
“guess” at the locus by fitting a smooth line, or lines, 
through the points. Give an accurate description of the 
guess, then prove that it is correct. To prove that a guess 
is correct, it is necessary to prove that the points of the 
locus and the points of the guess coincide. That is, the 
figure guessed must contain all the points of the locus 
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and no points that are not in the locus. Thus, it is 
necessary to show that (1) every point of the figure is in 
the locus and (2) every point in the locus is a point of the 
figure, or every point not on the figure is not in the locus. 


Compound loci 


In some cases, a locus may be defined by more 
that one distinct set of conditions. In this case the locus 
is called a compound locus, and corresponds to the 
intersection of two or more loci. For example, the 
locus of points that are equidistant from two given 
points and also equidistant from two given parallel 
lines (Figure 1c), is a single point. That point lies at 
the intersection of two lines, one line containing those 
points equidistant from the two points, and one line 
containing all those points equidistant from the paral- 
lel lines. 


Applications 


There are many other interesting loci, for example 
the cycloid (Figure 2). 


The cycloid is the locus of a point on a circle as the 
circle rolls in a straight line along a flat surface. The 
cycloid is the path that a falling body takes on a windy 
day to reach the ground in the shortest possible time. 
Some interesting loci can be described by using the 
moving point definition of locus. For example, con- 
sider this simple mechanism. (Figure 3.) 


It has a pencil at point A, pivots at points B and C 
and point D is able to slide toward and away from 
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Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


KEY TERMS 


Conic section—A conic section is a figure that 
results from the intersection of a right circular 
cone with a plane. The conic sections are the circle, 
ellipse, parabola, and hyperbola. 


Line—A line is a collection of points. A line has 
length, but no width or thickness. 


Plane—A plane is also a collection of points. It has 
length and width, but no thickness. 


Point—In geometric terms a point is a location. It 
has no size associated with it, no length, width, or 
thickness. 


Right circular cone—tThe surface that results from 
rotating two intersecting lines in a circle about an 
axis that is at a right angle to the circle of rotation. 


point C. When point D slides back and forth, the 
pencil moves up and down drawing a line perpendic- 
ular to the base (a line through C and D). More 
complicated devices are capable of tracing figures 
while simultaneously enlarging or reducing them. 
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I Logarithms 


Finding the logarithm of a number is the inverse 
of raising the number to an exponent (exponentia- 
tion). In general, the base b logarithm of any number 
x is the number L such that x = b’. For example, the 
base 10 logarithm of 100 is 2 because 100 = 107. This 
can be abbreviated log;)100 = 2. 


Because logarithms are defined in terms of expo- 
nents, they have an intimate connection with exponen- 
tial functions and with the laws of exponents. 


The basic relationship is b* = y if and only if x = 
logy y. Because 2° = 8, logy 8 = 3. Because, according 
to a table of logarithms, log) 2 = 0.301, 10°°! = 2. 


The major laws of logarithms and the exponential 
laws from which they are derived are shown in Table 1. 
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Major laws of logarithms 


bre b™ = pm 
b'/b™ = bo*™ 

ops 

If x = b'; b = a?, then x = a” 
If b° = b", thenn =m 

bo =1 


I log, (xy) = log, x + log, y 
Il log, (x/y) = log, x —log, y 
Ill log, x’ = y + log, x 

IV log, x = (log, a)(log,x) 
Vlog, bo=n 

VI log 1 = 0 (any base) 


Table 1. Major Laws of Logarithms. (Thomson Gale.) 


In all these rules, the bases a and b and the argu- 
ments x and y are limited to positive numbers. The 
exponents m, n, p, and r and the logarithms can be 
positive, negative, or zero. 


Because logarithms depend on the base that is 
being used, the base must be clearly identified. It is 
usually shown as a subscript. There are two excep- 
tions. When the base is 10, the logarithm can be writ- 
ten without a subscript. Thus log 1000 means logio 
1000. Logarithms with 10 as a base are called “com- 
mon” or “Briggsian.” The other exception is when the 
base is the number e (which equals 2.718282. ..). Such 
logarithms are written In x and are called “natural” or 
“Napierian” logarithms. 


In order to use logarithms one must be able to 
evaluate them. The simplest way to do this is to use a 
“scientific” calculator. Such a calculator will ordinarily 
have two keys, one marked “LOG,” which will give the 
common logarithm of the entered number, and the 
other “LN,” which will give the natural logarithm. 


Lacking such a calculator, one can turn to the tables 
of common logarithms found in various handbooks or 
appendices of various statistical and mathematical texts. 
In using such tables one must know that they contain 
logarithms in the range 0 to 1 only. These are the loga- 
rithms of numbers in the range | to 10. If one is seeking 
the logarithm of a number, say 112 or 0.0035, outside 
that range, some accommodation must be made. 


The easiest way to do this is to write the number in 
scientific notation: 


112 = 1.12 X 10° 
.0035 = 3.5 X 10% 


Then, using law I 


log 112 = log 1.12 + log 10? 
log .0035 = log 3.5 + log 10° 
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Log 1.12 and log 3.5 can be found in the table. 
They are 0.0492 and 0.5441 respectively. Log 10° and 
log 10° are simply 2 and -3 according to law V: 
therefore 


log 112 = 
log .0035 


.0492 + 2 = 2.0492 
5442 — 3 = -2.4559 


ll 


The two parts of the resulting logarithms are 
called the “mantissa” and the “characteristic.” The 
mantissa is the decimal part, and the characteristic, 
the integral part. Since tables of logarithms show pos- 
itive mantissas only, a logarithm such as -5.8111 must 
be converted to 0.1889-6 before a table can be used to 
find the “antilogarithm,” which is the name given to 
the number whose logarithm it is. A calculator will 
show the antilogarithm without such a conversion. 


Tables for natural logarithms also exist. Since for 
natural logarithms, there is no easy way of determin- 
ing the characteristic, the table will show both charac- 
teristic and mantissa. It will also cover a greater range 
of numbers, perhaps 0 to 1000 or more. An alternative 
is a table of common logarithms, converting them 
to natural logarithms with the formula (from law IV) 
In x = 2.30285 x log x. Logarithms are used for a 
variety of purposes. One significant use—the use for 
which they were first invented—is to simplify calcula- 
tions. Laws I and II enable one to multiply or divide 
numbers by adding or subtracting their logarithms. 
When numbers have a large number of digits, adding 
or subtracting is usually easier. Law III enables one to 
raise a number to a power by multiplying its loga- 
rithm. This is a much simpler operation than doing 
the exponentiation, especially if the exponent is not 0, 
1, or 2. 


At one time logarithms were widely used for com- 
putation. Astronomers relied on them for the extensive 
computations their work requires. Engineers did a 
majority of their computations with slide rules, which 
are mechanical devices for adding and subtracting log- 
arithms or, using log-log scales, for multiplying them. 
Modern electronic calculators have displaced slide rules 
and tables for computational purposes—they are 
quicker and far more precise—but an understanding 
of the properties of logarithms remains a valuable tool 
for anyone who uses numbers extensively. 


If one draws a scale on which logarithms go up by 
uniform steps, the antilogarithms will crowd closer 
and closer together as their size increases. This is 
done in a very systematic way. On a logarithmic 
scale, as this is called, equal intervals correspond to 
equal ratios. The interval between | and 2, for exam- 
ple, is the same length as the interval between 4 and 8. 
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Logarithmic scale. (Hans & Cassidy. Courtesy of Gale Group.) 


Logarithmic scales are used for many purposes. 
The pH scale used to measure acidity and the decibel 
scale used to measure loudness are both logarithmic 
scales (that is, they are the logarithms of the acidity 
and loudness). As such, they stretch out the scale 
where the acidity or loudness is weak (and small var- 
iations noticeable) and compress it where it is strong 
(where big variations are needed for a noticeable 
effect). Another example of the advantage of a loga- 
rithmic scale can be seen in a scale that a sociologist 
might construct. If he were to draw an ordinary graph 
of family incomes, an increase of a dollar an hour in 
the minimum wage would seem to be of the same 
importance as a dollar-an-hour increase in the income 
of a corporation executive earning a half million dol- 
lars a year. Yet such an increase would be of far 
greater importance to the family whose earner or earn- 
ers were working at the minimum-wage level. A loga- 
rithmic scale, where equal intervals reflect equal ratios 
rather than equal differences, would show this. 


Logarithmic functions also show up as the inver- 
ses of exponential functions. If P = ke', where k is a 
constant, represents population as a function of time, 
then t = k + In P, where K = -Ink, is also a constant, 
represents time as a function of population. A demog- 
rapher wanting to know how long it would take for the 
population to grow to a certain size would find the 
logarithmic form of the relationship the more useful 
one. 


Because of this relationship logarithms are also 
used to solve exponential equations, such as 3 - = 2x 
as or 4ek = 15. 


The invention of logarithms is attributed to John 
Napier, a Scottish mathematician who lived from 1550 
to 1617. The logarithms he invented, however, were 
not the simple logarithms we use today (his logarithms 
were not what are now called “Napierian”). Shortly 
after Napier published his work, Briggs, an English 
mathematician met with him and together they 
worked out logarithms that much more closely resem- 
ble the common logarithms that we use today. Neither 
Napier nor Briggs related logarithms to exponents, 
however. They were invented before exponents were 
in use. 
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KEY TERMS 


Characteristic—The integral part of a logarithm. 


Logarithm—An exponent. If a = b‘, c is the loga- 
rithm to the base b of a. 


Logarithmic function—A function of the form y = K 
+ logy x. 


Logarithmic scale—A scale in which the loga- 
rithms of the numbers are uniformly spaced. 


Mantissa—The decimal part of a logarithm. 
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ll Loons 


Loons are the only surviving members of an 
ancient order of birds, the Gaviiformes, which has a 
fossil record extending back to the Lower Cretaceous, 
more than 100 million years ago. Loons comprise their 
own family, the Gaviidae, which consists of 12 extinct 
and five surviving (extant) species. All of the extant 
species of loons live in the Northern Hemisphere, 
where they breed on lakes and ponds, from the north- 
ern part of the temperate zone to the high arctic, and 
winter on marine waters, near the shore, mostly in 
temperate and boreal climates. All of the loons have, 
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A Pacific loon resting in the grass. (A.H. Rider. The National 
Audubon Society Collection/Photo Researchers, Inc.) 


to varying degrees, a Holarctic distribution, meaning 
they occur throughout most of the Northern 
Hemisphere, in both Eurasia and North America. In 
Eurasia loons are called divers. 


All loons have heavy, waterproof plumage, gen- 
erally colored black or grayish above and white below. 
During the breeding season, the above-water plumage 
can be strikingly marked in a species-specific fashion, 
but the sexes are not distinct. During winter, the plu- 
mage is much more plainly countershaded (that is, 
dark above and white below). Loons are strong, direct 
flyers, and are capable of daily long-distance trips 
between feeding and nesting habitats. They also 
undertake longer seasonal migrations, during which 
they may travel more than 3,100 mi (5,000 km). 
However, because they are heavy birds with relatively 
small wings, loons must run briefly over the surface of 
the water to gain enough speed to become airborne 
(with the exception of the relatively small, red- 
throated loon, which can take off directly). During 
the feather molt, loons cannot fly at all. Usually, for 
safety, the molt is carried out on a large body of water. 


Loons are excellent swimmers, propelling them- 
selves with large webbed feet, located relatively far to 
the rear of the body in order to make swimming more 
efficient. To some degree, loons use their wings while 
swimming, but underwater the wings are used mostly 
for steering. Because of the rearward placement of 
their legs, loons are very clumsy and almost immobile 
on land. Consequently, their nests are placed close to 
the shoreline, preferably on an island or islet, and not 
elevated much above the surface of the water. Loons 
typically lay two eggs in a crude nest, essentially a 
scrape. Both sexes participate in the incubation and 
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rearing of the young. Loon hatchlings can swim 
almost immediately, but it takes almost two months 
before they are capable of flying. While they are small, 
the babies often roost within the back feathers of a 
parent. Loons typically mature at three years of age. 
Immature birds stay in marine waters until they are 
ready to breed. 


Loons mostly eat small fish, which they seize 
underwater with their bill. Loons may also consume 
frogs and larger species of aquatic crustaceans and 
insects, especially if they are breeding on fishless 
ponds. In such situations, loons may also travel from 
the breeding pond to the ocean or to a larger lake with 
fish in search of food. 


Loons are known for their extraordinarily haunt- 
ing and resonant calls and wails, which may be heard 
while they are flying or while they are on the water. In 
addition, they often engage in spectacular courtship 
and territorial displays while running over the water, 
sometimes while calling. Loons do not call during 
winter. 


The red-throated loon (or red-throated diver, 
Gavia stellata) has a wide, Holarctic distribution, 
breeding on Arctic and subarctic lakes and ponds in 
both Eurasia and North America, as far north as the 
limit of land on the high Arctic islands and Greenland. 
It is the smallest loon, and the only one capable of 
taking off directly from water and from land. 
Consequently, the red-throated loon can breed on 
smaller ponds than any other species of loon. 


The Arctic loon (black-throated diver, G. arctica) 
is found in eastern Eurasia and western Alaska and 
nearby Canada, and is closely related to the Pacific 
loon (G. pacifica), which occurs more widely in north- 
ern North America. In fact, until recently these were 
considered to be a single, Holarctic species, under 
Gavia arctica. 


The common loon (great northern diver, G. 
immer) breeds in subarctic and northern temperate 
regions of North America, as far south as the Great 
Lakes region. The common and yellow-billed loons 
tend to replace each other geographically and ecolog- 
ically, with little overlap in their distributions. The 
yellow-billed loon (white-billed diver, G. adamsii) is 
more common in Eurasia, especially Siberia, and in 
extreme northwestern North America. 


In the past, loons have been killed by humans in 
some areas because they were viewed as important 
competitors for fish. Loons have sometimes been 
hunted for their feathers and skins, but are rarely 
eaten because of the strong, fishy taste of their flesh. 
Today, loons are threatened by oil spills in their 
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oceanic wintering habitat, by tangling in fishing nets, 
by deforestation and other habitat damage in the sur- 
roundings and edges of breeding lakes, by cottage 
development and motorboats, and by the effects of 
acid rain and aquatic mercury pollution. Acid rain 
can acidify lakes and ponds in the northern breeding 
range of loons, causing these bodies of waters to lose 
their fish population and exposing the birds to toxic 
elements such as mercury, cadmium, and aluminum. 
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t LORAN 


LORAN (Long Range Navigation) is a radio-based 
navigational aid first used during World War II to locate 
ships and planes with greater accuracy than could be 
achieved with conventional techniques. LORAN deter- 
mines location by comparing accurately-synchronized 
powerful radio pulses originating from different refer- 
ence transmitter sites. Pulses from nearby transmitters 
arrive earlier than pulses from distant transmitters since 
radio signals travel at a constant speed. 


At least three different LORAN signals must be 
received to determine latitude and longitude. In prac- 
tice, the distance to more than the minimum three 
LORAN signals increases accuracy. 


The first LORAN systems were in use before com- 
puters were sophisticated enough to perform the 
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complex calculations needed to process the timing 
comparisons. Early LORAN installations required 
highly-skilled operators to interpret the radio pulses. 
A half century later technical innovations eliminated 
the need for much of the skill once required to use 
LORAN for navigation. 


LORAN has evolved through three distinct 
phases, LORAN A, LORAN B, and the present ver- 
sion, LORAN C. The A and B versions were designed 
for navigational assistance over relatively short dis- 
tances. LORAN A and LORAN B transmissions 
operated in a range of frequencies just slightly higher 
than the standard AM broadcast band in the United 
States. The present version, LORAN C, is assigned to 
100 kHz, is a frequency well below the AM standard 
broadcast band, and 100 kHz is a frequency where 
long-distance radio propagation is very dependable. 
In contrast to LORAN A and LORAN B, LORAN C 
is reliable over distances of many hundreds of miles. 


The principle of LORAN 


The phenomenal accuracy of LORAN is possible 
because radio signals travel at a constant known 
speed. Each coordinated LORAN transmitter sends 
out a continuous succession of sharp radio pulses. If 
the LORAN receiver is equidistant from two trans- 
mitters, the pulses will be coincident. If the pulses from 
one station are received earlier than the pulses from 
the other station, the difference in the time of arrival of 
the two pulses contains information about the differ- 
ence in distance to the two transmitters. 


Radio signals travel a distance of almost exactly 
984 ft (300 m) a microsecond. If a LORAN receiver 
measures a 100-microsecond time delay between 
pulses from two identified transmitters, the receiver 
is somewhere along a line corresponding to all the 
locations that are 9,843 ft (30,000 m) closer to the 
station transmitting the pulses received first than to 
the other transmitter site. That is, the receiver is not 
necessarily located 9,843 ft from the closest station, 
but it is 9,843 ft closer to this station than to the other 
station. If pulses from a different pair of stations is 
measured, with at least one signal source not involved 
in the first measurement, the difference in the distance 
to these new transmitter sites can be determined sim- 
ilarly. If this second comparison reveals that one of 
these transmitter sites is 16,405 ft (50,000 m) closer 
than the other, the LORAN receiver will be along a 
different line where the difference in distance equals 
16,405 ft (50,000 m). The coordinates of the point 
where these two lines cross satisfy both measurement 
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pairs. A third pair of signals must be measured to 
remove a final ambiguity. 


Interpreting LORAN measurements 


Early LORAN operation required the use of a 
previously-prepared map, covered with curved lines 
that corresponded to various distance differences 
from sets of received signal sources. The early 
LORAN devices indicated which map lines to use, 
the operator found the point on the map where the 
lines intersected to learn the location. 


The latest versions of LORAN C receivers no 
longer require the use of a special map to determine 
location. These updated units contain a more sophis- 
ticated computer that calculates longitude and latitude 
directly, displaying in a format that does not need 
interpretation. 


The LORAN C receiver automatically tunes first 
one then another and another of as many LORAN 
signals that can be received well enough to provide 
good data. After a short calculation delay the latitude 
and longitude is displayed. 


As an illustration of the great locating accuracy 
achieved by LORAN C systems, commercial fishers 
sometimes use LORAN C when looking for buoys 
marking submerged crab traps left unattended in the 
open ocean. 


Sources of LORAN measurement error 


There is a limit to the accuracy with which the 
relative timing of radio pulses can be measured. For 
greater precision, pulses need to have a very steep 
wavefront. That is, they must start very quickly. 
Pulses with steep wavefronts must have a high har- 
monic content, and this means that the transmitted 
signals will have sideband components far to either 
side of the assigned frequency. The LORAN signals 
must be confined within a fairly narrow band of fre- 
quencies to avoid interference with other services, and 
this limitation blurs the definition of the start of each 
pulse. The result is a compromise in the accuracy of 
measurements of pulse timing. 


There is less variation in the radio-signal propa- 
gation path taken by LORAN C signals at 100 kHz, 
but there are path variations that cannot be measured. 
The effect is to further reduce the quality of the infor- 
mation available to the LORAN computer. These 
effects are small, but they nevertheless set a limit on 
the available precision of navigation information that 
can be obtained from LORAN techniques. 
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KEY TERMS 


AM—Amplitude Modulation. 


Coincident—Events timed to have a constant time 
difference. 


Global Positioning System (GPS)—A system of 
satellites whose signals can be used to locate 
objects on Earth (including below sea level) very 
precisely. 

Latitude—Number of degrees north or south of 
Earth’s equator. 


Longitude—Number of degrees east or west of 
Earth’s prime meridian. 


Microsecond—One-millionth part of a second. 


100 kHz—100,000 Hz, radio-frequency with a 2 mi 
(3-km) wavelength. 


Pulse—Signal that rises to a peak abruptly, with a 
steep waterfront. 


Synchronized—Occurring with the same frequency. 


After LORAN C 


A relatively new development in electronically- 
supported navigation systems, the Global 
Positioning System (GPS), seems destined to replace 
LORAN C. During the years from 1978 through 1995 
the United States launched more than two dozen spe- 
cialized navigational satellites that each orbit Earth 
twice every day. These satellites transmit data that 
permit even portable handheld receivers and decoders 
to display latitude and longitude with great accuracy. 
The GPS system provides better information than can 
be achieved using LORAN so it seems likely that the 
GPS system will soon render the LORAN system 
obsolete. LORAN will someday be found only in the 
history of electronics-based navigational systems but 
it will have served the world well for better than a half 
century. 
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| Lorises 


The lorises and pottos, family Lorisidae, includes 
nine species of Asian and African primates. Loris is a 
Dutch word for clown, given to these amusing crea- 
tures by European seaman who saw them. With the 
lemurs, these attractive little primates make up the 
group called prosimians, or “pre-monkeys.” All 
lemurs are found on the big island of Madagascar, 
while lorises and pottos are found in West and 
Central Africa, India, Sri Lanka, and Southeast 
Asia. Unlike the lemurs, the lorisids have little or no 
tail. 


The quick-moving African bushbabies or galagos 
were formerly classified in a subfamily of the 
Lorisidae, the Galaginae, but are now considered by 
most taxonomists to comprise a separate family, the 
Galagidae. 


Lorises and pottos are nocturnal, or active during 
the night. This fact keeps them from competing with 
the monkeys with which they share their habitat. 
Therefore, the monkeys are asleep when the lorisids 
are active. Like other prosimians, they have a reflec- 
tive layer, called the tapetum lucidum, in back of the 
retina of the eye. This allows them to see when there is 
very little light. It also makes their eyes shine in the 
dark, like a cat’s eye. 


Like the lemurs, but not like the related tarsiers, 
lorisids have rhinariums, which are rough-skinned, 
moist noses indicating that scent is very important in 
their lives. They mark their paths for other lorises as 
they move throughout their range by wetting their 
hands and feet in urine. They apparently prefer to 
stay alone in their territories except during breeding 
season. 


Lorisids have front bottom teeth that point for- 
ward, forming a dental comb used in grooming and 
feeding. Underneath the tongue is a hard structure 
with points that are used to clean the dental comb. 
Lorisids can also groom their soft fur with the toilet 
claw. This is a special claw located on the second toe. 
All other fingers and toes bear flat nails. This does not 
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A slender loris (Loris tardigradus) in Asia. (Ron Austing. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


mean that they have trouble climbing, however. Their 
feet bear a single opposable big, or first, toe that allows 
them to grasp branches tightly. This grasping ability 
allows the lorisids to hang securely upside down, dan- 
gling from their hind feet while they eat with their 
hands, or perhaps just for play. The lorisids’ diet 
includes fruit, insects, small vertebrates, birds’ eggs, 
and the oozing gum of trees. 


Lorisids range in size from the gray slender loris 
(Loris lydekkerianus) at 9 oz (255 g) to the plump 
potto (Perodicticus potto), which may reach more 
than 2 lb (1 kg). Though it is not known how long 
these primates live in the wild, they have been known 
to reach 12, even 14 years in captivity. 


Lorises, slow and not so slow 


Lorises move in very deliberate fashion, with none 
of the free-wheeling abandon of many other primates. 
Moving among the branches of trees at night is serious 
business. They make sure that one hand is well anch- 
ored before moving the other one. They also make the 
movements with incredible smoothness, disturbing 
nothing around them. This keeps them from being 
seen by predators as they move through the dense 
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tree tops. They can remain absolutely motionless for 
many hours at a time, a technique that is very effective 
in staying alive. They also have to remain silent, oth- 
erwise their high-pitched twitter can reveal their 
presence. 


A loris’s opposable thumb is even more special- 
ized than the thumbs of most primates. It has moved 
almost exactly opposite the last three fingers, and the 
first finger has almost disappeared. This arrangement 
is handy for a tight grip on the high branches in the 
forest canopies in which they live. Lorises are generally 
solitary creatures, though they may hunt in pairs or 
family groups. 


The slender loris (Loris tardigradus) of southern 
India and Sri Lanka has round eyes that look larger 
than they are because they are set in pear-shaped 
patches of dark fur on their lighter-colored triangular 
faces. This primate is called the slender loris because 
its body is much thinner than the well-rounded slow 
loris. It has comparatively long arms and legs. 


The two species called slow lorises are indeed 
slow, moving very carefully and deliberately among 
the trees. They are plumper than the slender loris. The 
somewhat larger Sunda slow loris (Nycticebus cou- 
cang) of the Southeast Asian islands Java and 
Borneo has a dark strip up its back and a white 
patch on its head and upper back. The Sunda slow 
loris is rapidly disappearing wherever its forest habitat 
is being disturbed, although it is legally protected 
throughout most of the countries where it lives. The 
pygmy slow loris (Nycticebus pygmaeus) of Vietnam 
and Laos is only about 10 in (25.5 cm) long. It is round 
and woolly with large, close-set eyes. It is sometimes 
regarded as a subspecies of slow loris. 


The larger potto (Perodicticus potto) lives in equa- 
torial Africa from Nigeria to the western regions of 
Uganda and Kenya. It may weigh more than 2 lb 
(1 kg). Its tail is visible beyond its silky fur, unlike 
the slow loris’s, which is not long enough to show. 
Also, the potto has three or four unusual skin-covered 
bony spines behind its neck. When threatened, the 
potto clings tightly to its branch, tucks in its head, 
and turns these spines to the attacker, which can be 
taken by surprise because the spines are hidden in the 
potto’s dense fur. If not left alone because of its spines, 
a potto can curl its head under its body and give a 
ferocious bite. In their homelands, pottos are famed 
for the strength of their grip. 


Pottos generally live solitary lives, but the male in 
an area inhabited by several females keeps track of 
their readiness to mate by following their urine trails. 
After a period of getting acquainted, they may mate 
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while hanging upside down from a branch. They have 
a longer gestation period than most prosimians, 193 
days. This produces a baby mature enough to cling to 
the moving mother almost immediately after birth. 


Closely related to the potto, but inhabiting the 
shrubs of the forests of Cameroon and Nigeria instead 
of the high canopy, is the angwantibo, also called the 
golden potto (Arctocebus calabarensis). The angwan- 
tibo is much smaller than the potto, about 10 in 
(25 cm), as opposed to about 14 in (36 cm), and it 
lacks the neck spines. Even from birth the golden 
potto exhibits its skill in clinging upside down. The 
mother “parks” her infant upside down on a branch 
while she goes about her nocturnal eating. When she 
returns, she anchors herself around the baby, also 
upside down. The baby releases itself from the branch 
and clings right side up to her stomach. A mother 
angwantibo continues to nurse one infant until just 
before the next one is born. 


Galagos or bushbabies 


Unlike the lorises, galagos, or bushbabies as they 
are called because of their infant like mewing sound 
and sheer cuteness, reside in the lower levels of the 
forest. The Galagidae are known for the swiftness of 
their movements, which lets them capture flying 
insects as they zip past in midair. The commotion 
they make while leaping may be deliberate in that it 
sends disturbed insects into flight. Many jumps have 
been spotted as long as 15 ft (4.6 m). 


Unlike most bushbabies, Allen’s bushbaby, 
Galago alleni, eats on the ground, where it listens for 
rustling insects with large, mobile ears. The ears of a 
galago are so important that they can fold, like an 
accordion, when the little animal is moving through 
prickly or otherwise dangerous leaves. 


Galagos have longer legs compared to arms than 
any other primate. This allows them to make vertical 
leaps, from tree to tree, farther than most other pri- 
mates. The tips of the fingers are broadened into soft 
pads that help them cling to branches. Their bushy 
tails are used to balance them during leaping. Galagos, 
like the lorises, mark their trails through the forest 
with urine, which they deposit directly into the bottom 
of one foot while standing on the other. When they 
hunt at night, they communicate with a variety of 
sounds. Then, at dawn, they gather and locate a com- 
munal sleeping hole, where they spend the daytime 
hours. 


A mother bushbaby usually give birth to twins, 
which she carries in her mouth for the first two weeks. 
When she leaves to eat, she places them securely on a 
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KEY TERMS 


Binocular—Using two eyes set so that their fields of 
vision overlap, giving the ability to perceive depth. 


Dental comb—A group of lower incisor teeth on 
most prosimians that have moved together into a 
horizontal position to form a grooming tool. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Opposable—lIf a thumb or big toe, positioned 
opposite the other digits, thus providing a good 
grip on a branch. 


Rhinarium—The rough-skinned end of the snout, 
usually wet in prosimians, indicating that smell is 
important to them. 


Tapetum lucidum—The special layer behind the 
retina of the eye of most nocturnal animals that 
reflects light in such a way as to amplify available 
light. 


wide branch. A female galago, her infants, and older 
female offspring occupy a specific territory which they 
protect from outsider females. Several of these female 
enclaves may be located within the much larger terri- 
tory of one dominant male. However, that male may 
lose his harem to another male the following year if he 
cannot put up a fierce enough fight. 


Some authorities place all galagos in one genus, 
Galago. Others give most of them separate genera, as 
outlined here. The smallest galago, called the dwarf or 
Demidoff’s galago (Galagoides demidoff), of East and 
West Africa is very much like the mouse lemur. It 
weighs only 2-2.5 oz (55-65 g). The largest is the 
brown greater bushbaby (Otolemur crassicaudatus), 
which is about the size of a small cat with a very 
bushy tail. This species is found in South Africa, 
Mozambique, Malawi, and Zimbabwe inhabiting 
coastal, riverine, and highland forests. 


The lesser or Senegal bushbaby (Galago senegal- 
ensis) of the African rainforests is about 15 in (38 cm) 
long, including a 9 in (23-cm) tail, and weighs about 
9-11 oz (250-315 g). It has the amazing ability to leap 
straight up to a height of almost 7 ft (2.1 m). On the 
ground, they leap like kangaroos, using both hind legs 
in one movement. 


The forest canopy of the rainforest of Gabon 
and Cameroon between the Niger and Zaire Rivers is 
the habitat of the two species of strange little needle- 
clawed bushbabies—Euoticus elegantulus and E. pallidus. 
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Their nails are modified into sharp points for use in 
climbing tall tree trunks to reach gum-producing parts 
of the trees. As is common in prosimians, only the second 
toe still bears a toilet claw. These animals are reddish in 
color, fading to a gray underneath. They do not curl up in 
holes in trees or build nests. 


The main protection that lorisids have from direct 
harm by humans is that they are so difficult to see. 
Thus they are not hunted as larger monkeys are. 
However, their forest habitat is readily degraded, 
and several species are threatened by this habitat loss 
and fragmentation. 
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Luffa see Gourd family (Cucurbitaceae) 


Lumber see Forestry 


] Luminescence 


Light generation by a process other than by heat- 
ing is luminescence. For example, an incandescent 
light bulb, in which the filament is heated until it is 
literally white-hot, is not luminescent; a fluorescent 
light tube (which is cool to the touch) is luminescent. 
Luminescence is generated as part of a process in 
which atoms or molecules with electrons excited into 
higher energy states shed energy by emitting visible 
light. 
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People have observed luminescence in nature for 
centuries. In the early twentieth century, Marie Curie, 
in her doctoral thesis, mentioned that calcium fluoride 
glows when exposed to the radioactive material, 
radium. In the past 50 years, the use of luminescent 
devices, such as fluorescent lights and television 
screens, has become widespread. 


Luminescence can be divided into categories by 
duration (fluorescence or phosphorescence) or by the 
mechanism that creates the light. By definition, fluo- 
rescent things stop emitting light very soon (about 10 
nanoseconds; a nanosecond is 10° seconds) after the 
excitation energy is cut off. Phosphorescence contin- 
ues for longer than fluorescence. Glow-in-the-dark 
stickers and watch hands that glow are examples of 
phosphorescence. A less obvious but more exact defi- 
nition of the difference is that the amount of time 
phosphorescence continues after the material has 
been excited may change with temperature, but in 
fluorescence, this decay time does not change. Also, 
phosphorescence tends to occur at longer wavelengths 
than fluorescence. 


Fluorescent dyes are included in many clothing 
detergents to make the clothes appear brighter. 
Because most organic materials fluoresce when excited 
by ultraviolet light, fluorescent spectroscopy is used to 
study organic molecules and atoms by the “fingerprint” 
of their light emissions: the wavelengths, lifetime, polar- 
ization, and brightness of their fluorescence. 


Common uses of phosphors (phosphorescent 
materials) are in televisions and computer monitors: 
small dots of red, green, and blue phosphors are 
grouped together on the inner surface of a cathode- 
ray tube. When electrons generated in the back of the 
tube hit the phosphors, they absorb the energy and 
then emit light. 


Other types of luminescence are defined by the 
source of the energy that causes the light emission. 
These include chemiluminescence, bioluminescence, 
electroluminescence, sonoluminescence, tribolumines- 
cence, and thermoluminescence. 


Chemical reactions provide the energy to generate 
photons in chemiluminescence. These chemical reac- 
tions often involve oxygen. 


Cyalume sticks are chemiluminescent: when you 
bend the flexible tube enough to break the barrier that 
separates two substances, the tube glows for several 
hours until the chemical reactions are completed. A 
method called enhanced chemiluminescent detection, 
developed by researchers in Paris, offers a non-radio- 
active way of keeping track of genes and is used in 
microchips that tracking the activity of genes. 
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KEY TERMS 


Cathode ray tube or CRT—A display device that 
includes an electron gun to produce a stream of 
electrons, magnets to direct the electrons to spe- 
cific spots on the opposite end of the tube, and 
phosphors on the receiving end that absorb the 
electrons and glow briefly. 


Decay time—The length of time between when 
energy is introduced into a molecular system and 
when the system returns to equilibrium. 


Fluorescence—Luminescence that stops within 
10° seconds after the energy source is removed. 


Incandescence—Light created by heating. 
Incandescence is not a luminescent process. 


Phosphor—A material that absorbs energy over 
some period of time, then gives off light for a longer 
period. Commonly used in CRTs. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


Bioluminescence is a subset of chemiluminescence 
in which the chemical change occurs in living things 
such as fireflies. Such reactions are very efficient. They 
occur when a substance called a luciferin is oxidized 
with the aid of a catalyst called a luciferase. 


Electroluminescent devices glow when a current is 
applied, although not because of chemical changes. In 
neon lamps, current causes electroluminescence of the 
gas in the tube. Many flat-panel displays such as in 
laptop computers are made of electroluminescent 
materials. (Although the most common type uses a 
fluorescent light to backlight a liquid-crystal mask.) 
Luminescence because of electron bombardment or an 
electrical field is related to electroluminescence. In 
fluorescent lamps, current ionizes the gas in the tube, 
and the ions activate a fluorescent coating on the 
inside of the lamps. The television example mentioned 
above is a case of cathodoluminescence, in which the 
phosphor is activated by a stream of electrons. 


In sonoluminescence, the light is produced from 
energy provided by sound waves. This mechanism is 
fairly unusual. Recent research into sonoluminescence 
suggests that in some situations, sound may be con- 
centrated to produce extremely high energies in small 
areas. This energy is dispelled as light, but it may be 
possible to harness that energy for other uses. 


In triboluminescence, friction is responsible for 
the light. A famous example of this is the flash of 
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light sometimes produced by crunching wintergreen 
flavor Life-Savers. (Do not confuse this with sparks 
given off by hitting flint and steel together. Those 
sparks, which can ignite a fire, are incandescent bits 
of metal.) 


Thermoluminescence uses heat to release already- 
excited ions in a solid. When subjected to ultraviolet 
light, x rays, or gamma rays (all of which are energetic 
enough to separate electrons from atoms, thus form- 
ing ions), some electrons or ions become trapped in 
excited states. They are prevented from decaying back 
to a ground state because quantum mechanics forbids 
the transition. Heating allows the ion to rise to a 
higher state that can drop back to ground state by 
emitting light. 


Thermoluminescence can be used to measure how 
much radiation a material has been subjected to. It is used 
for dosimeters by people working around x rays or radio- 
activity who need to know how much ionizing radiation 
they have been exposed to. Thermoluminescence is also 
used for radioactive dating of pottery shards and for 
finding radioactive minerals. 
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l Lungfish 


Bony fish are divided into two major groups: ray- 
finned and lobe-finned fish. The lobe-finned fish are 
further subdivided into two orders: the lungfish, or 
Dipnoi, and the lobe-finned fish, or Crossopterygii. 
Although crossopterygian fish are the group that is 
thought to be close to the ancestors of the land verte- 
brates, lungfish also display many of these character- 
istics. In the early stages of development, lungfish 
resemble a frog like amphibian, providing evidence 
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of close association with land forms. However, despite 
the critical presence of lungs, other features, such as 
the fusion of the teeth into bony plates, and the solid 
union of the jaw with the skull (which does not occur 
in early amphibians) make such a direct link with 
amphibians unlikely. 


Lungfish have changed little over the past 400 
million years, and so might be regarded as living fos- 
sils. Three living genera of lungfish are recognized 
today: Neoceratodus in the Mary and Burnett Rivers 
of southeast Queensland, Australia; Lepidosiren in the 
Parana and Amazon River systems of South America; 
and Protopterus in sub-Saharan Africa ranging from 
the Nile in Sudan southward to Senegal in West Africa 
to the Zambezi River system in southern Africa. 


African and South American lungfish 


African and South American lungfish can easily be 
distinguished by their appearance, but they also share 
many similar characters. In fact, some zoogeographers 
have used the close link between these two lungfishes to 
provide supporting evidence of an early land connection 
between South America and Africa. Lungfish are eel- 
like, with a long, narrow, tubular body and small scales 
well embedded in the body of the fish. Both the pectoral 
and pelvic fins of lungfish are elongated and somewhat 
threadlike. In Lepidosiren the pelvic fins are modified to 
function as accessory respiratory organs, with feathery 
margins receiving an increased blood supply—they func- 
tion like a pair of gills. The primary respiratory organs of 
Lepidosiren are a pair of lungs with a single opening on 
the floor of the mouth. These lungs have furrowed walls 
and receive a full supply of blood. The young of both 
species have long, feathery, external gills located behind 
the head which are lost in the South American lungfish at 
1.6in (4cm) in length, and at 5.9 in (15 cm) in the African 
lungfish. Both South American and African species 
reach a length of 3.3-6.6 ft (1-2 m). 


When lungfish are in water, they breathe air by 
rising to the surface and sticking the tips of their nasal 
opening and mouth out of the water, so as to empty 
their lungs and take in fresh air. In most fish, the 
nostrils are pouchlike. However, the jaw construction 
of the lungfish is modified so that there is an opening 
from the nasal sac to the inside of the mouth. This 
internal nostril allows the fish to breathe air at the 
surface without opening its mouth and swallowing 
water. Because lungfish breathe by lungs instead of 
gills, air is essential for their survival; if lungfish are 
forced to remain underwater, they will drown. 


Lungfish live in areas with temporary water 
bodies, such as shallow swamps, the stagnant 
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PREHISTORIC LUNGFISH 


Scaumenacia, a fossil lungfish evolved from Dipterus, 
from the Upper Devonian period 


Epiceratodus, the contemporary Australian lungfish 
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LIVING LUNGFISH 


Protopterus, the contemporary African lungfish 


xs 


Lepidosiren, the contemporary South American lungfish 


The evolution of lungfish. (Hans & Cassidy. Courtesy of Gale Group.) 
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backwaters of river courses, and small creeks. These 
areas are prone to dry out during the dry season. As 
the water recedes, lungfish burrow into the mud, form- 
ing a hollow at the end of the tunnel. The lungfish curl 
up, tail over head, keeping the nostrils clear of dust 
and dirt, and secrete a mucous cocoon. Air enters the 
burrow through a small hole at the top of the dried 
mud. Lungfish are able to remain in a period of aesti- 
vation (dormancy) for the duration of the dry season 
and have been known to survive as long as four years, 
although usually a year is all that is necessary. During 
the aestivation period, lungfish experience a drop in 
their metabolism and obtain adequate nutrition from 
the stored fat in their tail. 


Breeding takes place in the wet season following 
the reestablishment of the water bodies they inhabit. 
The male of the South American lungfish guards the 
eggs during the period of incubation and hatching. 


Australian lungfish 


The Australian lungfish is the most primitive of 
the modern lungfish and has changed little over the 
past several million years. The body is long, slim, and 
has very large scales, and broad, flipper-like pectoral 
and pelvic fins. A dorsal fin is lacking. The tail of the 
Australian lungfish is most unusual, and consists of a 
rim of fin material around the rear end of the body. 


The Australian lungfish has four big teeth which 
look as though they have grown together into fan- 
shaped crushing plates somewhat resembling a roos- 
ter’s comb. Prior to the discovery of the first 
Australian lungfish around 1869, large teeth of this 
type had only been found in the fossil record. These 
teeth are an efficient adaptation for shearing and 
crushing. Neoceratodus is a carnivorous fish, feeding 
on small mollusks, crustaceans, and other aquatic 
invertebrates. Its paddle like fins are unsuitable for 
crawling; however, the lungfish can stand on these 
appendages, using them like legs underwater. The 
Australian lungfish has a single lung located above 
the gut which is slightly less developed than the lungs 
of the African and South American species. 


Also known as the Burnett salmon, the Australian 
lungfish inhabits rivers that generally remain as per- 
manent watercourses and do not dry out periodically, 
although the dissolved oxygen content does vary con- 
siderably. This lungfish uses its gills more than the 
other two types of lungfishes and, in well-oxygenated 
water, does not need to return to the surface for air. 
However, this species is less tolerant of poor water 
quality and can efficiently use its lung to breathe 
fresh air from the atmosphere when necessary. The 
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KEY TERMS 


Aestivation—A state of dormancy or torpor during 
the dry season, a period of drought. 


Dorsal—Of, toward, on, in, or near the back. 
Pectoral—Pertaining to the breast or chest. 
Pelvic—Of, in, near, or pertaining to the pelvis; in 
fish, either of a pair of lateral hind fins; also called 
the ventral fin. 


Zoogeographer—A person making the biological 
study of the geographical distribution of animals. 


Australian lungfish does not aestivate in a cocoon of 
mud like the African lungfish. Instead the Australian 
lungfish spawns in shallow water in the fall, laying its 
eggs on water plants. The native Australians call this 
lungfish dyelleh. 
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tl Lycophytes 


Lycophytes are vascular plants in the class 
Lycopodiopsida, a division known as Pteridophytes 
(the ferns and their allies). The class Lycopodiopsida is 
divided into three subclasses: the Lycopodiidae, 
Selaginellidae, and Isoetidae. 


Like other pteridophytes, lycophytes have an 
alternation of generations, consisting of two genera- 
tions of morphologically different plants. The larger, 
longer-lived generation is diploid (having both sets of 
chromosomes) and known as the sporophyte stage. 
This stage produces structures known as sporangia. 
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The sporangia produce haploid spores (having one set 
of chromosomes) that can be aerially disseminated 
into the environment. If a spore lands on a suitable, 
moist substrate, it will germinate and grow into an 
independent, haploid structure known as a prothallus 
(or gametophyte). The prothallus is typically about 
0.08-0.12 inch (2-3 mm) long, and contains both 
male (antheridia) and female (archegonia) sex organs. 
Mobile, haploid, flagellated sperm are produced in the 
antheridium, and these swim to an archegonium to 
produce a fertilized zygote. The zygote can develop 
into a new, diploid sporophyte, thus completing the 
life cycle of the pteridophyte. 


Lycopodiidae 


The subclass Lycopodiidae consists of one family, 
the Lycopodiaceae, containing 2-5 genera and 450 
species. The most familiar genus is Lycopodium, also 
known as clubmoss or ground pine. These are terres- 
trial, perennial, evergreen plants, which grow rooted 
in the soil or forest floor, and have creeping or erect 
stems and numerous small, scalelike leaves. Their hap- 
loid spores are produced in a clublike structure known 
as a strobilus. 


Lycopodium species are found on all continents 
(except Antarctica) and many oceanic islands. Some 
species common to North America are the ground pine 
(Lycopodium obscurum), ground cedar (L. complana- 
tum), and running clubmoss (L. clavatum). No substan- 
tial economic products are obtained from Lycopodium 
species. The spores are rich in a volatile oil, and have 
been used to make explosive powders. Rhizomatous 
strings of some species are sometimes collected and 
used to make evergreen Christmas wreaths. 


Selaginelidae 


The subclass Selaginellidae consists of one family, 
the Selaginellaceae, containing one genus and 700 spe- 
cies. The single genus is Se/aginella, or the spike moss— 
small, evergreen plants of moist terrestrial habitats, 
although a few species occur in drier places, and others 
are epiphytes (they live attached to tree limbs, but do 
not obtain any nourishment from their host). Spike 
mosses grow erect or creeping, and they have numerous 
tiny, scale like leaves arranged in a spiral on their stem. 
Unlike species in the Lycopodiaceae, spike mosses have 
two kinds of spores, larger megaspores and smaller 
microspores. Species of Selaginella occur almost world- 
wide, but are most diverse and abundant in the humid 
tropics. A widespread species is Selaginella selaginoides, 
which occurs in boreal and temperate regions of both 
North America and Eurasia. 
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Isoetidae 


The subclass Isoetidae consists of one family, the 
Isoetacae, containing two genera and 77 species. The 
most widely distributed genus is [soetes, or the quill- 
worts. These are aquatic or moist-terrestrial plants, usu- 
ally growing as a rosette of leaves emerging from a 
central, corn-like rhizome, from which numerous wiry 
roots emerge. The leaves are long and grass- or quill-like. 
The sporangia occur on the inside of the inflated leaf 
bases, and the plants are heterosporous (having mega- 
spores and microspores). Species of quillworts are widely 
distributed on all continents, most commonly growing 
on the bottom of freshwater lakes and other surface 
waters. A representative species is Braun’s quillwort 
(Isoetes braunii) of boreal North America and Eurasia. 


Bill Freedman 
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l Lyme disease 


Lyme disease is an infection transmitted by the 
bite of ticks carrying the spiral-shaped bacterium 
Borrelia burgdorferi (Bb). The disease was named for 
Lyme, Connecticut, the town where it was first diag- 
nosed in 1975, after a puzzling outbreak of arthritis. 
The organism was named for its discoverer, Willy 
Burgdorfer. The effects of this disease can be long- 
term and disabling unless it is recognized early and 
treated properly with antibiotics. 


Lyme disease is a vector-borne disease, which 
means it is delivered from one host to another. In 
this case, a tick bearing the Bb organism literally 
inserts it into a host’s bloodstream when it bites the 
host to feed on its blood. It is important to note that 
neither Bb nor Lyme disease can be transmitted from 
one person to another. 


In the United States, Lyme disease accounts for 
more than 90% of all reported vector-borne illnesses. 
It is a significant public health problem and continues 
to be diagnosed in increasing numbers. When the 
numbers for 2005 Lyme disease cases reported were 
tallied, there were almost 23,000 new cases. 
Controversy clouds the true incidence of Lyme disease 
because no test is definitively diagnostic for the dis- 
ease, and the broad spectrum of Lyme disease’s symp- 
toms mimic those of many other diseases. Originally, 
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Lyme disease 


public health specialists assumed Lyme disease was 
limited geographically in the United States to the 
East Coast. It is now known that Lyme disease occurs 
in most states, with the highest number of cases in the 
eastern third of the country. 


The risk for acquiring Lyme disease varies, depend- 
ing on what stage in its life cycle a tick has reached. A 
tick passes through three stages of development—larva, 
nymph, and adult—each of which is dependent on a live 
host for food. In the United States, Bb is borne by ticks 
of several species in the genus Ixodes, which usually 
feed on the white-footed mouse and deer (and are 
often called deer ticks). In the summer, the larval ticks 
hatch from eggs laid in the ground and feed by attach- 
ing themselves to small animals and birds. At this stage 
they are not a problem for humans. It is the next 
stage—the nymph—that causes most cases of Lyme 
disease. Nymphs are very active from spring through 
early summer, at the height of outdoor activity for most 
people. Because they are still quite small (less than 
2 mm), they are difficult to spot, giving them ample 
opportunity to transmit Bb while feeding. Although far 
more adult ticks than nymphs carry Bb, the adult ticks 
are much larger, more easily noticed, and more likely to 
be removed before the 24 hours or more of continuous 
feeding needed to transmit Bb. 


Causes and symptoms 


Lyme disease is a collection of effects caused by Bb. 
Once Bb gains entry to the body through a tick bite, it 
can move through the bloodstream quickly. Only 12 
hours after entering the bloodstream, Bb can be found 
in cerebrospinal fluid (which means it can affect the 
nervous system). Treating Lyme disease early and thor- 
oughly is important because Bb can hide for long peri- 
ods within the body in a clinically latent (resting) state. 
That ability explains why symptoms can recur in cycles 
and can flare up after months or years, even over 
decades. It is important to note, however, that not 
everyone exposed to Bb develops the disease. 


Lyme disease is usually described in terms of length 
of infection (time since the person was bitten by a tick 
infected with Bb) and whether Bb is localized or dissemi- 
nated (spread through the body by fluids and cells carry- 
ing Bb). Furthermore, when and how symptoms of 
Lyme disease appear can vary widely from person to 
person. People who experience recurrent bouts of symp- 
toms over time are said to have chronic Lyme disease. 


Early, localized Lyme disease 


The most recognizable indicator of Lyme disease 
is arash around the site of the tick bite. Often, the tick 
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exposure has not been recognized. The eruption might 
be warm or itch. The rash—erythema migrans (EM)— 
generally develops within 3-30 days and usually begins 
as around, red patch that expands. Clearing may take 
place from the center out, leaving a bull’s-eye effect; in 
some cases, the center gets redder instead of clearing. 
The rash may look like a bruise on people with dark 
skin. Of those who develop Lyme disease, about 50% 
notice the rash; about 50% notice flu like symptoms, 
including fatigue, headache, chills and fever, muscle 
and joint pain, and lymph node swelling. However, a 
rash at the site can also be an allergic reaction to the 
tick saliva rather than an indicator of Lyme disease, 
particularly if the rash appears in fewer than three 
days and disappears only days later. 


Late, disseminated disease and chronic 
Lyme disease 


Weeks, months, or even years after an untreated 
tick bite, symptoms can appear in several forms, 
including: 


- Fatigue, forgetfulness, confusion, mood swings, irri- 
tability, numbness 


- Neurologic problems, such as pain (unexplained and 
not triggered by an injury), Bell’s palsy (facial para- 
lysis, usually one-sided but may be on both sides), 
and a mimicking of the inflammation of brain mem- 
branes known as meningitis (fever, severe headache, 
stiff neck) 


- Arthritis (short episodes of pain and swelling in 
joints) and other musculoskeletal complaints 


Less common effects of Lyme disease are heart 
abnormalities (such as irregular rhythm or cardiac 
block) and eye abnormalities (such as swelling of the 
cornea, tissue, or eye muscles and nerves). 


Diagnosis 


A clear diagnosis of Lyme disease can be difficult, 
and relies on information the patient provides and the 
physician’s clinical judgment, particularly through 
elimination of other possible causes of the symptoms. 
Lyme disease may mimic other conditions, including 
chronic fatigue syndrome (CFS), multiple sclerosis 
(MS), and other diseases with many symptoms involv- 
ing multiple body systems. Differential diagnosis (dis- 
tinguishing Lyme disease from other diseases) is based 
on clinical evaluation with laboratory tests used for 
clarification, when necessary. A two-laboratory-test 
approach using the same blood sample is common to 
confirm the results. Because of the potential for 
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misleading results (false-positive and false-negative), 
laboratory tests alone do not establish the diagnosis. 


Physicians generally know which disease-causing 
organisms are common in their geographic area. The 
most helpful piece of information is whether a tick bite 
or rash was noticed and whether it happened locally or 
while traveling. A physician may not consider a diag- 
nosis of Lyme disease if it is rare locally, but will take it 
into account if a patient mentions vacationing in an 
area where the disease is commonly found. 


Treatment 


The treatment for Lyme disease consists of anti- 
biotic therapy. If a patient has strong indications of 
Lyme disease (symptoms and medical history), the 
doctor will probably begin treatment on the presump- 
tion of this disease. The Infectious Diseases Society of 
America recommends a single dose of doxycycline for 
adults and children eight years of age and older for 
preventative treatment after a tick bite if several 
conditions are met. The attached tick should identified 
as an adult or nymph /. Scapularis tick that is 
estimated to have been attached for 36 hours or lon- 
ger, preventative treatment should begin within 72 
hours of the time that the tick was removed, the local 
rate of infection of these ticks with B. burgdorferi 
should be twenty percent or higher, and doxycycline 
treatment is not contraindicated for the patient. 
Longer courses of antibiotics are recommended for 
treatment of a person with a rash resembling EM or 
one who has arthritis, a history of an EM-type rash, 
and a previous tick bite. 


The benefits of treating early must be weighed 
against the risks of overtreatment. The longer a 
patient is ill with Lyme disease before treatment, the 
longer the course of therapy must be, and the more 
aggressive the treatment. The development of oppor- 
tunistic organisms may produce other symptoms. For 
example, after long-term antibiotic therapy, patients 
can become more susceptible to yeast infections. 
Treatment may also be associated with adverse drug 
reactions. Another concern is that insurance coverage 
for long-term antibiotic therapy may be limited by the 
insurer or by law in some states. 


For most persons, oral antibiotics (doxycycline, 
amoxicillin, or cefuroxime axetil) are prescribed for 
14-21 days. When symptoms indicate nervous system 
involvement or a severe episode of Lyme disease, 
intravenous antibiotic (ceftriaxone) may be given for 
14-30 days. Corticosteroids (oral) may be prescribed if 
eye abnormalities occur. Oral ceftriazine is also com- 
monly prescribed for Lyme arthritis. 
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Alternative treatment 


Supportive therapies may minimize symptoms of 
LD or improve the immune response. These include 
vitamin and nutritional supplements, mostly for 
chronic fatigue and increased susceptibility to infec- 
tion. For example, yogurt and Lactobacillus acidophi- 
lus preparations help fight yeast infections, which are 
common in people on long-term antibiotic therapy. In 
addition, botanical medicine and homeopathy can be 
considered to help bring the body’s systems back to a 
state of health and well being. A western herb, spi- 
lanthes (Spilanthes spp.), may be effective in treating 
some of the symptoms of Lyme disease. 


Prognosis 


If aggressive antibiotic therapy is given early, and 
the patient cooperates fully and sticks to the medica- 
tion schedule, recovery should be complete. Only a 
small percentage of Lyme disease patients fail to 
respond or relapse (have recurring episodes). Most 
long-term effects of the disease result when diagnosis 
and treatment is delayed or missed. Co-infection with 
other infectious organisms spread by ticks in the same 
areas as Bb (babesiosis and ehrlichiosis, for instance) 
may be responsible for treatment failures or more 
severe symptoms. Lyme disease has been responsible 
for deaths, but that is rare. 


Prevention 


The best prevention strategy is through minimiz- 
ing risk of exposure to ticks and using personal pro- 
tection precautions. There is also research into 
vaccination against the tick vector to prevent the tick 
from feeding long enough to transmit the infection. 


Minimize risk of exposure 


Precautions to avoid contact with ticks include 
moving leaves and brush away from living quarters. 
Most important are personal protection techniques 
when outdoors, such as: 


- Using repellents containing DEET 


- Wearing light-colored clothing to maximize ability 
to see ticks 


- Tucking pant legs into socks or boot top 
- Checking children frequently for ticks 


In highly tick-populated areas, each individual 
should be inspected at the end of the day to look for 
ticks. 
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KEY TERMS 


Blood-brain barrier—A blockade of cells separat- 
ing the circulating blood from elements of the cen- 
tral nervous system (CNS); it acts as a filter, 
preventing many substances from entering the cen- 
tral nervous system. 


Cerebrospinal fluid—Fluid made in chambers 
within the brain; this fluid then flows over the sur- 
face of the brain and spinal cord, providing nutri- 
tion to cells of the nervous system, as well as 
cushioning. 

Vector-borne—Delivered from one host to 
another, as in an insect or tick bearing an organism 
causing an infectious disease. 


Minimize risk of disease 


The two most important factors are removing the 
tick quickly and carefully, and seeking a doctor’s eval- 
uation at the first sign of symptoms of Lyme disease. 
When in an area that may be tick-populated: 


- Check for ticks, particularly in the area of the groin, 
underarm, behind ears, and on the scalp. 


- Remove the tick by grasping it as near to the skin as 
possible, using fine-tip tweezers. 


- To minimize the risk of squeezing more bacteria into 
the bite, pull straight back steadily and slowly. 


- Do not try to make the tick back out by using vase- 
line, alcohol, or a lit match. 


- Place the tick in a closed container (for species iden- 
tification later, should symptoms develop) or dispose 
of it by flushing. 


- See a physician for any sort of rash or patchy discol- 
oration that appears 3-30 days after a tick bite. 
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[ Lymphatic system 


The lymphatic system is the body’s network of 
organs, ducts, and tissues that filter harmful substan- 
ces out of the fluid that surrounds body tissues. 
Lymphatic organs include the bone marrow, thymus, 
spleen, appendix, tonsils, adenoids, lymph nodes, and 
Peyer’s patches (in the small intestine). The thymus 
and bone marrow are called primary lymphatic 
organs, because lymphocytes are produced in them; 
the others are secondary lymphatic organs. 


Lymphocytes are a type of white blood cell that is 
highly concentrated in lymphatic fluid. This clear 
fluid, also called lymph, travels through the lymphatic 
vessels, which connect the lymphatic organs. The ter- 
minal lymphatic vessels feed into the thoracic duct that 
returns body fluids to the heart prior to blood reox- 
ygenation. The reincorporated fluid originates in the 
bloodstream, bathes organs and tissues, and returns to 
the bloodstream after passing through lymphatic fil- 
ters that function as part of the body’s defense system 
against infection and cancer. 


Lymph nodes, clustered primarily in the neck, 
armpits, and pelvic area, are the system’s battle sta- 
tions against infection. Lymph nodes are connected to 
one another by lymphatic vessels. It is in the nodes and 
other secondary organs where white blood cells engulf 
and destroy debris to prevent them from reentering the 
bloodstream. Of the other two major secondary lym- 
phatic organs, the spleen removes dead red blood 
cells, and Peyer’s patches remove intestinal antigens 
(foreign or harmful substances in the body). 


Lymphocytes 


Lymphocytes are the lymphatic system’s foot sol- 
diers, identifying enemy particles and attempting to 
destroy them. Lymphocytes fall into two general 
categories: T lymphocytes (T cells) and B lymphocytes 
(B cells). T cells form in the thymus (in the chest), and 
B cells form in the bone marrow of the long, thick 
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The human lymphatic system. (Argosy. The Gale Group.) 
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Lymphatic system 


bones of the thigh, arm, spine, or pelvis. While T cells 
primarily attack viral antigens, B cells attack bacterial 
antigens. Both travel in lymph, through lymphatic 
vessels, and into lymph nodes. 


T cells are further divided into three primary classes: 
helper T cells (T-H cells), cytotoxic T cells (ctx T cells), and 
T suppressor T cells. T-H cells augment B cell responses to 
bacterial antigens. Cytotoxic T cells attack viral antigens 
and some early cancer cells. And suppressor T cells halt 
immune cell functions, allowing the body to rest. 


B cells produce antibodies. According to their basic 
immunoglobulin type, antibodies are subdivided into 
five classes: IgM, IgD, IgG, IgE, and IgA. B cell anti- 
bodies recognize specific bacterial invaders and destroy 
them. Certain antibodies are more concentrated in 
areas of the body where they are most needed. For 
example, IgA-producing B cells are most concentrated 
in the Peyer’s patches, where they sample intestinal 
contents for potential antigens that could signal an 
infectious invasion of food-borne bacteria. 


Lymph nodes 


Lymph nodes are pockets of lymph that orches- 
trate the removal of foreign material (including bac- 
teria, viruses, and cancerous cells) from the lymph. 
They vary in size from microscopic to about 0.16 
inch (0.394 cm) in diameter. Some nodes cluster at 
key sites where the limbs join the torso. Lymph 
nodes are named after their locations in the body. 
The nodes at the arm are called axial and brachial, 
those under the jaw are called subclavian, and those in 
the groin are called inguinal. Fibrous connective tissue 
covers the lymphatic tissue inside the lymph node. 


Each node, also called a lymph gland, has both 
arterial blood supply and venous drainage. 
Lymphocytes drain out of the arteries into the node 
interior, usually through a high endothelial venule that 
facilitates their entry. This venule (small vein) derives 
its name from the higher-than-usual tightly joined 
endothelial cells that line it. 


Before they can enter the lymph node, lymphocytes 
are carefully selected from other blood cells. They are 
recognized and distinguished by a lymphocyte-cell sur- 
face protein called E-selectin. Receptors on the endo- 
thelial cells bind the E-selectin positive lymphocytes 
and slowly roll them toward a gap between adjacent 
cells. Then the lymphocyte is fed through this area 
much the way film is fed into a camera. The lympho- 
cytes emerge on the interior of the node. 


The internal lymph node tissue is separated into 
lobes. The lobe end at the center of the node is called 
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the medulla, whereas the wider lobe end toward the 
perimeter of the node is called the cortex. The lobe 
area just next to the cortex is called the paracortex. 
Surrounding the lobes is an area called the medullary 
sinus. T cells are concentrated in the paracortex, 
whereas B cells primarily are concentrated in the cor- 
tex in structures called primary follicles. Lymphocytes 
first travel to the medullary sinus before migrating to 
the cortical and paracortical regions. 


In addition to lymphocytes, several other kinds of 
antigen-fighting white blood cells are contained within 
the nodes. Macrophages destroy and devour foreign 
antigens under direction from lymphocytes. Within 
the cortex, a large wbc called an interdigitating den- 
dritic cell actually gathers the foreign antigen and 
presents it to the T cells that, in turn, trigger the anti- 
gen’s destruction. This system is carefully controlled to 
avoid destroying host cells. Within the paracortex, fol- 
licular dendritic cells present antigens to B cells in a 
region of the follicles called the germinal centers. 
Within germinal centers, memory B cells are formed 
that are specifically primed to launch an attack against 
an antigen if it is encountered again. Like seasoned 
soldiers who know how to fight a particular enemy, 
memory B cells are molecularly armed to combat a 
known antigen. 


Foreign antigens are constantly being destroyed; 
however, when a particularly strong infection occurs, 
the lymph nodes will sometimes swell with the influx of 
backup troops (more white blood cells) sent in to help 
fight a particular molecular attacker. Eventually, the 
lymphocytes leave the node through the efferent lym- 
phatic vessel. 


Lymphatic vessels 


Lymphatic vessels infiltrate tissues that are bathed 
in fluid released from blood into those tissues. Pockets 
of fluid collect in the tissues, and increased pressure 
allows the fluid to seep into the lymphatic vessels. 
Whereas blood vessels return deoxygenated blood to 
the heart to be pumped to the lungs for oxygen, lym- 
phatic vessels return fluid that has leaked out of the 
capillaries into various tissues. However, before this 
lymphatic fluid is rejoined with venous fluid at the 
thoracic duct, it is filtered through the lymph nodes 
to remove infectious agents. 


Lymphatic vessels are made of single-cell epithe- 
lial layers that drain fluid away from tissue. Smooth 
muscles controlled by the autonomic nervous system 
direct the fluid away from tissues toward the lymph 
nodes and, eventually, the heart. The vessels contain 
one-way valves that close behind fluid traveling back 
to the heart so that lymphatic fluid cannot go 
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backward. Lymphatic fluid is usually returned to the 
circulation within 24 hours. When the lymphatic ves- 
sels become clogged, stopped up, or blocked, severe 
edema (bloating due to water retention) can result in a 
condition known as lymphedema. 


Other lymphatic organs 


Of the remaining lymphatic system components, 
the thymus, bone marrow, spleen, and Peyer’s patches 
have fairly unique roles. Both the bone marrow and 
thymus introduce “virgin” lymphocyte to the lymphatic 
system. The spleen filters old red blood cells from the 
blood and fights infections with lymphocytes and 
monocytes (cells that engulf and devour antigens). 
And the Peyer’s patches are lymph tissue pockets 
under raised intestinal projections that examine intesti- 
nal contents for foreign antigens. Although the spleen’s 
role is important, the human body is capable of func- 
tioning without it if it becomes injured or diseased. 


Although the thymus is critical for T cell develop- 
ment in children, it begins to shrink as they progress 
toward adulthood and thereafter plays an increasingly 
reduced role. T cells are “educated” in the thymus to 
recognize “self” versus “nonself” (foreign) antigens. 
Without the ability to recognize self-antigens, T cells 
would target a person’s own tissues in a very destructive 
manner. The thymus is also responsible for fostering 
maturation of T cells into their various subclasses. 
T cells function in a cell-mediated way such that they 
only recognize antigens presented to them by other cells; 
hence, T cell immunity is called cell-mediated immunity. 


Both T cells (before branching off to develop in 
the thymus) and B cells originate in the pluripotential 
stem cells of the bone marrow or the fetal liver. 
Pluripotential stem cells are the body’s cellular sculpt- 
ing clay. They can be shaped into any cell—including 
lymphocytes, red blood cells, macrophages, and 
numerous other blood constituents—and become 
increasingly specialized as they reach maturity. The B 
cells can generate an infinite number of antibodies in 
response to a multitude of foreign antigens. This 
amazing diversity arises from the many combinations 
of antibody components that can be rearranged to 
recognize individual antigens. Once a B cell identifies 
a particular enemy, it undergoes a process called clo- 
nal expansion. During this process, it makes many 
clones (copies) of itself to fight several invaders of a 
single type. This highly sophisticated molecular proc- 
ess destroys infections wherever they arise in the body. 


One specialized form of antibody, IgA, detects 
antigens in the gastrointestinal tract at Peyer’s patches. 
IgA contained within small projections called lamina 
propriae extend into the small intestine to test the 
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intestinal lining for pathogens. The IgA binds to the 
foreign antigen, returns to exit the patch at its efferent 
lymphatic vessel, and travels to a mesenteric lymph 
node that gears up to fight the invader. IgA antibodies 
are also passed to nursing babies in their mothers’ milk, 
because newborns do not synthesize IgAs until later. 


Lymphatic diseases 


Although lymph nodes commonly enlarge to fight 
infection, an overwhelming infection can leave a 
lymph node and travel through the lymphatic system 
to other nodes and even to other body tissues. Cancer 
can spread very easily through the lymph system, but 
different cancers vary in how soon they attack the 
nodes. Lymphedema, fluid accumulation, can occur 
when the movement of fluid in a lymphatic region is 
blocked. Although lymphedema is rare, limbs are the 
most commonly affected areas. 


The unregulated growth of cells and tissues of the 
lymphatic system can lead to lymphoma, or lymph 
cancer. Lymphomas are classified into two types, 
Hodgkin’s or non-Hodgkin’s. Hodgkin’s disease is 
marked by enlargement of lymph nodes. Symptoms 
include chronic fatigue, depressed immune function, 
weight loss, night sweats, and pain after drinking alco- 
hol. Hodgkin’s is diagnosed by lymph node biopsy, with 
identification confirmed by the presence of large, multi- 
nucleated Reed-Sternberg cells. Hodgkin’s is further 
categorized as lymphocyte predominant, nodular scle- 
rosis, mixed cellularity, or lymphocyte-depleted depend- 
ing on cell populations present in the biopsy sample. 
Hodgkin’s disease can be treated and cured with radia- 
tion or chemotherapy if it is caught in its early stages. 


Although the cause of Hodgkin’s is unknown, 
males, caucasians, people of higher socioeconomic sta- 
tus, the well-educated, and people with certain blood 
types are more prone to develop it. Hodgkin’s most 
often affects people in their 20s or 70s for unknown 
reasons. People who work with certain chemicals, such 
as benzene and rubber products, also seem to be more 
prone to develop the disease. 


Non-Hodgkin’s lymphoma is also diagnosed 
through lymph tissue biopsy. Several lymphomas have 
been identified, but have little in common. Burkitt’s 
lymphoma, prevalent among central African children, 
is characterized by enlarged subclavian lymph nodes. In 
contrast with most lymphomas whose causes are 
unclear, Burkitt’s lymphoma has been linked to infection 
with the Epstein-Barr virus. Mycosis fungoides is a rare 
T cell lymphoma that affects the skin. Non-Hodgkin’s 
lymphomas are further classified as lymphocytic or his- 
tiocytic. Lymphocytic lymphomas may be poorly 
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Lyrebirds 


KEY TERMS 


Lymph—Lymphatic fluid, rich in white blood cells, 
that runs through the lymphatic vessels, lymph 
nodes, and other lymphatic organs. 


Lymph node—Region of lymphoid tissue along 
lymph vessels that filters harmful antigens from 
the blood and some tissues. 


Lymphocyte—A cell that functions as part of the 
lymphatic and immune systems by attacking spe- 
cific invading substances. 


differentiated (according to the extent to which they have 
evolved from the pluri potential stem cell); they may also 
be nodular (concentrated) or diffuse. 


Symptoms for most lymphomas are similar. Many 
patients experience enlargement of the liver and spleen 
as well as the lymph nodes. Some patients have bloody 
stools or vomit blood. Tiredness, itching, weight loss, 
fever, and general immunosuppression may also be 
present. The symptoms may abate and intensify over 
several months before a diagnosis is made. Sometimes, 
a bone marrow biopsy is also performed. Treatment 
includes radiation or chemotherapy with effectiveness 
varying according to severity of the lymphoma at the 
time of diagnosis. Bone marrow transplants have been 
effective against some advanced-stage lymphomas. The 
“cure” rate for non-Hodgkin’s lymphomas is generally 
poorer than for Hodgkin’s lymphomas. 


See also Antibody and antigen; Immune system. 
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l Lyrebirds 


Lyrebirds are named for the male’s magnificent 
tail, which spreads in a fanlike display, resembling 
a lyre, an ancient Greek stringed instrument. The 
male’s body is little longer than 12 in (30.5 cm), but 
the tail may be longer than 16 in (40.5 cm). The only 
two species of lyrebird in the world are indigenous 
to a strip of rugged, hilly bushland along the east 
coast of the Australian states of Victoria, New South 
Wales, and Queensland. The superb lyrebird (Menura 
superba) and Albert’s lyrebird (M. alberti) belong 
to the genus Menura (from the Greek meaning 
“mighty tail”) of the Menuridae family in the order 
Passeriformes (perching birds), the largest and most 
diverse bird order in the world. Lyrebirds have one of 
the most beautiful singing voices in the bird kingdom. 
But apart from their songs and unique calls, they are 
excellent mimics, copying not only the songs of other 
birds, but all types of environmental noises like chain 
saws, lawn mowers, tractors, human voices, and whis- 
tles. Although both lyrebirds have declined in abun- 
dance, they are not considered endangered species. 


Identification and behavior 


Both species have a reddish brown back, pale gray 
underbody, and a russet slash down the throat. Their 
huge feet have four long, unwebbed, clawed toes— 
three pointing forward and one backward. The legs 
are designed so that, as the bird squats, the tendons 
draw tight, curling the toes around the branch, hold- 
ing the bird secure even while asleep. The superb lyre- 
bird is the larger of the two species, with a more 
elegant tail. Females are smaller than males, their 
tails shorter, and they lack lyre feathers. 


Normally, as with the peacock, the male’s tail 
trails behind the body. However, when courting a 
mate he performs an artistic dance, spreading his tail 
like a fan, raising it, then swooping it over his back 
until his entire body and head disappear beneath a 
magnificent mass of silvery-plumed feathers. As he 
dances, he may hop from foot to foot or prance for- 
ward, sideways, and backward in a repetitive pattern, 
all the time singing gloriously and slipping in some 
mimicry. The superb male performs his dances on 
mounds of soft earth about 3 ft (1 m) in diameter 
and several inches high. Scratching, raking, and 
tramping with his clawed feet, he creates a clearing, 
forming the mound in the middle. Up to a dozen 
mounds may be found in one male’s territory, but 
each male seems to have one or two favorites that he 
uses frequently. The Prince Albert lyrebird does not 
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A male superb lyre bird (Menura superba) in Australia. Here 
the bird is in the rainforest foliage though it is generally 
seen on the floor of the rainforest where it finds its food. 
(John R. Brownlie. National Audubon Society Collection/Photo 
Researchers, Inc.) 


build mounds, but displays from the ground or some- 
times from a log. 


Often, the female does not even see the male’s 
fascinating dance, although sometimes the superb 
female ventures briefly onto the mound where the 
male approaches her, covering her with his tail which 
he vibrates rapidly while singing beautifully. Sometimes 
their beaks may touch, but soon she leaves, scurrying 
off into the bush. 


Reproduction 


An unusual phenomenon in the bird kingdom, 
lyrebirds nest in winter, laying their solitary egg 
in June or July. The female is the nest-builder, egg- 
incubator, and caregiver to the hatched chicks. She 
constructs a bulky home from twigs, dried bracken 
fern, moss, leaves, and bark over a framework of 
thin, flexible roots and pliable bark, leaving a single 
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side entrance, and lining the inside with soft under- 
feathers she plucks from her own body. She may 
snuggle her nest in a hollow on a rocky ledge, in the 
cavity of a tall stump, or among tree roots. In locations 
where humans and domestic animals pose a threat, 
nests may be found high in a tree between forking 
branches. 


The egg of the superb lyrebird may vary in color 
from a light gray to a deep purplish brown with gray 
streaks and spots. The egg of Albert’s lyrebird’s is 
usually gray with darker gray spots. Chicks hatch 
naked with their eyes closed, and stay in the nest 
until they are well-feathered. Their mother continues 
to feed them for some time after they leave the nest, 
which is about six weeks after hatching. Chicks in high 
nests take up to two weeks longer to leave the nest, 
allowing time for their wings to develop. Even as 
adults, lyrebirds are not strong flyers, jumping and 
flapping from ground to branch and gliding from 
their sleeping place high in a tree back to the ground. 
They spend most of their time scratching in under- 
brush and digging into decaying logs in search of 
insects, worms, grubs, and snails. Except in protected 
areas of natural habitat, these shy, wary little birds are 
seldom seen, but their loud, clear voices can be heard 
at a considerable distance. During the summer 
(December through February), their singing and mim- 
ing is mostly confined to daybreak and dusk. As 
autumn approaches, they can be heard throughout 
the day, particularly the male, as he begins building 
new display mounds and repairing old ones for his 
upcoming courting period. 
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l Macaques 


Macaques are medium- to large-sized monkeys 
native to Asia and Africa belonging to the genus 
Macaca, family Cercopithecidae, order Primates. 
Macaques are usually various shades of brown, gray, 
or black in fur color, although golden and white color 
phases occur rarely. Approximately 16 species are 
known. Locomotion is mainly quadrupedal, and 
most species are terrestrial in habit, although they 
take readily to trees, and a few species are primarily 
arboreal. Body weights range from 8-40 Ib (3.5 kg-18 
kg) for adult males, and from 5-36 lb (2.5-16.5 kg) for 
females; thus they vary from the size of a small dog, 
such as a beagle, to a moderate-sized border collie or 
dalmatian. Tails in different species vary from small 
stub like tails in the Barbary macaques, or Sulawesi 
macaques, to long graceful tails 2 ft (70 cm) in length. 


The most famous macaques are the rhesus mon- 
key of India, Nepal, and China; the Japanese monkey 
of Japan; and the crab-eating or long-tailed macaques 
of Thailand, Malaysia, the Philippines, and Indonesia. 
All of these play an important part in the cultural 
history of their countries, and all are well represented 
in folk-tales, dance, drama, and religious beliefs. Also 
well-known in popular literature is the “Barbary ape,” 
properly called the Barbary macaque in North Africa 
and Gibraltar, and the “Celebes ape,” properly called 
the Celebes macaque, of Sulawesi, Indonesia. Both 
species were incorrectly called “apes” because their 
small stub-tails make them appear tailless, and in the 
case of the Celebes macaques, their black coats give 
them the appearance of small chimpanzees. 


Macaques have the widest geographic and ecologi- 
cal ranges of any nonhuman primates. Their geographic 
range includes Morocco and Algeria in northwest Africa, 
home of Macaca sylvana, the Barbary macaque, to the 
broad expanses of Asia from Afghanistan to northern 
China, Japan, Taiwan, Philippines, Southeast Asia, and 
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Indonesia as far east as Sulawesi and the Molucca 
Islands. No other group of nonhuman primates has 
such an extensive geographic range. 


Ecologically, macaques live in a great variety of 
habitats from tropical rainforests of southeast Asia, to 
the agricultural plains of northern India, the deserts of 
Rajasthan, the arid mountains of Pakistan and 
Afghanistan, and even temperate snow-capped moun- 
tains of Japan, northern China, Nepal, and Morocco. 
Several species are also conspicuous commensal 
inhabitants of villages, temples, towns, and cities in 
Asia, especially the rhesus monkey in India and Nepal, 
the Japanese monkey, and the crab-eating monkey of 
Southeast Asia and Indonesia. One species alone, the 
rhesus monkey, Macaca mulatta, is both a close com- 
mensal associate of human populations in the crowded 
cities of India, and an inhabitant of cool pine forests in 
northern India. 


The widespread ecological and geographic distri- 
bution of the macaques is a reflection of their great 
adaptability to different climates and habitats. Many 
species of macaques can tolerate wide temperature 
regimes, thrive on a great variety of natural or agricul- 
tural foodstuffs, and live in very different landscape 
settings from the mangrove forests of the Gangetic 
delta, to the steep slopes of the Himalayas. They read- 
ily adapt to people, can survive well in urban environ- 
ments if allowed to steal food, but they can also exist 
without humans in completely natural habitats. 


In food habits, macaques are mainly vegetarian, 
although some species have been observed to feed on 
insects for a small part of their diet. In forest habitats, 
macaques are known to consume parts of more than 
100 species of plants, primarily fruits, but also buds, 
young leaves, twigs, bark, and occasionally flowers, 
and even roots. In agricultural habitats, where maca- 
ques live in close association with people, they are 
notable crop raiders, feeding on field crops such as 
wheat, rice, and sugar cane, and on garden crops such 
as tomatoes, melons, bananas, papayas, and mangos. 
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Macaques 


Rhesus monkeys, a mother and infant. (Courtesy of Charles 
H. Southwick.) 


In commensal habitats such as towns, villages, tem- 
ples, and roadsides, they also feed extensively on direct 
food handouts from people—food such as peanuts, 
rice, grams (a type of legume like a soybean), and 
even prepared foods including chapatis. In India, one 
study showed that a roadside group of rhesus monkeys 
in a populated portion of the Gangetic Basin east of 
New Delhi obtained 83% of its food from people, 10% 
from agricultural field crops, and only 7% from natu- 
ral vegetation. In contrast, a forest-dwelling group 
near Dehra Dun obtained virtually all of its food 
from natural forest vegetation. Other forest-dwelling 
species such as the lion-tailed macaque of south India, 
Macaca silenus, obtain all of their food from natural 
vegetation, as do most of the Sulawesi macaques such 
as Macaca nigra and Macaca tonkeana. The latter, 
however, have taken to crop raiding recently as home- 
steaders and farmlands invade their natural forest 
habitats. 


Macaques are intensely social animals, living in 
established social groups of just a few to several hun- 
dred individuals. A typical social group of macaques 
has 20-50 individuals of both sexes and all ages, con- 
sisting normally of approximately 15% adult males, 
35% adult females, 20% infants, less than one year of 
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age, and 30% juveniles one to four years of age. 
However, there is great variation in group sizes and 
structures. 


The macaques living in temperate environments 
such as northern India, China, and Japan, have mat- 
ing seasons, usually in the late fall (September- 
December), with most births occurring in the spring 
and early summer (late March-July). Gestation peri- 
ods average around 160 days, varying from 145-186 
days. Usually only one young is born at a time. Twins 
are rare. In different species and different populations, 
30-90% of the adult females give birth to one young 
per year. Infant macaques are carefully cared for, 
nursed, and protected by the mother for many 
months, and weaning usually occurs nine to 12 months 
after birth when the next infant is born. Infants are 
bright-eyed and active but remain in close contact with 
the mother for several weeks. After six to eight weeks, 
they begin to explore on their own, leaving their 
mother briefly, beginning to play with other infants 
in games of wrestling and chasing. They return to their 
mother, however, when she shows signs of moving. 
They ride with her wherever she goes, at first clinging 
to her belly, but after several months, they often ride 
on her back. 


After one year of age, macaques pass from infant 
dependency on their mother to a juvenile status, where 
they associate more frequently with other juveniles. 
This is the period of most active rough and tumble 
play. They become sexually mature at three to five 
years of age. Females normally stay within the social 
group to which they were born, whereas young adult 
males often disperse and try to enter other social 
groups. This can be a time of aggressive activity, and 
not all males successfully enter new groups. Some may 
become solitary, and continue attempts to join social 
groups for many years. If successful adulthood is 
reached within a social group, macaques have a nor- 
mal longevity of 20-25 or even 30 years. 


The reproductive potential of some species, such 
as the rhesus monkey, enables populations to grow at 
rates of 10-15% per year if all environmental condi- 
tions are favorable. Other species, especially the forest 
dwelling lion-tailed macaque and some of the Sulawesi 
macaques, however, have much lower reproductive 
rates, and their populations are actually endangered. 


Macaques have been subjects of great scientific 
interest for many years in both field and laboratory 
studies. Field studies have focused on their fascinating 
ecology, behavior, and adaptations to a wide range of 
habitats. Laboratory studies of behavior have involved 
research on intelligence, learning, social development, 
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and communication. In research at the University of 
Wisconsin, and Cambridge University, England, for 
example, it has been shown that the maternal-infant 
bond is essential for normal behavioral development. 
Without proper mothering, young macaques fail to 
develop all the social and communicative skills for 
successful life in a social group. Some of these social 
deficits may be relieved with adequate peer group expe- 
rience, but in any case, the overwhelming importance 
of the social environment is evident. Adult males do 
not participate in infant care, except in a few species 
and occasional individuals. The Barbary macaque is 
notable for adult males taking an active role in carrying 
and holding infants, and even in rhesus macaques, 
where infant care is normally the sole province of the 
mother, occasionally an adult male will show interest in 
holding infants. This is rare, however. Usually, father- 
hood is not readily recognizable—mating behavior of 
most macaques is promiscuous, and a female may mate 
with more than one male in an estrous cycle. 


Macaques have a number of basic similarities in 
anatomy and physiology to humans, and for this rea- 
son they have been used extensively in biomedical 
research, vaccine development, and pharmaceutical 
testing. The rhesus monkey was the primary subject, 
for example, in research, development, and testing of 
polio vaccines and in discovering principles of human 
blood antigens such as the Rh factor. Rhesus monkeys 
have also been valuable as research subjects in cardi- 
ovascular diseases, cancer, immunology, toxicology, 
orthopedics, cerebral palsy, and a variety of infectious 
diseases. Macaca nigra has been important in diabetes 
research, and Macaca nemestrina in research on retro- 
viruses and AIDS. The use of primates in biomedical 
research is a controversial subject, strongly opposed 
by animal rights groups, but generally supported as 
necessary and beneficial by most biomedical scientists, 
providing adequate safeguards are taken to assure 
humane treatment and proper care. 


The extensive uses of macaques in biomedical 
research, along with habitat loss and other ecological 
pressures, have severely depleted the numbers of some 
species. Certain conservation measures have resulted 
in some recoveries of declining populations, however, 
especially of rhesus and Japanese monkeys. The rarer 
species of macaques, including the lion-tailed, Celebes, 
Celebes black, and Mentawai macaques, are seriously 
endangered, however, mainly because of habitat 
losses. Strong action on conservation protection is 
needed for these species, as well as for many other 
non-human primates. 


Whenever groups of macaques are displayed in 
zoos they form popular exhibits with their active 
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patterns of social interaction: grooming, maternal 
care, infant and juvenile play, and occasionally, adult 
conflict and aggression. We can often see reflections of 
our own personalities in their behavior. In Asia, these 
similarities have been encoded into rich cultural 
attachments, especially in Hinduism, Buddhism, and 
the religions of China, where macaques play an impor- 
tant role in religious traditions and folklore. In both 
India and China, for example, macaques and other 
primates enjoy the status of gods capable of defeating 
evil and restoring justice to human life. Throughout 
the world, macaques enrich our lives in many practical 
and intangible ways. 
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| Mach number 


The Mach number is used in fluid mechanics and 
is especially useful in studies involving supersonic 
aerodynamics. It is named after Ernst Mach (1838- 
1916), the Austrian physicist and philosopher who 
pioneered the study of supersonic projectiles. The 
Mach number is the ratio of the velocity of a fluid to 
the velocity of sound in that same fluid. In the case of a 
body moving through a fluid, the Mach number is the 
velocity of the body relative to the fluid divided by the 
velocity of sound in the fluid. The velocity of sound 
varies with temperature and also varies from one fluid 
to another. At sea level, for example, the velocity of 
sound in air at 59°F (15°C) is about 760 mph (1,223 
km/h). At an elevation of 40,000 ft (12,200 m), how- 
ever, the temperature is about —70°F (—57°C), and the 
velocity of sound in air is only 660 mph (1,062 km/h). 
Thus, an airplane flying at 760 mph at sea level would 
have a Mach number of 1.0, while at an elevation of 
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Mach number 


Mach number < 1 


Figure 1. (Hans & Cassidy. The Gale Group.) 


Mach number > 1 


Shock wave 


Figure 2. (Hans & Cassidy. The Gale Group.) 
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40,000 ft it would have a higher Mach number of 
almost 1.2. 


One of the principal uses of the Mach number is to 
define the behavior of fluid flows. For example, pres- 
sure disturbances in a fluid, as might be caused by an 
object such as an airplane wing moving through air, 
radiate at the speed of sound within the fluid. When 
the Mach number of an object is less than 1, the object 
is moving slower than the speed of sound. In that case 
the pressure disturbances can move ahead of the 
object (Figure 1). 

This produces gradual pressure and density differ- 
ences around the object which result in a certain kind 
of fluid flow behavior. However, when the Mach num- 
ber is greater than 1, the object is moving faster than 
the speed of sound. When this happens the pressure 
disturbances cannot move out of the way fast enough, 
and very abrupt density and pressure changes, known 
as shock waves, appear. This results in a very different 
fluid flow behavior. These shock waves are the cause 
of the “sonic boom” sometimes heard when an air- 
plane exceeds the speed of sound (Figure 2). 


Scientists now categorize four kinds of fluid flow 
behavior based on the Mach number. Flows with 
Mach numbers less than 0.8 are called subsonic, 
those with Mach numbers 0.8 to 1.2 are called tran- 
sonic, those from 1.2 to 5.0 are called supersonic, and 
thsoe above 5.0 are called hypersonic. For each type of 
flow there is a different fluid behavior. Aircraft design- 
ers have to take these differences into account when 
designing planes that take off and climb to altitude at 
speeds in the subsonic region, then pass through the 
transonic region, and finally cruise at speeds in the 
supersonic region. Aircraft performance must be at 
least acceptable in all regimes encountered. 


i Machine tools 


A machine tool is an electrically powered tool that 
is used to remove material, usually metal, at a con- 
trolled rate to achieve a desired shape or finish. A 
machine tool typically holds the workpiece and a cut- 
ting tool, and moves either the workpiece, tool, or 
both to provide a means of machining the material to 
the desired shape. Machining, another term for metal- 
cutting, is performed by shaving away the metal in 
small pieces called chips. An average machining oper- 
ation can reduce the original workpiece weight by 
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Worker at chemical plant, operating punch press machine. 
(John Coletti. Stock Boston, Inc.) 


approximately 50%. The modern machine tool is a 
precision piece of equipment designed to cut metal 
and produce thousands of parts to an accuracy of 
millionths of an inch, which is approximately equal 
to 1/300 of the thickness of a human hair. Machine 
tools range from very small bench mounted devices to 
large complex machines weighing hundreds of tons. 
The major operations performed by machine tools are 
milling, turning, boring, planing, shaping, drilling, 
power sawing, and grinding. 


Milling machines 


Milling machines comprise one of the largest cat- 
egories of machine tools with many different varieties 
and configurations available. A milling machine is 
considered essential equipment in any machine shop 
because of its wide variety of machining operations 
and its high metal removal rates. The workpiece, 
mounted on a movable machine table, is fed against 
one or more multiple-tooth rotating tools called mill- 
ing cutters, or mills. The workpiece is usually held in 
vises, special holding fixtures, or clamped directly to 
the machine table and fed at right angles to the axis of 
the milling cutter to produce flat, recessed, or con- 
toured surfaces. 


Classifications 


Milling machines can generally be classified 
according to the orientation of the spindle, either ver- 
tical or horizontal. Vertical milling machines can also 
have what is called multiaxis capability where the 
vertical axis can tilt and swivel to enable the machining 
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of closed angles and contoured surfaces. Vertical mill- 
ing machines are extremely versatile and can machine 
horizontal surfaces, vertical surfaces, angular surfa- 
ces, shoulders, grooves, fillets, keyways, T-slots, dove- 
tails, and precision holes. 


Horizontal milling machines are available in plain 
and universal types. Plain milling machines have 
tables that are fixed at right angles to the knee. 
Universal milling machines have a table that can be 
pivoted in a horizontal plane. This allows the machine 
table to be swiveled to different angles for milling 
helical grooves. 


The universal milling machine is widely used by 
maintenance machinists and toolmakers because of its 
versatility. Computer numerically controlled (CNC) 
mills or machining centers are available in vertical 
and horizontal configurations and come with auto- 
matic tool changers that can store many different 
tools in carousels. The major components of a typical 
milling machine include the following: base, column, 
knee, elevating screw, saddle, machine table, ram, 
head, and spindle. The base is the heavy foundation 
member of the machine that can also be used as a 
reservoir for coolant or cutting lubricant often used 
in machining operations. The base is a massive casting 
that helps to absorb and dampen vibration from the 
machining process. The column, which is either cast 
with the base or keyed and bolted on, supports the 
functioning members of the machine. Horizontal ways 
on top of the column support the ram and head while 
vertical ways on the column front face support the 
knee, saddle, and machine table. The knee moves 
along the vertical ways of the column and is the basic 
work-supporting member. The knee is equipped with 
ways on top to allow horizontal movement of the 
saddle to and from the column face. The elevating 
screw provides additional support for the knee and 
allows the knee to be raised and lowered. The saddle 
mounts on the ways of the knee and has horizontal 
ways at right angles to the knee ways to support the 
machine table. 


The machine table moves longitudinally on the 
ways of the saddle and supports the workpiece. 
Combined movements of the knee, saddle, and 
machine table allow for precise positioning and feed- 
ing of the workpiece left and right, in and out, and up 
and down. This is called 3-axis movement (X = left 
and right movement, Y = in and out movement, and 
Z = up and down movement). A rotary table can be 
added to a 3-axis mill to give it 4-axis capabilities 
(typically rotation is about the longitudinal or X- 
axis), while S-axis mills are able to tilt and swivel 
about the vertical axis. The ram is mounted on the 
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horizontal ways at the top of the column. It supports 
the head and provides horizontal movement and posi- 
tioning of the head at varying distances from the col- 
umn face. The head includes the motor, stepped 
pulley, belt drive (or in the case of heavier duty mills, 
the gear drive), and the spindle. The head assembly 
provides for rotation of the spindle and spindle feed- 
ing along the vertical axis using a quill. The spindle 
contains the toolholding mount and drives the cutter. 


Turning centers or lathes 


Lathes are considered to be one of the oldest 
machine tools in existence. Lathes were typically 
foot-powered until water and steam power were har- 
nessed. One of the first machines driven by Scottish 
inventor and engineer James Watt’s (1736-1819) 
steam engine was a lathe that is how it came to be 
known as an engine lathe. The lathe operates by hold- 
ing the workpiece in a rotating holder, usually a chuck 
or collet, and then a single-point cutting tool is fed into 
the workpiece. If the tool is fed along the axis of 
rotation of the workpiece, it is considered to be a 
turning operation and any desired cylindrical contour 
can be made. If the cylindrical contour is produced on 
the inside of the workpiece, the operation is called 
boring. 


In addition to turning and boring, the lathe is also 
used for threading, tapping, facing, tapering, drilling, 
reaming, polishing, and knurling. Some typical parts a 
lathe may produce are pins, bolts, screws, shafts, discs, 
pulleys, and gear blanks. Different attachments allow 
a lathe to perform milling, grinding, and broaching 
operations. With the right combination of attach- 
ments, it is said that the lathe is the only machine 
tool capable of reproducing itself. The size of a lathe 
is given in terms of the maximum swing and length of 
bed. The swing refers to the maximum diameter of 
work that can be rotated in the lathe. The length of 
the lathe bed refers to the maximum length of the lathe 
ways, not the maximum distance between centers of 
the chuck and tailstock. Many different varieties of 
lathes are available ranging from the small precision 
lathe used for making watch parts to the extremely 
large lathes used in producing mill rolls and rocket 
casings. 


Lathes can generally be classified in one of the 
following five basic groups: engine lathes, speed 
lathes, turret lathes, vertical lathes, and automatics. 
The engine lathe, sometimes referred to as a geared- 
head lathe, is the most commonly found lathe model. 
Speed lathes are used where the workpiece is polished 
or formed (e.g., spinning) rather than cut. Turret 
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lathes have a turret tool changer that rotates to permit 
a number of different tools to be used in a certain 
sequence. Vertical lathes have a vertical axis of work- 
piece rotation rather than horizontal. Automatic 
lathes consist of high production turning machines 
such as screw machines and single or multiple spindle 
chucking and bar fed machines. 


All of the five basic lathe groups can also be found 
in a computer numerically controlled version, some- 
times called a turning center. The main components of 
a typical engine lathe include the following: bed, head- 
stock, feedbox, tailstock, and carriage. The bed is the 
base of the lathe that supports the other components. 
The precision ways are the part of the bed on which the 
carriage travels. The bed is a massive casting in order 
to absorb and dampen vibration from the machining 
process. The headstock is mounted rigidly on the bed 
and houses all the gearing and mechanism for the 
spindle drive and power takeoff source for the feed- 
box. Controls for selecting and changing spindle 
speeds are also part of the headstock. The feedbox, 
which may be an integral part of the headstock or a 
separate unit, drives both the feed rod and the lead 
screw for the feed rate or thread lead required. 


A direct mechanical connection with the spindle 
drive is required to provide the proper relationship for 
feeding or threading operations. The lead screw is a 
precision part and is usually only used for threading 
operations to avoid unnecessary wear. Most engine 
lathes incorporate a feed rod that is used to drive the 
carriage for operations other than threading. The 
headstock spindle supports a faceplate, chuck, or col- 
let, which in turn holds and drives the workpiece. 
There are four types of standard spindles, all identified 
by the type of nose: threaded nose, camlock, taper 
nose key drive, or flanged nose. The threaded nose 
spindle is usually only found on smaller and less 
expensive lathes. The camlock type allows faster 
changing of faceplates or chucks. The taper nose key 
drive type provides greater support to the workpiece 
while the flanged spindle nose permits mounting of 
special chucks or power operated equipment and can 
be found on turret lathes and automatics. The tail- 
stock is mounted on the bedways and may be posi- 
tioned and clamped to support work for turning. It 
may also use a tool mounted in place of the tailstock 
center so that boring, drilling, or reaming can be done. 
The tailstock must be perfectly aligned with the head- 
stock spindle in order to produce good parts. The 
carriage is the tool platform of the machine. It sup- 
ports and feeds the cutting tool over the work. The 
carriage consists of the cross slide, which bridges the 
ways to support the compound and tool post, or 
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toolholder, and the apron. The lead screw and the 
feed rod pass through the apron and transmit feeding 
power to the carriage. The main controls for position- 
ing and feeding the tool are also located on the apron. 


Boring machines 


Boring machines are similar in construction to 
milling machines except they are generally more mas- 
sive and built lower to the floor, use different tooling, 
and feed differently along the axis of the spindle. 
Boring machines are typically located in very clean, 
climate controlled environments and are massive for 
extra rigidity and vibration damping to ensure close 
tolerance hole sizes and locations, one example being 
automobile engine piston bores. 


Jig boring machines are primarily intended for 
tool room use and are used to produce precision dies, 
jigs, and gages, which are used to ensure the accuracy 
and interchangeability of high volume production 
parts. There are three common designs of jig boring 
machines in use, the open-sided or C-frame, adjust- 
able-rail, and fixed-bridge construction. Variations of 
the jig boring machine include jig grinders, which are 
used to realign holes after hardening, and the horizon- 
tal jig boring and milling machine, which is utilized for 
general production operations. 


The base of the jig boring machine supports a 
saddle that moves in and out from the operator to 
the column. A table moves right or left on the saddle 
to complement the saddle movement. A massive col- 
umn supports the spindle housing, which adjusts to 
the work location by moving up and down the column 
ways. The spindle moves inside a quill that is sup- 
ported by the housing or spindlehead. 


The quill also moves up and down inside the 
housing to give a telescoping mechanism which adds 
rigidity to the spindle. The spindle, quill, and housing 
are manufactured under very careful and exacting 
conditions to eliminate any lost motion. The housing 
is usually made of Invar cast iron to minimize errors 
due to thermal expansion. Stability of the housing is 
extremely critical because any expansion would 
change the tool location relative to the column. 


The spindle is hardened, ground, and lapped. 
Preloaded ball bearings also help to eliminate lost 
motion of the tool and its driving mechanism. 
Spindle speeds range from 30 to 1,500 rpm (revolu- 
tions per minute) on an average machine. A digital 
readout (DRO) system is used to provide a continuous 
numerical readout of the table position. Jig boring 
machines may also be computer numerically 
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controlled (CNC). CNC control permits many addi- 
tional jobs that would be impossible with a manually 
operated machine. One example would be to produce 
precise, irregularly curved forms to be generated on 
cams or master templates without operator 
involvement. 


Planers 


Planers remove metal in a series of straight cuts by 
reciprocating (moving back and forth) the workpiece 
as the single-point tool feeds. The fixed tool is rigidly 
supported while the workpiece moves on precision 
ways for the full length of the cut, thus ensuring max- 
imum accuracy. The rigidity of the tool allows the use 
of powerful motors, up to 150 hp (horsepower), which 
permits higher production speeds and the use of multi- 
ple tooling with extremely heavy cuts and feeds. 
Planers are typically big machines used for handling 
the largest and heaviest work that can be supported on 
the machine table, as much as 75 tons (68 tonnes). 
Planers may be fitted with hydraulic tracing attach- 
ments to enable them to cut curved surfaces. 


There are two distinct types of planers, the single- 
housing, or open-side planer, and the double-housing 
planer. Double-housing planers are the most widely 
used and provide the greatest tool support rigidity. 
The major components of a double-housing planer 
are the bed, table, housings, arch, cross rail, and 
heads (side and rail). The bed is the foundation to 
which the housings are attached. The bed is provided 
with precision ways over its entire length and supports 
the reciprocating table. 


The table supports the workpiece and reciprocates 
along the ways of the bed. The table is slightly less than 
half the length of the bed and its travel determines the 
dimensional capacity of the machine in length of 
stroke. The housings are rigid box-type columns 
placed on each side of the bed and table. They are 
heavily braced and ribbed to absorb the large cutting 
forces encountered in planing. The arch joins the hous- 
ings at the top for greater rigidity of construction and, 
also, houses the drive mechanism for tool feeding. The 
cross rail is a rigid horizontal beam mounted above 
and across the table on the vertical ways of the col- 
umns. It supports the rail heads and provides for 
horizontal feeding of the cutting tools. 


The heads carry the cutting tools and are equipped 
with clapper blocks that lift the tools clear of the work 
on the return stroke of the table. Single-housing or 
open-side planers support the cross rail from a single 
column. This permits wide workpieces to overhang the 
table on the open side if necessary. 
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Planers require many strokes of the workpiece to 
complete a cutting operation. Horizontal and vertical 
mills are much more efficient at metal removal than 
planers and have replaced planers for production 
work. 


Shapers 


Shapers utilize a reciprocating single-point tool with 
the workpiece clamped on the machine table. The work- 
piece position and feeding are controlled to produce the 
desired shape or surface as the tool passes back and forth 
along a fixed path taking a series of straight cuts. 
Horizontal shapers are used for machining flat surfaces, 
which may be horizontal, vertical, or angular. Vertical 
shapers or slotters are used for machining slots, keyways, 
and splines. Shapers may be fitted with hydraulic tracing 
attachments to enable them to cut curved surfaces. The 
size of a shaper is designated by the maximum length of 
stroke or cut it can take. 


There are many different types of shapers, but the 
most common is the horizontal plain shaper, which 
consists of a bed, column, cross rail, table, ram, and 
the head. The bed is the rigid base of the machine that 
supports the column and sometimes an outrigger table 
support, which is used to increase the rigidity of the 
workpiece mounting. The column houses the motor 
and drive mechanisms, and it is equipped with two 
sets of precision ways that support the ram and cross 
rail. The cross rail is a horizontal member that travels 
vertically on the ways of the column to be adjusted, and 
clamps in place in the desired position. The cross rail 
supports the table on precision ways. The table sup- 
ports the workpiece and feeds along the cross rail. The 
ram is the tool driving member and reciprocates on 
precision ways on top of the column. The length of 
stroke, rate of reciprocation, and overhang at the 
extreme end of the ram travel are all adjustable. The 
head, which is mounted on the forward end of the ram, 
supports the toolholder and provides for vertical feed- 
ing or swiveling of the tool 30° either way from vertical. 


Shapers require many strokes of the tool to com- 
plete a cutting operation. Horizontal and vertical mills 
are much more efficient at metal removal than shapers 
and have replaced shapers for production work. 


Drilling machines 


Drilled holes are required in the manufacture of 
almost every product and drilling is one of the most 
common machining operations. Drilling machines are 
similar in construction to milling machines except they 
are used exclusively for making holes. 
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All drilling machines are characterized by a rotat- 
ing cutting tool that advances along its axis into a 
stationary workpiece producing a hole. Six common 
operations that can be performed on a drill press are 
drilling, reaming, boring, counterboring, countersink- 
ing, and tapping. Drilling machine capacity is deter- 
mined by the size of the largest workpiece over which 
the spindle can be centered, the maximum clearance 
under the spindle, and the maximum drill diameter 
that can be fed at a practical feed rate through mild 
steel. The five major classifications of drilling 
machines are uprights, radials, horizontals, turret 
drills, and multiple-spindle machines. Each classifica- 
tion represents a family of machines that is further 
subdivided. 


Upright drills comprise the largest group and are 
characterized by a single vertical spindle rotating in a 
fixed position and supported in a modified C-frame 
structure. The major components of the upright drill 
include the base, column, spindle, motor, head, table, 
feed mechanism, and quill. 


Radial drills are designed to accommodate large 
work. These machines are arranged so that the spindle 
can be positioned to drill anywhere within reach of the 
machine by means of movement provided by the head, 
the arm, and the rotation of the arm about the column. 
Some types of radials and portable horizontal 
machines allow the entire machine to be moved to 
the workpiece. 


Horizontal drills are characterized by the position 
of the spindle. Way-type and spindle-feed horizontals 
are self-contained units consisting of motor drive, 
gearing, and spindle which may be mounted at any 
predetermined drill angle and are used extensively to 
meet high production needs. 


Turret drilling machines provide a number of tools 
mounted in a turret designed to handle a sequence of 
operations. The turret drilling machine is also available 
as a computer numerically controlled machine. 


Multiple-spindle drilling machines include those 
designed with fixed spindles for single-purpose pro- 
duction and those where the spindles are adjustable, 
either by means of universal joints or by traversing 
along a worm or spiral drive in a straight line. 
Multiple-spindle drilling machines are primarily used 
for high production rate workpieces. 


Sawing machines 


Sawing machines are primarily used to part mate- 
rial such as rough-cutting excess material away before 
machining or cutting curved patterns in sheetmetal. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Sawing machines substitute mechanical or hydraulic 
powered motion for arm motion to achieve the speed 
necessary for production operations. The cutoff oper- 
ation is usually one of the first requirements in any 
production process before any machining, welding, or 
forging is done. The saw blade has individual teeth 
that track through the workpiece, each tooth deep- 
ening the cut made by the preceding tooth in the 
direction of feed. The saw or work may be fed and 
by controlling the direction of feed, either straight or 
curved cuts can be made. The width of the cut (also 
known as kerf) is approximately equal to the thickness 
of the saw blade and because of this saw blades are 
made as thin as possible but with adequate tool 
strength and rigidity. 


There are three common types of sawing 
machines, reciprocating or hack saws, band saws, 
and circular saws. These machines all perform the 
same operation but vary in capability, capacity, and 
application. Power hacksaws use a reciprocating 
stroke where on the cutting stroke the saw blade 
teeth are forced into the metal either by gravity or 
hydraulic pressure while on the return stroke the pres- 
sure is automatically removed to prolong saw blade 
life. Most of the machines come equipped with a chip 
tray and a cabinet base that contains the coolant res- 
ervoir and its circulating pump. Heavy-duty power 
hacksaws come with automatic bar feeds where the 
stock is loaded on a carriage that automatically moves 
forward the necessary distance when the cutting is 
finished. Hydraulic pressure automatically operates 
the vise jaws, gauges the material, and raises and low- 
ers the saw blade. 


After being set up for cutting material to a speci- 
fied length, the power hacksaw will operate automati- 
cally without need for an operator until all the 
material loaded on the carriage has been cut. 
Horizontal band saws are one of the most widely 
used sawing machines for cutoff operations. These 
band saws range from small manually operated 
machines to large, fully automatic production 
machines. Vertical band saws are also used but are 
primarily manually controlled machines used in tool 
rooms and shops for maintenance and low production 
work. 


Band saws have several advantages over other 
kinds of cutoff machines. The saw blade cutting 
width, or kerf, is 1/16 in (0.16 cm) compared to 1/8 
in (0.33 cm) for power hacksaws and abrasive disc 
circular saws, and 1/4 in (0.64 cm) for cold saws. 
This can represent a sizable savings especially when 
cutting large or expensive material. The thinner saw 
blades also require less power to cut through material 
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making them more economical to operate. Because 
bandsaws have endless blades (band saw blades are 
welded together to create an endless loop) that cut 
continuously, the cutting rates are much higher. 


Two of the most popular circular saws are the cold 
saw and the abrasive disc cutoff saw. Cold saws are low 
rpm circular saws for metal cutting. These saws range in 
size from hand-operated bench-top models with 8 in (20 
cm) blades to fully automatic machines with blades of 3 
in (7.6 cm) diameter and larger. Light duty manual or 
automatic machines are sometimes equipped with a 
swivel head that enables cuts to be made at different 
angles. These saws are mostly used for cutting struc- 
tural shapes such as I-beams, angles, and channel sec- 
tions because the circular blades can complete their cuts 
with less travel than straight blades. Heavy-duty 
machines are available with bar feeds and can be used 
for cutting solid bars up to 10 in (25 cm). Material 
larger than this size would require excessively large 
blade diameters, which must be more than double the 
cutting capacity, which would become too costly along 
with the machine necessary to drive them. Different 
speed ranges are provided for cutting metals of different 
hardness and toughness, and built-in coolant systems 
help produce better finishes and prolong blade life. 


Abrasive cutoff saws utilize an abrasive disc to 
separate material by using a grinding action. 
Abrasive cutoff saws are built for either manual oper- 
ation or with power feeds, with either fixed or oscillat- 
ing wheel heads. Oscillating wheel heads are used 
when cutting thick sections of tough materials such 
as titanium, nickel-based superalloys, and other high 
alloy steels. Sizes range from small bench-top 
machines with 8 in (20 cm) wheels to bigger machines 
with 20 in (50 cm) or larger wheels. Abrasive cutoff 
saws are very useful for rapidly cutting small sizes of 
bar stock, tubing, and structural shapes and also for 
cutting tough or hardened materials that cannot be cut 
efficiently with other types of saws. 


Grinding machines 


There are many different types of grinding 
machines available that are used to obtain very close 
tolerances and fine finishes. Grinding machines are 
used for grinding flat surfaces, external and cylindrical 
surfaces, tapered surfaces, and irregular surfaces. 
Production parts are typically ground to tolerances 
of plus or minus 0.0001 in and special parts for pre- 
cision instruments are ground to plus or minus 
0.000020 in (20 microinches). All grinding machines 
utilize a rotating abrasive wheel or moving belt in 
contact with a workpiece to remove metal. Various 
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KEY TERMS 


Accuracy—How close measurements are to the 
true value. 


Carousel—A rotary tool holder used to hold many 
tools as part of an automatic tool changer on a CNC 
mill. 

Dies—High precision tooling primarily used in 
production presses. 

Gages—Extremely accurate tooling used for 
measuring. 


Jigs—Tooling which is used for locating parts and 
also for guiding cutting tools such as in a drill jig. 


Precision—How close repeated measurements are 
to each other. 


Quill—Rotating toolholder. 


Spindle—Assembly that contains a flange mount 
housing, bearings, and a tapered nose tooling 
holder. 


combinations of wheel feed, either along or normal to 
the axis of wheel rotation, and also rotary or linear 
workpiece motion, are provided by the different types 
of grinding machines. To produce shapes of cylindri- 
cal section, workpiece and wheel both rotate on paral- 
lel axes while one or the other is fed along its own axis 
of rotation. Contact between workpiece and wheel is 
on the outside diameter of the wheel and the work is 
mounted between centers, chucked, or rotated without 
centers by a back-up wheel (this is called centerless 
grinding). To produce flat surfaces, the workpiece is 
mounted on a table. It is, then, traversed along a line 
parallel to the surface to be ground or rotated about 
an axis at right angles to the surface to be ground. The 
axis of grinding wheel rotation can either be parallel or 
perpendicular to the surface to be ground, applying 
either the side or face of the wheel. Complex shapes are 
routinely ground such as thread forms, cam contours, 
gear teeth, and cutting tool edges. The same basic 
devices that control motion between the cutting tool 
and workpiece in other machine tools are also used in 
grinding machines such as lead screws, cams, special 
fixtures, and tracer mechanisms. Grinding machines 
have limitations as to how fast and how much material 
can be removed but modern manufacturing, with the 
help of more accurate castings and forgings, is utilizing 
grinders more and more for both sizing and finishing 
operations. Some finished parts are produced by 
grinding only. 
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The major types of grinding machines available 
are cylindrical grinders, internal and chucking grind- 
ers, universal grinders, centerless grinders, surface 
grinders, face grinders, disc grinders, and tool and 
cutter grinders. 


See also Industrial Revolution. 
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| Machine vision 


Machine vision, also referred to as computer or 
robot vision, is a term that describes the many techni- 
ques by which machines visually sense the physical 
world. These techniques, used primarily for monitor- 
ing industrial manufacturing, are becoming increas- 
ingly popular as today’s manufacturing environments 
become more automated and quality control stand- 
ards increase. Whether the task is to sort and assemble 
a group of machined parts, to determine if a label has 
been placed properly on a soda bottle, or to check for 
microscopic defects in an automotive door panel, 
machine vision plays an essential role. 


The human vision model 


Machine vision systems tend to mimic the human 
vision system. An optical sensor and electronic main 
processor typically act as the eyes and brain and, as in 
humans, they work together to interpret visual infor- 
mation. Also like their human counterparts, the sensor 
and processor are each somewhat responsible for fil- 
tering out the useless information within the scene 
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before it is analyzed. This reduces the overall process- 
ing requirements and allows humans and well- 
designed machine vision systems to make decisions 
based on visual information very quickly. 


Filtering the information within a scene begins 
with matching the vision system to its industrial 
requirements. Just as humans can adjust to a variety 
of situations by dilating their pupils or by tuning 
themselves to look for a particular shape or color, 
machine vision systems must also be somewhat flexi- 
ble. Typically, however, the most efficient system is 
one that is designed with only limited applications in 
mind. For this reason, machine vision designers have 
developed a variety of application-specific techniques 
and systems to meet the speed and accuracy standards 
that modern industry demands. 


One-dimensional methods 


The simplest type of vision system is one that 
senses only along a line. These one-dimensional sen- 
sors function best when used to simply detect the 
presence or absence of an object, and generally make 
no further attempt at interpretation. Typically, these 
are used in applications such as automated assembly 
line counters, where perhaps the number of bottles 
passing by a particular point needs to be monitored. 
The light passing from one side of a conveyer belt to a 
detector on the other side is occluded when a bottle 
passes by. This break in the light signal is, then, 
recorded electronically and another unit is added to 
the total count. 


Along with the simplicity of this system, unfortu- 
nately, comes its limited applicability. This system 
(like most other one-dimensional scanners) is not 
very good at distinguishing between different objects. 
Two different-shaped bottles, for example, cannot be 
identified from one another. A pickle jar, a hand, or a 
large flying insect may trigger this system to record the 
break in light as another bottle. Although they tend to 
be inexpensive, the limited abilities of one-dimensional 
vision systems make them popular choices for only 
very specific, well-controlled applications. For the 
more sophisticated sensing requirements of most 
vision applications, two-dimensional techniques need 
to be employed. 


Two-dimensional methods 


The most common type of machine vision system 
is one that is responsible for examining situations two- 
dimensionally. These two-dimensional systems view a 
scene in much the same way that a person views a 
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photograph. Cues such as shapes, shadows, textures, 
glares, and colors within the scene allow this type of 
vision system to be very good at making decisions 
based on what essentially amounts to a flat picture. 


Shape 


Like humans, most machine vision systems are 
designed to use shape as the defining characteristic for 
an object. For these systems then, it is important to make 
an object’s shape as easy to isolate as possible. Both 
proper illumination of the object and efficient computer 
processing of the image of that object are necessary. 


Illuminating from behind is the most straightfor- 
ward optical way to make an object’s shape stand out. 
The resulting silhouette effect is the same as that which 
occurs when a moth is seen flying in front of a bright 
light. To an observer a few feet away, the moth’s colors 
pale, and the contrast between the moth and the back- 
ground is enhanced so its shape and size become the 
only discernable characteristics. For a machine vision 
system, an image of this silhouette is much easier to 
process than a conventional image. 


Oftentimes, unfortunately, optical techniques alone 
do not make an object’s shape stand out clearly enough. 
For these situations, computer software-based techni- 
ques are generally employed. These routines perform 
mathematical operations on the electronic image of the 
scene to convert it into an image that is easier to interpret. 
Commonly used software routines can enhance the con- 
trast of an image, trace out the edges of objects within an 
image, and group objects within an image. 


Surface texture 


Another defining characteristic for an object is its 
surface reflectivity. This cue is most often used for 
distinguishing between objects made from different 
materials and for distinguishing between objects of 
the same material but with different surface finish 
(such as painted or unpainted objects). At the 
extremes, an object is considered either a specular 
reflector or a diffuse reflector. If it is specular, it 
tends to act like a mirror, with most of the light bounc- 
ing off at the same angle with which it struck the sur- 
face (with respect to a surface normal). This is the case 
for a finely polished piece of metal, a smooth pool of 
water, or even oily skin to some extent. If, on the other 
hand, the surface is diffuse, light is reflected more or 
less evenly in all directions. This effect is caused by 
roughness or very slight surface irregularities, and is 
the reason objects made from materials like wood or 
cloth generally appear softer in tone and can be dis- 
tinguished from those made from metal. 
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Color 


Often an object’s color or color pattern can serve 
as its identifying feature. Every object has a color 
signature that is determined by its material and its 
surface coating. Spectroscopic (color sensing) machine 
vision systems are cued to make decisions based on 
this feature and typically operate in one of two ways. 
Both techniques illuminate an object with white light, 
but one looks at the light reflected by the object while 
the other looks at the light transmitted through the 
object for identification. 


The simplest color sensing systems are responsible for 
monitoring only one color across a scene. These are typ- 
ically used in quality control applications such as monitor- 
ing of paints, to ensure consistency between batches made 
at different times. More sophisticated color sensors look 
at the color distribution across a two-dimensional image. 
These systems are capable of complex analysis and can be 
used for checking multi-colored labels or for identifying 
multi-colored objects by their color patterns. 


Three-dimensional methods 


The most advanced machine vision systems typi- 
cally involve acquisition and interpretation of three- 
dimensional information. These systems often require 
more sophisticated illumination and processing tech- 
niques than one- and two-dimensional systems, but 
their results can be riveting. These scanners can char- 
acterize an object’s shape three-dimensionally to tol- 
erances of far less than a millimeter. This allows them 
to do things such as identify three-dimensional object 
orientation (important for assembly applications), 
check for subtle surface deformations in high precision 
machined parts, and generate detailed surface maps 
used by computer-controlled machining systems to 
create clones of the scanned object. 


Triangulation techniques 


The simplest way to extract three-dimensional 
information from a scene is to do it one point at a 
time, using a method known as point triangulation. 
The working principle behind this method is based on 
simple trigonometry. A right triangle is formed 
between a laser, a video camera, and the laser’s spot 
on the object. Measurement of the camera-to-laser 
distance and the camera-to-laser projection angle 
allows for easy determination of the camera-to-object 
distance (for a particular object point). This range 
gives the third dimension, and can be determined for 
every object point by scanning the laser beam across 
the surface. 
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This is a very powerful technique and it is used 
quite commonly for three-dimensional scanning 
because of its straightforwardness. The problem for 
this type of system, though, is that it has a relatively 
slow scan speed. A typical image may contain over a 
quarter of a million points. Recording only a fraction 
of these points, one at a time, tends to be quite time- 
consuming. The three-dimensional image, like taking 
a long exposure photograph of a moving car, can 
sometimes be blurred for all but the most stationary 
objects. To help overcome this problem, a technique 
known as line scanning is often used. Line scanning, or 
line triangulation, is a simple extension of point trian- 
gulation. In this case, however, the projected light is a 
line and an entire strip of the surface is scanned at a 
time. Although the computational algorithms are 
somewhat more complex for this method, the time 
required to scan an object is substantially less. 


Structured illumination and moiré 
techniques 


A further increase in image-capture speed can be 
achieved through the use of more sophisticated illumi- 
nation. This illumination can take on many forms, but 
is typically an array of dots or a set of projected lines. 
An image of the structured illumination shown on an 
object can then be processed in much the same way as 
triangulation data, but a full frame at a time. It gen- 
erally only takes a handful of these full-frame images 
to describe a surface three-dimensionally, making 
structured illumination techniques extremely fast. 


One particularly interesting type of three-dimensional 
scanner that uses structured illumination is based on a 
phenomenon known as the moire effect. The moire effect 
is a fascinating visual display that often occurs when two 
periodic patterns are overlaid. It can easily be seen in 
everyday experiences such as overlapping window cur- 
tains or on television when a character wears a shirt with 
stripes that have nearly the same spacing as the television 
lines. Moiré scanners typically operate by projecting a set 
of lines onto an object and then viewing that object 
through a transparency containing another set of lines. 
The resulting moiré pattern is an array of curves that trace 
out paths of equal object height, much like elevation lines 
on a topographical map. This image can then be used 
directly to check for surface features or combined with a 
few others and processed to give a true three-dimensional 
plot of the object. 


Applications 


The semiconductor industry has become the larg- 
est user of automated vision systems. A silicon wafer 
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that will become hundreds of microchips starts as a 
finely machined disc about 7.9 in (200 mm) or smaller 
in diameter. Before the disc is split into individual 
chips, the wafer undergoes dozens of steps—some of 
which are indiscernible by the human eye. To ensure 
the wafer maintains that sequence, sorting systems 
using optical character recognition (OCR) identify 
each wafer, sort it in a clean room environment and 
report the results to a central network. 


For manufacturing, one can classify machine vision 
applications into four categories: gauging, inspection, 
identification, and alignment. Gauging refers to measur- 
ing critical distances on manufactured parts. Vision soft- 
ware can quickly and consistently measure certain 
features on a component and determine whether the 
part meets tolerance specifications. Inspection means 
looking to see if a mechanical part has been assembled 
properly. For example, inspecting the pins in an electronic 
connector to check for missing pins or bent pins. 
Alignment often involves using pattern-matching soft- 
ware to locate a reference object and then physically 
moving the object within some tolerance. Identification 
refers to classifying manufactured items. In an automotive 
assembly plant, parts often need to be identified or sorted 
using vision, such as tires by the tread pattern or inner and 
outer diameter. 


Another application for machine vision that is 
becoming more popular as the technology improves is 
biometrics, or the identification of a person through his 
or her readily accessible and reliably unique physical char- 
acteristic. These features are compared via sensors against 
a computer system’s stored values for that characteristic. 
Some commonly used identifiers include hand propor- 
tions, facial image, retinal image, fingerprints, and voice 
print. The advantages of biometrics are that they cannot 
be lent like a physical key or forgotten like a password. A 
leading concern in the development of such applications, 
however, is how to avoid rejecting valid users or approv- 
ing impostors. Such devices would be applicable for secur- 
ity systems at banks, offices, and Internet network 
applications. 


As an example of a biometric device, finger scan- 
ners use a scanning device (called a reader) to scan a 
finger. Then, computer software converts the scanned 
information into digital form. The software is used to 
identify specific points of data as match points. The 
match points are processed within a database and 
changed into a numeric format. The database stores 
the data for later comparisons. When someone scans a 
finger into the scanning device, the database value is 
compared with the finger on the scanner. The com- 
puter will either indicate that the points match (real) or 
they do not match (phony). Deoxyribonucleic acid 
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KEY TERMS 


Diffuse reflector—When the light hitting a rough 
surface is reflected in all directions. Such a surface 
can be thought of as consisting of many small-scale 
flat facets. 


Optical character recognition—The process of 
applying pattern-matching methods to character 
shapes that have been read into a computer to 
determine the character that the shapes represent. 


Optical sensor—One that measures light charac- 
teristics. These sensors either measure intensity 
change in one or more light beams or look at 
phase changes in the light beams by causing them 
to interact or interfere with one another. 


Processor—The computer brain, or the main com- 
ponent that makes a computer work. These are 
typically a microprocessor on a single silicon chip. 


Specular reflector—tThe reflection from a smooth 
surface or when the angle of reflection equals angle 
of incidence. 


Surface reflectivity—The amount of light or visible 
radiation that is reflected or scattered in varying 
degree by the outside shell of all objects. 


(DNA) is also a way to identify individuals using 
biometrics. A sample of blood, hair, semen, skin, 
semen, or other body material is taken from a person 
and examined on a microscope. It is generally only 
used in criminal investigations. 


Though biometrics is still in its early developmen- 
tal stage, many people feel that biometrics will turn 
into a very important technology in such fields as law 
enforcement, security, electronic commerce, and 
Internet communications. Along with national secur- 
ity, everyday life will include biometric devices. 
Medicare patients will eventually scan their finger to 
confirm their medical information. Livestock will be 
identified with retinal scanning tied to a global posi- 
tioning system to expose individual cows, pigs, and 
other animals with dangerous diseases as they move 
through the United States. Grocery stores and other 
retail stores will use biometric machines to prevent 
forgery in checks and credit cards. 


Resources 
BOOKS 


Wayman, James. Biometric Systems: Technology, Design and 
Performance Evaluation. London, UK: Springer, 2005. 


2584 


OTHER 

National Science & Technology Council Subcommittee on 
Biometrics, Executive Office of the President of the 
United States. “Introduction to Biometrics.” <http:// 
www. biometricscatalog.org/Introduction/ 
default.aspx> (accessed October 15, 2006). 


Scott Christian Cahall 


f Machines, simple 


In physics, a simple machine is any device that 
requires the application of only one force in order to 
perform work. Work is the product of the force applied 
and the distance moved due to the force. Most authorities 
list six kinds of simple machines: levers, pulleys, wheels 
and axles, inclined planes, wedges, and screws. One can 
argue, however, that these six machines are not entirely 
different from each other. Pulleys and wheels and axles, 
for example, are really special kinds of levers, and wedges 
and screws are special kinds of inclined planes. 


Levers 


A lever is a simple machine that consists of a rigid 
bar supported at one point, known as the fulcrum. A 
force called the effort force is applied at one point on 
the lever in order to move an object, known as the 
resistance force, located at some other point on the 
lever. A common example of the lever is the crow bar 
used to move a heavy object such as a rock. To use the 
crow bar, one end is placed under the bar, which is 
supported at some point (the fulcrum) close to the 
rock. A person then applies a force at the opposite 
end of the crow bar to lift the rock. A lever of the type 
described here is a first-class lever because the fulcrum 
is placed between the applied force (the effort force) 
and the object to be moved (the resistance force). 


The effectiveness of the lever as a machine depends on 
two factors: the forces applied at each end and the distance 
of each force from the fulcrum. The farther a person 
stands from the fulcrum, the more his or her force on the 
lever is magnified. Suppose that the rock to be lifted is only 
one foot from the fulcrum and the person trying to lift the 
rock stands 2 yd (1.8 m) from the fulcrum. Then, the 
person’s force is magnified by a factor of six. If he or she 
pushes down with a force of 30 Ib (13.5 kg), the object that 
is lifted can be as heavy as 180 (6 x 30) Ib (81 kg). 


Two other types of levers exist. In one, called a 
second-class lever, the resistance force lies between the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A lever being used. (Yoav Levy. Phototake NYC.) 


effort force and the fulcrum. A nutcracker is an 
example of a second-class lever. The fulcrum in the 
nutcracker is at one end, where the two metal rods of 
the device are hinged together. The effort force is 
applied at the opposite ends of the rods, and the 
resistance force, the nut to be cracked open, lies in 
the middle. 


In a third-class lever, the effort force lies between 
the resistance force and the fulcrum. Some kinds of 
garden tools are examples of third-class levers. When a 
person uses a shovel, for example, one holds the han- 
dle end steady to act as the fulcrum, while using the 
other hand to pull up on a load of dirt. The second 
hand is the effort force, and the dirt being picked up is 
the resistance force. The effort applied by the second 
hand lies between the resistance force (the dirt) and the 
fulcrum (the first hand). 


Mechanical advantage 


The term mechanical advantage is used to described 
how effectively a simple machine works. Mechanical 
advantage is defined as the resistance force moved divided 
by the effort force used. In the lever example above, for 
example, a person pushing with a force of 30 Ib (13.5 kg) 
was able to move an object that weighed 180 Ib (81 kg). So, 
the mechanical advantage of the lever in that example was 
180 Ib divided by 30 Ib, or 6. 


The mechanical advantage described here is really 
the theoretical mechanical advantage of a machine. In 
actual practice, the mechanical advantage is always 
less than what a person might calculate. The main 
reason for this difference is resistance. When a person 
does work with a machine, there is always some 
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resistance to that work. For example, a mathematician 
can calculate the theoretical mechanical advantage of 
a screw (a kind of simple machine) that is being forced 
into a piece of wood by a screwdriver. The actual 
mechanical advantage is much less than what is calcu- 
lated because friction must be overcome in driving the 
screw into the wood. 


Sometimes the mechanical advantage of a 
machine is less than one. That is, a person has to put 
in more force than the machine can move. Class three 
levers are examples of such machines. A person exerts 
more force on a class three lever than the lever can 
move. The purpose of a class three lever, therefore, is 
not to magnify the amount of force that can be moved, 
but to magnify the distance the force is being moved. 


As an example of this kind of lever, imagine a person 
whois fishing with a long fishing rod. The person will exert 
a much larger force to take a fish out of the water than the 
fish itself weighs. The advantage of the fishing pole, how- 
ever, is that it moves the fish a large distance, from the 
water to the boat or the shore. 


Pulleys 


A pulley is a simple machine consisting of a 
grooved wheel through which a rope runs. The pulley 
can be thought of as a kind of lever if one thinks of the 
grooved wheel as the fulcrum of the lever. Then the 
effort force is the force applied on one end of the pulley 
rope, and the resistance force is the weight that is lifted 
at the opposite end of the pulley rope. 


In the simplest form ofa pulley, the grooved wheel 
is attached to some immovable object, such as a ceiling 
or beam. When a person pulls down on one end of the 
pulley rope, an object at the opposite end of the rope is 
raised. In a fixed pulley of this design, the mechanical 
advantage is one. That is, a person can lift a weight 
equal to the force applied. The advantage of the pulley 
is one of direction. An object can be made to move 
upward or downward with such a pulley. Venetian 
blinds are a simple example of the fixed pulley. 


In a movable pulley, one end of the pulley rope is 
attached to a stationary object (such as a ceiling or 
beam), and the grooved wheel is free to move along the 
rope. When a person lifts on the free end of the rope, 
the grooved wheel and any attached weight slides 
upward on the rope. The mechanical advantage of 
this kind of pulley is two. That is, a person can lift 
twice as much weight as the force applied on the free 
end of the pulley rope. 


More complex pulley systems can also be 
designed. For example, one grooved wheel can be 
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attached to a stationary object, and a second movable 
pulley can be attached to the pulley rope. When a person 
pulls on the free end of the pulley rope, a weight attached 
to the movable pulley can be moved upward with a 
mechanical advantage of two. In general, in more compli- 
cated pulley systems, the mechanical advantage of the 
pulley is equal to the number of ropes that hold up the 
weight to be lifted. Combinations of fixed and movable 
pulleys are also known as a block and tackle. Some blocks 
and tackles have mechanical advantages high enough to 
allow a single person to lift weights as heavy as that of an 
automobile. 


Wheel and axle 


A second variation of the lever is the simple machine 
known as a wheel and axle. A wheel and axle consists of 
two circular pieces of different sizes attached to each 
other. The larger circular piece is the wheel in the system, 
and the smaller circular piece is the axle. One of the 
circular pieces can be considered as the effort arm of the 
lever and the second, the resistance arm. The place at 
which the two pieces is joined is the fulcrum of the system. 


Some examples of the wheel and axle include a 
door knob, a screwdriver, an egg beater, a water 
wheel, the steering wheel of an automobile, and the 
crank used to raise a bucket of water from a well. 
When the wheel in a wheel and axle machine is turned, 
so is the axle, and vice versa. For example, when 
someone turn the handle of a screwdriver, the edge 
that fits into the screw head turns at the same time. 


The mechanical advantage of a wheel and axle 
machine can be found by dividing the radius of the 
wheel by the radius of the axle. For example, suppose 
that the crank on a water well turns through a radius 
of 2 ft (61 cm) and the radius of the axle around which 
the rope is wrapped is 4 in (10 cm). Then, the mechan- 
ical advantage of this wheel and axle system is 2 ft 
divided by 4 in, or 6. 


Inclined planes 


An inclined plane is any sloping surface. Many 
people have used an inclined plane at one time or 
another when they tried to push a wheelbarrow or a 
dolly up a sloping board into a truck. One major 
difference between an inclined plane and a lever is 
that motion always takes place with the latter, but 
not with the former. 


The primary advantage of using an inclined plane 
is that it takes less effort to push an object up an 
inclined plane than it does to lift the same object 
through the same vertical difference. Just compare 
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how difficult it might be to lift a can that weighs 10 
Ib (4.5 kg) straight up into a truck compared to how 
difficult it would be to push the same can up a sloping 
board into the truck. 


The mechanical advantage of an inclined plane can 
be found by dividing the length of the plane by its 
height. In the preceding example, suppose that the 
sloping board is 10 ft (3 m) long and 2 ft (61 cm) high. 
Then, the mechanical advantage of the inclined plane 
would be 10/2, or 5. A person could move the ten pound 
weight into the truck using a force only one-fifth as 
great as if the can were lifted directly into the truck. 


Wedges 


A wedge is an inclined plane that can be moved. 
Chisels, knives, hatches, carpenter’s planes, and axes 
are all examples of a wedge. Wedges can have only one 
sloping plane, as in a carpenter’s plane, or they can 
have two, as in a knife blade. The mechanical advant- 
age of the wedge is calculated in the same way as with 
an inclined plane by dividing the length of the wedge 
by its width at the thickest edge. 


Screws 


A screw can be considered to be an inclined plane that 
has been wrapped around some central axis. A person can 
see this relationship by making an inclined plane out of 
paper and, then, wrapping the paper around a pencil. The 
spiral shaped form that you make is a screw. 


Screws can be used in two major ways. First, they can 
be used to hold things together. Some simple examples 
include wood and metal screws and the screws on jars and 
bottles and their tops. Screws can also be used to apply 
force on objects. The screws found in vises, presses, 
clamps, monkey wrenches, brace and bits, and corkscrews 
are some examples of this application. 


The screw acts as a simple machine when an effort 
force is applied to the larger circumference of the 
screw. For example, a person might apply the effort 
force to a wood screw by turning a screwdriver. That 
force is then transmitted down the spiral part of the 
screw called the thread to the tip of the screw. The 
movement of the screw tip into the wood is the resist- 
ance force in this machine. Each complete turn of the 
screwdriver produces a movement of only one thread 
of the screw tip into the wood. This distance between 
two adjacent threads is called the pitch. 


The mechanical advantage of a screw can be found 
by dividing the circumference of the screw by its pitch. 
For example, suppose that a carpenter is working with 
screws whose heads have a circumference of | in (2.54 
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KEY TERMS 


Compound machine—A machine consisting of two 
or more simple machines. 


Effort force—The force applied to a machine. 


Friction—A force caused by the movement of an 
object through liquid, gas, or against a second 
object that works to oppose the first object’s 
movement. 


Mechanical advantage—A mathematical measure 
of the amount by which a machine magnifies the 
force put into the machine. 


Resistance force—The force exerted by a machine. 


cm) and a pitch of 1/8 in (.33 cm). Then the mechanical 
advantage of these screws is | divided by 1/8, or 8. The 
carpenter magnifies his or her efforts by a factor of 8 in 
driving the screw into a piece of wood. 


Compound machines 


In many instances, the combination of two or 
more simple machines achieves results that cannot be 
achieved by a simple machine alone. Such combina- 
tions are known as compound machines. An example 
of a compound machine is the common garden hoe. 
The handle of the hoe is a lever, while the blade that 
cuts into the ground is a wedge. Machines with many 
simple machines combined with each other—such as 
typewriters, bicycles, and automobiles—are some- 
times referred to as complex machines. 


Resources 


BOOKS 

Editors of Delta Education. Simple Machines. Nashua, NH: 
Delta Education, 2003. 

Macaulay, David. The New Way Things Work. Boston: 
Houghton Mifflin Company, 1998. 
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| Mackerel 


The Atlantic mackerel, Scomber scombrus, sup- 
ports one of the most important commercial fisheries 
and is also a significant sport fishing interest. Mackrel 
are a close relative of the tuna. The attraction of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


mackerel as sport fish is due primarily to the stream- 
lined body, forked tail, pointed head, and high-speed 
swimming. An unusual characteristic of the mackerel 
is that it does not possess a swim-bladder. Mackerel 
are found in large schools in the Atlantic Ocean from 
the New England coast to the Carolinas, and in the 
Eastern Atlantic south to Spain. 


The average size of mackerel is less than a pound 
(0.5 kg), although some fish weighing 2 lb (1 kg) are 
found in deeper water. Mackerel feed on pilchards, 
herrings, small schooling fish, and small crustaceans, 
such as shrimp. 


At spawning time female mackerel lay up to 
500,000 eggs, which float due to the presence of oil 
droplets. Spawning occurs in the mid-Atlantic states in 
the latter half of May and throughout June, and a few 
weeks later further north. The eggs hatch in about 96- 
120 hours, the lower the temperature the longer it 
takes for them to hatch. 


The Atlantic mackerel can be distinguished from 
other species of mackerel by a pattern of up to 24 
wavy black lines along the sides of its body above 
the lateral line. The chub mackerel, S. japonicus, is 
smaller than the Atlantic mackerel, but closely resem- 
bles it in its behavior and physical characteristics (but 
has fewer, fainter black markings than the Atlantic 
mackerel). 


The Pacific mackerel is the only mackerel found 
on the west coast of North America and it is the same 
species (.S. scombrus) as is found in the Atlantic Ocean. 
Pacific mackerel are found from Chile to Alaska and 
along the coasts of Japan and the mainland coast of 
Asia. 


The kingfish of king mackerel, Scomberomorus 
cavalla ranges widely in size from under 10 Ib (5 kg) 
to more than 20 lb (9 kg). Some specimens caught in 
nets have been reported to weigh 100 Ib (45 kg) and to 
exceed 5 ft (1.5 m) in length. The king mackerel has a 
blue-green back and silver sides, and a lateral line that 
is positioned high near the head and quickly descends 
below the second dorsal fin. King mackerel are found 
in great numbers in the Caribbean in the spring time 
migrating up the Atlantic coast with some entering the 
Gulf of Mexico. 


The Spanish mackerel (S. maculatus) is a close 
relative of the king mackerel but grows only up to 12 
Ib (6 kg), the average being under 2 Ib (1 kg). In warm 
offshore and inshore waters, the Spanish mackerel is 
subjected to heavy commercial and sport fishing. 


The sierra, S. sierra, is very similar to the Spanish 
mackerel (some taxonomists consider them to be the 
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A painted mackerel (Scomberomorus regalis) at Benwood wreck, Key Largo, Florida. The fishes of the Scomberomorus genus 
are the Spanish mackerels, or seerfishes. (Fred McConnaughey. National Audubon Society Collection/Photo Researchers, Inc.) 


KEY TERMS 


Caudal peduncle—The area immediately posterior 
to the anal fin and extending to the base of the 
caudal or tail fin. 


Dorsal fin—A fin located on the back of a fish. 


Keel—A raised prominence or ridge often associ- 
ated with the caudal peduncle. 


Lateral line—A line of pores opening on the side of 
the fish which has been shown to be sensitive to 
pressure changes. 


Lunate—A term which refers to the shape of the tail 
fin. This form resembles the early phase of the 
moon (lunar). 


Pectoral fin—One of paired fins located at the prox- 
imate shoulder of the fish and which corresponds to 
the forelegs of airbreathing vertebrates on land. 


Swim bladder or air bladder—An elongated mem- 
branous pouch filled with gases and which aids the 
fish to remain buoyant. 
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same species) and is found in warm waters from Baja 
California to South America. 


The cero, S. regalis, is found together with the 
Spanish and with king mackerels, and is characterized 
by rows of yellow or brown spots along its sides. The 
frigate mackerel, Auxis thazard, closely resembles the 
tuna because it has a lunate tail rather than the forked 
tail typical of mackerels. 


See also Tuna. 
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l Magic square 


A magic square is a square table of numbers 
containing consecutive integers in arrangements so 
that the sum of numbers in any row, column, or 
diagonal are identical. Some magic square may have 
additional properties. Such squares were known 
approximately 4,000 years ago in China. They have 
no application in science and technology, but are 
purely recreational. 


The basic magic square is a square containing 
consecutive integers starting with number 1. Three 
magic squares of this type are shown in Table 1. 


Other magic squares can be constructed by start- 
ing with one of the basic squares shown above and 
adding the same whole integers to each integer; equals 
added to equals, the sums are equivalent. Likewise 
subtracting the same value from each integer can 
result in other magic squares. In a similar manner, 
multiplication or division can be used to create other 
magic squares. 


A general equation for constructing basic magic 
squares is: 


X = Y%n(n? + 1) 


where X equals the sum of integers in any row, col- 
umn, or diagonal, and n equals the number of rows. 


A close relative of the magic square is the sudoku 
puzzle, invented by American Howard Garns in 1979 but 
re-imported to the U.S. years later, achieving fad status in 
2005. In a sudoku puzzle, all the numerals from 1 to 9 
are present in each column, each row, and each 3 x 3 
subsquare. The numbers do not generally sum to any 
single “magic” number, as in a magic square. 


Jeanette Vass 


Magic square 1 
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Magic square 2 


Magic square 3 


l Magma 


Magma is molten rock within Earth that consists 
of liquids, gases, and particles of rocks and crystals. 
Magma has been observed in the form of hot lava and 
the various rocks made from the solidification of 
magma. Geologists have created artificial magmas 
(artificial melts) in the laboratory to learn more 
about the physical conditions in which magma origi- 
nated and its composition. Magma is the source of 
igneous rocks, and can intrude or force itself into 
surrounding rock where it cools and eventually hard- 
ens. Rocks formed by the solidification of magma 
beneath Earth’s surface are called intrusive igneous 
(or plutonic) rocks. If magma rises to Earth’s surface 
it will extrude (push out), flowing or erupting out at 
the surface as lava, forming extrusive igneous rock 
(also called volcanic rock). Magma and the rocks it 
creates have similar chemical compositions. 
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Magnesium 


Magma is generated within Earth’s mantle, the 
thick layer between the crust and outer core. Rock 
found deep within the crust is hot, soft, and pliable, 
but rock does not become liquid until much deeper in 
the upper mantle. Pockets, or chambers of magma, can 
originate at various depths within Earth. The composi- 
tion of the magma varies and indicates the source 
materials and depth from which they originated. 
Silicon dioxide (SiO}) is the predominant ingredient in 
magma. Other ingredients include aluminum oxide, 
iron, magnesium, calcium, sodium, potassium, tita- 
nium, manganese, phosphorus, and water. 


There are three basic types of magma, each of which 
has a characteristic origin and composition: basaltic (the 
most common, originating in the lower crust/upper man- 
tle), rhyolitic (originates in the oceanic crust), and ande- 
sitic (most originate is the continental crust). Magma is 
formed by rocks melting when they sink deep into the 
mantle at subduction zones. The chemical composition, 
temperature, and the amount of dissolved liquids and 
gases determine the viscosity of magma. The more fluid 
a lava mixture is, the lower the viscosity. As magma or a 
lava flow cools, the mixture becomes more viscous, mak- 
ing it move slowly. Magmas having a higher silica (S102) 
content are very viscous and move very slowly. 


Magma has the tendency to rise because it weighs 
less than surrounding hard rock (hot liquids are less 
dense than their cooler solid counterparts, with the 
notable exception of ice) and because of the pressure 
caused by extreme temperature. The pressure is reduced 
as magma rises toward the surface. Dissolved gases 
come out of solution and form bubbles. The bubbles 
expand, making the magma even less dense, causing the 
magma to rise faster. The magma exerts a great deal of 
pressure on weak spots and fills up any cracks produced 
by the continual shifting of Earth’s crust. On its way up 
toward the surface, magma can melt adjacent rock, 
which provides a suitable environment for the develop- 
ment of metamorphic rocks. When magma erupts as 
lava, its gases are released at the surface into the atmos- 
phere or can be trapped in the molten rock and cause air 
bubbles in rock. The gases can also create violent explo- 
sions capable of ejecting cubic miles of ash and other 
volcanic debris. 


See also Volcano. 
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l Magnesium 


Magnesium (Mg) is one of the most abundant 
structural metals (those metals used to build things), 
ranking third behind iron and aluminum. Magnesium 
compounds are found in mineral rocks such as dolo- 
mite and magnesite, while the Earth’s oceans contain a 
practically unlimited supply of the metal in the form of 
dissolved magnesium chloride. One cubic mile of sea- 
water holds some six million tons of the element. The 
lightest of all the structural metals, magnesium 
(atomic number 12) is about one-third lighter than 
aluminum and gives more strength and stiffness per 
pound than any other common metal. 


Properties 


Magnesium is a moderately hard, silvery white 
metal, the lightest of all structural metals. The element 
is easily molded, bent, cut, and otherwise fabricated. 
Magnesium’s melting point is about 1,204°F (651°C), 
its boiling point is around 1,994°F (1,090°C), and 
its density is 1.005 ounces per cubic inch (1.738 grams 
per cubic centimeter). It is a solid at room temperature. 


Magnesium is an active metal that reacts slowly 
with cold water and more rapidly with hot water. It 
reacts with oxygen at room temperature to form a thin 
skin of magnesium oxide (MgO) that protects the 
underlying metal from further oxidation. At higher 
temperatures, magnesium reacts vigorously with oxy- 
gen to produce a blinding white light. The metal also 
reacts with most acids and with some strong alkalis. It 
combines easily with many non-metals, including 
nitrogen, sulfur, phosphorus, and the halogens. It 
also reacts with a number of compounds, such as 
carbon monoxide (CO), carbon dioxide (CO;), sulfur 
dioxide (SO3), and nitric oxide (NO). 


Occurrence and Extraction 


The abundance of magnesium in the Earth’s crust 
is estimated to be about 2.1%, making it the sixth most 
common element in Earth. Its estimated crustal abun- 
dance is 0.37 ounces per pound (2.33 x 10* milligrams 
per kilogram). It also occurs in seawater, usually as 
magnesium chloride (MgCl,). Its estimated oceanic 
abundance is 0.17 ounces per gallon (1.29 x 10° milli- 
grams per liter). According to some estimates a cubic 
mile of seawater may contain up to six million tons of 
magnesium metal. 


Magnesium compounds such as Epsom salts were 
first prepared in the late 1600s and early 1700s. For a 
while, the oxide compound (magnesia) was confused 
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with lime (calcium carbonate), until Scottish physicist 
and chemist Joseph Black (1728-1799) discovered the 
difference between the two substances in 1754. English 
chemist Sir Humphry Davy (1778-1829) demon- 
strated in 1808 that magnesia was the oxide of a new 
metal, which he named magnesium, but the element 
was not isolated until twenty years later, when French 
chemist Antoine Alexandre Brutus Bussy (1794-1882) 
combined dry magnesium chloride with potassium to 
produce the metal in its pure form. Using electrolysis, 
English physicist and chemist Michael Faraday (1791— 
1867) obtained magnesium from magnesium chloride 
in the 1830s. Then, in 1852, German chemist Robert 
Wilhelm Bunsen (1811—1899) developed an electro- 
lytic cell for producing large quantities of magnesium. 
For the next sixty years, German chemists further 
developed Bunsen’s cell and pioneered in the produc- 
tion and use of magnesium. The element is relatively 
easy to extract from seawater by electrolysis, which 
splits the chloride compound and produces magne- 
sium metal and chlorine gas. By 1909, Germany was 
manufacturing magnesium commercially, and the 
United States began producing magnesium during 
World War I, eschewing German imports. 


During the war, magnesium was used in incendi- 
ary bombs, which ignite and burn upon impact, as well 
as flares and tracer bullets. Powdered magnesium 
burns with a dazzling white flame, a property of the 
metal Bunsen had demonstrated in the 1850s. This 
quality has been exploited in many other products, 
such as fireworks, and the metal is used in photogra- 
phy to provide a brilliant flash for lighting purposes. 


Magnesium’s light weight is its most valuable 
attribute, however. When World War II began in 
1939, Germany was well-positioned to use magnesium 
for aircraft construction and other military applica- 
tions. In response, U.S. companies stepped up their 
magnesium manufacturing efforts, resulting in a dra- 
matic increase in magnesium production in the United 
States; it peaked in 1943 at nearly 184,000 tons. In 
addition to electrolytic extraction of magnesium 
from seawater, the element can be produced from 
mineral rocks by various thermal processes. These 
methods use a reducing agent such as ferrosilicon to 
break down magnesium compounds and form vapors 
of magnesium, which are then distilled into crystals 
and melted. 


Today, many automotive manufacturers in 
Europe and the United States are using or testing 
vehicle parts made of magnesium alloys—mixtures of 
magnesium and other metals, most often aluminum. 
Magnesium’s light weight will become more critical as 
automakers try to meet new vehicle mileage standards. 
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Because magnesium is easily cast into complex struc- 
tures, automakers could also reduce the number of 
parts needed and streamline the assembly process. 
Some manufacturers already use magnesium alloys 
in vehicle bodies and frames. 


Magnesium alloys are also used in a host of other 
products, such as sports equipment, for which light 
weight is an advantage. Baseball catchers’ masks, skis, 
racecars, and horseshoes are made with magnesium 
alloys. Consumer goods such as ladders, portable 
tools, electronic equipment, binoculars, cameras, fur- 
niture, and luggage also benefit from magnesium’s 
light weight. Other applications make use of its ability 
to absorb vibration. Magnesium is an important ele- 
ment from a biological standpoint as well. Scientists 
have learned that magnesium ions aid in the digestive 
process, and several magnesium compounds are active 
ingredients in medicines such as milk of magnesia 
(magnesium hydroxide) and Epsom salts (magnesium 
sulfate). In plants, magnesium is even more critical—it 
is a component of chlorophyll, the green pigment that 
converts the sun’s energy, in the form of light, into 
food. Magnesium’s position in the chlorophyll mole- 
cule, which is similar to that of iron in hemoglobin, 
was discovered by Richard Willstatter in the early 
1900s. This was the first clue to magnesium’s impor- 
tance as a plant nutrient; before, scientists thought 
that it was an impurity. Since then, agricultural 
fertilizers for magnesium-deficient soils have greatly 
increased crop yields. 


Health Issues 


Magnesium is essential for good health in both 
plants and animals. It forms part of the chlorophyll 
molecule that catalyzes the conversion of carbon diox- 
ide and water to carbohydrates in green plants. Plants 
that do not get enough magnesium do not manufac- 
ture an adequate amount of chlorophyll, and their 
leaves tend to become yellow. 


Magnesium also occurs in enzymes needed by 
animals. The amounts required are so small that mag- 
nesium deficiency diseases are rare. In some areas, 
however, people with poor diets may not get the mag- 
nesium they need, producing symptoms such as 
extreme agitation or aggressiveness. 


Overexposure to magnesium is also rare, but may 
occur and, if it does, may produce health problems. 
For example, people who work around magnesium 
metal may inhale the fumes, experiencing symptoms 
such as irritation of the throat and eyes, damage to 
muscles and nerves, and loss of feeling and paralysis. 
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Magnesium sulfate 


{| Magnesium sulfate 


Magnesium sulfate (MgSO,) is a white powder, 
commonly known as epsom salts. It is easily dissolved 
in water, making it a source of magnesium that can be 
readily absorbed by living things. It is used in manu- 
facturing mother of pearl, dyeing calico, n tanning 
leather, manufacturing fertilizer, and treating and 
preventing seizures during pregnancy. Magnesium 
sulfate is also used to treat constipation. It has 
recently been noticed that many people with diabetes 
have abnormally low levels of magnesium ions in 
their blood. 


Physical and chemical properties of 
magnesium sulfate 


Magnesium sulfate is obtained from the mineral 
epsomite, a white solid. It can also be prepared com- 
mercially by the reaction of magnesium carbonate 
(MgCO;) with sulfuric acid (H2SO,). Magnesium sul- 
fate is usually found in the form magnesium sulfate 
heptahydrate (MgSO,4-7 HO). The “hepta” prefix 
refers to the seven water molecules that are loosely 
attached to each magnesium sulfate molecule. 
Magnesium sulfate is very soluble in water. At room 
temperature about 1.5 pounds (700 g) of MgSO, can 
be dissolved in a quart (1 liter) of water. 


When dissolved in water, magnesium sulfate ion- 
izes (separates) into magnesium (Mg? *) ions and sul- 
fate (SO4”) ions. Solutions of magnesium sulfate have 
a neutral pH. Magnesium sulfate is used in many 
industrial processes and in the manufacturing of fer- 
tilizers. Magnesium is essential for plant growth 
because each chlorophyll molecule contains a magne- 
sium atom. Without this magnesium atom in the cen- 
ter of the chlorophyll molecule, plants would be 
unable to use the energy from sunlight for growth. 


Magnesium sulfate and medicine 


Magnesium sulfate is used to prevent the convul- 
sions and seizures that can occur during pregnancy. 
This condition, known as eclampsia, is characterized 
by high blood pressure, edema (swelling of tissues, 
notably in the arms and legs), and convulsions. 
Magnesium sulfate is used to prevent and reduce the 
severity of convulsions and to reduce some excess 
body fluid. 


Magnesium sulfate is used as a purgative (laxative). 
It is thought to work by preventing the intestines from 
taking up or absorbing water from their contents, thus 
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Eclampsia—A condition of pregnancy marked by 
high blood pressure, swelling of body tissues, and 
eventually, convulsions. 

Edema—An abnormal collection of fluids in the 
body tissues. 


stimulating more frequent bowel movements. It has 
also been used to treat some heavy metal (notably 
barium poisoning, which is in the same family of the 
periodic table) and works by helping the body to rid 
itself of the contents of the digestive tract more rap- 
idly. Magnesium sulfate is used to treat conditions of 
low blood levels of magnesium. It is used over other 
compounds containing magnesium because of its 
greater solubility and thus more rapid uptake by the 
body. 


Recent research has shown that there is a link 
between diabetes and lower blood levels of magne- 
sium. This does not necessarily mean that low blood 
levels of magnesium cause diabetes, but may simply 
mean that magnesium is lost more rapidly due to the 
frequent urination of people with diabetes. 


See also Alkaline earth metals; Diabetes mellitus. 
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l Magnetic levitation 


Magnetic levitation, sometimes called magnetic 
suspension, is the phenomenon in which two magnetic 
objects are repelled from each other in a vertical direc- 
tion. The phenomenon, also known as MAGLEYV, has 
long been recognized as having some important com- 
mercial applications. The most significant of these is 
the construction of MAGLEYV trains that are pro- 
pelled a few inches above a track at very high rates of 
speed. 


Principle of operation 


Imagine that two bar magnets are suspended one 
above the other with like poles (two north poles or two 
south poles) directly above and below each other. Any 
effort to bring these two magnets into contact with 
each other will have to overcome the force of repulsion 
that exists between two like magnetic poles. The 
strength of that force of repulsion depends, among 
other things, on the strength of the magnetic field 
between the two bar magnets. The stronger the magnet 
field, the stronger the force of repulsion. 


If one were to repeat this experiment using a very 
small, very light bar magnet as the upper member of 
the pair, one could imagine that the force of repulsion 
would be sufficient to hold the smaller magnet sus- 
pended—levitated—in air. This example illustrates 
the principle that the force of repulsion between the 
two magnets is able to keep the upper object sus- 
pended in air. 


In fact, the force of repulsion between two bar 
magnets would be too small to produce the effect 
described here. In actual experiments with magnetic 
levitation, the phenomenon is produced by magnetic 
fields obtained from electromagnets. For example, 
imagine that a metal ring is fitted loosely around a 
cylindrical metal core attached to an external source of 
electrical current. When current flows through the 
core, it sets up a magnetic field within the core. That 
magnetic field, in turn, sets up a current in the metal 
ring that produces its own magnetic field. According 
to Lenz’s law, the two magnetic fields thus produced— 
one in the metal core and one in the metal ring—have 
opposing polarities. The effect one observes in such an 
experiment is that the metal ring rises upward along 
the metal core as the two parts of the system are 
repelled by each other. If the current is increased to a 
sufficient level, the ring can actually be caused to fly 
upward off the core. Alternatively, the current can be 
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adjusted so that the ring can be held in suspension at 
any given height with relation to the core. 


MAGLEV vehicles 


Credit for foreseeing the applications of magnetic 
levitation in the construction of vehicles is usually 
given to American scientist and rocket pioneer 
Robert Hutchings Goddard (1882-1945). In 1907, 
Goddard published a story in which he described a 
vehicle that traveled by means of the principle of mag- 
netic levitation. French engineer Emile Bachelet con- 
structed the first working model of such a vehicle in 
1912. Bachelet’s vehicle was propelled by the repulsive 
forces set up between copper electromagnets sus- 
pended above an aluminum track. Bachelet’s model 
proved to be a dead end, however, because the amount 
of electrical energy needed to create suspension was 
much too great to produce economically. 


In fact, that problem was the primary reason that 
MAGLEYV vehicles remained a dream until very 
recently. In order to lift an object weighing many 
tons, a very strong force of repulsion between vehicle 
and track must be created. The force of repulsion, in 
turn, can be produced only by means of very powerful 
electromagnets. The weight of such magnets and the 
electrical energy needed to operate them placed the 
idea of MAGLEV vehicles out of the realm of real- 
life technology for many decades. 


Superconducting magnets 


For many years, scientists have been aware of at 
least one obvious way of dealing with these practical 
problems—superconducting magnets. Superconduc- 
tivity is the tendency of a conducting material (such 
as copper) to carry an electrical current with virtually 
no resistance. Although superconductivity had been 
discovered as early as 1911, its application to real-life 
inventions had always been limited by the fact that it 
was observable only at temperatures close to absolute 
zero. A MAGLEV vehicle that made use of super- 
conducting magnets would, therefore, be much more 
efficient than one using traditional electromagnets. 
But the superconducting model would also have to 
be designed so as to operate at very low temperatures 
(close to -450°F [-268°C]). 


Still, by the 1960s, researchers had begun to design 
and build prototype MAGLEV vehicles powered by 
superconducting electromagnets. Most such vehicles 
operated on a common principle. Superconducting 
coils are suspended beneath the body of the MAGLEV 


2593 


uoHe}PAI] Mjausey 


Magnetic levitation 


vehicle itself. As current begins to flow through these 
coils, a magnetic field is created. That magnetic field, 
as in the example noted earlier, sets up a magnetic field 
in the metal track beneath the vehicle. The force of 
repulsion between the two magnetic fields forces the 
train upward and keeps it suspended a few inches 
above the track. As the electrical current in the super- 
conducting coils increases, so do the opposing mag- 
netic fields and the force of repulsion between them. 


Of course, the vehicle must not only be lifted 
above the track, but it must also be moved in a for- 
ward (or backward) direction. This propulsive force is 
provided by an electric current that flows through 
guideway coils in the track. As the current changes in 
the coils, so does the strength of the magnetic field. As 
a result, the MAGLEV vehicle is alternatively pushed 
and pulled by the changing magnetic field in the coils. 
The electrical current passing through the coils can 
control the speed of the train. 


A MAGLEV train begins operation like any other 
railway train, with its wheels resting on the track. As 
electrical current begins to flow through its supercon- 
ducting coils, the train is pushed forward on the track 
and then gradually lifted off it. At maximum speed, 
most trains are designed to travel a few inches above 
the track and at speeds of 250 mi (402 km) per hour or 
more. 


Disadvantages of MAGLEV vehicles 


Magnetic levitation as a means of transportation 
is not without its problems. For example, initial plans 
call for the construction of MAGLEYV tracks in the 
United States adjacent to the nation’s interstate high- 
way system. But passengers traveling in a 250-mile- 
per-hour MAGLEV train will feel much stronger 
gravitational forces in rounding an interstate curve 
than will passengers in a car moving at 65 mi (105 
km) per hour. In addition, initial tests suggest that 
MAGLEYV vehicles may produce a high level of noise 
when they operate at top speed. Tests have shown that 
sound levels of 100 decibels at a distance of 80 ft (24 m) 
from the guideway may be possible. Such levels of 
sound are, however, unacceptably high for any inhab- 
ited area. 


Like with anything made by humans, mechanical 
problems and humans errors can occur with MAGLEV 
machinery. For instance, on August 11, 2006, the 
Shanghai commercial Transrapid had a fire onboard 
after leaving the station in Longyang. In addition, on 
September 22, 2006 a MAGLEV train crashed into 
maintenance wagon in northern Germany, injuring 
and killing dozens of people. 
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Prospects for MAGLEV vehicles 


The new age of MAGLEV technology can be 
traced to the early 1960s. During that period, many 
observers saw MAGLEV vehicles as a way of solving a 
number of problems confronting the United States 
and other developed nations. For example, they 
offered an apparently efficient way of moving large 
numbers of people quickly and efficiently through and 
around urban areas. They could be powered with 
almost any form of energy from which electricity 
could be made, not just with coal or petroleum. By 
1970, then, a number of model MAGLEYV vehicles had 
been constructed. 


That research has been vigorously continued in a 
number of nations, including Japan, Great Britain, 
Germany, Korea, and France. All of these nations 
have developed a number of prototype vehicles that 
are moving into commercial operation. For example, 
Japanese engineers have designed a 27-mi (43.5 km) 
test line through the Yamanashi Prefecture that would 
carry up to 10,000 passengers per hour in 14-car trains 
traveling at 310 mi (499 km) per hour. Some German 
models have used a somewhat different form of mag- 
netic levitation. The German’s Transrapid has non- 
superconducting magnets attached to the vehicle body 
and suspended beneath the guide rail. The magnets are 
attracted (rather than repelled) upward to the rail, 
lifting the train to within an inch of the guide rail. On 
December 31, 2002, the German Transrapid 
MAGLEV Train had its first commercially operated 
route in China from Shanghais Long Yang Road to 
the Pudong International Airport. It transports people 
18.5 mi (30 km) in seven minutes, 20 seconds, at a top 
speed of 268 mph (431 km/h), with an average speed of 
150 mph (250 km/h). The world’s first commercial 
automated MAGLEV system, called Linimo, began 
operations in March 2005 in Aichi, Japan. 


In contrast to this kind of progress, however, the 
United States had by 1975 virtually abandoned 
research on magnetic levitation. That decision, made 
by the Office of Management and Budget, had been 
made on the belief that MAGLEV transportation 
would not be an economically feasible alternative in 
the US in the foreseeable future. 


That attitude underwent a dramatic reversal in the 
early 1990s, largely as the result of the interest of 
one politician, Senator Daniel Patrick Moynihan (1927— 
2003) of New York. Moynihan had become convinced 
that MAGLEV vehicles were the means by which the 
nation’s interurban transportation problems could be 
solved. Furthermore, as the chairman of the Senate sub- 
committee responsible for the U.S. highway system, 
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Electromagnetism—The unified electrical and 
magnetic field of force generated by the passage 
of an electric current through matter. 


Superconductivity—The tendency of an electrical 
current to flow through a conductor with essen- 
tially no resistance. 


Moynihan was ina position to put his beliefs into practice. 
In 1989, Moynihan inserted into the highway bill a special 
provision for the development of new MAGLEV tech- 
nology, the Magnetic Levitation Prototype Development 
Program, with a budget of $750 million. Given this seed 
money, many experts once again have high hopes for 
the eventual development of a commercial MAGLEV 
vehicles program in the United States. Studies are ongoing 
in 2006 for MAGLEV lines in southern California-Las 
Vegas (Nevada), Baltimore-Washington, DC, Honolulu 
(Hawaii), Daytona-St. Petersburg (Florida), San Diego 
(California), Pittsburgh (Pennsylvania), and Portland 
(Oregon)-Vancouver (British Columbia). 


As MAGLEV systems are constructed more fre- 
quently in the world, the costs to develop and maintain 
them will decrease. For example, the Shanghai 
MAGLEY train cost 1.2 billion dollars to completely 
build, which is about six dollars per passenger. 
However, as of October 2006, the use of MAGLEV 
trains in the world are limited to only a few sites. Most 
MAGLEYV trains are still in the experimental and 
developmental stages. 


See also Electromagnetism; Trains and railroads. 


Resources 


BOOKS 

Dai, Huiguang. Dynamic Behavior of Maglev Vehicle/ 
Guideway System with Control. Ann Arbor, MI: 
ProQuest/UMI, 2006. 

Gieras, Jacek F. Linear Synchronous Motors: Transportation 
and Automation Systems. Boca Raton, FL: CRC Press, 
2000. 

Moon, Francis C. Linear Superconducting Levitation: 
Applications to Bearings and Magnetic Transportation. 
New York, Wiley, 1994. 


OTHER 

ACF Newsource. “New high-speed trains without rails 
or wheels go 300 mph.” <http://www.acfnewsource. 
org/science/mag_lev.htm> (accessed October 15, 2006). 

HowStuffWorks Inc. “How Maglev Trains Work.” <http:// 
www.howstuffworks.com/maglev-train.htm> 
(accessed October 15, 2006). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Muller, Christopher, Railserve.com. “Magnetic Levitation 
for Transportation.” <http://www.railserve.com/ 
maglev.htm> (accessed October 15, 2006). 


David E. Newton 


| Magnetic recording/ 


audiocassette 


Audiocassette tape recorders have been widely 
used to record and play back music or speech. They 
are sometimes also called compact cassette recorders, 
cassette tape recorders or, simply, tape recorders. 
Information is stored on a narrow ribbon of plastic 
tape that has one side coated with a magnetic material, 
such as iron oxide. An electromagnet aligns individual 
magnetic particles in a pattern that corresponds to the 
loudness and frequency of incoming sounds. In order 
to play back the recorded information, the magnetic 
tape moves past a pickup coil that generates an elec- 
trical output signal. After being amplified, this signal 
causes a speaker to vibrate, which produces sound 
waves for the listener. A tape recording can be erased 
by using a rapidly changing magnetic field that 
scrambles previously recorded patterns of particle 
alignment. From the 1970s to the early 1990s, audio- 
cassette tapes were one of the most popular formats 
for prerecorded music. The LP (long-playing record) 
and the CD (compact disc) were the other two popu- 
lar formats. In the 2000s, the compact disc is the most 
popular format for prerecorded music. As of November 
2006, blank cassette tapes are still being manufactured 
and sold, however their availability continues to 
decline as other recording technologies emerge. Some 
musicians continue to prefer using magnetic tapes for 
their master recordings. 


The discovery of electromagnetism 


Before 1820, magnetism and electricity were two 
completely separate fields of science. Magnetism was 
associated with the attraction of magnets for iron 
objects and the use of a compass needle to locate 
north and south. Electricity was of practical interest 
in connection with the hazards of lightning. Some 
scientists experimented with static electricity in the 
laboratory by rubbing a wool cloth against glass, 
but no useful applications came about from that 
experimentation. 
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Figure 1. Recording head. (Hans & Cassidy. Courtesy of Gale 
Group.) 


In 1821, Danish scientist and physics teacher Hans 
Christian Oersted (1777-1851) made a remarkable dis- 
covery while doing a demonstration for his class. He 
had made a crude chemical battery by placing strips of 
copper and zinc into an acid solution. By connecting the 
two metal terminals with a wire, he provided a path for 
electric current to flow. A magnetic compass was lying 
on the table nearby. To his great surprise, Oersted 
noticed that the compass needle would deflect when- 
ever current flowed through the wire. Apparently, the 
electric current created a magnetic field around the 
wire. His discovery was the beginning of electromag- 
netism, a joining of these two sciences. 


Other scientists followed up on Oersted’s discov- 
ery. For example, it was found that a much stronger 
magnetic field could be produced by winding the elec- 
tric wire into a coil. In addition, an iron core at the 
center of the coil intensified its magnetic field even 
more. Joseph Henry (1797-1878), a Scottish- 
American inventor and scientist who later became 
head of the Smithsonian Institution in Washington, 
DC, made an electromagnet that was powerful enough 
to support a load weighing 2,000 Ib (908 kg). 


Recording on tape with an electromagnet 


Information becomes stored on magnetic tape as 
it passes by the so-called recording head, which is a 
small electromagnet. There must be a narrow gap in 
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this electromagnet so that its magnetic field will extend 
over the nearby section of tape. 


The signal coming from the audio input is an 
alternating, back-and-forth current. An audio sound 
with a frequency of 1,000 cycles per second, for exam- 
ple, reverses its electric current direction every one- 
thousandth of a second. When the current is reversed, 
the north and south poles of the recording head elec- 
tromagnet are interchanged. Consequently, the 
nearby magnetic particles embedded in the tape will 
become reoriented in the opposite direction. 


When a loud sound is being recorded, the current 
to the electromagnet is large and its magnetic field will 
be relatively strong. Therefore, a large number of 
magnetic particles in the tape will become aligned. A 
soft sound produces a weak field, so only a small 
fraction of magnetic particles will be affected. 


For audiocassette players, the tape is designed to 
move at a standard speed of 1-7/8 in (about 4.8 cm) per 
second. During one cycle of a 1,000-cycle note, the 
tape moves only about 1/500th of an inch (about 
0.005 cm), which is a distance smaller than the diam- 
eter of the period at the end of this sentence. Several 
magnetic particles in a row must fit into such a short 
distance on the tape. 


The human ear normally can hear sounds up to 
about 15,000 cycles per second. To record such a high 
frequency without distortion requires extremely tiny 
magnetic particles. The magnetic material must be easy 
to align and should retain its pattern of orientation indef- 
initely. Better quality audio tapes use very fine grains of 
chromium dioxide instead of iron oxide. Inexpensive 
tapes are adequate for recording the spoken voice 
because its frequency range is much less than for music. 


An audiocassette has a built-in erase head to 
remove previously recorded information. The tape 
has to be blank before it can be used again to make a 
new recording. The erase head normally is an electro- 
magnet that operates at an ultrasonic frequency, much 
higher than the human ear can hear. It effectively ran- 
domizes the alignment of magnetic particles. 
Audiocassettes are designed so that the tape passes by 
an erase head just before the recording head. Sometimes 
musicians at a recording studio want to record a second 
sound track over the first one. In that case the erase head 
has to be deactivated, so the original sound is not lost. 


Operation of the playback head 


How can the information, which was stored in a 
pattern of magnetically aligned particles on tape, be 
converted back into sound waves? The magnetic pattern 
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Figure 2. Cassette and heads. (Hans & Cassidy. Courtesy of Gale Group.) 


must be transformed into an electric current, which then 
can be amplified and cause a speaker to vibrate. 


The operation of the playback is based on a dis- 
covery made in the 1830s by English physicist and 
chemist Michael Faraday (1791-1867). He knew 
about Oersted’s earlier observation that magnetism is 
created by an electric current. Faraday wondered if the 
opposite process might occur, where an electric cur- 
rent could be created from magnetism. By experiment- 
ing with magnets and coils of wire, he was able to show 
that a moving magnet did create a small current in a 
coil. His discovery was called electromagnetic induc- 
tion because current was induced in the coil by the 
moving magnet. The induction principle, combining 
magnetism and motion, is the basis for the operation 
of the generators that produce electricity at power 
plants. 


The tape of an audiocassette has a weak magnetic 
field around it that varies from point to point depend- 
ing on the orientation of its magnetic particles. The 
playback head contains a coil of wire. When the mag- 
netized tape moves past the coil, Faraday’s condition 
for inducing a current in the coil is fulfilled. The 
induced current will alternate in direction depending 
on the orientation of the magnetic particles as they 
pass by the playback head. The magnetic pattern orig- 
inally recorded on the tape is transformed into a pre- 
cisely corresponding electrical signal. 


The electric current from the playback head is 
amplified and sent to an audio speaker, which vibrates 
in synchronism with the varying current. The back- 
and-forth motion of the speaker creates pressure 
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waves in the air. This causes the listener’s ear drums 
to vibrate, producing the sensation of sound. 


When someone wants to listen to a previously 
recorded tape, only the playback head is activated. 
However, to record new information on a tape 
requires two operations: the erase head must be acti- 
vated, followed by the recording head. It is possible to 
activate all three heads, so that the first one erases, the 
second one records and the third one plays back what 
has just been recorded. 


Motor drive for constant tape speed 


In an audiocassette player, the tape must move 
from the supply reel to the take-up reel at constant 
speed. Otherwise, the sound becomes distorted. It 
would not work to pull the tape along simply by 
rotating the take-up reel, because each successive rev- 
olution would pull a longer section of tape past the 
heads, causing the tape speed to increase. 


To obtain a constant tape speed, a motor is used 
to turn a small metal cylinder, called a capstan, at 
constant speed. When the tape player is switched on, 
a roller presses the tape against the rotating capstan. 
The tape is pinched between the roller and capstan, 
forcing it to move toward the take-up reel at constant 
speed, as desired. 


The main problem with this tape drive mechanism 
is that it may generate a background hum in the out- 
put sound. One can listen for hum by playing a tape 
that is blank and turning the volume control up to 
maximum. This provides a helpful comparison test 
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Magnetic recording/audiocassette 


when trying out several models in an audio store for 
possible purchase. 


History of magnetic recording 


The first working model of a magnetic recording 
device was demonstrated in 1898 by Danish engineer 
Valdemar Poulson. He used the mouthpiece from a 
telephone to convert speech into an electric current. 
The current went to an electromagnet that recorded 
the signal on a thin steel wire. The wire moved past the 
electromagnet very rapidly, a hundred times faster 
than modern cassette tapes. Recordings could only 
be very brief and the wires were awkward to handle. 
A competing technology, the phonograph, had been 
invented by American inventor Thomas Alva Edison 
(1847-1931) a few years earlier. It was easier to oper- 
ate and was already quite popular by 1900, so mag- 
netic recording attracted little interest at the time. 


A step forward in magnetic recording was to 
replace the wire with a thin steel ribbon. A further 
advance was the development of paper tape with a 
layer of iron oxide adhering to one side, which was 
introduced in Germany in 1930. A few years later, 
plastic tape replaced the paper. 


Commercial recording studios and radio stations 
greatly preferred tapes over phonograph records 
because they were suitable for editing. For example, 
if an otherwise excellent musical performance had 
minor flaws such as a cough or a note out of tune, 
the tape could be cut and spliced to remove the offend- 
ing segment. For home use, only phonograph records 
were available at this time. Records could be mass- 
produced cheaply by making a master disk and press- 
ing copies from it, while duplicating tapes was a 
lengthy process. 

The invention of the transistor in 1947 revolution- 
ized the communication industry. The subsequent 
development of microelectronics and a cartridge tape 
system led to commercialization of audio cassettes for 
the mass market in the 1960s. Magnetic tapes were 
designed to have two sound tracks, one to play in the 
forward direction and the second one when the tape 
was reversed. Then stereo sound, using two speakers, 
came into vogue. Four separate sound tracks were 
needed now, two tracks in each direction. 


A further development in ultra-high fidelity music 
recordings was the introduction of digital audio tape 
(DAT) in the 1990s. Each second of sound is subdivided 
into 48,000 time intervals. The sound intensity during 
each interval is measured and recorded numerically on 
the tape in a binary, two-valued code. Each magnetic 
particle on the tape is like a tiny compass needle, 
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KEY TERMS 


Capstan—A rotating metal rod, driven by an elec- 
tric motor, that pulls the cassette tape along at 
constant speed. 


Digital audio tape (DAT)—A high fidelity technol- 
ogy developed in the 1990s, where information is 
stored on magnetic tape in binary code. 


Electromagnet—A coil of wire surrounding an iron 
core that becomes magnetized when electric cur- 
rent flows through the wire. 


Erase head—An electromagnet operating at an 
ultrasonic frequency to scramble previously 
recorded information on a tape. 


Iron oxide—Tiny, needle-shaped particles that can 
be easily magnetized, coating one side of the plas- 
tic cassette tape. 


Playback head—A small coil that senses the vary- 
ing magnetic field of the moving tape and converts 
it into an electrical signal that can be amplified. 


Recording head—An electromagnet that aligns the 
magnetic particles of the cassette tape while it 
moves by. 


pointing either forward or back, so a binary numerical 
system is appropriate. For playback, the digital infor- 
mation must be decoded before being sent to the 
speakers. 


DATs cannot be played on ordinary tape players. 
The digital cassettes are smaller in size, although they 
play for a longer time. They are fragile and must be 
handled carefully. Digital recordings have the advant- 
age that background noise and distortion are virtually 
eliminated. The sound quality of DATs is often com- 
pared to being present in the concert hall. 
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[ Magnetic resonance imaging 


(MRI) 


Magnetic resonance imaging (MRI) is a medical 
technique that utilizes a magnetic field and the natural 
resonance of atoms to provide an image of human 
tissue. While the foundation for its development first 
took place in the late 1930s, it was not until the late 
1960s that doctors used it to view the inner workings 
of the human body. In the 2000s, MRI is now a 
common, though relatively expensive, diagnostic tech- 
nique. MRI images can be very detailed and informa- 
tive, but the technique itself is non-invasive and it does 
not use highly energetic and potentially dangerous 
ionizing radiation. Because of the association many 
people make of the term nuclear with dangerous radi- 
ation, the word nuclear was eliminated from the orig- 
inal term for the technique (nuclear magnetic 
resonance imaging). 


The development of MRI began in the early 1900s 
with discoveries made in nuclear magnetic resonance 
(NMR). During this time, scientists were just starting 
to develop theories about the structure of atoms and 
the nature of visible and ultraviolet light. NMR was 
discovered to be related to the magnetic properties of 
an atom’s nucleus. It is a phenomenon in which atomic 
nuclei absorb and emit radio waves when placed in a 
large magnetic field. These properties were first dem- 
onstrated in 1924 by Austrian physicist Wolfgang 
Pauli (1900-1958). 


In 1938, the first instrument to utilize an atom’s 
nuclear magnetic resonance for analysis was devel- 
oped. This device was able to provide data related to 
the magnetic properties of certain substances. 
However, this crude instrument had two major draw- 
backs including its ability to analyze only gaseous 
materials and its inability to provide direct measure- 
ments. These limitations were overcome in 1945 when 
two groups led by two scientists, Felix Bloch and 
Edward M. Purcell, independently developed 
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improved NMR devices. These new devices were 
more useful than the first NMR, providing researchers 
with the ability to collect data on many different types 
of systems. After some technological improvements, 
scientists were able to use this technology to investi- 
gate biological tissues in the mid-1960s. 


The application of NMR to medicine soon fol- 
lowed. Scientists discovered that different types of 
tissue gave different magnetic signals. One of the first 
applications of NMR was using it to distinguish 
between normal and cancerous tissue. In 1973, NVR 
data was integrated with computer calculations of 
tomography and the first magnetic resonance image 
(MRI) was produced. To test this new method, an 
experimental device was designed to study a living 
mouse. While it took more than an hour to scan, an 
image of the mouse’s internal organs was obtained. 
Human imaging followed a few years later. 


In 2003, American chemist Paul Lauterbur (1929-) 
and British physicist Sir Peter Mansfield (1933—) were 
awarded the Nobel Prize in medicine for their contri- 
butions in magnetic resonance imaging, specifically for 
finding a way to generate images using nuclear mag- 
netic resonance. Lauterbur discovered in the 1970s that 
two-dimensional images could be generated by gra- 
dients within magnetic fields, while Mansfield analyzed 
those gradients mathematically. Based on Lauterbur 
and Mansfield’s studies, American inventor and scien- 
tist Raymond V. Damadian (1936-) described the con- 
cept of using NMR to scan the entire human body and, 
in 1977, developed the first MRI scanner. 


The first commercial MRI scanners were sold 
around 1981. Since then, various technological 
improvements have been made which helped reduce 
the scanning time required and improve the resolution 
of the images. Most notable improvements have been 
made in the three-dimensional application of MRI. 


Modern MRI devices are used frequently by doc- 
tors to produce images of the interior tissues of their 
patients. First, the patient is put on a flat bed device 
that is surrounded by several coils which can produce 
a strong constant magnetic field. A known radiofre- 
quency (RF) signal is then applied to the system caus- 
ing certain atoms within the patient to resonate. When 
the RF signal is stopped, the atoms continue to reso- 
nate for a short time. Eventually, when the resonating 
atoms return to their natural state they emit their own 
RF signal, which is received by detectors on the MRI. 
The signals are then processed through a computer 
and converted into a visual image of the patient. 


The signals that are emitted from the body are 
produced by protons within the body. In a typical 
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Magnetic resonance imaging (MRI) 


An example of a magnetic resonance imaging system (MRI). (© Pete Saloutos/Corbis.) 


MRI scan these signals come from hydrogen atoms in 
the body. The first magnetic resonance images were 
constructed solely on the concentration of protons 
within a given tissue. However, these images were 
fuzzy and did not have good resolution. When the 
relaxation time, which is the time it takes for the pro- 
tons to emit their signals, was included in the calcula- 
tions of the scan, MRI became much more useful for 
constructing an internal image of the body. In all body 
tissues, there are two types of relaxation times, T1 and 
T2, which can be detected. The different types of 
tissues exhibit different Tl and T2 values. For example 
the brain tissue has a different Tl and T2 value than 
blood. By using the three variables, proton density, T1 
and T2 values, a clear image can be constructed. 


MRI is now used for a variety of applications. It is 
used by far the most for creating images of the human 
brain. It is particularly useful for this purpose because 
the soft tissue emits a distinct signal making it easy to 
distinguish between healthy tissue and lesions. In addi- 
tion to structural information, MRI also allows scien- 
tists to study brain function. This type of imaging is 
based on the fact that during brain activity the rate of 
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blood flow changes. When the scans are taken with 
sufficient speed the blood can actually be seen moving 
through the organ. This has important consequences for 
studying the various parts of the brain. Another appli- 
cation for MRI is in sports medicine where it is used for 
muscular skeletal imaging. Using MRI, injuries to the 
ligaments and cartilage in the joints of the knees, wrists, 
and shoulder can be readily seen. This technique has 
eliminated the need for traditional invasive surgeries. A 
developing use for MRI is in tracking chemical compo- 
nents in the body. In these scans a person is injected with 
a compound containing molecules such as carbon 13 or 
phosphorus 31. These atoms produce distinguishable 
signals so they can be easily tracked in the body. 


From the time that Damadian produced the first 
MRI scanner to today, the high resolution and high 
contrast of different tissues afforded by MRI, coupled 
with its non-invasive safety, have made it the diagnos- 
tic method of choice in many situations despite its high 
cost. MRI is a practical, life-saving tool that only has 
come about by the collaborative interplay of funda- 
mental theory, technological advances, and experi- 
mental science. 
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l Magnetism 


Magnetism is a force generated in matter by the 
motion of electrons within its atoms. Magnetism and 
electricity represent different aspects of the force of 
electromagnetism, which is one part of the universe’s 
fundamental electroweak force. The region in space 
that is penetrated by the imaginary lines of magnetic 
force describes a magnetic field. The strength of the 
magnetic field is determined by the number of lines of 
force per unit area of space. Magnetic fields are cre- 
ated on a large scale either by the passage of an electric 
current through magnetic metals or by magnetized 
materials called magnets. The elemental metals— 
iron, cobalt, nickel, and their solid solutions or alloys 
with related metallic elements—are typical materials 
that respond strongly to magnetic fields. Unlike the 
all-pervasive fundamental force field of gravity, the 
magnetic force field within a magnetized body, such 
as a bar magnet, is polarized—that is the field is stron- 
gest and of opposite signs at the two extremities or 
poles of the magnet. 


History of magnetism 


The history of magnetism dates back to earlier 
than 600 BC, but it is only in the twentieth century 
that scientists have begun to understand it, and 
develop technologies based on this understanding. 
Magnetism was most probably first observed in a 
form of the mineral magnetite called lodestone, 
which consists of iron oxide—a chemical compound 
of iron and oxygen. The ancient Greeks were the first 
known people to have used this mineral, which they 
called a magnet because of its ability to attract other 
pieces of the same material and iron. 


English physician and philosopher William 
Gilbert (1540-1603) was the first to investigate the 
phenomenon of magnetism systematically using scien- 
tific methods. He also discovered that Earth is itself a 
weak magnet. Early theoretical investigations into the 
nature of Earth’s magnetism were carried out by 
German mathematician Carl Friedrich Gauss (1777— 
1855). Quantitative studies of magnetic phenomena 
initiated in the eighteenth century by French physicist 
Charles Augustin Coulomb (1736-1806), who estab- 
lished the inverse square law of force, which states that 
the attractive force between two magnetized objects is 
directly proportional to the product of their individual 
fields and inversely proportional to the square of the 
distance between them. Danish physicist Hans 
Christian Oersted (1777-1851) first suggested a link 
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A computer graphic of a horseshoe magnet with iron filings 
aligned around it. (Alfred Pasieka. Science Photo Library, 
National Audubon Society Collection/Photo Researchers, Inc.) 


between electricity and magnetism. Experiments involv- 
ing the effects of magnetic and electric fields on one 
another were then conducted by Frenchman Andre 
Marie Ampere (1775-1836) and English physicist 
and chemist Michael Faraday (1791-1869), but it was 
Scottish physicist James Clerk Maxwell (1831-1879), 
who provided the theoretical foundation to the physics 
of electromagnetism in the nineteenth century by show- 
ing that electricity and magnetism represent different 
aspects of the same fundamental force field. 


In the late 1960s American physicist Steven 
Weinberg (1933-) and Pakistani theoretical physicist 
Abdus Salam (1926-1996), performed yet another act 
of theoretical synthesis of the fundamental forces by 
showing that electromagnetism is one part of the elec- 
troweak force. The modern understanding of mag- 
netic phenomena in condensed matter originates 
from the work of two Frenchmen: Pierre Curie 
(1859-1906), the husband and scientific collaborator 
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Magnetism 


of Madame Marie Curie (1867-1934), and Pierre 
Weiss (1865-1940). Curie examined the effect of tem- 
perature on magnetic materials and observed that 
magnetism disappeared suddenly above a certain crit- 
ical temperature in materials like iron. Weiss proposed 
a theory of magnetism based on an internal molecular 
field proportional to the average magnetization that 
spontaneously align the electronic micromagnets in 
magnetic matter. The present day understanding of 
magnetism based on the theory of the motion and 
interactions of electrons in atoms (called quantum 
electrodynamics) stems from the work and theoretical 
models of Germans-born American physicist Ernest 
Ising (1900-1998) and German physicist Werner 
Heisenberg (1901-1976). Heisenberg was also one of 
the founders of modern quantum mechanics. 


Origin of magnetism 


Magnetism arises from two types of motions of 
electrons in atoms: one is the motion of the electrons in 
an orbit around the nucleus, similar to the motion 
of the planets in the solar system around the sun; and 
the other is the spin of the electrons around its axis, 
analogous to the rotation of Earth about its own axis. 
The orbital and the spin motion independently impart 
a magnetic moment on each electron causing each of 
them to behave as a tiny magnet. The magnetic 
moment of a magnet is defined by the rotational 
force experienced by it in a magnetic field of unit 
strength acting perpendicular to its magnetic axis. In 
a large fraction of the elements, the magnetic moment 
of the electrons cancel out because of the Pauli exclu- 
sion principle, which states that each electronic orbit 
can be occupied by only two electrons of opposite 
spin. 


A number of so-called transition metal atoms, 
such as iron, cobalt, and nickel, have magnetic 
moments that are not cancelled; these elements are, 
therefore, common examples of magnetic materials. In 
these transition metal elements, the magnetic moment 
arises only from the spin of the electrons. In the rare 
earth elements (that begin with lanthanum in the sixth 
row of the periodic table of elements), however, the 
effect of the orbital motion of the electrons is not 
cancelled, and hence both spin and orbital motion 
contribute to the magnetic moment. Examples of 
some magnetic rare earth elements are: cerium, neo- 
dymium, samarium, and europium. In addition to 
metals and alloys of transition and rare earth ele- 
ments, magnetic moments are also observed in a 
wide variety of chemical compounds involving these 
elements. Among the common magnetic compounds 
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are the metal oxides, which are chemically bonded 
compositions of metals with oxygen. 


Earth’s geomagnetic field is the result of electric 
currents produced by the slow convective motion of its 
liquid core in accordance with a basic law of electro- 
magnetism, which states that a magnetic field is gen- 
erated by the passage of an electric current. According 
to this model, Earth’s core should be electrically con- 
ductive enough to allow generation and transport of 
an electric current. The geomagnetic field generated 
will be dipolar in character, similar to the magnetic 
field in a conventional magnet, with lines of magnetic 
force lying in approximate planes passing through the 
geomagnetic axis. The principle of the compass needle 
used by the ancient mariners involves the alignment of 
a magnetized needle along Earth’s magnetic axis with 
the imaginary south pole of the needle pointing 
towards the magnetic north pole of Earth. The mag- 
netic north pole of Earth is inclined at an angle of 11° 
away from its geographical north pole. 


Types of magnetism 


Five basic types of magnetism have been observed 
and classified on the basis of the magnetic behavior of 
materials in response to magnetic fields at different 
temperatures. These types of magnetism are: ferro- 
magnetism, ferrimagnetism, antiferromagnetism, par- 
amagnetism, and diamagnetism. 


Ferromagnetism and ferrimagnetism occur when 
the magnetic moments in a magnetic material line up 
spontaneously at a temperature below the Curie tem- 
perature, to produce net magnetization. The magnetic 
moments are aligned at random at temperatures above 
the Curie point, but become ordered, typically in a 
vertical or, in special cases, in a spiral (helical) array, 
below this temperature. In a ferromagnet, magnetic 
moments of equal magnitude arrange themselves in 
parallel to each other. In a ferrimagnet, on the other 
hand, the moments are unequal in magnitude and 
order in an antiparallel arrangement. When the 
moments are equal in magnitude and ordering occurs 
at a temperature called the Neel temperature in an 
antiparallel array to give a zero net magnetization, 
the phenomenon is referred to as antiferromagnetism. 
These transitions from disorder to order represent 
classic examples of phase transitions. 


Another example of a phase transition is the freez- 
ing of the disordered molecules of water at a critical 
temperature of 32°F (0°C) to form the ordered struc- 
ture of ice. The magnetic moments—referred to as 
spins—are localized on the tiny electronic magnets 
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within the atoms of the solid. Mathematically, the 
electronic spins are equal to the angular momentum 
(the rotational velocity times the moment of inertia) of 
the rotating electrons. The spins in a ferromagnetic or 
a ferrimagnetic single crystal undergo spontaneous 
alignment to form a macroscopic (large scale) magne- 
tized object. Most magnetic solids, however, are not 
single crystals, but consist of single crystal domains 
separated by domain walls. The spins align within a 
domain below the Curie temperature, independently 
of any external magnetic field, but the domains have to 
be aligned in a magnetic field in order to produce a 
macroscopic magnetized object. This process is 
effected by the rotation of the direction of the spins 
in the domain wall under the influence of the magnetic 
field, resulting in a displacement of the wall and the 
eventual creation of a single large domain with the 
same spin orientation. 


Paramagnetism is a weak form of magnetism 
observed in substances that display a positive response 
to an applied magnetic field. This response is described 
by its magnetic susceptibility per unit volume, which is 
a dimensionless quantity defined by the ratio of the 
magnetic moment to the magnetic field intensity. 
Paramagnetism is observed, for example, in atoms 
and molecules with an odd number of electrons, 
since here the net magnetic moment cannot be zero. 
Diamagnetism is associated with materials that have a 
negative magnetic susceptibility. It occurs in nonmag- 
netic substances like graphite, copper, silver and gold, 
and in the superconducting state of certain elemental 
and compound metals. The negative magnetic suscept- 
ibility in these materials is the result of a current 
induced in the electron orbits of the atoms by the 
applied magnetic field. The electron current then indu- 
ces a magnetic moment of opposite sign to that of the 
applied field. The net result of these interactions is that 
the material is shielded from penetration by the 
applied magnetic field. 


Measurement of magnetic field 


The magnetic field or flux density is measured in 
metric units of gauss (G) and the corresponding inter- 
national system unit of tesla (T). The magnetic field 
strength is measured in metric units of oersteds (Oe) 
and international units of amperes per meter (A/m). 
Instruments called gaussmeters and magnetometers 
are used to measure the magnitude of magnetic fields. 


One form of the gaussmeter that is used com- 
monly in the laboratory consists of a current carrying 
semiconducting element called the Hall probe, which 
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is placed perpendicular to the magnetic field being 
measured. Because of the Hall effect, a voltage per- 
pendicular to the field and to the current is generated 
in the probe. This induced voltage is proportional to 
the magnetic field being measured and can be simply 
measured using a voltmeter. 


Magnetometers are extremely sensitive magnetic 
field detectors. In one commonly used form the mag- 
netic force is detected by means of a sensitive electronic 
balance. In this instrument, the magnetic substance is 
placed on one arm of a balance, which in turn is placed 
in a magnetic field. The magnetic force on the sample is 
then determined by the weight required to balance the 
force generated by the magnetic field. 


The most sensitive magnetometer in a modern 
physics laboratory utilizes a magnetic sensing element 
called the SQUID (which stands for Superconducting 
QUantum Interference Device). A SQUID consists of 
an extremely thin electrically resistive junction (called 
a Josephson junction) between two superconductors. 
Superconductors are materials that undergo a transi- 
tion at low temperatures to a state of zero electrical 
resistance and nearly complete exclusion of magnetic 
fields. In its direct current mode of operation, a 
SQUID is first cooled down to its superconducting 
state, and then a current is passed through it while 
the voltage across the junction is monitored. When the 
junction senses a magnetic field, the flow of current is 
altered due to an interference phenomenon at the 
quantum level between two electron wave fronts 
through the junction, resulting in a change in voltage. 
Interference is a phenomenon that occurs generally 
due to the mixing of two wave fronts; the waves add 
up in some regions and cancel out in others depending 
on the location of the crest and trough of each wave in 
space. For example, the interference between the 
sound waves from two simultaneously played musical 
instruments tuned at somewhat different frequencies 
results in the occurrence of beats or modulations in the 
sound intensity. 


A variation of the SQUID magnetometer is the 
SQUID gradiometer that measures differences in 
magnetic fields at different positions. Using this type 
of instrument magnetic field variations in the femto- 
tesla (10°'> tesla) range can be detected. Devices of this 
type have been used to map the tiny magnetic signals 
from the human brain. 


Applications of magnetism 


Electromagnets are utilized as key components of 
transformers in power supplies that convert electrical 
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energy from a wall outlet into direct current energy for 
a wide range of electronic devices, and in motors and 
generators. High field superconducting magnets 
(where superconducting coils generate the magnetic 
field) provide the magnetic field in MRI (magnetic 
resonance imaging) devices that are now used exten- 
sively in hospitals and medical centers. MRI scanners 
are generally found only in large medical research 
centers: the equipment is extremely expensive (one 
unit can cost around $4 million [in 2004], with hun- 
dreds of thousands of maintenance cost each year), 
and a trained radiologist must be present to supervise 
the procedure. 


Magnetic materials that are difficult to demagnet- 
ize are used to construct permanent magnets. 
Permanent magnet applications are in loudspeakers, 
earphones, electric meters, and small motors. A loud- 
speaker consists of a wire carrying an alternating cur- 
rent. When the wire is in the magnetic field of the 
permanent magnet it experiences a force that generates 
a sound wave by alternate compression and rarefac- 
tion of the surrounding air when the alternating fre- 
quency of the current is in the audible range. 


The more esoteric applications of magnetism are 
in the area of magnetic recording and storage devices 
in computers, and in audio and video systems. 
Magnetic storage devices work on the principle of 
two stable magnetic states represented by the 0 and 1 
in the binary number system. Floppy disks have doz- 
ens of tracks on which data can be digitally written in 
or stored by means of a write-head and then accessed 
or read by means of a read-head. A write-head pro- 
vides a strong local magnetic field to the region 
through which the storage track of the disk is passed. 
The read-head senses stray magnetic flux from the 
storage track of the disk as it passes over the head. 
Another example of digital magnetic storage and read- 
ing is the magnetic strip on the back of plastic debit 
and credit cards. The magnetic strip contains identi- 
fication data that can be accessed through, for exam- 
ple, an automatic teller machine. 


Some current research trends in magnetism 


Ideally pure magnetic systems have provided the 
most extensively investigated models of the large scale 
collective behavior of atoms and electrons that occur 
in the vicinity of the critical point of phase transitions. 
More recent studies have unearthed fascinating effects 
caused by the intentional introduction of impurities 
and defects into random locations in the atomic lattice 
of a magnetic material. For example, these random 
magnetic systems display transitions to states of order 
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KEY TERMS 


Curie temperature—The temperature at which 
magnetic domains become randomized. 


Diamagnetism—The negative response of matter to 
an applied magnetic field that prevents the pene- 
tration of the field into its interior. 


Electromagnetism—The unified electrical and 
magnetic field of force generated by the passage 
of an electric current through matter. 


Ferrimagnetism—A strong form of magnetism that 
occurs with antiparallel alignment of unequal mag- 
netic spins. 

Ferromagnetism—A strong form of magnetism that 
occurs with the parallel alignment of equal mag- 
netic spins. 

Geomagnetism—The magnetism displayed by the 
Earth that is probably caused by the electric fields 
generated in its central liquid core by its rotation. 


Magnetic susceptibility—The response of a system 
to an applied magnetic field; it is a dimensionless 
quantity that is equal to the ratio of the magnetic 
moment to the applied field intensity. 


Magnetometer—Instrument used to detect and 
measure magnetic field strengths. 


Phase transition—The phenomenon of a reversible 
transformation of one state to another state of 
matter. 


Spin—The magnetic moment or angular momen- 
tum due to the rotation of electrons. 


that have no counterparts in pure systems, because 
pure systems are, by necessity, always close to thermo- 
dynamic equilibrium or stability. For these reasons 
there is now intense interest and research activity in 
disordered systems, and random magnets provide 
ideal model systems for such investigations. 


An area of intense current activity centers around 
the search for a likely magnetic pairing force in the 
high temperature ceramic superconductors that were 
discovered in 1987 by the German-Swiss team of 
Georg Bednorz (1950—) and Karl Alexander Muller 
(1927). A superconductor achieves a zero resistance 
state by means of a force field that pairs up the con- 
ducting electrons within its atoms. The new ceramic 
materials are antiferromagnets in their undoped state, 
but on doping start to superconduct at temperatures 
that are over 182°F (83°C) warmer than conventional 
pure metal and alloy superconductors. 
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The effects of extremely high magnetic fields on 
the properties of condensed matter continues to be an 
area of high interest. New research areas, such as the 
search and study of magnetism in organic matter, and 
the study of diamagnetism and novel magnetic effects 
in the recently synthesized nanometer-sized (a nano- 
meter is equal to 10° meter) carbon nanotubes, are of 
increasing interest to physicists and material scientists. 
Carbon tubes were first created in 1991. Also called 
buckytubes, they are cylindrical carbon molecules 
with properties that are important to the development 
of molecular nanotechnology. 
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Zafar Iqbal 


The magnetosphere is a region around an astro- 
nomical body where the behavior of charged particles is 
strongly influenced by magnetic and ionic phenomena. 
The magnetosphere around Earth’s outer atmosphere 
is comet-shaped. The planets Jupiter, Saturn, Uranus, 
and Neptune also have magnetospheres. Mercury, and 
Ganymede, one of Jupiter’s moons, have very weak 
magnetospheres, while Mars has an irregular magneto- 
sphere. The term was first introduced by Austrian-born 
British astronomer and astrophysicist Thomas Gold 


Magnolia 


(1920-2004) in 1959 although speculation about the 
existence of such a region goes back to the early 1930s 
in the studies of Sydney Chapman and V.C.A. Ferraro. 
The discovery of Earth’s magnetosphere was discov- 
ered in 1958 by astronomers researching through the 
spacecraft Explorer I. 


The magnetosphere exists because of the interac- 
tion between the Earth’s own magnetic field and the 
solar wind, a rapidly moving plasma consisting of 
protons and electrons expelled from the sun’s surface. 
The magnetosphere’s distinctive shape is a conse- 
quence of the fact that the solar wind is deflected by 
Earth’s magnetic field in a manner somewhat similar 
to the way a rock deflects the flow of a stream of water. 


The forward (sun-facing) edge of the magneto- 
sphere is located at a distance of about ten Earth 
radii (about 40,365 mi/65,000 km) from Earth’s sur- 
face. At this distance, the pressure of particles escaping 
from Earth’s atmosphere is equal to the pressure of the 
solar wind. An equilibrium layer with a thickness of 
about 62 mi (100 km) in this region is known as the 
magnetopause. The magnetopause completely sur- 
rounds the magnetosphere like a thin envelope. 
Forward of the magnetopause in the direction of the 
sun is the magnetosheath, a region in which Earth’s 
magnetic field is highly turbulent. 


The magnetosphere extends much farther from 
Earth on the side away from the sun (the night side) 
because both the solar wind and particles escaping from 
Earth’s atmosphere are moving in the same direction. It 
appears that the magnetopause in this direction may be 
located at a distance of a few thousand Earth radii. 


The internal structure of the magnetopause is 
highly complex. The reason for this complexity is 
that three distinct factors—the solar wind, Earth’s 
magnetic field, and the sun’s magnetic field—are con- 
stantly interacting with each other. This interaction 
causes the development of distinct regions within the 
magnetosphere. For example, the night side of the mag- 
netosphere appears to be subdivided into two regions by 
a thin layer of plasma called the plasma sheet. 


Certain familiar astronomical phenomena are 
related to the magnetosphere. For example, particles 
excited by the interaction between the solar wind and 
the magnetosphere may eventually collide with and 
ionize particles in the upper atmosphere. When these 
ionized particles return to their ground state, they give 
off energy that may appear in the form of auroras 
(aurora borealis or aurora australis). 


Magnitude see Astronomy 


2606 


l Magnolia 


Magnolias are species of trees and woody shrubs 
that comprise the family Magnoliaceae. This is an ancient 
and relatively primitive group of dicotyledonous 
plants with fossil materials known from as early as 
the Upper Cretaceous. The magnolia family contains 
about 220 species in 12 genera, including the true 
magnolias (Magnolia spp.), with about 100 species. 


Magnolias have seasonally deciduous or ever- 
green oval-shaped toothless leaves, arranged alter- 
nately on their twigs and branches. The flowers are 
bisexual, containing both male and female elements 
with three or more sepals and six or more showy 
petals. There are numerous stamens, arranged in a 
spiral fashion on the lower part of the elongate floral 
axis with numerous pistils spirally arranged above. 
The fruits are numerous, bright red or brown, and 
they hang with threadlike attachments from a 
semiwoody conelike structure derived from the floral 
axis. 


Magnolias occur in warm-temperate and subtrop- 
ical climates of the Northern Hemisphere, particularly 
in southeastern North America and most diversely, 
eastern Asia. 


The most widespread tree-sized species in eastern 
North America is the cucumber tree( Magnolia acumi- 
nata) with greenish flower petals and extending over 
much of the eastern United States and extreme south- 
ern Ontario. The southern magnolia (M. grandiflora), 
sweet bay (M. virginiana), and umbrella magnolia 
(M. tripetala) are more southern in their distributions 
and have white-petalled flowers. Species with rela- 
tively restricted southern distributions include the 
big-leaf magnolia (M. macrophylla), Ashe magnolia 
(M. ashei), Fraser magnolia (M. fraseri), and pyra- 
mid magnolia (M. pyramidata). 


Magnolias are often cultivated as attractive trees 
and shrubs around homes and in parks. Native species 
most commonly used in horticulture is Magnolia grandi- 
flora, which is one of the famous shade trees of the 
southeastern United States. Although it is a less showy 
species than the southern magnolia, Magnolia acuminata 
is also commonly planted, especially in more northern 
regions. Asiatic species that commonly occur in horticul- 
ture include the star magnolia (Magnolia stellata), 
kobus magnolia (M. kobus), and saucer magnolia 
(M. soulangeana). 


The tulip tree (Liriodendron tulipifera) is another 
member of the magnolia family with a relatively wide 


GALE ENCYCLOPEDIA OF SCIENCE 4 


distribution in southeastern North America. This spe- 
cies is commercially important for its straight, clear 
lumber, and as an ornamental tree. 


Bill Freedman 


i Mahogany 


Mahogany (Swietenia mahogani) is a member of 
the family Meliaceae, which contains about 500 spe- 
cies of trees and shrubs native to tropical forests in the 
Americas, Africa, and Asia. Other common names for 
this species are the Spanish or West Indies mahogany. 
Various other species of trees have also been given the 
name mahogany, but the true mahogany is Swietenia 
mahogani. Mahogany is one of the most valuable of 
the tropical hardwoods because of its desirable qual- 
ities for the crafting of fine furniture. 


Mahogany is native to humid tropical forests of 
the West Indies, Mexico, and Central America. Until 
rather recently, mahogany was especially abundant in 
forests in Honduras. However, the quantity of 
mahogany has been greatly reduced throughout its 
range by extensive logging. Although much reduced 
in abundance, mahogany is not yet considered an 
endangered species. 


Mahogany is also indigenous to extreme southern 
Florida, where it occurs in some of the hardwood 
“islands” in the sawgrass wetlands of Everglades 
National Park, known locally as hammocks. 
However, mahogany reaches the northern limits of 
its range in southern Florida, and is rather sparse in 
that region. Because of its great value as lumber, 
mahogany has also been planted in suitable tropical 
climates beyond its native range. 


Biology of mahogany 


Mahogany grows as tall as about 66-98 feet (20-30 
m), and can achieve a diameter of more than 24 inches 
(60 cm), exclusive of the large, basal buttresses the tree 
usually develops. Mahogany is a slow-growing tree, 
and it usually occurs in older, closed forests. 


The wood of mahogany is very hard, heavy, and 
strong, and hasa rich, red-brown color, with an attrac- 
tive, crooked grain. Mahogany wood is among the 
world’s most prized and hardest-wearing timbers, 
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and is principally used to manufacture fine furniture. 
The bark is dark brown and rather scaly. 


Mahogony’s dark-green leaves of mahogany are 
arranged in an alternate fashion on the twigs. They are 
compound, meaning six to eight oval-shaped, leathery 
leaflets arise from a single petiole. The entire leaf has a 
length of 4-7 inches (10-18 cm). Mahogany leaves are 
evergreen, that is, they are not shed all at once at some 
particular season. 


The flowers of mahogany are small, only about 
0.1 inch (2-3 mm) in diameter, with five greenish or 
whitish petals occurring in open clusters as a loose 
inflorescence. The flowers secrete nectar and are pol- 
linated by insects. The fruits of mahogany are a red- 
dish-brown capsule, which when ripe, split along five 
seams to shed the 0.8 inch- (2 cm) long seeds. 


Uses of mahogany 


Mahogany wood is used to manufacture fine fur- 
niture; it is valued because it is durable and can be 
carved with intricate details. It has a deep, rich color, 
attractive grain, stains beautifully, and glues solidly 
onto manufactured products. Mahogany was first 
imported to Europe in 1724, and it soon became 
famous because of the gracefully ornate furniture 
that Thomas Chippendale, an English cabinetmaker, 
began to make from the wood. 


The most valuable raw product produced from 
mahogany wood is solid lumber, which can then be 
manufactured into expensive furniture and cabinets. 
However, solid mahogany is a very expensive material, 
and is becoming increasingly difficult to obtain. As a 
result, much mahogany is now used to manufacture a 
veneer product, in which a core of inferior wood is 
covered with a thin layer of mahogany. This compo- 
site material is glued together, and combines many of 
the desirable qualities of mahogany, especially its 
beautiful grain and color, with the cost savings asso- 
ciated with the use of other, relatively inexpensive 
species of trees. 


Some related species 


Some other species in the family Meliaceae are of 
commercial importance as sources of lumber, or as 
ornamental plants in horticulture. 


The Spanish or cigar-box cedar (Cedrela odorata) 
of Central and South America has a hard, durable, 
richly colored wood that is used as a substitute for the 
true mahogany in fine cabinetry and furniture, as is the 


2607 


Auesoyew 


Maidenhair fern 


KEY TERMS 


Buttress—A structure that many trees of humid 
tropical forests grow at their base to stabilize the 
tree against the swaying forces of the wind. 
Buttresses can occur as broadened bases of the 
trunk, or as large, vertical projections from the 
base. 

Tropical hardwood—A generic term for a wide 
variety of species of tropical, angiosperm trees. 
Tropical hardwoods have a heavy, dense wood 
that is valuable for the manufacturing of lumber, 
or composite materials such as_ plywood. 
Mahogany and teak are among the most prized of 
the tropical hardwoods. 


crabwood (Carapa guianensis ), with a broadly similar 
range. African mahogany (Khaya senegalensis ) grows 
in tropical forests on the west coast of Africa and is 
one of the many African species, including those in the 
genera Entandrophragma and Lovoa, which are sub- 
stituted for the wood of the true mahogany. Some 
tropical hardwoods in other plant families are also 
used as substitutes for mahogany, for example, the 
Columbian mahogany Cariniana pyriformis, family 
Lecythidaceae. 


The Chinaberry (Melia azedarach) is native to 
southern Asia, but is grown as an ornamental plant 
in parts of the southern United States. The compound 
leaves of the Chinaberry can be longer than 20 inches 
(50 cm), and its purplish flowers are attractive and 
fragrant. 


Species in the genera Azadirachta and Melia are 
used to manufacture botanical insecticides. Seeds of 
the trees Carapa guianensis and C. moluccensis are 
used to manufacture a minor product known as car- 
apa fat, a thick white or yellow oil used in oil lamps, 
and sometimes as an insect repellant. 
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l Maidenhair fern 


These are a group of ferns found in tropical and 
warm temperate regions. They are characterized by 
delicate fan-shaped fronds, arising from a thin black 
midrib, with small green leaflets. Maidenhair fern 
belong to the genus Adiantum, and some species are 
popular as houseplants. In North America there are 
three common species: the northern maidenhair fern 
(A. pedatum), the southern maidenhair fern (A. cap- 
illus-veneris), and the western maidenhair fern (A. 
aleuticum). They can grow up to 3 feet (1 m) tall and 
are generally found in clumps. 


The leaflets are covered in a thick waxy epidermis 
with strong water-repellent properties (the Greek 
translation of Adiantum means “unmoistened’’). The 
maidenhair ferns have been used as ingredients of 
medicinal shampoo, and also as hair restorer. In the 
sixteenth century they were also used to relieve 
asthma, snakebites, coughs, and as a stimulant. 


The southern maidenhair fern tends to be found 
on shady, moist slopes with calcium-rich soil in the 
Southeastern and Gulf states, as well as the Rockies as 
far north as Utah and west to California. Northern 
maidenhair fern occurs most abundantly in Virginia, 
though scattered collections are known from other 
coastal areas, as well as from woodlands within 
North and South Carolina and Georgia, and as far 
north as Ontario. Western maidenhair is also known 
as five-finger maidenhair, due to the appearance of the 
leaves at the ends of the stalks, and it is native to 
western North America. Species of maidenhair ferns 
can also be found in Europe, around the Mediterranean 
and in Japan. 


The maidenhair tree or ginkgo(Ginkgo biloba) is 
said to be named after this group of ferns because of 
the similarity of leaf shape. However, the ginkgo is a 
conifer tree, and is not related to the maidenhair ferns. 


Maize see Grasses 
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I Malaria 


Malaria has been described as the world’s greatest 
public health concern. It is caused by one of several 
strains of the Plasmodium protozoan, a one-celled 
parasite that is transmitted by the bite of the 
Anopheles mosquito. Up to 500 million people are 
infected with malaria each year, resulting in 1-3 mil- 
lion deaths annually, primarily in children under five- 
years-old in sub-Saharan Africa, Asia, and South 
America, where over 90% of malaria deaths occur. 
Malaria has essentially been eradicated in most parts 
of North America, Europe, and Russia, although 
infected travelers and immigrants can reintroduce the 
disease if bitten by an infected mosquito. Malaria is on 
the increase worldwide and presents a major burden 
for tropical communities and travelers, particularly in 
areas where the parasite has evolved resistance to the 
drugs used to treat it. 


Life cycle 


Alphonse Laveran, a French Army physician 
working in North Africa in the 1880s, was the first to 
observe malarial parasites in human blood. Their 
mode of transmission was not understood, however, 
until Ronald Ross, a British medical officer in India, 
found the organisms within the bodies of Anopheles 
mosquitoes. Malaria is caused by four species of para- 
sitic protozoa: Plasmodium vivax, P. ovale, P. malar- 
iae, and P. falciparum. These organisms have complex 
life cycles involving several different developmental 
stages in both human and mosquito hosts. Present as 
infective sporozoites in the salivary glands of the mos- 
quito, they are transferred by the mosquito’s bite to 
the human blood stream, where they travel to the liver. 
There, each sporozoite divides into thousands of mer- 
ozoites, which emerge into the blood once again and 
begin invading the host’s red blood cells. This event 
triggers the onset of disease symptoms, as the mero- 
zoites consume proteins necessary for proper red 
blood cell function, including hemoglobin. The mer- 
ozoites mature into the trophozoite phase and repro- 
duce by division. As a result, many more merozoites 
are released into the blood when the host cell finally 
ruptures. In P. vivax and P. ovale infection, some 
sporozoites may delay their development in the liver, 
lingering in a dormant phase, but emerging later and 
causing the characteristic recurrence of symptoms. 


The cycle of red blood cell invasion and parasite 
multiplication repeats itself many times during a bout 
of malaria. If a mosquito bites the affected person, the 
insect takes up merozoites, which reproduce sexually 
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within its gut. The cycle completes itself as the larval 
parasites pass through the gut wall and make their way 
to the mosquito’s salivary glands, from whence they may 
again be transferred to a human host as sporozoites. 


Symptoms 


Malaria is easily misdiagnosed because it resembles 
many other diseases. Early symptoms include malaise, 
fatigue, headache, nausea and vomiting, and muscular 
aches; after several hours, the characteristic high fever 
and chills occur. The body’s principal defenses are fever 
and filtration of infected red blood cells in the spleen. 
Neither of these mechanisms, however, is completely 
effective in ridding the body of the parasite. 


P. falciparum is the most dangerous of the four 
malaria strains, and can kill a healthy adult in 48 
hours. This type is so dangerous because the parasitized 
red blood cells can become sequestered in the deep 
vascular beds of the brain—hence the term “cerebral 
malaria” for severe malaria infection with this strain. 
Sequestration happens because parasite-derived pro- 
teins on the surface of infected red blood cells cause 
them to stick to each other and to the cells lining the 
host’s venules and capillaries (two types of small blood 
vessel), especially in the brain and heart. This has the 
effect of keeping the parasite away from the host’s 
natural defense system. It also means that the progress 
of the disease can be hidden from a health practitioner 
who draws blood from a peripheral body region (for 
example, the arm); such blood will not reveal the true 
extent of the infection. Delirium, convulsions, and 
coma are features of falciparum malaria, which is asso- 
ciated with a 20% mortality rate in adults. 


Treatment and control 


A connection between swampy areas and fever was 
made centuries ago, and the word malaria reflects the 
popular belief that the illness was caused by bad air 
(Italian, mal aria). During the sixteenth century, people 
discovered that the disease could be treated using qui- 
nine, a compound derived from the bark of the tropical 
Cinchona tree. No vaccine for malaria has yet been 
developed, although the U.S. Army has worked to 
develop one for decades. In the summer of 2006, Army 
researchers began clinical trials of the thirtieth potential 
vaccine since the Army began to tackle the disease. 
Currently, the synthetic agent chloroquine is the most 
widely used antimalarial drug; it can clear nonresistant 
parasites from the blood in two to three days. 


Malaria prophylaxis (prevention) is prescribed 
according to type of malaria parasite present in the 
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desired destination. Doxycicline is often prescribed for 
malaria prophylaxis. Chloroquine is sometimes com- 
bined with the drug primaquine for protection for peo- 
ple who are at particular risk of becoming infected 
while visiting in malarial regions. Chloroquine, an 
older antimalarial drug, has shown some renewed effec- 
tiveness in some malarial areas. Chloroquine attacks 
parasites that are circulating in the blood; primaquine is 
necessary to eradicate dormant parasites from the liver. 
Malaria prophylaxis begins one week before entering a 
malarial area and continues for several weeks after 
returning to unaffected areas, because of the complex 
nature of the parasite’s life cycle and the potential for 
relapse. Other drugs used for preventing malaria 
include atovaquone/proguanil and mefloquine. 


Unfortunately, many people experience side 
effects from antimalarial medications. Further, chlor- 
oquine-resistant strains of falciparum malaria are on 
the increase worldwide. For this resistant parasite, the 
drug mefloquine is the preferred method of prophy- 
laxis and treatment, although resistance to this drug 
may emerge rapidly, and resistant strains have been 
found in areas where the drug has never been used. 


Environmental efforts at preventing the disease have 
been directed at draining swampy areas and spraying for 
mosquitoes in areas where they breed. An insecticide 
spraying campaign undertaken in India was effective 
for several years, until the mosquitoes evolved resistance 
to the insecticide used against them and rebounded witha 
vengeance. Use of the banned insecticide DDT is prob- 
lematic as it has numerous environmental side effects, but 
is being considered for use again in areas where mosqui- 
toes carrying resistant malaria are present. 


Avoiding being bitten may be the best defense, 
and people in malarial areas are advised to avoid the 
outdoors during peak mosquito feeding times (dusk 
and dawn), to use window screens, and to sleep under 
nets treated with insecticide. However, there are mil- 
lions of people in malaria-infested regions who are too 
poor to acquire window screens or netting. 


In areas where malaria is endemic (ever-present), 
many individuals appear to be immune to the disease. 
In some populations, including those of India, Latin 
America, southern Europe, and especially Africa, the 
gene causing sickle-cell anemia is present. This gene is 
directly connected with malaria immunity: a person 
possessing one copy of the sickle-cell gene will be 
malaria-resistant, while a person possessing two copies 
of the gene will be both malaria-resistant and sickle-cell 
anemic. Further, even among people who do not have 
the sickle-cell gene at all, not all infected individuals 
have symptoms; many individuals will host parasites 
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KEY TERMS 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it 
directs an immune response. 


Merozoite—The motile, infective stage of malaria, 
responsible for disease symptoms. 


Parasite—An organism that lives on or within a 
host organism to the detriment of the host. 


Protozoan—Microscopic, single-celled, eukary- 
otic organism, classified in the kingdom Protista. 


Sporozoite—Developmental stage of the malaria 
protozoan during which it is transferred from mos- 
quito to human host. 


Trophozoite—The amoeboid, vegetative stage of 
the malaria protozoa. 


within their bodies for months and years without show- 
ing symptoms. This suggests that a vaccine could be 
developed, if the mechanism of host immunity could be 
identified. Thus far, however, the complexity of the 
immune response and the diversity of the parasite’s 
evasive mechanisms have prevented researchers from 
clinically assessing immunity. Evidently, each of the 
protozoan’s developmental stages bears different anti- 
gens (the molecules that trigger the development of 
immunity in the host). What is more, these factors are 
different for each of the four strains of the parasite. 
This explains why no individual is known to be 
immune to all four malarial strains. 


The fact that Europe and North America have not 
been afflicted by malaria since the early twentieth 
century has meant that for decades, relatively little 
research was done on malaria vaccines, new malarial 
drugs, or specialized insecticides. Of the 1,223 new 
drugs developed from 1975 to 1996, only three were 
antimalarials. However, first world funding for 
malaria research has increased dramatically since the 
mid-1990s, and in 2002, researchers announced that 
they had completely characterized the genomes of the 
Plasmodium falciparum parasite and its vector (means 
of transmission), the Anopheles gambiae mosquito. It 
is hoped that this knowledge will increase understand- 
ing of parasite-host and parasite-vector relationships, 
symptom causation, and drug responses, and will 
accelerate vaccine development and suggest possibil- 
ities for new drugs. For instance, researchers may 
design drugs targeted to blocking the function specific 
genes essential to the survival of the parasite. In addi- 
tion, philanthropic organizations such as the Bill and 
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Melinda Gates Foundation have made conquering 
malaria among their top priorities. 


See also Tropical diseases. 
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I Malnutrition 


Malnutrition is the condition that develops when 
the body does not get the right amount of the vitamins, 
minerals, and other nutrients it needs to maintain 
healthy tissues and organ function. Worldwide, mal- 
nutrition is a contributing factor in about half of all 
childhood deaths. 


Malnutrition occurs in people who are either 
undernourished or over-nourished. Undernutrition is 
a consequence of consuming too few essential 
nutrients or using or excreting them more rapidly 
than they can be replaced. 


Infants, young children, and teenagers need addi- 
tional nutrients. So do women who are pregnant or 
breast-feeding. Nutrient loss can be accelerated by 
diarrhea, excessive sweating, heavy bleeding (hemor- 
rhage), or kidney failure. Nutrient intake can be 
restricted by age-related illnesses and conditions, 
excessive dieting, severe injury, serious illness, a 
lengthy hospitalization, or substance abuse. 
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The leading cause of death in children in develop- 
ing countries is protein-energy malnutrition. This type 
of malnutrition is the result of inadequate intake of 
calories from proteins, vitamins, and minerals. 
Children who are already undernourished can suffer 
from protein-energy malnutrition when rapid growth, 
infection, or disease increases the need for protein and 
essential minerals. 


Overnutrition 


In the United States, nutritional deficiencies have 
generally been replaced by dietary imbalances or 
excesses associated with many of the leading causes 
of death and disability. Overnutrition results from 
eating too much, eating too many of the wrong things, 
not exercising enough, or taking too many vitamins or 
other dietary replacements. 


Risk of overnutrition is also increased by being 
more than 20% overweight, consuming a diet high in 
fat and salt, and taking high doses of: nicotinic acid 
(niacin) to lower elevated cholesterol levels; vitamin Bg 
to relieve premenstrual syndrome; vitamin A to clear 
up skin problems; or iron or other trace minerals not 
prescribed by a doctor. 


Nutritional disorders can affect any system in the 
body and the senses of sight, taste, and smell. 
Malnutrition begins with changes in nutrient levels in 
blood and tissues. Alterations in enzyme levels, tissue 
abnormalities, and organ malfunction may be fol- 
lowed by illness and death. 


Causes and symptoms 


Poverty and lack of food are the primary reasons 
why malnutrition occurs in the United States. Ten 
percent of all members of low income households do 
not always have enough healthful food to eat, and 
malnutrition affects one in four elderly Americans. 
Protein-energy malnutrition occurs in 50% of surgical 
patients and in 48% of all other hospital patients. 


There is an increased risk of malnutrition associ- 
ated with chronic diseases, especially disease of the 
intestinal tract, kidneys, and liver. Patients with 
chronic diseases like cancer, AIDS (acquired immuno- 
deficiency syndrome), and intestinal disorders may 
lose weight rapidly and become susceptible to under- 
nourishment because they cannot absorb valuable 
vitamins, calories, and iron. 


People with drug or alcohol dependencies are also 
at increased risk of malnutrition. These people tend to 
maintain inadequate diets for long periods of time and 
their ability to absorb nutrients is impaired by the 
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Malnutrition 


alcohol or drug’s affect on body tissues, particularly 
the liver, pancreas, and brain. 


Unintentionally losing 10 Ibs (4.5 kg) or more may 
be a sign of malnutrition. People who are malnour- 
ished may be skinny or bloated. Their skin is pale, 
thick, dry, and bruises easily. Rashes and changes in 
pigmentation are common. Hair is thin, tightly curled, 
and pulls out easily. Joints ache and bones are soft and 
tender. The gums bleed. The tongue may be swollen or 
shriveled and cracked. Visual disturbances include 
night blindness and increased sensitivity to light and 
glare. 


Other symptoms of malnutrition include: anemia, 
diarrhea, disorientation, goiter (enlarged thyroid 
gland), loss of reflexes and lack of coordination, 
muscle twitches, and scaling and cracking of the lips 
and mouth. 


Malnourished children may be short for their age, 
thin, listless, and have weakened immune systems. 


Diagnosis 


Overall appearance, behavior, body-fat distribu- 
tion, and organ function can alert a family physician, 
internist, or nutrition specialist to the presence of mal- 
nutrition. Patients may be asked to record what they 
eat during a specific period. X rays can determine bone 
density and reveal gastrointestinal disturbances, and 
heart and lung damage. 


Blood and urine tests are used to measure levels of 
vitamins, minerals, and waste products. Nutritional 
status can also be determined by: comparing a 
patient’s weight to standardized charts; calculating 
body mass index (BMI) according to a formula that 
divides height into weight; and measuring skin-fold 
thickness or the circumference of the upper arm. 


Treatment 


Normalizing nutritional status starts with a nutri- 
tional assessment. This process enables a clinical nutri- 
tionist or registered dietician to confirm the presence 
of malnutrition, assess the effects of the disorder, and 
formulate diets that will restore adequate nutrition. 


Patients who cannot or will not eat, or who are 
unable to absorb nutrients taken by mouth, may be fed 
intravenously (parenteral nutrition) or through a tube 
inserted into the gastrointestinal (GI) tract (enteral 
nutrition). 


Tube feeding is often used to provide nutrients to 
patients who have suffered burns or who have inflam- 
matory bowel disease. This procedure involves 
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inserting a thin tube through the nose and carefully 
guiding it along the throat until it reaches the stomach 
or small intestine. If long-term tube feeding is neces- 
sary, the tube may be placed directly into the stomach 
or small intestine through an incision in the abdomen. 


Tube feeding cannot always deliver adequate 
nutrients to patients who: are severely malnourished, 
require surgery, are undergoing chemotherapy or radi- 
ation treatments, have been seriously burned, have 
persistent diarrhea or vomiting, or whose gastrointes- 
tinal tract is paralyzed. 


Intravenous feeding can supply some or all of the 
nutrients these patients need. 


Prognosis 


Up to 10% of a person’s body weight can be lost 
without side effects, but if more than 40% is lost, the 
situation is almost always fatal. Death usually results 
from heart failure, electrolyte imbalance, or low body 
temperature. Patients with semiconsciousness, persis- 
tent diarrhea, jaundice, or low blood sodium levels 
have a poorer prognosis. 


Some children with protein-energy malnutrition 
recover completely. Others have many health prob- 
lems throughout life, including mental retardation 
and the inability to absorb nutrients through the intes- 
tinal tract. Prognosis for all patients with malnutrition 
seems to be dependent on the age of the patient, and 
the length and severity of the malnutrition, with young 
children and the elderly having the highest rate of 
long-term complications and death. 


Prevention 


Breast-feeding a baby for at least six months is con- 
sidered the best way to prevent early-childhood malnu- 
trition. The U.S. Department of Agriculture and Health 
and Human Services recommend that all Americans over 
the age of two years: consume plenty of fruits, grains, and 
vegetables; eat a variety of foods that are low in fats and 
cholesterols and contain only moderate amounts of salt, 
sugars, and sodium; engage in moderate physical activity 
for at least 30 minutes, at least several times a week; 
achieve or maintain their ideal weight; and use alcohol 
sparingly or avoid it altogether. 


Every patient admitted to a hospital should be 
screened for the presence of illnesses and conditions 
that could lead to protein-energy malnutrition. Patients 
with higher-than-average risk for malnutrition should be 
more closely assessed and reevaluated often during long- 
term hospitalization or nursing-home care. 
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Mambas see Elapid snakes 


[ Mammals 


The more than 4,000 species of living mammals 
belong to the vertebrate class Mammalia. This diverse 
group of animals has certain common features: all have 
four legs, bodies covered by hair, a high and constant 
body temperature, a muscular diaphragm used in res- 
piration, a lower jaw consisting of a single bone, a left 
systemic aortic arch leaving the left ventricle of the 
heart, and three bones in the middle ear. In addition, 
all female mammals have milk-producing glands. 
There are three living subclasses of mammals: the 
Monotremata (egg-laying mammals), the Marsupialia 
(pouched mammals), and the Placentalia (placental 
mammals). 


Mammals range in size from bats, some of which 
weigh less than | ounce (28.4 g), to the blue whale, 
which weighs more than 200,000 pounds (90,800 kg). 
Mammals are found in cold arctic climates, in hot 
deserts, and in every terrain in between. Marine mam- 
mals, such as whales and seals, spend most of their 
time in the ocean. While mammals are not as numer- 
ous and diverse as, for example, birds or insects, they 
have a tremendous impact on the environment, partic- 
ularly due to the use of Earth’s natural resources by 
one mammal species: humans. 


Mammal species have developed varying adapta- 
tions in response to the different environments in which 
they live. Mammals in cold climates have insulating 
layers—a thick coat of fur, or a thick layer of fat (blub- 
ber)—that help retain body heat and keep the animal’s 
body temperature constant. Some mammals that live in 
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deserts survive by special adaptations in their kidneys 
and sweat glands, as well as by their ability to avoid heat 
by behavioral means. Other adaptations for survival in 
extreme climates include hibernation (a state of winter 
dormancy) or estivation (summer dormancy). These 
responses make it possible for the animal to conserve 
energy when food supplies become scarce. 


The care of the young (parental care) is notable 
among mammals. Born at an average of 10% of its 
mother’s weight, mammalian young grow rapidly. The 
protection the young receive from one or both parents 
during the early stages of their lives enables them to 
maintain a strong survival rate in the animal kingdom. 


The subclass Placentalia contains the majority of 
living mammals. Placental embryos develop in the moth- 
er’s uterus, is nourished by blood from the placenta, and 
is retained until it reaches an advanced state of develop- 
ment. Marsupialia are found in Australia and in North 
and South America. Their young develop inside the 
uterus, usually with a placenta connected to a yolk sac. 
Young marsupials are born in a very undeveloped state 
and are sheltered in a pouch (the marsupium) which 
contains the nipples of the milk glands. Kangaroos, 
wallabies, and most Australian mammals are marsu- 
plals, as is the opossum of the New World. The 
Monotremata of Australia include the duck-billed platy- 
pus and two species of spiny anteaters. Monotremes lay 
eggs, but have hair and secrete milk like other mammals. 


| Manakins 


Manakins are 54 species of small, tropical birds 
that comprise the family Pipridae, occurring from 
southern Mexico to Paraguay. Manakins are species 
that dwell in mature, tropical forests. 


Manakins are squat, compact birds, with short, 
rounded wings and a short tail. However, in some 
species the tail of the male is greatly lengthened by 
the occurrence of long, thin extensions, sometimes 
longer than the rest of the body. Manakins have a 
short beak, slightly hooked at the tip. They are skilled 
and maneuverable fliers. 


Male manakins of most species are very brightly 
colored, with brilliant patterns of red, yellow, blue, or 
white on a background of black or dark gray. Female 
manakins are much less brilliant, and are typically 
olive-green in color. 


Manakins are highly active birds. They commonly 
fly-catch insects, which are a major component of their 
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diet. Manakins even utilize aerial sallies to pluck fruit, 
another of their important foods. 


Manakins are famous for their elaborate court- 
ship rituals, which are among the most complex of any 
of the birds. The most celebrated courtships involves 
species in which the males display at leks, or commu- 
nal assembly areas where males gather to display to 
each other and to females as they arrive seeking a 
potential mate. 


Individual males of the white bearded manakins 
(Manacus spp.) clear a small, approximately 3 ft (1 sq m) 
area of the forest floor of leaves, twigs, and other litter, 
as do other males. In this way a large lek of as many as 
70 courts can develop, over an area as wide as 98 ft 
(30 m). These courts are the places where the individ- 
ual male birds perform their pre-nuptial displays to 
females that arrive from far and wide, to choose their 
beaux from the many males on hopeful display. 


The actual displays vary greatly among the species 
of manakins, but they generally involve quick, ritual- 
ized movements. Those of the golden-headed mana- 
kins (Pipra spp.) are relatively well known, and include 
quick slidings along a horizontal branch, fleet turn- 
arounds on the branch, and rapid flutterings of the 
wings, which produce sharp, snappy noises. The males 
also execute rapid flights over a distance of less than 
98 ft (30 m), somehow making ripping noises with the 
wings. These displays are carried out even in the 
absence of an attending female, but they are especially 
intense when the male knows that a potential mate is 
nearby, and watching, and hopefully choosing. 


Bill Freedman 


Manganese see Element, chemical 
Mango see Cashew family (Anacardiaceae) 


l Mangrove tree 


Mangroves are trees in the family Rhizophoraceae, 
occurring in tropical and subtropical environments as 
swampy forests fringing muddy, tidal, estuarine, and 
oceanic shores. Mangrove forests are generally the first 
type of woody ecosystem that is encountered when a 
low-lying tropical shore is approached from the ocean. 


Mangrove forests comprise a biome, that is, a 
distinctive ecosystem that occurs in appropriate hab- 
itats worldwide. Compared with other tropical forests, 
the mangrove ecosystem is rather poor in species. The 
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richest mangrove forests occur closest to the equator, 
especially in the western Pacific Ocean. The number of 
mangrove species diminishes with increasing latitude 
in both hemispheres, with black mangrove (Avicennia 
spp.) generally being the last species to drop out, 
reaching about 32°N in Bermuda and 38°S in northern 
Australia. 


Mangrove trees are well adapted to growing in 
saline water, having glands on their leaves for excret- 
ing their excess of absorbed salt, and evergreen foliage 
to aid in the retention of scarce nutrients. Some species 
have aerial roots that aid in transporting oxygen to 
their belowground tissues, and seeds that are special- 
ized for establishing in tidal mud. 


Species of mangrove trees 


The family Rhizophoraceae contains about 100 
species of woody plants, all of which are tropical or 
subtropical in distribution. The most important of the 
tree-sized species are in the genera A vicennia, Bruguiera, 
Ceriops, and Rhizophora. 


The red mangrove (Rhizophora mangle) is abun- 
dant in mangrove forests of south Florida, the 
Caribbean, and Central and South America. This spe- 
cies has distinctive round stilt roots, which emerge 
from aerial parts of the stem and then curve down- 
wards to grow into the sediment. The red mangrove 
also retains ripe seeds on its branches, where they 
germinate aerially, extending a radicle up to 10 inches 
(25 cm) long. This sort of germination system is known 
as vivipary, and is analogous in some respects to the 
bearing of live young by animals. The germinated 
seedlings eventually detach from the parent tree, and 
may plop upright into the mud and establish a new 
plant, or they may float for a while until they become 
lodged in sediment after a longer-range dispersal from 
the parent. The established seedlings of red mangrove 
send out prop roots, which quickly become firmly 
anchored and help to accrete mud around the plant. 
Young plants of this sort are abundant along the 
leading edge of developing stands of red mangrove, 
with older, larger trees occurring further into the 
stand. The individual stands often occur as discrete 
mangrove “islands,” which may eventually coalesce as 
an extensive forest. 


The black mangrove (Avicennia nitida) is also 
abundant in mangrove forests of Florida, the 
Caribbean, and Latin America. This species has radi- 
ally spreading underground roots from which emerge 
numerous vertically growing pneumatophores, or 
extensions of the roots that emerge from the mud. The 
pneumatophores are exposed to the atmosphere during 
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Red mangroves (Rhizophora mangle) in Florida. (JLM Visuals.) 


low tide, and are useful in conducting oxygen to the 
underwater tissues of the plant, which grow in an anae- 
robic environment. Black mangroves often do not 
reproduce well beneath their own closed canopy, and 
when their stands senesce and die back, the site may 
convert into a relatively open community dominated by 
plants of salt marshes and protected mudflats. 


Ecology of mangrove forest 


The mangrove environment is stressful to most 
plants, largely because of the high salt concentrations 
in water, which are physiologically difficult for most 
species to deal with. However, mangrove trees can 
tolerate this stress, and as a result they are able to 
assemble into forests under these environmental con- 
ditions, although these are relatively species-poor eco- 
systems in comparison with other types of tropical 
forests. 


The mangrove ecosystem is periodically subject to 
catastrophic disturbance, usually associated with 
severe windstorms such as hurricanes. These can be 
energetic enough to uproot and kill mature trees, and 
to initiate ecological recovery through primary 


succession. Species of Rhizophora are often the pri- 
mary mangrove colonist, followed by Avicennia and 
other secondary species as the ecosystem begins to 
stabilize and mature. 


The patterns of successional dynamics of man- 
grove forests are related to the environmental toler- 
ances of the species, and often result in distinct 
community zone types within this ecosystem. Usually 
the succession culminates in a mature forest of man- 
grove species. However, in some cases succession in 
the mangrove ecosystem can sufficiently reduce the 
influence of tidal waters to allow relatively freshwater 
conditions to develop. Under these circumstances suc- 
cession can result in the development of a relatively 
species-rich forest that is lacking in mangrove species, 
because these are not very competitive under the less 
stressful conditions of fresh water. 


Mangrove forests are very effective at binding 
coastal mud and helping to prevent erosion. This con- 
tributes to the development of a stable substrate that 
enhances the rate of ecosystem development and 
allows the forest to resist tidal and other disturbances 
and thereby form a relatively stable ecosystem. 


Mania 


KEY TERMS 


Biome—A geographically extensive ecosystem, 
usually characterized by its dominant life forms. 


Ecotourism—Ecology-based tourism, focused pri- 
marily on natural or cultural resources. 


Mangrove—A coastal tropical wet forest growing 
on muddy substrate, dominated by species of man- 
grove trees in the family Rhizophoraceae. 


Pneumatophores—Exposed roots of some marsh 
plants that are useful in conducting oxygen to the 
plant’s underwater tissues. 


Radicle—Embryonic root. 
Senescence—The state of being old. 


Mangrove forests provides critical nursery habitat 
for various commercially important species of tropical 
fish and invertebrates, such as shrimp. These coastal 
wetlands also provide important habitat for a wide 
range of non-economic species of wildlife. 


Mangroves and humans 


Mangrove forests can be commercially important. 
Lumber can be manufactured from all mangrove trees, 
but the most durable wood is that of Ceriops. Where it is 
abundant, Rhizophora may be harvested to manufacture 
lumber or pulp. In some places, mangroves trees are 
harvested and used to manufacture charcoal. The bark 
of mangroves is rich in tannins, and has been used for the 
commercial production of these chemicals, which are uti- 
lized to tan animal skins into leather. Mangrove forests 
are also commonly harvested for local use as firewood. 


Ecotourism is a less consumptive use of the mangrove 
ecosystem. In large part, this recreational use is based on 
the fact that many species of large, colorful birds can be 
abundant in mangrove forests and their integrated, open- 
water wetlands and shores. These include species of her- 
ons, ibises, pelicans, gulls, terns, osprey, and shorebirds. 


Mangrove forests in many parts are under intense 
pressure from various types of human stressors, partly 
from overly intensive harvesting of natural resources 
from these forests. In addition, many regions of man- 
grove forests are being lost to various types of coastal 
developments, which convert these natural ecosystems 
into agriculture, plantations, tourism developments, or 
aquaculture facilities, especially for the culturing of 
shrimp. In some places, mangrove forests are also being 
degraded through pollution associated with agricultural 
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runoff, sewage dumping from residential areas, and 
aquatic industrial emissions of various types. Mangrove 
forests are rapidly being depleted in many regions, and in 
extensive areas they have virtually disappeared. 
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| Mania 


Mania is a mood disturbance marked by an 
abnormal degree of elation or irritability along with 
a number of other symptoms including restlessness, 
inflated self-confidence, a marked decrease in the need 
for sleep, rapid and loud speech that is difficult to 
interrupt, racing thoughts, high distractibility, and a 
marked increase in certain goal-directed activities. 
Over time, manic episodes are usually preceded or 
followed by periods of major depression, and diagnos- 
tically mania is seen as a component of bipolar, or 
manic-depressive, disorder. In bipolar disorders indi- 
viduals experience alternating manic and depressive 
symptoms. Mania is not currently considered a sepa- 
rate psychiatric disorder. 


Symptoms 


The primary symptom of a manic episode is a 
marked disturbance of mood in which the individual 
is extremely elated or irritable for at least one week. 
The individual’s mood may be unusually cheerful or 
good, and while this may not seem unusual to those 
who do not know the individual, to those who do, it is 
usually seen as excessive and strange. The person’s 
mood may also be one of extreme irritability, espe- 
cially when his or her desires and goals are interfered 
with. It also quite common for the person to switch 
rapidly between irritability and elation. In addition to 
the mood disturbance the individual will usually show 
three or four of the following symptoms: 
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The need for less sleep is almost always seen, so 
that the individual may rise hours earlier than normal 
yet still be full of energy. Indeed, the person may not 
sleep for days but feel no fatigue. Another common 
symptom is overly high self-confidence. The individual 
may attempt complex and difficult tasks for which he 
or she has no experience or knowledge, such as sailing 
around the world or climbing Mount Everest. The 
person may also have grandiose delusions (false beliefs 
that do not seem possible) about himself or herself. 
Loud and rapid speech that is difficult to interrupt is 
also a common symptom. Speech will often show a 
pressured quality as if the person is compelled to 
speak, so that an individual may talk a lot, sometimes 
for hours without stopping. Extremely rapid or racing 
thoughts are often present, and may be manifest in very 
rapid speech in which the individual switches topics 
very rapidly; in extreme cases speech may become so 
disorganized that it is incomprehensible. A person hav- 
ing a manic episode will often plan and participate in 
an excessive amount of goal-directed behaviors, such as 
sexual, professional, political, or religious activities. 
The individual may, for example, volunteer in numer- 
ous school or work-related committees without regard 
to whether they can fulfill these obligations. Often a 
person having a manic episode does not believe there is 
anything wrong, and resists treatment. 


Taken together, these symptoms often lead to 
reckless behaviors the individual would not normally 
engage in that are likely to have negative consequen- 
ces. For instance, the individual may make unneces- 
sary purchases that he or she cannot afford, or make 
unwise investments. In order for a diagnosis of manic 
episode to be made, an individual’s interpersonal, pro- 
fessional, or school functioning must be noticeably 
impaired or hospitalization must be required because 
of these symptoms. 


Course 


Manic episodes can last from a few weeks to two 
to three months in length, and they are often preceded 
by stressful life events. While the average age for a first 
manic episode is in the early twenties, some occur in 
the teenage years. Those who have their first episode in 
their teens often have a history of behavior problems. 
Sometimes mania is not seen until after age 50. 


Over 90% of individuals who have one manic 
episode will have additional episodes. And approxi- 
mately 60-70% of manic episodes occur just before or 
after periods of major depression. While this may paint 
a rather bleak picture, it should be noted that some 
experts hold that while up to 40% of those with 
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bipolar disorder will experience repeating cycles, they 
rarely experience long-term physical or mental impair- 
ment. And most people with bipolar disorder have 
periods with almost no symptoms in which they essen- 
tially function normally. 


Causality 


Most researchers believe bipolar disorders have a 
biological basis. This is supported by findings that close 
relatives of those with bipolar disorder are significantly 
more likely to develop affective disorders than are rel- 
atives of people with no history of psychiatric illness. 
Theories of underlying biological mechanisms have 
centered on concentrations of various neurotransmit- 
ters in the nerve connections of the brain. Because 
neurotransmitter interactions are subtle, complex, and 
difficult to observe, the strongest supportive and dis- 
cerning evidence for the roles of specific neurotransmit- 
ters comes from the differential efficacy of various drug 
treatments. The fact that patients diagnosed with bipo- 
lar disorder respond differently to various drugs indi- 
cates there may be more than one type of bipolar 
disorder with different biological bases. 


Treatment 


Lithium carbonate is the predominant drug treat- 
ment for manic episodes. Carbamazepine has been 
used to successfully treat those who cannot tolerate 
or do not respond to lithium. Various antipsychotic 
and antidepressant medications have also proven use- 
ful. Electroconvulsive shock therapy has also shown 
some effectiveness, and may be indicated for patients 
who cannot take lithium or antipsychotics, though its 
use remains controversial. 


For treating some types of depression, psycho- 
therapy has been found to be effective, although its 
efficacy in treating manic states however is still 
unclear, as there have been few studies assessing this. 
This may be due to the general difficulty of treating 
someone ina manic state. In general, however, it seems 
that after a manic episode most people may benefit 
from supportive psychotherapy as they often experi- 
ence a lowering of their confidence and self esteem. 


Current research 


Over the years, psychiatrists and psychologists 
have questioned whether mania is experienced without 
depressive episodes and thus whether it is a disorder 
distinct from bipolar disorder. Some recent research 
looking at this indicates that it the concept of mania 
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KEY TERMS 


Antipsychotic drugs—Also called neuroleptics, 
these drugs seem to block the uptake of dopamine 
in the brain. They help to reduce psychotic symp- 
toms across a number of mental illnesses. 


Bipolar disorder—A psychiatric disorder in which 
individuals experience alternating states of mania 
and depression, it is often referred to as manic- 
depressive disorder. 


Delusions—Fixed, false beliefs that are resistant to 
reason or factual disproof. 


Electroconvulsive therapy (ECT)—Administration of 
a low-dose electric current to the head in conjunc- 
tion with muscle relaxants to produce convulsions. A 
treatment method whose underlying action is still 


as a distinct disorder merits further investigation. 
Currently, however, the Diagnostic and Statistical 
Manual of Mental Disorders, Text Revision 4th edition 
(DSM-IV-TR), the official psychiatric classification 
system in the United States, has no separate diagnostic 
disorder called mania or manic disorder. Neuroimag- 
ing techniques allowing visualization of the function- 
ing brain have enabled further distinctions between 
psychiatric disorders based on underlying differences 
in brain structure, and hold promise for research in 
bipolar disorder and mania. 


See also Bipolar disorder. 


Resources 


BOOKS 

Andreason, N.C., and D.W. Black. Introductory Textbook 
of Psychiatry. Washington, DC: American Psychiatric 
Press, Inc. 1991. 

Diagnostic and Statistical Manual of Mental Disorders: 
DSM-IV-TR. 4th ed., text revision. Washington, DC: 
American Psychiatric Association, 2000. 

Jefferson, James W., and John H. Greist. Lithium and Manic 
Depression: A Guide. Madison, WI: Madison Institute 
of Medicine, 1999. 

Kaplan, H.I., and B.J. Sadock. Comprehensive Textbook of 
Psychiatry. 6th ed. Baltimore: Williams and Wilkins, 1995. 


PERIODICALS 

Hyman, S.E. “The Genetics of Mental Illness: Implications 
for Practice.” Bulletin of the World Health Organization 
78 (April 2000): 455-463. 

OTHER 

Medicine Net. “Bipolar Disorder (Mania)” <http:// 
www.medicinenet.com/bipolar_disorder/article.htm> 
(accessed December 2, 2006). 


2618 


not fully understood, it has proven effective in reliev- 
ing symptoms of some severe psychiatric disorders 
for which no other treatment has been effective, for 
example, severe depression. 


Neuroimaging techniques—High technology meth- 
ods that enable visualization of the brain without 
surgery such as computed tomography (CT), and 
magnetic resonance imaging (MRI). 


Neurotransmitters—Biochemical substances that 
transmit nerve impulses between nerve cells. 


Psychotherapy—A broad term that usually refers to 
interpersonal verbal treatment of disease or disorder 
that addresses psychological and social factors. 


Merck Manuals, Online Medical Library. “Manic-Depressive 
Disorder” <http://www.merck.com/mmhe/sec07/ 
ch101/ch101d.html> (accessed December 3, 2006). 
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Map 


A map, or mapping, is a rule, often expressed as 
an equation, that specifies a particular element of one 
set for each element of another. To help understand 
the notion of map, it is useful to picture the two sets 
schematically, and map one onto the other, by draw- 
ing connecting arrows from members of the first set to 
the appropriate members of the second set. 


For instance, let the set mapped from be well-known 
cities in Texas, specifically, let A = {Abilene, Amarillo, 
Dallas, Del Rio, El Paso, Houston, Lubbock, Pecos, San 
Antonio}. We will map this onto the set containing 
whole numbers of miles. The rule is that each city maps 
onto its distance from Abilene. The map can be shown as 
a diagram in which an arrow points from each city to the 
appropriate distance (Figure 1). 


A relation is a set of ordered pairs for which the first 
and second elements of each ordered pair are associated 
or related. A function, in turn, is a relation for which 
every first element of an ordered pair is associated with 
one, and only one, second element. Thus, no two 
ordered pairs of a function have the same first element. 
However, there may be more than one ordered pair with 
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Del Rio 
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Abilene 


Amarillo 
Houston 


El Paso 


Figure 1. Example of set notation mapping, showing well-known Texas cities mapped to their distances from Abeline. (Hans & 


Cassidy. Courtesy of Gale Group.) 


the same second element. The set, or collection, of all the 
first elements of the ordered pairs is called the domain of 
the function. The set of all second elements of the 
ordered pairs is called the range of the function. A 
function is a set, so it can be defined by writing down 
all the ordered pairs that it contains. This is not always 
easy, however, because the list may be very lengthy, even 
infinite (that is, it may go on forever). 


When the list of ordered pairs is too long to be 
written down conveniently, or when the rule that asso- 
ciates the first and second elements of each ordered 
pair is so complicated that it is not easily guessed by 
looking at the pairs, then it is common practice to 
define the function by writing down the defining rule. 
Such a rule is called a map, or mapping, which, as 
the name suggests, provides directions for superim- 
posing each member of a function’s domain onto a 
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corresponding member of its range. In this sense, a 
map is a function. The words “map” and “function” 
are often used interchangeably. In addition, because 
each member of the domain is associated with one and 
only one member of the range, mathematicians also 
say that a function maps its domain onto its range, and 
refer to members of the range as values of the function. 


The concept of map or mapping is useful in visual- 
izing more abstract functions, and helps to remind us 
that a function is a set of ordered pairs for which a well 
defined relation exists between the first and second 
elements of each pair. The concept of map is also useful 
in defining what is meant by composition of functions. 
Given three sets A, B, and C, suppose that A is the 
domain of a function f, and that B is the range of f. 
Further, suppose that B is also the domain of a second 
function g, and that Cis the range of g. Let the symbol o 
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Domain—the set, or collection, of all the first ele- 
ments of the ordered pairs of a function is called the 
domain of the function. 


Function—A function is a set of ordered pairs or 
which the first and second elements of each 
ordered pair are related, and for which every first 
element of an ordered pair is associated with one, 
and only one, second element. 


Range—The set containing all the values of the 
function. 


represent the operation of composition that is defined to 
be the process of mapping A onto Band then mapping B 
onto C. The result is equivalent to mapping 4 directly 
onto C by a third function, call it 4. This is written g 0 f= h, 
and read “the composition of fand g equals h. ” 
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[ Maples 


The maples are about 150 species of angiosperm 
trees and shrubs in the genus Acer, family Aceraceae. 
Most maples occur in temperate forests of the 
Northern Hemisphere. 


Maples are characterized by the shape of their 
leaves, which in most species are broadly palmate 
with a three- or five-lobed outline, and are arranged 
in an opposite fashion on their branches. Maples have 
seasonally deciduous foliage, which is shed in the 
autumn. The leaves of many species of maples develop 
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A sugar maple (Acer saccharum) on a road near Grandville, 
Michigan. (James Sikkema.) 


beautiful yellow, orange, or red colors in the autumn, 
prior to shedding for the winter. Maple flowers appear 
early in the springtime, and consist of nonshowy, 
rather inconspicuous inflorescences. The flowers of 
some species produce nectar and are insect pollinated, 
while others shed their pollen into the air and are wind 
pollinated. Maples have distinctive winged seeds 
known as samaras, which are arranged in opposite 
pairs. 


Maples of North America 


About twelve tree-sized species of maples grow 
naturally in North America, along with other shrub- 
sized species. Other nonnative species of maples have 
been widely introduced to North America as attrac- 
tive, ornamental plants. 


The most widespread native species is sugar or 
rock maple (Acer saccharum), a prominent tree in 
temperate forests of eastern Canada and the north- 
eastern United States. Sugar maple is extremely toler- 
ant of shade and is a major component of mature and 
older-growth angiosperm forests on rich, well-drained 
sites within its range. Sugar maple grows as tall as 115 
feet (35 m), can achieve a diameter of more than 3 ft (1 
m), and can live to be older than four centuries. The 
roughly five-lobed leaves of sugar maple turn a beau- 
tiful, orange-yellow color in the autumn, when the 
green color of chlorophyll fades, exposing the yellow 
and orange pigments in the leaves. Sugar maple is the 
national tree of Canada, and a stylized leaf of this 
species is featured prominently on the Canadian flag. 
This species was subject to a widespread decline and 
dieback over parts of its range during the 1980s, but 
has since apparently recovered. 
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Black maple (A. nigrum) is rather similar in appear- 
ance to sugar maple, but its leaves have a more three- 
lobed appearance. Florida maple (A. barbatum) replaces 
the sugar maple in southeastern North America. 


Red maple (A. rubrum) is another widely distrib- 
uted species, occurring over much of eastern North 
America, from northern Ontario to southern Florida. 
Its habitat is highly varied, ranging from flooded 
swamps to dry hills and rocky slopes. The foliage of 
this species turns a brilliant scarlet in the autumn. The 
natural distribution of the silver maple (A. saccharinum ) 
is largely restricted to swamps and floodplains. 


There are fewer species of maples in western 
North America. The bigleaf maple (4. macrophyllum) 
has leaves that can be 12 inches (30 cm) in diameter, 
turning a yellow-brown in the autumn. Vine maple 
(A. circinatum) has scarlet leaves in the fall. 


The box elder or Manitoba maple (A. negundo) is 
the only species of maple that has a compound leaf, 
consisting of three to seven leaflets. This fast-growing 
species is common in moist sites near water, and is an 
urban weed in many areas. 


Lumber from maples 


Some maple species have a hard, durable wood 
that can be used to make furniture, cabinets, interior 
trim, hardwood flooring, and other products that 
require strength and an ability to take a smooth finish. 
In North America, sugar and black maples are most 
commonly used for these purposes, and are known to 
carpenters as “hard” maples. Unusual and attractive 
grains known as curly and bird’s-eye are especially 
desirable for the making of furniture. Lumber is also 
made from red, silver, and bigleaf maples, but the 
wood of these “soft” maples is not considered to be 
of as high a quality. 


Various species of maples are grown as horticul- 
tural plants in urban areas, in parks, around homes, and 
along country roads. Sugar, black, and silver maples are 
native species commonly grown along rural and urban 
roadsides. Some nonnative species of maples are also 
commonly used in horticulture, especially Norway 
maple (Acer platanoides), sycamore maple (A. pseudo- 
platanus), English maple (A. campestre), and Japanese 
maple (A. palmatum). 


Maple syrup 


In the early spring, when there is still snow on the 
ground, various species of temperate angiosperm trees 
transport large quantities of sap from their roots to 
their branches, where energy is needed to develop the 
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Fall coloration—tn the late fall, the leaves of sea- 
sonally deciduous trees stop synthesizing the green 
photosynthetic pigment known as chlorophyll. The 
reduced concentrations of this dominant pigment 
unmask other, secondary pigments, which are yel- 
low, orange, red, or brown in color. Depending on 
the tree species, the autumn foliage may develop 
spectacular displays of these secondary colors prior 
to leaf-drop. 


Palmate—Refers to a leaf shape in which the lobes 
or veins appear to radiate from one central point, as 
is typical of the foliage of maples. 


Samara—A dry, winged seed, that does not split 
open when ripe. The samaras of maples are 
arranged in opposite pairs, and when they are 
shed they helicopter away from the parent tree to 
achieve a short-distance dispersal. 


new season’s crop of twigs, flowers, and leaves. The 
flow in sugar and black maples is especially volumi- 
nous, and these species are widely tapped for their 
sweet sap, which typically contains about 6% sucrose. 
Maple sap is commonly collected by drilling holes into 
the base of the tree, inserting a tap, and collecting the 
drippings in small pails. More recently, low-head suc- 
tion systems have been developed, in which sap is 
collected from large numbers of tapped trees, using a 
system of interconnected hoses that drain to a central 
location. After the sap is collected, it is condensed by 
evaporation, often using wood-stoked fires and large, 
flat boiling pans. Alternatively, it may be condensed 
using machines that work by reverse osmosis. 


The final product is usually maple syrup—about 
10.5 gallons (40 1) of raw sap is required to make 1 
quart (1 1) of maple syrup. Sometimes, the syrup is 
further evaporated to produce maple sugar. The syrup 
grade and its value is determined by color. A light 
amber syrup is more desirable than one that has been 
rendered a darker brown by high-temperature cara- 
melization. Syrups with a delicate flavor are also con- 
sidered to be of better quality than those with a more 
pronounced flavor. 


Maple sugaring is especially common in rural 
areas of southeastern Canada and New England. 
Many urban people in those regions love to go out 
into the country to participate in sugar-maple festi- 
vals, considered an indispensable rite of spring. 
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l Marfan syndrome 


Marfan syndrome is a genetic disease that involves 
defects in the connective tissues of the body with the 
cardinal collection of abnormalities affecting the skel- 
etal, ocular, and cardiovascular systems. It is inherited 
as an autosomal dominant disorder, meaning that 
inheriting only one defective gene from either the 
paternal or maternal side will lead to the disorder. 
Although the majority of mutations are inherited 
from one of the parents, approximately 25% of 
affected individuals develop Marfan syndrome as a 
result of a new mutation. The prevalence of the disease 
is about one in 10,000 persons, and the disorder is 
inherited with variable expression. This term means 
that each individual may have a different combination 
of the possible clinical features that characterize the 
disorder. There is no cure for the disorder. 


Symptoms 


There are a variety of skeletal deformities associated 
with the syndrome including disproportionately long 
limbs and digits, myopia (extreme near-sightedness), a 
chest deformity, joint laxity, and vertebral column 
deformities such as scoliosis. Dislocation of the lens of 
the eye represents a hallmark clinical feature. The most 
serious and potentially life-threatening complication of 
Marfan syndrome relates to abnormalities in the heart 
and blood vessels. The mitral valve (the gateway out of 
the heart for all the blood entering the body’s circulation) 
frequently billows backwards when the heart contracts. 
The wall of the aorta (the major artery leaving the heart) 
is prone to stretching and becomes increasingly weak, 
leading to bulging and susceptibility to rupture called an 
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aortic aneurysm. Such a rupture leads to severe hemor- 
rhaging (internal bleeding) and if untreated, death. 


History 


Former U.S. President Abraham Lincoln (1809— 
1865) was thought to have Marfan syndrome in that he 
manifested several key clinical features. However, it was 
not until after he died, in 1896, when French pediatrician 
Antoine Marfan (1858-1942) first described a specific 
cluster of skeletal abnormalities in a five year old girl 
who was thin, and had long limbs and abnormally long 
fingers and toes. Marfan compared the girl’s long digits to 
the legs of a spider, which gave the condition its medical 
name, arachnodacryly, from the Greek word for spider, 
arachne. 


Marfan’s findings had been suggested 20 years 
earlier by an eye doctor in Cincinnati, Ohio, who 
described a tremor in the irises of a brother and sister 
with long limbs and exceptionally flexible joints—all 
subsequently shown to be characteristic symptoms of 
Marfan’s syndrome. Later, observers noted that 
Marfan’s patients also are often tall and thin, with a 
long and narrow face, and may have a curved spine 
and a protruding or sunken breastbone. Most serious, 
it was found that the heart valves in Marfan’s patients 
tend to leak, and the aorta—the body’s largest 
artery—tends to enlarge and develop aneurysms, 
weak spots that may suddenly and fatally burst. 


In the 1950s, a large number of patients and their 
families were assessed and the clinical features of the 
syndrome were characterized. At the time the relation- 
ship between the abnormality of the aorta and the 
dislocated lens of the eye eluded physicians. It later 
became clear that both the ligaments of the lens and 
the lining of the aorta had a similar defect elucidated 
only after the candidate gene was discovered and its 
functional significance studied. 


Cause and treatment 


In 1991, researchers discovered that a defective 
gene on chromosome 15 causes the syndrome. The 
severity of the disease will vary depending on the type 
of mutation, which affects the production of a protein 
call fibrillin, which is a protein that plays a role in the 
characteristically elastic properties of connective tissue. 
As a result, individuals with the syndrome apparently 
have insufficient amounts tiny fibers, which provide 
strength and elasticity to normal connective tissue. 
The biochemical abnormality that leads to Marfan 
syndrome is not well understood. Biochemical defects 
are thought to involve the synthesis, secretion and 
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Aorta—The major blood vessel leaving the heart and 
carrying blood to numerous other smaller vessels that 
branch off and deliver blood to the entire body. 


Connective tissue—A biochemically distinct group 
of the body’s tissues, which provide structural sup- 
port for other body tissues. Examples of connective 
tissue include bone and cartilage. 


Mitral valve—A one way gateway for blood leav- 
ing the heart, located at the aorta. 


incorporation of fibrillin into connective tissue. 
Research is under way to identify the various mutations 
that cause the disorder. 


There are no genetic tests available to help diagnose 
Marfan syndrome. A clinical geneticist might be more 
inclined to diagnose a patient with Marfan syndrome if 
there are other first-degree relatives that have a Marfan- 
like habitus. Without such an observation, skeletal 
involvement and at least two other systems affected by 
at least one major manifestation (for example, dislocated 
lens of the eye and the aortic abnormality) is required for 
a definitive diagnosis. It is also common that the wing- 
span, or the distance from one outstretched hand to 
another, is larger than the height. Early diagnosis is 
important so that the cardiovascular system can be 
carefully evaluated to prevent aortic rupture. 
Currently, there is no treatment for Marfan syndrome 
that can reverse the overall connective tissue defects. 
Each manifestation of the syndrome is addressed indi- 
vidually (eg., braces and physical therapy for the spinal 
curvature, occasional lens removal for the lens disloca- 
tions). Some medications seem to be somewhat useful in 
slowing the stretching of the aorta, although surgical 
replacement of part of the aorta or the defective mitral 
valve is sometimes necessary. 


Patients of Marfan’s syndrome must be regularly 
monitored via echocardiography to check the size of 
the aorta and may need to be medicated with beta block- 
ers, which reduce stress on the aorta by lowering the heart 
rate and contraction strength. The lifespan of a Marfan’s 
syndrome patient is shortened, with survival likely only 
into the sixties. The results of undiagnosed or unmoni- 
tored Marfan’s can be tragic, as in the case of Flo 
Hyman, a 6-foot-5-inch (about two meters) Olympic 
volleyball star who died of an aorta rupture while on 
tour; her Marfan’s was discovered only by autopsy. 


See also Circulatory system; Gene mutation; 
Genetic disorders; Genetic engineering; Genetics. 
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l Marijuana 


Marijuana is the common name for the psycho- 
active variety of the hemp plant Cannabis sativa. 
Hemp grows in tropical and temperate climates. The 
dried leaves and flowers of the plant have a long 
history for their use as drugs. It has been cultivated 
in different regions of the world throughout centuries 
for its fiber to produce linen, rope, canvas, and oil. It 
has also been used as a medicine to relieve symptoms 
of illness and as a euphoric to induce states of intox- 
ication or elation. Throughout its long history, parts 
of the plants have been smoked, eaten, chewed, or 
brewed for its pleasing effects. 


There are over 400 chemicals in cannabis. By the 
mid-1960s the main psychoactive chemical was identi- 
fied as tetrahydrocannabinol, commonly referred to as 
THC. Since then, other psychoactive compounds have 
been isolated from the plant and are being studied for 
their biochemical effects. 
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Marijuana 


The origin of the word marijuana is not known but 
it appears to be the Spanish name for Maria and Juana 
(Mary and Jane). The potency of the psychoactive 
cannabinoids found in a marijuana plant varies 
depending on the locale from which the plant was 
derived and its genetic makeup. The plant can be selec- 
tively bred for higher or lower potency. Hemp plants 
used for fiber have essentially no psychoactive potency. 


History 


Reference to the hemp plant (cannabis) appears as 
early as 2700 BC in a Chinese manuscript. European 
explorers arriving to the New World first observed the 
plant in 1545. It was considered to be such a useful 
crop that early Jamestown settlers in 1607 began its 
cultivation and later, in Virginia, farmers were fined 
for not growing hemp. In 1617, it was introduced into 
England. From the seventeenth to the mid-twentieth 
century marijuana was considered a household drug 
useful for treating such maladies as headaches, men- 
strual cramps, and toothaches. From 1913 to 1938 a 
stronger variety of the marijuana plant was cultivated 
by American drug companies for use in their drug 
products. It was called Cannabis americana. 


Prior to 1910, the growth and trade of marijuana 
(and hashish—a resinous substance produced by the 
flowering parts of the plant) was fairly limited. 
However, following the conclusion of the Mexican 
Revolution, trafficking of the drug opened up, making 
growth and transport of the drug easier and more 
profitable. The business expanded to reach the ports 
of New Orleans where it was sold on the black market, 
alongside other strains of the plant, to sailors passing 
through, as well as local residents. It wasn’t long before 
the trend of marijuana use began to overshadow the 
historic applications of cannabis as a medicine. 


The drug soon became popular (especially its stron- 
ger derivatives—hashish, charas, ghanja, and bhang) 
among musicians, who maintained that smoking mar- 
iyuana gave them the inspiration they needed to play 
their music. These musicians glamorized the use of mar- 
iyuana. Some claimed it gave them contemplative vision 
and a feeling of overwhelming freedom and verve; 
others not only used the drug themselves, but sold it to 
a variety of customers. as the entertainers went on the 
road, so did their drugs. Eventually, use of marijuana, 
alcohol, and other mind-altering drugs spread and soon 
became prevalent in major cities worldwide, such as 
Chicago, New York, London, and Paris. 


In the 1920s, as a result of the amendment pro- 
hibiting the use of alcoholic beverages (Prohibition), 
marijuana use as a psychoactive drug began to grow. 
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Even after the repeal of Prohibition in 1933, marijuana 
was widely used, as were morphine, heroin, and 
cocaine. In 1937, 46 states banned the use of marijuana 
along with other narcotic drugs. The scientific evi- 
dence, however, indicated (and still indicates) that 
marijuana, while potentially habit-forming for some 
individuals, is not as addictive as narcotics, alcohol, or 
tobacco. It is classified today as a drug that alters 
mood, perception, and image, rather than as a nar- 
cotic. It is still considered a Schedule I drug according 
to the U.S. government, which means it is considered a 
dangerous drug with no medical use; however, there is 
substantial medical and scientific evidence that mar- 
iyuana does have legitimate therapeutic uses. 


By the 1960s, marijuana was widely used by the 
young from all social classes. It is estimated that in 
2004, some 94 million Americans had used marijuana— 
including presidents Bill Clinton and George W. Bush— 
and that over 1.5 million smoked marijuana regularly. 
Advocates of decriminalizing marijuana argue that in 
terms of its habit-forming qualities and negative health 
effects cannabis is simply not in the same class as cocaine, 
heroin, or, for that matter, alcohol and tobacco, which 
are legal. As of 2006, no death had ever been attributed to 
marijuana overdose, in the United States or elsewhere. 
(In contrast, an average of 317 deaths per year were 
attributed to alcohol overdose by the US National 
Institutes of Health during the latter 1990s.) Opponents 
assert that marijuana is a “gateway” drug to the harder 
drugs and that rigid laws against its use and distribution 
should therefore remain in effect. However, the experi- 
ence of Holland, which legalized recreational marijuana 
in 1970s and has actually seen a decrease in per-capita 
hard drug use since that time, argues that this is not 
necessarily so. In 2006, marijuana use among young 
teens was lower in Holland than in the United States. 


Since 1976, laws allowing the limited use of mar- 
ijuana for medical purposes (medical marijuana) have 
been enacted in 35 states. By 2003 some of these laws 
had expired or were specifically not renewed by state 
legislators. In 2005 the US Supreme Court ruled that 
Federal anti-marijuana law overrides state laws per- 
mitting the medical use of marijuana. 


In May, 1999, the National Institutes of Health 
(NIH) released a policy that described the need for 
further research into the use of marijuana for medical 
treatment. The NIH maintains that the use of mari- 
juana for medical reasons must involve an analysis of 
the benefits of use as well as the potential risks. 


A number of marijuana legalization initiatives— 
ranging from legalizing limited personal use of mari- 
juana to allowing farmers to grow marijuana to produce 
non-psychoactive hemp—have been rejected by voters 
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KEY TERMS 


Cannabinoids—Psychoactive compounds found in 
the marijuana plant. 


Cannabis sativa—The botanical name for the hemp 
(marijuana) plant. 


FDA—The Unites States Federal Drug Administration; 
oversees and regulates the introduction of new drug 
products into the medical marketplace. 


“Gateway” drug—Theory of drug enforcers who 
argue that even if marijuana is not in the same class 
as certain narcotics, it should be treated the same 
way because it introduces people, especially the 
young, to those “harder” drugs. 


Glaucoma—An eye disease that seems to be helped 
by the main psychoactive compound in marijuana. 


Hashish—A more potent form of marijuana that 
comes from the flower part of the plant. 


in recent years. In November 2002, a trio of proposed 
reforms in Nevada, South Dakota, and Arizona were 
defeated by voters in those states. Supporters of mar- 
iguana legalization cite non-binding resolutions in San 
Francisco and Massachusetts that encouraged local and 
state legislators to develop decriminalization strategies 
as evidence of continued public interest in reforming 
marijuana laws. Supporters of marijuana law reform 
also continue to assert poll evidence that indicates a 
significant portion of the public supports exploring the 
limited legalization of marijuana for medical use. 


Effects 


Marijuana affects both the cardiovascular and 
central nervous systems. The major psychoactive com- 
ponent in marijuana is delta-9-tetrahydrocannabinol, 
or THC. After entering the bloodstream through 
blood-gas exchanges associated with smoking, THC 
combines with receptor sites in the human brain to 
cause drowsiness, increased appetite, giddiness, hallu- 
cinations, and other psychoactive effects. Although 
the causative mechanisms are not fully known, current 
research indicates that THC ingestion results in THC 
binding to receptor sites associated with measurable 
memory loss. Other studies correlate THC binding to 
receptors in the cerebellum and correlated decreases in 
motor coordination and/or the ability to maintain 
balance. At low doses there tends to be a sense of 
well-being, drowsiness, and relaxation. As the dose 
increases, other effects take place such as an altered 
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Jazz Age—tThe period from the 1920s to the early 
1930s, which saw the introduction of marijuana and 
other drugs through the music of that period. 


Narcotic—A group of drugs (opiates) that depress or 
decrease the activity of the central nervous system. 
Two effects of narcotics is that they give relief from 
pain and produce a state of euphoria. They also have 
a high potential for addiction. 


Prohibition—The 18th amendment, which prohib- 
ited the use and sale of alcohol in the 1920s and was 
repealed in the early 1930s. Marijuana use spread as 
a substitute for alcohol. 


Psychoactive drugs—Drugs which contain chemi- 
cals that affect the mind or behavior. 


Tetrahydrocannabinol (THC)—The main psychoac- 
tive compound in marijuana. 


sense of time and sensory awareness, difficulty in bal- 
ancing and remembering from one moment to another 
(short-term memory). Conversation and thoughts 
become incomplete, and immoderate laughter may 
take place with increased doses. 


The cardiovascular system is affected by an increased 
heart rate and dilation of eye blood vessels. The 
American heart Association maintains that marijuana 
smoking may induce heart attacks. Difficulty in coordi- 
nating body movements and pains in the chest may be 
other effects of the drug. Heavy users may experience a 
decrease in immune function. Males who smoke mari- 
juana could also experience a decreased sperm count. 
Less is known about marijuana’s effects on the lungs 
than cigarette smoking, but the evidence points to long- 
term damage similar to the effects of tobacco smoking. 
Chronic users suffer from throat irritation, persistent 
cough, chronic bronchitis, and emphysema. 


The FDA, in 1985, gave approval for the use of 
two psychoactive chemicals from marijuana to pre- 
vent nausea and vomiting after chemotherapy in can- 
cer treatment. THC can be prescribed in capsule form 
for these patients. Research suggests that compounds, 
other than THC, inhaled when smoking marijuana 
can also be used for medicinal purposes. Marijuana 
may help stop the weight loss in AIDS patients, lower 
eye pressure in people with glaucoma, and control 
spasms in multiple sclerosis patients, and it could be 
used to relieve chronic pain. 


See also Addiction. 
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| Marlins 


Marlins are large fish with elongated, bill-like 
snouts, fairly high dorsal fins, and a streamlined 
body. They belong to the order Perciformes and the 
suborder Scombroidei. Marlins are among the fastest 
of all fish and are highly valued by sporting fishers. 


Taxonomy 


The order Perciformes is the largest and most 
diverse of all fish orders, encompassing about 8,000 
species. Distributed worldwide, fish of this order exist 
in both marine and freshwater habitats and represent 
species of diverse sizes, habitats, and behaviors. This 
order is broken into 150 families and 1,370 genera. 


The suborder Scombroidei is divided into six fam- 
ilies. The Sphyraenidae family includes the barracudas, 
classified in one family (Sphyraena) and 20 species. The 
Trichiuridae family includes nine genera and 32 species 
of hairtails, ribbonfishes, and cutlassfishes. The Gem- 
pylidae contains 16 genera and 23 species of snake 
mackerels. The Scombridae includes the albacores, 
bonitos, mackerels, and tunas, classified in 15 genera 
and 53 species. The Xiphiidae family contains only 
one species, the broadbill swordfish (Xiphias gladius), 
distinguished from the Istiophoridae by a lack of pelvic 
fins and a long, flattened bill. The Istiophoridae family 
includes marlins, sailfishes, and spearfishes. Members 
of this family have an elongated, rounded snout, called 
a bill, and live in tropical and subtropical seas. The 
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Istiophoridae includes three genera and about nine 
species. The three genera are: [stiophorus or sailfishes; 
Tetrapturus or spearfishes; and Makaira or marlins. 
The genus Makaira contains two species of marlin— 
the blue marlin (M. nigricans) and the black marlin 
(M. indica). Marlins are different from the other two 
genera in that their dorsal fins do not measure in height 
as much as their bodies measure in depth. As with other 
fish in their family, the dorsal fins are long with many 
rays, and their tail has two sets of side keels. 


Speed 


Marlins are among the swiftest fish and greatest leap- 
ers. While the sailfish are commonly regarded as the 
fastest swimming fish, the blue marlin offers strong com- 
petition. It is one of the few fish that can swim fast enough 
to eat tuna species on a regular basis. In fact, marlins can 
attain speeds of up to 50 mph (80 km/h). Furthermore, 
when they are hooked on a line, they struggle heroically, 
sometimes jumping more than 40 times. 


The marlins’ speed makes them fierce predators. 
Rushing a school of fish, marlins thrash with their bill, 
wounding and killing many fish unlucky enough to be 
in their path. Once the slaughter is finished, they 
return to feast on the dead and wounded. 


Species 


There are four species of fish with the common 
name marlin. These fish are classified into two genera. 
In the strictest sense, marlins belong to the genus 
Makaira. Examples of marlins in this genus are the 
blue marlin and the black marlin. Two additional 
species with the common name marlin are the striped 
marlin (Tetrapturus audax) and the white marlin 
(Tetrapterus albidus). 


Blue marlins are colored blue or gray-blue on the 
back, and their shading gets lighter toward their belly, 
which is silver. These marlins measure 10-15 ft (3-4.6 
m) in body length. Their mature weight commonly 
varies from about 200-400 Ib (91-181 kg), but they 
can weigh more than 1,800 lb (800 kg). These fish 
have a streamlined body with a crescent shaped tail. 
They live in tropical and temperate seas throughout 
the world. They are found in temperate seas in the 
eastern Atlantic, ranging from northern Spain south 
to South Africa, and in the western Atlantic as far 
north as Massachusetts and as far south as Uruguay. 
Blue marlins swim in open seas and make regular 
seasonal migrations to the equator in the winter and 
away from it in the summer. They swim in surface 
waters and are a highly prized sporting fish. 
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A blue marlin hooked near Hawaii. (© Stuart Westmorland/ 
Corbis.) 


The black marlin is the largest of all of the billfish. 
It reaches 16 ft (5 m) in body length and can weigh 
more than 1,500 Ib (681 kg). Its pectoral fins are rigid 
and do not fold into its body. It lives in the Pacific 
Ocean near the surface of warm, open waters from 
southern California to Chile. 


The striped marlin is similar in appearance to the 
blue marlin, having an elongated bill and a stream- 
lined body. The striped marlin lives in the Indian and 
Pacific Oceans and is more likely to inhabit temperate 
waters, such as from Oregon to Chile. It lives in the 
open sea, but sometimes will be seen in inshore waters. 
This species is distinguished by dark-blue or white 
vertical bars on its sides. Additionally, its pelvic fins 
are much longer than its pectoral fins and it has a 
relatively high dorsal fin. The striped marlin spawns 
from May to August in the Northern Pacific. It grows 
to about 10 ft (3 m) in length and eats fish and various 
species of deepwater and surface squid. It is a highly 
specialized sport fish and also an excellent food fish. 
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KEY TERMS 


Dorsal fin—A fin located on the back of a fish. 


Pectoral fin—The uppermost of paired fins, usually 
located on the sides; this fin follows the gill 
openings. 

Pelvic fin—The fin usually located and to the rear 
of the pectoral fin. 


The white marlin usually weighs about 50 Ib (23 
kg), but can measure as much as 10 ft (3 m) in length 
and weigh up to 180 Ib (82 kg). This migratory fish is 
found in the eastern part of the Atlantic Ocean, from 
south of Portugal to the southwestern Mediterranean, 
and in the western Atlantic from Nova Scotia south to 
Brazil. It has also occurs in the Gulf of Mexico and the 
Caribbean. The white marlin is bluish green, brown, or 
gray on top and silver underneath. 


Marlins are among the most popular sporting fish 
in the world. However, their numbers are decreasing 
because of intense commercial and sport overfishing. 
Because they are relatively large, old fish, they fre- 
quently have naturally high concentrations of mercury 
in their flesh, and concerns about the potential human- 
health hazard of eating these species limits the commer- 
cial hunt to some degree. There is a pressing need for 
better conservation measures in support of these val- 
uable species, or they will become endangered. 
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| Marmosets and tamarins 


Marmosets and tamarins are South and Central 
American primates of the Amazon Basin. Their fam- 
ily, Callitrichidae, includes about 40 species that have 
been described as “near”-monkeys. About 25% are 
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Marmosets and tamarins 


A pygmy marmoset (Cebuella pygmaea). (Art Wolfe. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


considered endangered or threatened by the IUCN 
and other conservation organizations. This plight is 
mostly caused by deforestation to develop new agri- 
cultural land, as well as by disturbance of their forest 
habitat due to logging, road construction, hunting, 
and other human activities. 


The two groups of small, furry near-monkeys are 
extremely similar, but the marmosets (mostly in the 
genus Callithrix) and the tamarins (genus Saguinus) 
are located in different regions, overlapping in only 
one area near the mouth of the Amazon River. 


The lower jaw of marmosets is V-shaped, making 
their face pointed, while that of tamarins is rounded 
into a U-shape. Marmosets have elongated lower inci- 
sor teeth, which are about the same length as their 
incisors; for this reason they are sometimes called 
short-tusked marmosets. The tamarins have canine 
teeth longer than the incisors, and are called long- 
tusked marmosets. 
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Marmosets and tamarins feed on the gum and sap 
of trees, which they obtain by scraping the bark with 
their teeth. All other primates that eat gum or sap use 
holes dug by insects. Marmosets and tamarins also eat 
fruit, flowers, and insects. 


Most marmosets and tamarins have a head-and- 
body length of 7-12 in (17-30 cm), plus a tail about 3 in 
(7.5 cm) longer than that. The tail is not prehensile, or 
capable of grasping. Unlike many other monkeys, 
marmosets and tamarins do not have an opposable 
thumb. Their sharp, curved claws allow these light- 
weight monkeys to hold onto tree branches. Only the 
great toe bears a nail instead of a claw. 


Their face has little or no fur, but there can be 
large tufts of dense hair coming from the forehead. 
Most also have tufts of long hair around or from the 
ears, although the silvery marmoset (Callithrix argen- 
tata) has bare ears. 


These small primates are active in the daytime. 
They sleep in tree holes or tangles of vines during the 
night. Tamarins and marmosets live in groups of up to 
40 individuals, though 12-15 is more usual. They spend 
a great deal of time grooming each other. Their social 
groups can create a great amount of noise and 
commotion. 


After a 140-145 day gestation period, a female 
(usually only one in a group at a time) produces two 
young (or sometimes one or three). The newborn babies 
are relatively large in comparison to those of other 
monkeys, although they are helpless. They ride on the 
back of a parent (usually the father) until they are about 
7 weeks old. They become sexually mature at 12-18 
months. The young are allowed to stay around the 
family even after they have reached sexual maturity, 
and after a new family is born to the parents. However, 
they do not produce their own offspring until after they 
leave the family unit. The young animals help their 
parents, often relieving the male in carrying his newer 
offspring. Otherwise, the male turns the young over to 
the female for short feeding periods every few hours. 


Marmosets 


There are at least three species of true marmosets 
in the genus Callithrix. However, some biologists 
regard several of the subspecies as separate species. 
The marmoset species do not share habitat with each 
other. Marmosets have light-colored, almost white 
genitals, which the males may flash when another 
enters his territory. 


The black-tailed or silvery marmoset (C. argen- 
tata) has naked pink ears, and its face is also hairless. 
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It is found in two widely separate areas of the Amazon 
Basin. One is east toward the Atlantic Ocean, and the 
other is located toward the west, near the foothills of 
the Andes Mountains. 


The common, or white-headed marmoset (C. jac- 
chus) has a white face and ear tufts that are lighter than 
its primary coloring of a splotchy gray-and-brown. Its 
tail has rings. It lives in scattered populations across 
the eastern bulge of South America. The subspecies 
differ in the color of their ear tufts. 


The tassel-eared marmoset (C. humeralifer) lives 
in central Brazil. Its ear tufts are long enough to 
be called tassels. The western subspecies is mostly 
whitish, while the eastern is darker, with silvery ear 
tassels. 


Tamarins 


Tamarins are found north of the marmosets, thus 
north of the Amazon River, and primarily west of the 
Madeira River. They are a little larger than marmo- 
sets, averaging about 9 in (23 cm) with a 14 in (36 cm) 
tail. They exhibit a greater variety of color than the 
marmosets, occurring in black, brown, and red, and 
often with a dramatic white crest or moustache. They 
communicate with high-pitched sounds referred to as 
“trilling.” Tamarins live primarily on fruit but also eat 
insects. They are especially fond of grasshoppers, 
which they obtain by hunting on the forest floor. 


The face of some tamarins is naked and in others it 
is hairy. The facial hair is distinctive of the species. The 
emperor tamarin (S. imperator), for example, has a 
black head with flowing white moustache that 
apparently reminded someone of the nineteenth cen- 
tury Emperor Franz Joseph of Austria. It lives in parts 
of Peru, Bolivia, and western Brazil. Unlike most 
members of this family, the emperor tamarin will 
share part of its territory with a relative, the saddle- 
back tamarin (S. fuscicollis). In their shared territory 
in Peru, the two species apparently gain some recipro- 
cal benefit from their association, probably though 
communication about food supply. The saddleback 
tamarin of Colombia has a speckled back, contrasting 
with its reddish underparts and rump. It has white 
eyebrows. 


The naked-faced tamarins are not truly naked- 
faced, except for the pied, or bare-faced tamarin 
(S. bicolor) of northern Brazil, which has a bare, 
black face that contrasts dramatically with the white 
upper half of its body. The lower half is rust-red. This 
species is critically endangered. Other bare-faced tam- 
arins, such as the cotton-top (S. oedipus) of Colombia, 
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have fine hair covering the face. It has a startling, long 
white crown on its black head and a white chest and 
arms. Cotton-top tamarins live in smaller groups than 
other tamarins. 


The odd ones 


In addition to the true tamarins (Saguinus) and 
the true marmosets (Callithrix), four other genera of 
related animals are classified in the family Callitri- 
chidae. They are the lion tamarins (Leontopithecus), 
Goeldi’s monkey (Callimico), Amazonian marmosets 
(Mico), and the pygmy marmoset (Cebuella). Several 
of these species are described in more detail below. 


The golden lion tamarin (Leontopithecus rosalia) 
has long, dark, golden-orange hair. Because the hair 
on its head appears to be cleanly combed back, this 
tamarin has also been called the Liszt monkey, after 
the composer Franz Liszt who wore his thick hair 
swept back. The golden lion tamarin has considerably 
longer arms and a shorter gestation period than other 
tamarins. It has a head-and-body length of about 11 in 
(27.5 cm) long, plus a tail of 12-15 in (30.5-38 cm). 


The golden lion tamarin neared extinction as its 
low-altitude rainforest in Brazil along the Atlantic 
Ocean was cut down. Also, it was popular as a pet 
for many decades. In 1980, the wild population was 
estimated at fewer than 100 animals. However, the 
species has been bred in captivity and is being returned 
to the wild in Pogo d’Anta Biological Reserve, which 
was established to protect this rare species, and in a 
new protected area, the Unido Biological Reserve. The 
population of this tamarin has now reached 1,000 
animals, about half of them in the wild. Unfortu- 
nately, there is little room for expansion of the wild 
population due to habitat fragmentation and defores- 
tation. Most of the details of the biology and habitat 
needs of marmosets and tamarins have been learned 
from intense studies of the endangered golden lion 
tamarin. 


There are three other species of lion tamarins— 
the black-faced lion tamarin L. caissara, the golden- 
rumped or black lion tamarin (L. chrysopygus) and 
the golden-headed or gold-and-black lion tamarin 
(L. chrysomelas). Each has an extremely tiny range 
and is endangered. 


The pygmy marmoset (Cebuella pygmaea) is the 
smallest New World primate. It is only 5 in (13 cm) in 
head and body plus an 8 in (20 cm) tail, which is 
banded in shades of black and tan. Its hands and 
feet may have an orange hue. It feeds on the sap of 
trees, which it obtains by gouging the bark with its 
sharp lower canine teeth. It roams a range of not 
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Marmots 


much more than an acre, which must supply a com- 
fortable sleeping tree plus several trees suitable for 
tapping for sap. The father takes care of the young 
except when they need to be nursed by the mother. The 
twins ride on his back until they are grown. The pygmy 
marmoset is relatively adaptable and can survive low- 
density selective harvesting of trees from its forest 
habitat. 


Goeldi’s monkey or marmoset (Callimico goeldii) 
has long, black hair and a full black tail. It lives in 
open, second-growth forest. It has 36 teeth like the 
New World monkeys (Cebidae), instead of 32 like 
other marmosets and tamarins. It also has a consid- 
erably longer gestation period of 150-165 days and 
gives birth to only one young at a time, instead of 
twins. The mother cares for the newborn for about 
two weeks, and then the father takes over. Goeldi’s 
monkey is rare, and lives only near several small rivers 
in the Amazon basin. It is protected in Mant National 
Park in Peru. 
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| Marmots 


Marmots are species of medium-sized robust, 
short-legged burrowing herbivorous rodents in the 
genus Marmota, family Sciuridae, order Rodentia. 
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Marmots are closely related to the ground squirrels 
and gophers. Marmots live in burrows that they dig 
themselves, or sometimes in the deep crevices of rock 
piles and talus slopes beneath cliffs. Most species of 
marmots occur in alpine or arctic tundra or in open 
forests of North America, Europe, and Asia. The 
woodchuck or groundhog of North America is also a 
familiar species of marmot found in agricultural land- 
scapes within its range. 


Marmots have a plump, sturdy body, with a 
broad head, and small but erect ears. The legs and 
tail of marmots are short, and their fingers and toes 
have strong claws, and are useful tools for digging 
burrows. Marmots commonly line their subterranean 
dens with dried grasses and other haylike materials. 
Marmots are rather slow, waddling animals, and they 
do not like to venture very far from the protection of 
their burrows and dens. Marmots can climb rock faces 
and piles quite well. The pelage of marmots is 
short but thick, and is commonly brown or blackish 
colored. 


Marmots often sit up on their haunches, and in 
this position they survey their domain for dangerous 
predators. Marmots are rather vocal animals, emitting 
loud, harsh squeaks and squeals as warnings whenever 
they perceive a potential predator to be nearby. As 
soon as any marmot hears the squeak of another 
marmot, it dashes back to the protection of its burrow. 
Marmots also squeak when communicating with each 
other, or if they are injured. Marmots are loosely 
social animals, sometimes living in open colonies 
with as many as tens of animals living in a communal 
maze of interconnected burrows. 


Marmots are herbivores, eating the above-ground 
tissues and tubers of a wide range of herbaceous 
plants, as well as buds, flowers, leaves, and young 
shoots of shrubs. They store food in their dens, some 
of which is consumed during the wintertime. 


Marmots gain weight through the growing sea- 
son, and are very fat when they go into hibernation 
at the onset of winter. The hibernation occurs in dens 
that are thickly hay-lined for insulation, and the 
entrance to their den is plugged with hay or dirt at 
this time. Some alpine populations of marmots 
migrate to traditional winter-den sites lower in altitude 
than their summer range. Marmots typically winter in 
tightly huddling family groups. Marmots may 
occasionally waken from their deep sleep to feed, 
sometimes outside if the day is relatively warm and 
sunny. 


Various animals are predators of marmots, 
including golden eagles, hawks, foxes, and coyotes. 
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A hoary marmot in Mount Rainier National Park, Washington. (JLM Visuals.) 


Humans are also predators of marmots in some parts 
of their range, using the animals as a source of meat, 
and sometimes as a source of medicinal oils. 


North American marmots 


The most familiar marmot to most North 
Americans is the woodchuck or groundhog (Marmota 
monax), a widespread and common species of open 
woodlands, prairies, roadsides, and the edges of culti- 
vated fields. The woodchuck is a relatively large, red- 
dish or brownish, black-footed marmot, with animals 
typically weighing about 7-13 1b (3-6 kg), although one 
captive animal achieved a most-fatty weight of 37 1b (17 
kg) in the late autumn. Woodchucks dig their burrow 
complexes in well-drained soil, generally on the highest 
ground available to them. 


The hoary marmot (M. caligata) is a species of 
alpine tundra and open montane forests of the moun- 
tains of northwestern North America, also occurring in 
the northern tundra of Alaska, Yukon, and the western 
Northwest Territories. There are various subspecies 
of hoary marmots, including the small dark-brown 
Vancouver Island marmot (M. c. vancouverensis), the 


Olympic marmot (M. c. olympus) of northwestern 
Washington state, and the Kamchatkan marmot 
(M. c. camtscharica) of the mountains of far-eastern 
Siberia. 


The yellow-bellied marmot (M. flaviventris) is a 
yellow-brown species of alpine and open montane 
habitats in the western United States. 


Marmots elsewhere 


The alpine marmot (Marmota marmota) occurs in 
the Alps of northern Italy, southeastern France, and 
Switzerland. The habitat of this species is alpine tun- 
dra and meadows, where it lives in rock piles and in 
burrows. This species is subjected to a sport hunt, the 
male animals being referred to as bears, and the 
females as cats. The meat of these marmots is eaten, 
and their fat is a highly regarded folk medicine in some 
parts of its European range. 


The bobak marmot (M. bobak) occurs rather 
widely in high-altitude grasslands and alpine tundra 
of the Himalayan Mountains of central Asia. This 
species is hunted as food and for its fat throughout 
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much of its range. The long-tailed marmot (M. cau- 
data) occurs in a restricted, alpine range in Pakistan 
and Afghanistan. 
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| Mars 


Mars is the fourth planet from the sun, orbiting 
the sun once every 687 (Earth) days at a mean distance 
of 141 million mi (227 million km). Called the “red 
planet” for its distinct orange-red color, Mars has 
been the object of intense interest for over a century. 
Long popularly regarded as a possible haven for extra- 
terrestrial life, Mars was thought to be barren after the 
Viking spacecraft landed on it in 1976 and found no 
unequivocal evidence of living organisms. But interest 
in Mars as at least a possible ancient host of life 
resurged in the 1990s with the claim of fossilized 
microbes in meteorites from Mars—although the sci- 
entific consensus is against the microbial interpreta- 
tion of those microfossils—and evidence from orbital 
and lander missions in the 2000s that suggested a 
warm, wet past for Mars. 


Mars has numerous earthlike features. There are 
large, extinct volcanoes dotting its surface, eroded 
channels where water once flowed freely, and ice 
caps covering its poles that look very much like 
Earth’s polar regions. However, unlike Earth’s, the 
thin Martian atmosphere is made mainly of carbon 
dioxide, and there is no evidence that life presently 
exists on or under the Martian surface. Although 
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A photograph of the Martian surface taken by one of the 
Viking landers. The layer of morning frost that can be seen in 
the photo is less than one one-thousandth of an inch thick. 
(U.S. National Aeronautics and Space Administration (NASA).) 


Mars may now be a cold, dead world, the variety of 
features on its surface suggests a complex and fasci- 
nating present and history. 


The red planet 


There are four planets in the inner solar system. 
The innermost is Mercury: tiny, barren, and hard to 
observe as it is located near the sun. Next comes 
Venus, the planet nearest in size and mass to Earth, 
but swathed in clouds; a bland, featureless ball with 
surface temperatures hot enough to melt lead. The 
third is Earth, most complex of all planets in the 
solar system and the only one known to harbor life. 
Mars, half again as far from the sun as Earth, is also 
distinct. Intriguing features are distinguishable on its 
surface even from earthbound telescopes, and it bears 
polar ice caps that sometimes look much like Earth’s 
(although they are composed partly of solid carbon 
dioxide, unlike Earth’s caps, which are composed 
entirely of frozen water). 


Nineteenth-century observations of Mars by 
Giovanni Schiaparelli (1835-1910) showed the exis- 
tence of what Schiaparelli called canali, meaning chan- 
nels, not “canals” (which would have implied deliberate 
construction). The existence of somewhat linear, light 
and dark channel-like features on Mars is affirmed by 
many other scientists, but the Italian word canali 
quickly acquired its popular and inaccurate English 
translation, “canals.” 


The excitement of this discovery spurred a man 
named Percival Lowell in 1894 to leave his Boston 
home for Flagstaff, Arizona, where he founded the 
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Mars, as seen from space by Viking 7. The planet is slightly more than one-tenth as massive as Earth. (U.S. National Aeronautics 
and Space Administration [NASA].) 


observatory that bears his name. Lowell spent the rest 
of his life studying Mars through the 24 in (61 cm) 
refracting telescope on Mars Hill above Flagstaff, and 
became convinced that intelligent life existed on the 
red planet. Lowell’s drawings became increasingly 
complex as he observed and reobserved the planet, 
and he devoted himself to convincing the public that 
Mars was indeed inhabited. 


Lowell Observatory soon became the site of fun- 
damental advances in astronomy, such as the 1930 
discovery of the solar system’s outermost planet, 
Pluto—demoted officially to “dwarf planet” status 
by the International Astronomical Union in 2006. 
However, Percival Lowell was wrong about Mars: it 
was not covered by a network of striking straight 
“canals” designed to water a dying planet with melting 
polar-cap water. In 1976, twin robotic spacecraft, 
Viking I and Viking 2, landed at different points on 
Mars’s northern hemisphere. They carried experi- 
ments designed to test the Martian soil for the pres- 
ence of microorganisms, and found no results that 
unequivocally pointed to life chemistry. A few scien- 
tists still contend that the results might have indicated 
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life, but the consensus is that they did not. The expe- 
dition had initially looked promising as one experi- 
ment yielded reactions suggestive of life forms, but 
further analysis revealed that the reactions were not 
biological. 


Viking revealed that the Martian terrain bears an 
eerie resemblance to some of the desert landscapes not 
so far from the hill where Lowell spent so many nights 
at his telescope. The pictures revealed, in the words of 
mission scientist and science popularizer Carl Sagan, 
that “there were rocks and a distant eminence, as 
natural and unselfconscious as any landscape on 
Earth. Mars was a place.” 


Physical properties of Mars 


Mars is rusty; iron oxides are responsible for its 
orange hue. It is smaller than Earth. Its diameter of 
about 2,111 mi (3,397 km) is a little over half that of 
Earth, and it is only 10% as massive as our planet. 
Mars has seasons because the tilt of its axis relative to 
the plane of its orbit is nearly the same as Earth’s. It 
rotates on its axis once every 24 hours and 40 minutes, 
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The largest volcano on Mars, Olympus Mons, is much larger 
than the largest volcano on Earth. Olympus Mons is over 15.5 
miles (25 km) tall, three times as tall as Mt. Everest, and has a 
base the size of the state of Arizona. This photo shows how 
large Olympus Mons is compared to Arizona. (U.S. National 
Aeronautics and Space Administration [NASA].) 


so a Martian day is just a little longer than one of ours. 
The sun would appear larger in the Martian sky 
because Mars is half as far from the sun as Earth, 
and its year is 687 (Earth) days long. 


Mars’s gravity is weaker than Earth’s (38% of 
Earth’s, on the surface) and the planet has been unable 
to retain much of an atmosphere. The Martian atmos- 
phere is less than 1% as dense as Earth’s and is made 
mostly of carbon dioxide, with trace amounts of nitro- 
gen and argon. 


Atmospheric carbon dioxide is the source of 
Mars’s polar ice caps. Carbon dioxide in the atmos- 
phere acts like a giant insulator for a planet, prevent- 
ing heat from radiating away to space. Mars’s 
atmosphere is mostly carbon dioxide yet is so thin 
that it holds little heat—a blazing summer day on 
Mars might get up to the freezing point of water 
32°F (0°C), but at night the temperature plummets 
well back below 0°F (—18°C). At the poles, temper- 
atures drop well below —100°F (—73°C), sufficiently 
cold for the carbon dioxide in the atmosphere to 
freeze. Mars’s polar ice caps consist of frozen carbon 
dioxide with an underlayer of ice. 


Mars’s surface does have some very Earthlike 
features. There are enormous volcanoes, the largest, 
Olympus Mons, is almost the size of the entire state of 
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Arizona and is three times taller than Mt. Everest, 
Earth’s tallest mountain. Also there are long, eroded 
channels telling us that at some time in the past water 
flowed freely on the Martian surface. 


Mars surface terrain can be divided into two main 
areas, the southern highlands (the older part of Mars) 
and the northern plains (a lower, younger region). 
Dividing these areas is a planet-encircling feature 
called the global escarpment. The southern highlands 
are densely cratered and there are two very large 
impact crater basins there called Hellas and Argyre. 
There is abundant evidence of river systems draining 
the southern highlands, and the drainage is mainly 
toward the northern plains (or lowlands) across the 
global escarpment. On of the largest valleys in the 
solar system, Valles Marinaris, cuts across this escarp- 
ment, showing where water drained from south to 
north during a period in Mars history when abundant 
water was present. The northern lowlands are about 
1.6 mi (2.5 km) below the mean radius of Mars and 
contain evidence of extensive flood-type volcanic 
flows, as well as river systems and wind-blown dust 
layers. In the northern plains, two continent-sized 
upwarped areas occur (Tharsis and Elysium). These 
are volcanic areas, home of giant shield volcanoes, 
including the largest known volcano in the solar sys- 
tem, Olympus Mons. 


The history of Mars 


The surface features of Mars show that the planet 
has had an exciting history. Long ago, the surface was 
volcanically active. Early in the planet’s history, it 
probably had crustal plates moving about as is the 
case on Earth, but as Mars cooled and its crust thick- 
ened, tectonic activity ceased. The enormous size of 
Olympus Mons supports this idea. On Earth, moving 
crust slides over a hot spot or upwelling of molten 
rock, forming a series of volcanic mountains (the 
Hawaiian Islands are a classic example). On Mars, 
with no plate motion, the lava simply piles up in one 
spot. There are several volcanoes on Mars larger than 
any on Earth, suggesting the planet has long had a 
thick, immobile crust. 


Erosion channels on Mars’s surface show that the 
planet once had running water. On Mars today, water 
would boil immediately even at the low Martian tem- 
peratures, because the atmospheric pressure is so low. 
(Water boils at progressively lower temperatures as 
one goes to higher altitudes because the atmospheric 
pressure is lower. at lower pressures it is easier for 
molecules to escape the surface of a liquid.) This sug- 
gests that the Martian atmosphere was once much 
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denser than it is now. Otherwise, water could never 
have flowed on the planet’s surface. 


Photographic evidence from NASA’s Mars 
Odyssey orbit mission (2001—) suggests that liquid 
water may occasionally still erupt today from high 
up the interior walls of certain craters, boiling away 
as it surges downhill. 


Some of the eroded channels on Mars resemble 
terrestrial riverbeds, more or less gradually carved, but 
others show evidence of a violent past. They seem to 
have been formed by enormous flash floods, perhaps 
caused when a Martian lake broke through a collaps- 
ing natural feature such as a rock wall and cascaded 
across the land. Several such incidents have been docu- 
mented in the geologic record on Earth. 


Some scientists theorize that over many millions of 
years, Mars’s atmosphere thinned, and, as the planet 
cooled, its water boiled away. Some of the water stills 
remain on the planet, permanently frozen in the ice caps 
and in the soil. How much is hidden underground may 
be determined by ground-penetrating radar aboard 
NASA’s Mars Reconnaissance Orbiter (2006—) and 
the European space Agency’s Mars Express orbiter 
(2003-). 


Although Martian tectonic activity has ceased 
and the atmosphere has largely dissipated, dust storms 
still rage across its surface. The Mariner and Viking 
orbiters observed giant dust storms sweeping across 
the Martian land. The largest of these storms can 
sweep dust particles around the entire planet. One of 
the greatest dust storms ever observed on Mars 
occurred in 1971, when the entire planet was shrouded 
just as one of the earliest Mars orbiters, Mariner 9, 
arrived to take pictures. No pictures could be obtained 
until the end of the storm in 1972. 


A requiem for Percival Lowell 


Until very recently it appeared that Percival 
Lowell was wrong about the existence of life on 
Mars. However, in August 1996, a team of scientists 
at the national Aeronautics and Space Administra- 
tion’s (NASA) Johnson Space Center and at Stanford 
University announced the discovery of evidence that 
strongly suggests primitive life may have existed on 
Mars over 3.6 billion years ago. This evidence is con- 
tained in a 4.2—lb, potato-sized meteorite discovered in 
Antarctica in 1984, named ALH84001. This meteorite 
is one of twelve found on Earth to date that match the 
unique Martian chemistry measured by the Viking 
spacecraft when they landed on Mars in 1976. The 
meteorite contains detectable amounts of polycyclic 
aromatic hydrocarbons (PAHs), the first organic 
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molecules thought to be of Martian origin; several 
mineral features (i.e., carbonates) characteristic of 
biological activity; and possible microscopic fossils of 
bacterialike organisms. 


Mars is now a cold, dry, almost airless world, but 
between 3.6 and 4 billion years ago water flowed 
across the Martian landscape. The planet had a 
thicker atmosphere and was also much warmer than 
it is today. The rock that eventually fell to earth as a 
meteorite was located underneath the Martian surface 
and fractures in the rock were penetrated by water and 
carbon dioxide from the planet’s atmosphere. (The 
rock is debris from an asteroid that collided with 
Mars millions of years ago, scattered into space before 
eventually falling to Earth about 13,000 years ago.) 
Carbonate minerals were deposited in the meteorite’s 
fractures. 


Scientists studying the meteorite initially argued 
that living organisms may have assisted in the forma- 
tion of the carbonate, organisms that were eventually 
fossilized much like fossils are formed in limestone 
rock on Earth. The largest of these possible fossils 
are less that 0.01, the diameter of a human hair. In 
appearance and size, these structures are quite similar 
to microscopic fossils of the tiniest bacteria found on 
Earth. The presence of PAHs in the meteorite provides 
further evidence that life may have existed on Mars 
because PAHs are frequently formed by the degrada- 
tion of the complex organic molecules contained in 
microorganisms after the microorganisms die. 


However, debate over the interpretation of the 
tiny structures in ALH84001 has been active since 
the initial announcement. No similar markings have 
appeared in other meteorites known to be from Mars. 
Two independent chemical studies in 1998 gave evi- 
dence that at least some signs in the rock are because of 
contamination from Earth. One study looked for 
amino acids, the building blocks of proteins that play 
an essential role in biology, and were detected in only 
small amounts that appeared to be terrestrial in origin. 
Another found no sign of organic matter in the tiny 
globs of carbonate on the meteorite, but did not look 
for PAHs. Given the intense interest in finding life 
outside Earth, together with the rigorous scientific 
demands of any such remarkable claim, the contro- 
versy 1s sure to continue for years. Most planetary 
scientists argue that the evidence is, at best, inconclu- 
sive with regard to supporting evidence of biological 
processes. 


In the last half of the 1990s, NASA sent several 
probes to Mars that were unlike anything seen before. 
The Mars Pathfinder mission landed on the red planet 
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on July 4, 1997, on the rocky flood plain Ares Vallis. 
After landing the Pathfinder craft unfurled and a 23- 
pound, six-wheeled remote roving vehicle, named 
Sojourner, crawled off the platform and onto the 
planet’s surface, while Pathfinder itself raised a cam- 
era arm to a height of five feet. 


Pathfinder returned over 10,000 color pictures 
from Mars, painting a picture of the surface as one 
that over a billion years ago had once been scoured by 
huge floods of liquid waters, with salty residues left 
from puddles that once slowly evaporated. At the 
same time, Pathfinder took pictures of Sojourner 
roaming about the planet’s surface, sometimes nest- 
ling against rocks for analysis. Sojourner was 
equipped to chemically analyze the rocks it encoun- 
tered—the first two of which were nicknamed 
Barnacle Bill and Yogi—with an alpha proton x-ray 
spectrometer that bounces particles or x rays off rocks 
and analyzes what returns. Barnacle Bill was quartz- 
like, indicating it had been heated and reheated some- 
where in the planet’s crust. The more-primitive Yogi 
was most likely of volcanic origin. Pathfinder also 
found wild fluctuations of temperatures—as much as 
20 degrees up or down in a few seconds—and evidence 
of towering dust devils up to a half-mile high winding 
across the desert plain. And it found evidence that, like 
Earth, Mars is not merely a solid rock ball, but has a 
crust, a mantle, and an iron core. 


Later in 1997, the Mars global surveyor went into 
orbit around Mars and began a mapping survey of the 
planet. It found that Mars had a weak magnetic field, 
about 1/800 that of Earth, but one stronger than scien- 
tists had expected. (By comparison, Jupiter’s magnetic 
field is 10,000 times that of Mars.) This field is impor- 
tant in the geological history of Mars, and helps deter- 
mine the nature of its rock below the surface. At some 
points in the orbit, the spacecraft was able to descend to 
between 105 and 75 mi (170-120 km) in altitude, 
beneath the ionosphere, low enough to detect remnant 
magnetic fields of material on the surface. These results 
suggested that Mars once had a magnetic field compa- 
rable to that on Earth, which would have protected the 
surface from the cosmic rays and energetic particles 
from the sun. The global surveyor also found evidence 
of hematite, an iron-bearing mineral that forms only in 
high-temperature aqueous systems—compelling evi- 
dence for hydrothermal vents on Mars. Magnetic 
stripes discovered on the surface in 1999 hint that 
early-on the surface of Mars may have been formed 
by tectonic plates, much like that on Earth. 


In some quarters, there is intense interest in Mars 
as a site for eventual human exploration and settle- 
ment. Official US space policy has included the goal of 
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human exploration since 2004. Many scientists and 
other parties, however, view such schemes as likely to 
starve purely scientific explorations because of their 
immense cost. Also, though there is a strong popular 
movement favoring eventual Mars settlement, the goal 
of settling Mars is by no means universally viewed as 
either technically feasible or humanly desirable. No 
human flights to Mars had been scheduled as of 
2006. A continuing series of robotic flights was sched- 
uled for the coming years. 


Our knowledge of Mars grew explosively starting in 
early 2004, when the twin Mars exploration rovers 
landed successfully on opposite sides of the planet. The 
six-wheeled, solar-powered rovers are equipped with 
several cameras, high-speed data links to Earth, and 
grinding tools for examining rocks. (Unlike Viking, 
they did not contain experiments designed to look for 
life chemistry.) The rovers, nominally designed to oper- 
ate for only 90 days (the “primary mission”), were still 
exploring almost three years later. Driving for miles— 
climbing hills, traversing plains, and descending into 
craters—returning a wealth of panoramic, microscopic, 
and three-dimensional images and geological and mete- 
orological data, deepening our scientific knowledge of 
Mars and confirming a warmer, wetter phase in its early 
history. The duration of that period remained a point of 
scientific dispute as of 2006. In late 2006, NASA’s Mars 
reconnaisance orbiter mission began photographing the 
planet from above in unprecedented detail, resolving 
objects as small as three feet across. One of the orbiter’s 
earlier pictures showed one of the twin Mars exploration 
rovers perched on the edge of a large crater, wheel-tracks 
and the shadow cast by its camera mast clearly visible. 


Martian satellites 


Mars has two tiny satellites, Phobos (17 x 12 mi/ 
27 x 19km) and Deimos (9 x 7 mi/15 x 11 km). Studies 
of both show that they are chondritic asteroids that 
have been captured by Mars gravity (but were origi- 
nally formed in the main belt of asteroids located 
beyond Mars). Both are in 1:1 spin orbit couples with 
Mars, meaning that the same face of these small moons 
faces Mars all the time. Both satellites have densities of 
about 2 gm/cm*, indicating that they are internally 
fractured as well as being made of rather light mineral 
and organic compounds. 


The most common superficial form on these sat- 
ellites is the impact crater. carter Stickney on Phobos is 
the largest such feature, about 6 mi (10 km) in diam- 
eter. Crater Hall, also on Phobos, is the second largest. 
A ridge between these craters is named Kepler. Both 
satellites are covered by a thick layer of broken debris 
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KEY TERMS 


Deimos—The smaller of Mars’s two satellites, only 
3.7 mi (6.0 km) across its smaller dimension. 


Olympus Mons—tThe largest Martian volcano, 
about 370 mi (600 km) across at its base. The 
existence of such large volcanoes suggests that 
Mars has a thick, tectonically inactive crust. 


Phobos—The larger of Mars’s two satellites. 


Polar caps—The deposits of frozen carbon dioxide 
at Mars’s poles. The ice caps advance and recede 
with the changing Martian seasons, and bear a 
strong resemblance to earth’s polar regions. 


Valles Marineris—The giant Martian canyon, 
located in a place of numerous rifts and faults in 
the Martian crust. This canyon would stretch across 
the entire continental United States. 


called regolith (or “soil”). Regolith on the sides of 
impact craters can be seen in layers, suggesting the 
regolith is impact related (ejected fragments). 


Boulders can be seen lying on the side of Deimos. 
Linear grooves occur in regolith on both satellites, and 
the linear grooves are “beaded” (a feature that sug- 
gests finer soil particles are draining down into open 
spaces in the underlying fractures within the satellites). 
Both satellites are inside the roche limit of stable orbit, 
meaning that eventually both satellites will impact on 
the surface of Mars. Apparently, this sort of thing has 
happened before as there are now some well docu- 
mented elongate (low angle) impact craters on Mars 
that appear to have been formed by objects in orbits 
similar to Phobos and Deimos. 


See also Planetary atmospheres. 
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l Mars exploration rovers 


Background 


The exploration of Mars using robotic spacecraft 
began in the 1960s, when the US National Aeronautic 
and Space Administration’s (NASA’s) Mariner 4 flew 
past the planet and beamed back 21 fuzzy television 
pictures. In 1976, NASA’s twin Viking landers 
touched down on different parts of the planet. 
Although the landers could not roam, they beamed 
back thousands of high-quality photographs, col- 
lected data on weather and chemistry, and performed 
sophisticated experiments on Martian soil to look for 
life. Although some confusing results were obtained 
from those experiments, most scientists today think 
that the Viking landers did not detect Martian life. 


Several attempts were made by the Soviet Union 
(and later the Russian Federation) to send landers to 
Mars, but all failed. In 1996, the U.S. scored a second 
Mars lander success with its Pathfinder probe, which 
proved that a spacecraft could safely land on another 
world by bouncing inside a cluster of inflated airbags. 
Pathfinder released a tiny solar-powered rover called 
Sojourner that roamed a few yards from the lander. 


Several other NASA attempts at landing on Mars 
failed. NASA’s Mars Polar lander crashed in 1999, its 
Deep Space 2 surface penetrators returned no data 
when they impacted Mars in the same year, and the 
European Space Agency’s Beagle lander failed in 
2003. Then, in 2003, spectacular success: the large, 
sophisticated Mars Exploration Rovers Spirit and 
Opportunity, identical twins, successfully rolled out 
on the surface of Mars. It was the beginning of a 
mission that would continue for both rovers until at 
least late 2006, probably longer. (As of this writing, 
November 2006, both rovers were still functional.) 
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Mars exploration rovers 


This image taken by the front hazard-identification camera on 
the Mars Exploration Rover Spirit, shows a clear view of the 
martian surface in front of the rover before the rover deployed 
its robotic arm, or instrument deployment device. The arm 
was deployed from its stowed position beneath the “front 
porch” of the rover body. This is the first use of the arm to 
deploy the microscopic imager, one of four geological 
instruments located on the arm. The instrument will help 
scientists analyze and understand martian rocks and soils by 
taking very high resolution, close-up images. (© NASA/JPL/ 
US Geological Survey/ZUMA/Corbis.) 


The Rovers 


Each rover is about the size of a golf cart and 
consists of an instrument-packed chassis riding on 
six metal wheels. Each wheel has its own motor and 
can be steered and powered independently of all the 
rest. The top of the rover folds out flat to expose the 
solar panels that power the rover. A Pancam Mast 
Assembly rises out of the top of the rover, bearing 
several cameras at a height of 5 feet (a little less than 
2m). At the front of the rover, mounted on the end ofa 
jointed robotic arm called the Instrument Deployment 
Device (IDD), is a circular grinding tool for polishing 
rocks to reveal their inner structure. The IDD also 
bears a Mossbauer spectrometer for determining 
what minerals are present in rocks, an alpha particle 
X-ray spectrometer for analyzing which elements are 
present in rocks, magnets for gathering iron-bearing 
dust, and a close-up camera called the microscopic 
imager. High- and low-gain antennas provide radio 
communications directly with Earth or with satellites 
orbiting Mars. In November, 2006 communications 
were established between the rovers and NASA’s 
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recently-arrived Mars Reconnaissance Orbiter, which 
can greatly speed up data return to Earth. 


The rovers were not equipped with experiments 
designed to detect life. 


The Mission 


The rovers, named Spirit and Opportunity as a 
result of a school essay contest won by a third-grade 
girl, were launched from Cape Kennedy, Florida in 
June and July, 2003. Both landed on Mars in January 
2004, on opposite sides of the planet. Borrowing tech- 
nology pioneered by both the Viking missions of the 70s 
and the Pathfinder mission of the 90s, they first slowed 
themselves by riding large, saucer-shaped aeroshells 
into the upper Martian atmosphere. Friction with the 
atmosphere heated the aeroshells to a white glow and 
slowed the spacecraft down. Next, each lander 
deployed a parachute. Rockets stopped the final 
descent at a height of about 30 feet (10 m) above the 
surface, and the lander was released, packaged inside a 
roughly tetrahedral group of four airbags. (A tetrahe- 
dron is a pyramid with four sides shaped like equilateral 
triangles.) The spacecraft was still moving sideways as 
the airbag-protected landers were dropped, so each 
lander rolled and bounced for many yards over bould- 
ers and sand before coming to rest. 


Next, each lander deflated its airbags and reeled 
them in to keep them from being an obstacle in the 
nearby landscape. The lander now consisted of a tet- 
rahedral shell with the rover folded up inside. Three 
sides of the lander unfolded like petals of a flower, 
forcing the lander to roll, if necessary, so that the side 
with the rover clamped to it would be right side up on 
the ground. The rover was then commanded to unfold 
its camera mast, solar panels, and suspension system. 
Firing small explosive bolts cut cables holding the 
rover in place, and it was free to roll down one of the 
petals and onto the Martian surface. Both rovers com- 
pleted all these steps successfully. 


A scare occurred when the Spirit rover lost contact 
with Earth a few days after rolling off its lander. There 
were fears that the mission would be lost, but engineers 
discovered a software problem with the rovers’ flash 
memory management system. An upgrade was uploaded 
to both rovers and the failure did not recur. 


Mission Results 


As of November, 2006, the rovers had driven sev- 
eral miles each on the surface of Mars. Spirit had 
climbed (and descended) a nearby hill and Opportunity 
had traversed several kilometers of open desert to 
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This image released in 2004 by NASA, shows a rock called 
“Humphrey,” taken by the navigational camera on the Mars 
Exploration Rover Spirit on Mars (NASA/JPL/AFP/Geity 
Images.) 


arrive at the edge of a large crater named Endurance. 
Both had returned thousands of high-resolution images 
in color, black-and-white, and stereo and examined 
scores of rocks in detail. They had photographed 
Martian dust devils (small, tornado like air swirls picking 
dust up from the surface) and collected years of mete- 
orological data. Geological data from both rovers had 
established firmly that Mars once, billions of years ago, 
went through a warm, wet period of its history. The 
duration of that warm, wet period, and whether it 
could possibly have allowed life to evolve, are still 
being debated by scientists. 
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| Mars Pathfinder 


The Mars Pathfinder spacecraft was launched by 
the U.S. National Aeronautics and Space Administra- 
tion (NASA) on December 4, 1996. It landed on Ares 
Vallis, a general region called Chryse Planitia on the 
planet Mars, on July 4, 1997. Pathfinder was second in 
the Discovery series of robotic spacecraft, which 
NASA the began to develop in the mid 1990s. Costing 
an average of $150 million per project, the Discovery 
shift to faster, cheaper, less-ambitious probes was 
prompted by the catastrophic failure in 1993 of the 
$1-billion Mars Observer mission. Pathfinder was the 
third spacecraft ever to land successfully on Mars; 
NASA’s Viking I and Viking IT spacecraft were the 
first and second, in 1976. Since Pathfinder the Mars 
Exploration Rover (MER) Mission landed on Mars in 
2003 with two robotic rovers, Spirit and Opportunity, 
to explore many physical aspects of Mars. Specifically, 
Pathfinder’s mission was to study geology and 
morphology of the surface; mechanical and magnetic 
properties of the surface; rotational and orbital 
dynamics of the planet; structure of the atmosphere; 
meteorological variations; and geochemistry and pet- 
rology of surface materials. 


Mars Pathfinder left Cape Canaveral, Florida, for 
a seven-month journey to Mars. Lofted by a Delta-II 
rocket, Pathfinder consisted of a 795 Ib (360 kg) lander 
and a 25 lb (11.5 kg) surface rover named Sojourner in 
honor of American abolitionist and ex-slave Sojourner 
Truth (c 1797-1883). Pathfinder had two main objec- 
tives: first, to demonstrate that certain new and 
economical technologies could be used to explore the 
Martian surface, and, second, to perform scientific 
study of the area around the landing site. Although 
spacecraft preparation and testing were completed at 
the Jet Propulsion Laboratory (JPL) in Pasadena, 
California, many components, including the main 
scientific instrument aboard the rover (the a-proton 
x-ray spectrometer or APXS), were created through 
international cooperation. Spacecraft tracking and 
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communication were provided by the giant dish anten- 
nas of the NASA/JPL Deep Space Network. 


The complex process of landing safely on Mars 
began several days before arrival, when ground con- 
trollers at JPL used the Deep Space Network to tell the 
spacecraft to prepare for landing. Because radio sig- 
nals require approximately 40 minutes to travel from 
the Earth to Mars and back again, Earth-based con- 
trol of Mars landings—which require real-time coor- 
dination of a complex series of events—is impractical. 
Therefore, for Pathfinder, just as for Viking 21 years 
earlier, all critical actions had to be performed by the 
spacecraft itself during the landing phase. On-board 
software was in control of the landing sequence from 
about 30 minutes before landing until about three 
hours after. 


The approach phase began with venting of the 
heat rejection system’s coolant fluid about 90 minutes 
prior to landing. This fluid is circulated around the 
cruise stage (upper stage of the Delta-I] rocket, 
crowned by Pathfinder) during the seven-month jour- 
ney through space to Mars and, also, through the 
lander to keep it and the rover cool. About 30 minutes 
before landing, the cruise stage, having fulfilled its 
purpose of sustaining and protecting the lander and 
rover during their journey through space, was jettis- 
oned. The remaining entry vehicle consisted of the 
lander and rover inside a saucer-shaped protective 
aeroshell. 


Several minutes before landing, the spacecraft 
entered the thin Martian atmosphere at a shallow 
angle. If a steep angle of approach had been used, 
powerful rockets would have been needed to achieve 
a soft landing; as it was, a low-angle entry made a 
cheaper landing possible by allowing Pathfinder to 
convert most of its kinetic energy to heat through 
friction with the atmosphere. 


Though the Martian atmosphere is thinner than 
Earth’s (e.g., the atmospheric pressure on the Martian 
surface is only one-thousandth that of Earth’s), the 
amount of force and heat generated by atmospheric 
braking was great. In only a few minutes, atmospheric 
friction slowed the entry vehicle from about 17,000 
mph (27,000 km/h) to only 900 mph (1,400 km/h). 
On-board instruments detected this rapid deceleration 
and triggered further preprogrammed events. 


First, a parachute 24 ft (7.3 m) in diameter was 
opened to slow the vehicle from 900 mph to 145 mph 
(230 km/h). Twenty seconds after parachute deploy- 
ment, the heat shield (i.e., the bottom half of the aero- 
shell) was blasted free. Up to this point, the landing 
scenario had been similar to that for Viking, but from 
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here onward events comprised a test of new lander 
technologies. 


Soon after the heat shield was released the lander 
(with rover attached) dropped away from the back- 
shell (upper half of the aeroshell). The lander then 
lowered itself down a metal tape using a built-in brak- 
ing system. This descent placed the lander at the bot- 
tom end of a 65 ft (20 m) braided-Kevlar® tether 
termed the bridle, providing space for airbags to 
inflate around the lander and a safe margin of distance 
from the hot exhaust that would soon come from the 
solid rocket motors on the backshell. Once the lander 
was in position at the end of the bridle, the radar 
altimeter (altitude-measuring instrument) on board 
the lander was activated. This aided in timing airbag 
inflation, backshell rocket firing, and cutting of the 
bridle. Three roughly triangular airbags attached to 
Pathfinder, each approximately 17 ft (5.2 m) in diam- 
eter about eight seconds before landing. Four seconds 
later, electrical wires running up the bridle then ignited 
the three backshell rockets simultaneously. The firing 
of these rockets, starting at an altitude of 250 to 300 ft 
(75 to 90 m), brought the lander to an approximate 
stop about 40 ft (12 m) above the surface. The bridle 
connecting the lander and backshell was then snipped 
in the lander, causing the backshell (with its rockets 
still firing) to fly rapidly upward, carrying itself and 
the parachute away from the landing site. Meanwhile 
the lander, encased in its airbags, fell directly to the 
surface. 


Because of the possibility of the backshell being at 
a small angle when its rockets fired, rather than per- 
fectly level, the lander’s speed upon impacting the 
surface could have been as high as 56 mph (25 m/sec) 
at a 30° angle to the ground. The spacecraft designers 
planned for the lander to bounce at least 40 ft (12 m) 
above the ground and soar 330 to 660 ft (100 to 200 m) 
between bounces. (In fact, it took a series of much 
smaller bounces.) This landing system provided an 
economical means of getting the probe safely to the 
surface without the high cost of heavy landing engines 
and fuel. 


Once the lander stopped bouncing and rolling, 
pyrotechnic devices in the latches holding its sides 
together were blown off to allow three sides to open 
like petals of a flower. Soon after, small winches began 
reeling the airbags toward the lander, deflating them 
in the process. As the lander might—after rolling— 
have come to rest on its side, a motor was built into 
each petal with enough power to roll the whole probe 
over if necessary. The lander was designed to sense its 
orientation and to open one of its petals first, if neces- 
sary, to right itself before opening the other two. 
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During the three hours allotted for retracting the 
airbags and opening the lander petals, the lander’s 
radio transmitter was turned off. This saved battery 
power (the lander was powered both by solar panels 
and by batteries) and allowed the transmitter elec- 
tronics to cool down after reentry. It also allowed 
Earth to rise well above the horizon and be in a better 
position for communications. At this point, while the 
lander still had many tasks to fulfill, it had successfully 
completed one of its main objectives—it was now the 
first of the new low-cost probes to land on Mars. 


Information on the Martian atmosphere had 
already been gathered by measuring changes in 
Pathfinder’s radio signal during its descent, but 
Pathfinder’s primary scientific data-gathering activ- 
ities began only after the lander was safely deployed 
on the surface. Radio signals from the lander enabled 
scientists on Earth to precisely locate the spacecraft 
and, therefore, Mars itself. Pathfinder’s tasks also 
included taking pictures of the area around the lander 
so that scientists could study the geology of the sur- 
face, measuring atmospheric conditions, and relaying 
measurements gathered by Sojourner, the rover, back 
to Earth. The imager for Mars Pathfinder (IMP) was a 
sophisticated stereoscopic camera system that pro- 
duced both black-and-white and color images. The 
camera was attached to an extendable mast that 
allowed it to be raised, lowered, swiveled, and aimed 
up or down. Detailed panoramic images were created 
with the IMP, giving a full view of the landing site and 
of the activities of Sojourner. 


In addition to normal and stereoscopic pictures, 
the IMP was able to study the atmosphere and surface 
geology through filters, providing valuable informa- 
tion about the chemical makeup of both. A close-up 
lens allowed observation of wind-blown dust captured 
by a small magnet, revealing information about the 
magnetic properties of the dust. By imaging the sun 
through filters, the content of the atmosphere was 
observed. Characteristics of dust particles in the 
atmosphere were measured by observing one of the 
moons of Mars at night. Images of windsocks located 
at different heights above the ground were used to 
measure wind speed and direction. Since the lander 
was designed to make these kinds of observations for 
over a month, daily cycles could be observed and 
compared. Because the Pathfinder lander continued 
to work for over three months, some seasonal changes 
were also observed. Comparison of Pathfinder’s data 
with Viking ’s made both more scientifically valuable. 


Perhaps the most exciting aspect of the Mars 
Pathfinder mission was the small Sojourner rover 
mounted to the main lander. Looking like a tiny (just 
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under 11 in [4.3 cm] high, 2 ft [61 cm] long and 19 in 
[48.26 cm] wide), flat-topped all-terrain-vehicle with 
six independent wheels, this device moved down a 
ramp from its perch on top of the lander onto the 
soil of Mars. Primarily a technology experiment, like 
the landing mechanisms of the lander, Sojourner was 
also equipped with an on-board communications sys- 
tem, laser detection devices to keep it from running 
into obstacles or going places that might make it fall 
over, and an a-proton x-ray spectrometer (APXS). 


The first objective for the Sojourner was to show that 
it could function in the little-known environment on the 
surface of Mars and to observe its behavior in order to 
make design improvements in future rovers. Sojourner 
moved around the immediate area of the lander, butting 
the APXS up against rocks. Detectors measured inter- 
actions between a radioactive source in the APXS and 
the surface materials by obtaining an energy spectrum of 
the alpha particles, protons, and x rays produced by the 
exposure. This instrument could determine the chemical 
composition of materials, including the amounts present 
of most major elements except hydrogen. 


After operating on the surface of Mars three times 
longer than planned and returning a large amount of 
information about the red planet, the Pathfinder 
lander—officially renamed the Sagan Memorial 
Station after landing, in honor of American scientist 
Carl Sagan (1934-1996)—finally became inactive in 
November 1997. Sojourner operated 12 times longer 
than the seven days it was designed to operate. Both 
Pathfinder and Sojourner drew their power from a 
combination of pre-charged batteries and solar panels, 
validating another new technology; the Viking probes 
had used plutonium as an energy source. 


Pathfinder broadened scientific understanding of 
Mars and paved the way for future exploration by 
showing that the new, inexpensive exploration technol- 
ogies can work. The U.S. mission Mars Polar Lander 
crashed near the Martian south pole in 2000, prompting 
widespread questioning of the clatam—seemingly proved 
by Pathfinder’s spectacular success—that Mars mis- 
sions could be built faster, cheaper, and better. 


However, concerns were calmed less than four 
years later. The Mars Exploration Rover (MER) mis- 
sion began in 2003 when MER-A rover, Spirit, was 
launched on June 10, and MER-B, Opportunity, was 
launched on July 7; both headed to Mars. Spirit 
landed on Mars, specifically in Gusev crater on 
January 4, 2004, while Opportunity landed in the 
Meridiani Planum on January 25, 2004. The two land- 
ing sites are on opposite hemispheres of Mars. As of 
October 2006, both probes are functioning on the 
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KEY TERMS 


Backshell—Upper shell of the Mars Pathfinder entry 
vehicle, enclosing the lander/rover vehicle along 
with the heat shield during the cruise and entry 
phases of the mission. Entry braking rockets are 
also mounted to the backshell. 


Deep space network—A system of large communi- 
cations antennas around the world that provides 
continuous communications with spacecraft as the 
Earth rotates. When one antenna turns out of range, 
the next takes over the task of staying in contact with 
the spacecraft. 


Delta-II rocket—A launch vehicle commonly used 
by NASA and the military to put satellites and probes 
into space. 

Heat shield—Special heat-resistant material cover- 
ing the underside of a spacecraft that must enter a 
planetary atmosphere. Placed there for the purpose 
of absorbing the heat of friction that builds up 
between the atmosphere and the craft. Protects 
spacecraft occupants and/or instruments from 
overheating. 


Jet Propulsion Laboratory (JPL)—The NASA depart- 
ment that provides design, development and 
operational services concerning unmanned space 
exploration. Located at the California Institute of 
Technology (Caltech). 


National Aeronautics and Space Administration 
(NASA)—The U.S. government agency responsible 


surface of Mars, as their missions have been extended 
into September 2007, well past what was originally 
intended for both spacecraft probes. 


Mars Pathfinder delivered about 16,500 images 
from the lander to scientists on Earth, and about 550 
images from the rover. In addition, over 15 chemical 
analyses were performed of soil, rocks, wind particles, 
and other materials. Much was learned about Mars’ 
past including that it was once contained liquid water 
and a thicker atmosphere than it does now. Pathfinder 
also showed that airbag-assisted touchdown and auto- 
mated obstacle avoidance controls can be used suc- 
cessfully on Mars. The MER mission both used these 
technologies. Its low price (less than $150 million for 
development and $280 million for total cost of mis- 
sion) relative to other unmanned space missions was 
very remarkable considering that most missions to 
Mars have not made it to their final destination. 
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for developing and managing space exploration 
activities and studies new technologies for air travel. 


Pyrotechnic device—On a spacecraft, an explosive 
device used for quick release of some mechanism or 
object. Explosive bolts used to separate rocket stages 
or the solid rocket boosters used during a space 
shuttle launch are examples of pyrotechnic devices. 


Solid rocket motor—Rocket engine that produces 
thrust by burning solid fuel lining the inside of a 
cylindrical housing and ejecting the expanding gas- 
ses produced by the reaction through a nozzle to the 
outside. The hobbyist’s model rocket engine is an 
example of a solid rocket engine. 


Spectrometer—An_ instrument for detecting and 
recording various wavelengths of electromagnetic 
energy such as light, and other forms of radiation. 
The a-proton x-ray spectrometer on Pathfinder cre- 
ated such energy by exposing material to a radio- 
active source. This caused different forms of 
radiation to be emitted by the material, the amounts 
and characteristics of which could be recorded to 
reveal the composition of the material. 


Stereoscopic—Viewable in three dimensions. By 
taking two simultaneous pictures with a camera 
that has lenses separated by a few inches, an image 
can be created using special viewing techniques that 
shows depth. Humans have two eyes and can see 
stereoscopically. 


See also Rockets and missiles; Solar system; Space 
probe. 
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[ Marsupial cats 


Marsupial cats are native carnivores of Australia, 
in the family Dasyuridae. Like all marsupials, the 
young of marsupial cats are born when they are still 
in an embryonic state, and they migrate to a belly 
pouch (or marsupium) on the female, where they fix 
onto a nipple and suckle until they are almost fully 
grown and independent. 


Marsupial cats fill the ecological roles played by 
weasels, cats, foxes, and other medium-sized placental 
predators on other continents. They are typically 
about 3 ft (1 m) long (or less), with a similar length 
of body and tail. Marsupial cats are predators of small 
mammals, birds, and reptiles, which are killed by bit- 
ing with their sharp canine teeth. These animals are 
intelligent and fierce predators. Most species are noc- 
turnal hunters. Many marsupial cat species have 
declined greatly in abundance and range because of 
habitat loss and predation by introduced placental 
mammals, such as cats and foxes. In fact, most species 
are now endangered. 


The eastern Australian native cat, tiger cat, or 
quoll (Dasyurus quoll) is a medium-sized predator, 
with a grayish-brown or blackish pelage, marked 
with bright white spots. 


The western Australian native cat or western quoll 
or chuditch (Dasyurus geoffroyi) only occurs in rem- 
nants of its formerly extensive range of open-forest 
habitats, having been widely extirpated by introduced 
diseases and predators (especially foxes), hunters, and 
other factors. 


The northern native cat Dasyurus hallucatus of 
northern Australia and the New Guinean native cat 
D. albopunctatus of New Guinea have a light-brown, 
spotted pelage. They occur in rocky areas and open 
forests. 


The tiger cat, or large spotted-tailed native cat 
(Dasyurus maculatus) is a native predator of dense 
forests of eastern Australia and Tasmania. This ani- 
mal can reach a length of about 47 in (120 cm), of 
which almost one-half is comprised of its tail. 
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Sometimes, individual animals will wreak havoc in 
situations where prey is confined in a relatively small 
space, for example, in a chicken coop. 
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l Marsupial rats and mice 


Marsupial rats and mice are a diverse group of about 
40 species of small, native carnivores of Australia, 
Tasmania, and New Guinea, in the family Dasyuridae. 
The young of marsupial rats and mice, as with those of all 
marsupials, are born while still in a tiny, embryonic stage 
of development. The almost helpless babies migrate to 
the belly of their mother, where they fix on a nipple and 
suckle until they are ready to lead an independent life. 
Unusual among the marsupials, the females of some 
species of marsupial rats and mice do not have a belly 
pouch (or marsupium) that encloses their nipples and 
protects their young. Other species do have a permanent 
pouch, or they have one that develops only during the 
breeding season. 


Marsupial rats and mice are small mammals with 
a uniformly dark, brownish coat, often with a whitish 
belly, and they have a superficial resemblance to pla- 
cental rats and mice. Most species are nocturnal pred- 
ators that feed on insects and other small prey. The 
larger species, such as marsupial rats, feed on smaller 
marsupials, birds, and reptiles, and introduced 
rodents. In a sense, marsupial mice fill the ecological 
roles played by the smallest placental predators on 
other continents, for example, shrews, while the mar- 
supial rats are ecologically similar to larger small pred- 
ators, such as weasels. 


The brush-tailed marsupial mice or brush-tailed 
tuans (Phascogale spp.) are two species that occur in 
extreme southern Australia. The broad-footed marsu- 
pial mice (Antechinus spp.) are 10 species that occur in 
Australia, Tasmania, and New Guinea. The fat-skulled 
marsupial mice (Planigale spp.) are five species that live 
in Australia and New Guinea. The crested-tailed mar- 
supial mouse (Dasycercus cristicauda) occurs in dry 
habitats of central Australia. The narrow-footed mar- 
supial mice or pouched mice (Sminthopsis spp.) are 
about 20 species that occur in various types of habitats 
in Australia, Tasmania, and New Guinea. The long- 
legged jumping marsupials or jerboa marsupial mice 
(Antechinomys spp.) are two rare species of sandy 
deserts and savannas of Australia. 


2643 


aol pure s}ed jeidnssey 


Marsupials 


Many species of marsupial rats and mice have 
declined greatly in abundance due to habitat loss and 
the deadly effects of introduced placental mammalian 
predators, such as cats and foxes. Numerous species 
are now endangered, and special conservation meas- 
ures must be taken if they are to survive. 


Bill Freedman 


| Marsupials 


Marsupials belong to the order Marsupalia, one of 
three subclasses of mammals (Metatheria). Marsupials 
are named for the marsupium, which means “pouch” in 
Latin; most female marsupials carry their young in 
pouches. 


The order Marsupalia includes eight families, 75 
genera, and 250 species. Marsupials are divided into 
two groups based on the number and shape of the 
incisor teeth. One group has numerous small incisors 
(the Polyprotodontia) and includes the carnivorous 
and insectivorous marsupial mice and American opos- 
sum. The second group has a few large incisors 
(Diprotodontia) and includes the herbivorous marsu- 
pials such as kangaroos and wallabies. 


The majority of marsupial species, such as kanga- 
roos, wallabies, koalas, bandicoots, wombats, and 
Tasmanian devils inhabit the Australasian region 
(Australia, New Guinea, and the surrounding islands) 
to the east of Lombok in Indonesia, which marks the 
boundary between the Australian and Asian fauna. 
Approximately one-third of the species, most of 
which are opossums, are native to the Americas. 


Marsupials live underground (i.e. marsupial 
moles), on land (kangaroos), in trees (tree kangaroos 
and koalas), and in water (yapok), and inhabit rain- 
forests, deserts, and temperate regions. Many species 
are nocturnal, while others are active by day. 
Marsupials may be herbivorous, carnivorous, insec- 
tivorous, or a combination of the three. Marsupials 
range in size from mouse-sized to as large as adult 
humans. 


All marsupials are born partially developed, 
small, blind, hairless; they have well-developed front 
legs with sharp claws and poorly developed hind legs. 
Immediately after birth, marsupial embryos crawl out 
of the birth canal using their front claws into the 
marsupium (pouch) where they attach themselves to 
a milk-secreting teat (nipple) for nourishment. The 
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young marsupials are so helpless that they cannot 
suck milk right away. Contractions of muscles around 
the teat periodically squirt milk into the mouths of the 
attached embryos. The marsupial pouch helps keep 
the young attached to a teat. Newborn marsupials 
born to species without pouches stay attached by 
holding on to their mothers with their claws, and are 
aided by a swollen teat, which fills the baby’s mouth 
and makes it difficult to detach. Female marsupials 
carry their young everywhere they go. When the young 
can no longer fit in the pouch or become too large for 
the mother to carry around, they detach and begin to 
live independently. 


The oldest known fossils of marsupials date from 
the upper Cretaceous period (65-100 million years 
ago). Marsupials were once a dominant group with a 
wide distribution, and in the past were well repre- 
sented in South America. The opossums of the 
Americas are extremely adaptable and some species 
have increased in number. The marsupial fauna of 
Australasia remained intact due to the isolation of 
this area from the rest of the world for millions of 
years, but many species are currently on the endan- 
gered list. Encroaching agriculture, urban sprawl, and 
the introduction of placental mammals have put some 
species of marsupial in danger of extinction. A century 
ago, the kangaroo skins were in great demand. 
Kangaroo hides have been used for leather and their 
meat used for both human consumption and pet 
foods. Some kangaroo species considered by farmers 
to be pests have been slaughtered in great numbers. 
Today, conservation groups, wild animal refuges and 
sanctuaries, and cooperation from ranchers and farm- 
ers are helping to keep the current populations of 
marsupials protected. 


See also Anteaters; Marsupial cats; Marsupial 
rats and mice; Numbat; Phalangers; Tasmanian devil. 
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l Marten, sable, and fisher 


Marten, sable, and fisher are species of medium- 
sized carnivores in the family Mustelidae, which also 
includes the weasels, otters, badgers, minks, skunks, 
and wolverine. Marten, sable, and fisher are generally 
solitary animals, living in forests of the Northern 
Hemisphere. All of these species have highly valuable 
fur, and are trapped intensively. 


The American pine marten (Martes americana) 
ranges widely in conifer-dominated and mixed wood 
forests of North America. The closely related pine 
marten (M. martes) occurs in similar habitats in north- 
ern Europe and Asia, as does the Japanese marten 
(M. melampus) of Japan. The fisher (M. pennanti) of 
North America is a larger species, as are the beech 
marten (M. foina) of Eurasia, the sable (M. zibellina) 
of northern Asia, and the Himalayan marten 
(M. flavigula) of mountainous regions of southern Asia. 


All of these species are excellent climbers, but they 
also forage on the ground. These animals are efficient 
predators, feeding largely on squirrels, rabbits, hares, 
smaller mammals, grouse, partridge, and pheasant. 


All of the martens, sable, and fishers have a dense, 
lustrous fur, which is greatly prized by furriers. These 
animals have been relentlessly trapped for centuries, 
and they have become widely endangered or extir- 
pated from much of their natural ranges. 


Sable is the source of one of the world’s most 
desirable furs. The original range of sable in northern 
Europe and Asia was greater than 20 million sq mi (52 
million sq km), but by the mid-1700s the species had 
been widely extirpated by trapping, and survived in 
only a few refugia. Fortunately, the sable has greatly 
increased its range and abundance in recent decades, 
because of protection in some areas and management 
of trapping pressure elsewhere, along with the release 
of thousands of captive-bred animals into suitable 
habitats in Russia. 


American marten and fisher have extensive ranges 
in North America. Both species suffered many 
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regional extirpations because of intensive trapping 
over much of their range. These species are also at 
risk from habitat loss associated with forestry and 
agriculture, because they are significantly dependent 
on old growth, coniferous forests over much of their 
range. Fortunately, both of these species are now pro- 
tected in many areas, and they have been reintroduced 
to some areas from which they had been extirpated. 
The populations of marten and fisher are increasing in 
some places, although their conservation status 
requires close monitoring and attention. 


Bill Freedman 


Martins see Swallows and martins 


| Maser 


Maser is an acronym for microwave amplification 
by stimulated emission of radiation. As such, it makes 
electromagnetic waves (specifically microwaves) 
through amplification due to stimulated emission. 
Microwaves correspond to that portion of the electro- 
magnetic spectrum where the radiation has wave- 
lengths of 0.039 to 12 in (1 mm to 30 cm); Le., 
between the far infrared and radio frequencies. 
Under its now broad usage beyond just microwaves, 
many scientists, including its discoverer Charles 
Townes, has suggested that the word microwave, 
within maser, be replaced with the word molecular. 


Crystals can be used as amplifiers of microwave 
radiation and as sources of radiation having a single 
wavelength and frequency. A maser amplifies the 
intensity of microwaves by taking advantage of a 
principle that was first discovered by American phys- 
icist, educator, and Nobel laureate Charles Hard 
Townes (1915—). In 1953, Townes, J.P. Gordon, and 
H.J. Zeiger built masers, independently of one 
another, at Columbia University. Their work was 
based on the theoretical research performed by 
Joseph Weber, Nikolay Basov, and Alexander 
Prokhorov described in 1952 and, later, published in 
1954. Basov, Prokhorov, and Townes were awarded 
the Nobel Prize in physics in 1964 for their research 
and work with masers. 


According to quantum mechanics, electrons exist 
in discrete energy states. In the case of a two level 
system, the electrons can populate one of two energy 
states. There will be a certain probability of finding an 
atom’s electron in the lower energy state, and another 
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probability of finding an atom’s electron in the lower 
energy state, and another probability of finding an 
atom’s electron in the higher energy state. 


When an electron drops from the higher energy 
state to the lower one, it emits energy. Similarly, an 
electron must absorb energy to be promoted from the 
lower energy state to the higher one. The net energy 
emitted by electrons traversing the two energy states 
thus depends on the energy difference between the two 
states and on the difference in populations of the two 
energy states. 


Under conditions of thermal equilibrium, the 
number of atoms having electrons in the lower energy 
state will exceed the number having electrons in the 
higher energy state. If electrons are pumped into the 
higher energy state by exciting them with excess 
energy, a higher rate of energy emission will result as 
the electrons try to restore thermal equilibrium by 
returning to the lower energy state. 


The central problem of the maser is to obtain a 
suitable excess population in the upper state, thereby 
stimulating the emission of microwave radiation hav- 
ing a single wavelength and frequency. Such radiation 
is said to be coherent. In practice, masing action is 
accomplished in various ways. Good low noise ampli- 
fiers at microwave frequencies have been made using 
ruby masers. These amplifiers have found application 
in radio astronomy and space communication. 


A laser (acronym for light amplification by stimu- 
lated emission of radiation) amplifies light in a differ- 
ent region of the electromagnetic spectrum by the 
same method that the maser amplifies microwaves. 


| Mass 


The mass of an object can generally be thought of 
as the quantity of matter it possesses. A rock, for 
example, has a certain mass—a fixed, unchanging 
quantity of matter. If you were to take that rock 
along with you on a trip to the moon, it would have 
the same quantity of matter (the same mass) that it had 
on Earth, but its weight—the force it exerted when 
sitting in the palm of your hand—would be less. The 
rock’s weight on Earth is determined by the pull that 
Earth’s gravity exerted on the rock’s mass. On the 
moon, its mass is the same but the pull of gravity is 
less, so its weight is less (about a sixth of what it would 
be on Earth’s surface). 
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Defining the mass of an object as the quantity of 
matter it possesses is not an exact scientific definition. 
A better one can be found in Newton’s second law of 
motion. If a constant force is applied to an object on a 
frictionless, horizontal surface, the object acceler- 
ates—its velocity increases uniformly with time. If a 
force twice as large is applied to the same object, its 
acceleration doubles as well. The object’s acceleration 
is proportional to the force applied to it. We might 
write: F « a where F is the force applied to the object 
and a is the acceleration of the object while the force 
acts. The symbol « means that the two quantities, 
force and acceleration, are proportional; that is, if 
the force doubles the acceleration doubles. 


Additional experiments show that force and accel- 
eration are always proportional for any object; how- 
ever, the same force applied to a baseball and a 
bowling ball will provide the bowling ball with a 
much smaller acceleration than the baseball. To con- 
vert the proportionality F a to an equation requires a 
proportionality constant so that we may write propor- 
tionality constant x a = f. 


If the proportionality constant is to reflect the 
difference between the baseball and the bowling ball, 
we might write proportionality constant = f(F, a), or 
m = f(F, a). 


Here, m is defined as the inertial mass of the 
object. It shows that a bowling ball requires a much 
bigger force than a baseball to produce the same 
acceleration. 


Mass then can be defined as a ratio of force to 
acceleration. We define one kilogram to be an inertial 
mass that accelerates at one meter per second per 
second when a force of one newton (1 N) is applied 
to it. If the same force (one newton) is applied to a two 
kilogram mass, its acceleration is only 0.5 meter per 
second per second. 


If two objects acquire the same acceleration when 
the same force is applied to them, they have the same 
inertial mass. It makes no difference whether one is 
made of lead and the other of aluminum, their inertial 
masses are identical. 


It is a common practice to measure mass on an 
equal arm balance. Two masses that balance are said 
to have the same gravitational mass because the grav- 
itational pull on each of them is the same. Measuring 
inertial and gravitational masses are very different 
procedures. Inertial masses can be measured anywhere 
and are totally independent of gravity. Gravitational 
masses can be determined only in a gravitational field 
and there is no acceleration. are the two kinds of 
masses related? Experiments have shown to within 
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one part in ten billion, that two objects with the same 
gravitational mass have the same inertial mass. 


Since Albert Einstein announced his theory of rel- 
ativity, we have known that the mass of an object is not 
given simply by the amount of matter it contains—the 
number of elementary particles that make it up. 
Einstein showed that mass and energy are interchange- 
able, and that adding energy to a system increases its 
mass. The system gravitates more and requires more 
energy to accelerate, for example. A wound-up spring 
clock literally weights (very slightly) more than a 
wound-down clock. Objects in motion gain mass; 
those accelerated close to the velocity of light (which 
cannot be exceeded, in a vacuum, by any object) may 
gain a great deal of mass. Indeed, as the speed of light is 
approached, the amount of mass gained by an acceler- 
ated object increases without limit. 


See also Density; Newton’s laws of motion. 
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Robert Gardner 


| Mass extinction 


Extinction, the death of all members of a species, 
is a natural process that has been occurring since the 
beginning of life on Earth. Nearly all species that have 
ever existed are now extinct—about 99.9% of them— 
and extinction is an important factor in the evolution 
of new species. Mass extinction, the death of large 
numbers of species over a relatively short span of geo- 
logic time, is also a natural process, but one that is less 
common than what can be called the background 
extinction rate, the extinctions that are always occur- 
ring at a normal rate through time. 


Mass extinctions have been recognized in the fos- 
sil record since the middle of the nineteenth century. 
Levels of mass extinction of species were selected as 
marker levels in the stratigraphic record because the 
death of index-fossil species provided a convenient 
marker to subdivide and correlate strata. The mass- 


GALE ENCYCLOPEDIA OF SCIENCE 4 


extinction level called the Permian-Triassic boundary 
is so profound in terms of faunal and floral change 
that it was early on noted and chosen to represent the 
transition from Paleozoic to Mesozoic era. The mass- 
extinction level called the Cretaceous-Tertiary boun- 
dary is also quite distinctive in terms of faunal and 
floral change, and it too was noted early on and chosen 
to represent the transition from Mesozoic to Cenozoic 
era. Other less profound, but nevertheless distinctive 
levels of mass extinction of fossils have been selected to 
represent marker points in the stratigraphic record at 
which geological periods, epochs, ages, and other 
intervals of lesser temporal value are defined. 


Much of this work was done in the nineteenth and 
twentieth centuries by stratigraphers and paleontolo- 
gists who did not know or really concern themselves 
with the causes of such mass extinctions and the ram- 
ifications of such mass extinctions. In the middle nine- 
teenth century (and in some quarters still today), mass 
extinctions were attributed to the actions of an angry 
deity who periodically swept away life on Earth to 
make room for new. This interpretation was made at 
a time when geological observations were forced to fit 
into Biblical accounts of creation. Geological scien- 
tists who expressed sentiments otherwise faced exclu- 
sion from polite society. As geological thought moved 
away from such ideas in the late nineteenth century, 
many pondered, but few began to understand that 
Earth has experienced many profound changes and 
that any life on Earth which could not adapt, has 
continually paid a price for such changes. 


Identifying mass extinctions 


Extinctions occurring at an average or normal 
rate are distinguished from mass extinctions according 
to the circumstances. In other words, there is no firm 
line over which a large “normal” extinction becomes 
suddenly a mass extinction. Mass extinctions are char- 
acterized by the loss of large numbers of species in a 
relatively brief span of geological time. Usually, a brief 
span would be interpreted as a range of a few thousand 
to a few million years. The concept of a “large num- 
bers of species” is usually expressed in terms of the 
percent of known fossil species becoming extinct (or 
disappearing from the rock record) over a brief span of 
time. A large percent might be in the fifty to ninety 
percent range. Some paleontologists prefer to express 
faunal and floral loss in mass extinction as a percent of 
genera, rather than species, because it is thought that 
this may be a more accurate way of accounting for 
death in mass extinctions. A genus is a group of species 
and is the next higher taxonomic level above species. 
On average, a fossil genus has about five fossil species 
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(of course, some have more, some less), so when mass 
extinction is expressed in terms of genera (plural of 
genus) lost, it is close to, but not exactly the same as 
speaking of species loss. 


The implication of mass extinction is that there 
was no time for a species to adapt to change. Sudden 
change was upon them and they died or could not 
effectively reproduce, therefore, the species was termi- 
nated. With so many enduring the same fate at once, 
scientists initially thought was that some overwhelm- 
ing or global-scale force might have been at work. 
With such mind-boggling possibilities being enter- 
tained, some paleontologists stepped back and began 
to wonder if the fossil record was somehow deceptive. 
In other words, could the mass extinction or sudden 
death event be more apparent than real? There was 
considerable concern about the possible role of poor 
or selective fossil preservation, especially in the less 
abundant and more fragile species. Much study was 
devoted to this matter (and such studies continue 
today), but the global nature of such mass extinction 
events and their repetition through the rock record at 
selected intervals are a strong arguments in favor of a 
“more than just a lack of preservation” explanation 
for validity of the mass extinction record. 


In 1992, paleontologist J.J. Sepkoski put together 
a graph that has been widely cited in many recent 
papers on mass extinctions. Sepkoski carefully 
researched paleontologic literature and from his 
reading, plotted the percent of extinction of genera 
(of marine organisms only) versus geologic time. 
Sepkoski chose the operative increment of geologic 
time as the geologic stage, which is a relatively small 
interval of time, averaging about five million years. He 
looked at loss of genera at the boundary between geo- 
logic stages, from 570 million years ago to present. The 
resulting graph showed varying levels of “normal” or 
background extinctions and also strong peaks of 
extinction that rise above the background level. The 
graph clearly illustrated the modern view of what is a 
mass extinction. The most obvious of these peaks 
occurs at the following levels (dates in millions of 
years before present): 530; 515; 510; 478; 448; 438; 
421; 374; 367; 333; 320; 286; 253; 245; 225; 208; 193; 
144; 91; 65; 36.6; 11.2; and 1.64. Of these 23 peaks, five 
were much greater than the rest (530, 438, 245, 208, 
and 65). These are known as the great mass extinctions 
in the history of life. 


Greater and lesser mass extinctions 
The classical explanation for the lesser and greater 


mass extinctions of life included climatic change (global 
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greenhouse to icehouse shifts), sea-level shift, extensive 
volcanic activity (with resultant damage to atmosphere 
and ocean systems), disease, and plate-tectonic conti- 
nental motion (convergence or divergence of land 
masses). With the 1980 publication of a widely cited 
paper in the journal Science (by American physicist 
L.W. Alvarez and others) that showed strong evidence 
of comet or asteroid impact at the 65-million year old 
mass extinction boundary (the Cretaceous-Tertiary 
boundary), many investigations shifted toward possible 
cosmic impact as the cause of other mass extinctions. 


In a 1994 paper, geologists M.R. Rampino and 
B.M. Haggerty marshaled evidence that at least 16 of 
the 23 extinction peaks identified by J.J. Sepkoski were 
either strongly connected to impact events (with 
known craters on Earth) or indirectly connected to 
impacts on Earth (e.g., chemical traces of impact 
dust or shocked materials). Subsequent work on this 
issue has increased the number of mass extinction 
peaks associated with known impacts on Earth. In 
particular, there is now strong to good evidence of 
major impact events (perhaps more than one impact 
per extinction) at three of the great mass extinction 
events (i.e., the permian-Triassic boundary 245 million 
years ago; impact dust and shocked materials in some 
places); the Triassic-Jurassic boundary (208 million 
years ago; same age as Manicouagan crater, Canada); 
and the Cretaceous-Tertiary boundary (65 million 
years ago; same age as Chicxulub crater in Mexico 
and boltysh crater in Ukraine and global clay layer 
with impact dust and shocked materials). 


Whether the main cause of mass extinctions, espe- 
cially great mass extinctions over geologic time is more 
likely to be cosmic impacts or some more Earth-bound 
factor, the fossil record clearly shows that they have 
occurred in the past. There is no reason to assume that 
they will not happen on earth in the future. An under- 
standing of these events, by careful study of the strati- 
graphic and paleontologic record, may help scientists 
better understand how to care for the world as it is 
known today. It has been suggested that the modern 
rate of species loss on earth is comparable to the great 
mass extinctions of the past. While it is difficult to 
relate observations of modern faunal and floral species 
loss to observations taken from the fossil record, there 
is a warning for all in the record of the past. Extinction 
is forever, and mass extinctions profoundly change the 
faunal and floral characteristics of Earth’s ecosystems 
after they occur. 


See also Correlation (geology); Paleontology; 
Stratigraphy. 


David T. King, Jr. 
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| Mass number 


The mass number (A) of an atom, within physics 
and chemistry, is the total number of nucleons (pro- 
tons and neutrons) in its nucleus. It is also called 
atomic mass number or nucleon number. 


Different isotopes of the same element have differ- 
ent mass numbers because their nuclei contain differ- 
ent numbers of neutrons. In the written symbol for a 
particular isotope, the mass number is written at the 
upper left of the symbol for the element, as in *°%),U, 
where 92 is the atomic number (Z) of uranium (U) and 
238 is the mass number (A) of this particular isotope. 
The symbol is read uranium-238. (The difference 
between an atom’s mass number and its atomic num- 
ber provides the number of neutrons (n) that the atom 
possesses: n = A - Z. In the above example, isotope 
uranium-238 has 146 neutrons: 238 - 92.) 


The mass number is always a whole number; 
because it is a count of the particles. It differs from 
the exact mass of the atom in atomic mass units, amu, 
which is often known and expressed to six decimal 
places. (One amu is exactly one-twelfth of the mass 
of an atom of carbon-12, '7C, and is equal to approx- 
imately 1.66 x 104 g.) There are two reasons why the 
mass number of an atom is different from its exact 
mass. First, neutrons and protons do not happen to 
weigh exactly one amu apiece; the proton actually 
weighs 1.0072765 amu and the neutron weighs 
1.0086650 amu. Second, when neutrons and protons 
are bound together as an atomic nucleus, the nucleus 
has less mass than the sum of the masses of the neu- 
trons and protons. The difference in mass, when 
expressed in energy (E) units according to German— 
American physicist Albert Einstein’s (1879-1955) for- 
mula E = mc? (where m refers to mass and c to speed 
of light), is called the binding energy of the nucleus. 


To understand this situation, one can think of the 
binding energy as the strength of the glue that holds 
the protons and neutrons together as a nucleus. It is, 
therefore, the amount of energy required to break the 
glue and pull the nucleus apart into its individual 
neutrons and protons. However, if energy must be 
added to an object in order to pull it apart, and if 
energy and mass are equivalent, then one could say 
that mass had to be added to pull it apart. The sepa- 
rated particles will, therefore, have more mass than 
when they were bound together as a nucleus. 


See also Periodic table. 


Robert L. Wolke 


GALE ENCYCLOPEDIA OF SCIENCE 4 


l Mass production 


Mass production is a system of manufacturing 
products that uses specialized labor, machinery, the 
smooth and logical flow of materials, and an assembly 
line to turn out large volumes of the same product at 
the lowest possible cost. The fullest expression of mass 
production was probably found at the Ford Motor 
Company in the early years of the twentieth century, 
when hundreds of thousands of Model Ts were pro- 
duced a year, all exactly the same. 


Predecessors to mass production 


The principals of mass production grew out of 
manufacturing techniques that were already wide- 
spread in the United States. Called “the American 
system” or the “uniformity system,” these techniques 
called for goods made of interchangeable parts. This 
meant that the cost of parts went down, but it was 
expensive to set up an interchangeable parts system. 


Initially the uniformity system was most impor- 
tant in the manufacture of military equipment and 
clocks, both of which were built from many small 
parts that had to be made carefully. The United 
States government wanted to build weapons of high 
quality cheaply and swiftly, and make the parts uni- 
form so that they could be quickly repaired during a 
battle. The process began at the end of the 1700s. At 
that time, while two rifles might look the same, any 
given part from one probably would not fit into the 
other. Guns were instead made one at a time by skilled 
craftsmen. 


Guns required parts to be made with great accu- 
racy. The federal government financed the initial 
attempts to use interchangeable parts. Eli Whitney, 
the inventor of the cotton gin, began the task around 
1798. The parts of his muskets became more stand- 
ardized but they were not really interchangeable. New 
equipment was invented that made parts with greater 
precision, and a system was created to ensure inter- 
changeability. Patterns were used to make the parts, 
and a series of standardized tools were then used to 
measure them. Inspectors were sent to different arms 
factories. As a result, by mid-century the parts made at 
one factory fit into a gun made at another. Previously, 
the parts made by one worker would not fit into a gun 
made by the person next to him. 


Around 1800, clocks still were made one at a time, 
by hand. As a result, they were so expensive that few 
people owned one. The demand for clocks increased as 
more people lived in cities and had tight work 
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Mass production 


Mass production of loaves of bread. (Bruce Peebles. Corbis.) 


schedules. To make clocks more cheaply, manufac- 
turers began using power machinery and dividing 
labor so that workers specialized in a few tasks. 
Patterns were used to make parts interchangeable. 
Using these techniques, over 80,000 wooden clocks 
were made in Connecticut in 1836—twice as many as 
were owned in all of the United States in 1800. 
Division of labor was further refined so that by the 
1850s, 60 workers had a part in making each clock. At 
the same time, fewer skilled workers were required 
because more work was done by machine, and this 
saved money. The price of a clock dropped from $10 
in 1800, to $1.50 about 60 years later. 


The techniques used to manufacture clocks and 
guns spread to other industries. The industrial revolu- 
tion was underway and an increasing number of prod- 
ucts were in demand by business and individuals. The 
uniformity system was used in varying degrees to 
make sewing machines, bicycles, and mechanized 
farm equipment. In each case, some fitting had to be 
done by specialists. No one had looked at the process 
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as a whole and broken it down into small tasks 
arranged in the most efficient order possible. 


Such ideas were in the air, however. In the 1880s 
and 1890s management theorist Frederick W. Taylor 
studied the motion of people at work. He believed that 
production could be made more efficient by seeing 
where time and motion were wasted, then designing 
better work methods. 


Mass production begins at Ford 


The various threads of mass production came 
together at the Ford Motor Co. in Highland Park, 
Michigan, from 1908 to 1915. Cars were a relatively 
new invention and were still too expensive for the 
average person. Many were too heavy or low powered 
to be practical. Henry Ford set out to produce a light, 
strong car that could be sold at a reasonable price. His 
Model T, released in 1908, was designed to meet these 
goals. Ford’s top engineers and mechanics had back- 
grounds in the uniformity system, making sewing 
machines and farm equipment. From the beginning, 
they adopted interchangeability of parts as a core idea. 


After studying how to make cars in the simplest 
most logical, way possible, Ford built a Model T fac- 
tory between 1908 and 1910 that favored the sequential 
assembly of parts. Machine tools, which made the parts 
of the car, were designed to perform one specialized 
operation. One machine tool did nothing but drill 45 
holes into the side of an engine block. The machine 
tools were placed at the point in the assembly sequence 
where they were used; previous manufacturers usually 
had grouped machine tools together by category. 


By 1913, a finished Model T rolled out of the 
factory every 40 seconds. Production went from 
14,000 in 1909 to 189,000 in 1913, while the price 
dropped from $950 to $550. Contemporary observers 
were amazed by this level of productivity, but a final 
innovation was coming. 


The assembly line 


Initially groups of workers at Ford moved down a 
line of parts and subassemblies, each carrying out a 
specific task. But some workers and groups were faster 
or slower than others, and they often got in each 
other’s way. So Ford and his technicians decided to 
move the work instead of the workers. If engines in 
need of assembly were moved by a conveyor belt, the 
speed of work would become standardized to the 
speed the conveyor belt moved. 


The concept of the assembly line came from many 
places, including slaughterhouses, where they operated 
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in reverse. An animal carcass, hung on a hook, would 
slide down an overhead rail, while different workers 
removed various cuts of meat. No one had applied 
this idea to manufacturing, however. 


After months of experimenting with various 
lengths and rates of speed for the assembly line, Ford 
switched its factory to assembly line production in 
1913. The amount of time required to build a car 
plummeted to about a third of what it had been, and 
production skyrocketed, reaching 585,000 in 1916. 
Because the assembly line was so demanding on work- 
ers, many left. To avoid constantly hiring and training 
new workers, Ford began paying them $5 a day— 
double the average wages at the time. 


The spread and limits of mass production 


Ford became the toast of the nation. Manufac- 
turers of many types quickly became interested in his 
methods. The company’s manufacturing process was 
initially known as Fordism, before being called mass 
production in the 1920s. Soon other car manufac- 
turers, as well as manufacturers ranging from house- 
hold appliances to radios, were using variations on 
Ford’s methods. Ford’s system called for making one 
unchanging product. Each copy of a product was 
exactly the same, and customers didn’t have any 
choices about the cars they wanted to buy. For the 
first 12 years of its production, the Model T was 
available only in black. However, by the time the 15 
millionth Model T had been built in 1927, the basic 
design was 20 years old and the market was saturated. 
No one wanted to buy any more Model Ts and its sales 
were falling fast. 


When one of Ford’s rivals, General Motors, 
designed and expanded its own mass production sys- 
tem during the 1920s, it built it with a greater amount 
of flexibility. GM used general purpose machine tools 
that could be adapted quickly to design changes. It 
also built the parts that went into its cars at a variety of 
locations, rather than all in the same factory as at 
Ford. When GM switched from a four-cylinder engine 
to a six-cylinder engine, the company first perfected 
the equipment at a small experimental plant. It was 
then able to switch over the main engine plant in Flint, 
Michigan, to six-cylinder production in a mere three 
weeks. Other parts of GM’s business continued with 
no interruption at all. 


In contrast, when Ford switched from the dying 
Model T to the Model A in 1927, the entire factory had 
to be shut down for six months. Ford had become so 
good at producing one product, and had become so 
specialized, that the change to a new product threw the 
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company into chaos. After this demonstration of the 
shortcomings of doing everything in one factory, Ford 
too became less centralized. Mass production clearly 
had needed more flexibility; now it had it. 


Mass production and advertising 


Mass production requires mass consumption. 
Thus mass production helped create the modern 
advertising industry as manufacturers sought to 
make consumers buy their products. But what if every- 
one already had bought a car? Partly to give customers 
more choices, partly to give those who already owned 
a car a reason to buy another, in the 1920s GM began 
creating a new version of its cars each year. In the 
1930s, Ford followed. While mass-production purists 
like Henry Ford felt this was a marketing gimmick 
more appropriate for clothes than cars, most consum- 
ers were happy to finally have more choice in what 
they bought. Further, the Model T had been designed 
purely to function well. Many found it ugly. The 
Model A was considered far more visually appealing. 
Industrial design became important in winning cus- 
tomers. Just because hundreds of thousands of copies 
of a product were made did not mean they had to be 
visually uninteresting. 


Supporters and detractors of mass 
production 


As the idea of mass production became popular, 
manufacturers and industrialists of every kind looked 
for new areas in which to apply its methods. Henry 
Ford tried with mixed success to grow and process 
soybeans using mass production methods, turning 
them into products ranging from food to plastics and 
fabrics. Foster Gunnison considered himself the 
“Henry Ford of housing” because he built prefabri- 
cated houses on an assembly line beginning in the 
1930s. Many furniture makers also tried mass produc- 
tion methods, but they did not work well for houses or 
furniture. Tastes for these kind of commodities were 
highly personal, and once bought, they were held onto 
for a long time. Henry Ford and others believed that 
mass production would save the world and move into 
every facet of life, but it became clear that it was not 
suitable for building everything. 


Many people were suspicious of mass production. 
It arose at a time when workers were leaving small 
towns and farms to work in the more anonymous 
environment of the big city. Many saw mass produc- 
tion as a reflection of this loss of individuality. Some 
critics saw it as a cause as well. In a mass production 
economy, everyone bought products that were exactly 
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the same. And the workers who made these products 
were, in the view of these critics, little more than slaves 
to machines, doing the same thing all day, everyday. 
Mass production was seen by some as a symbol of all 
that was wrong with the world. It was criticized by 
Aldous Huxley in his 1932 novel, Brave New World 
and by filmmakers like Charlie Chaplin in Modern 
Times from 1936. 


Defenders of mass production retorted that the 
high wages paid by mass production factories meant 
that workers could afford more products themselves. 
They pointed out that mass production created a 
great number of useful things that more people 
could afford. Therefore, they said, it improved peo- 
ple’s lives. 


For most people, the doubts about mass produc- 
tion, which intensified during the Great Depression, 
were swept away by World War II. Mass production 
created incredible volumes of equipment for the war 
effort. Most manufacturers switched production to 
war materiel. Many car factories retooled, and began 
to make airplane or tank engines. Using mass produc- 
tion methods, some factories turned out tens of thou- 
sands of guns per month, more than the entire country 
produced in a year before beginning the uniformity 
system. Meanwhile the cost of building some weapons 
dropped to as little as 20% of the prewar cost. 


Interchangability of parts had become a basic law 
of manufacturing. During the war smaller factories 
often made just one part, which was combined at a 
second factory with parts from many other factories. 
At the same time, part sizes were becoming more 
specific. The holes in engine blocks often had to be 
precise to within thousandths of an inch. Such engi- 
neering and production advances were unprecedented, 
but as the war demonstrated, mass production also 
made mass destruction possible. 


Mass production today 


Mass production has become far more sophisti- 
cated than at its inception. To increase productivity, 
managers have focused on planning and scheduling. 
Actual production has become a carefully managed 
flow of parts, materials, and employees. Sales and 
marketing have become part of production, enabling 
management to know how many copies of a product 
to make. 


One of the most important innovations is “just in 
time” production. Invented in Japan, the process 
requires detailed, predictable transportation and man- 
ufacturing schedules. Materials required for produc- 
tion arrive just in time to be used, while products are 
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KEY TERMS 


Assembly line—A sequence of workers, machines 
and parts down which an incomplete product passes, 
each worker performing a procedure, until the prod- 
uct is assembled. 


Interchangeability—Parts so similar that they can 
be switched between different machines or prod- 
ucts and the machines or products will still work. 


Machine tool—A machine used for cutting or shap- 
ing parts. 

Uniformity system—A method for building prod- 
ucts out of interchangeable parts that arose in the 
United States during the early nineteenth century. 


manufactured just in time to be shipped to their desti- 
nation. This process cuts down on costly storage in 
warehouses, and prevents obsolete products from 
building up. 


Computers have played an important role in plan- 
ning and keeping complicated schedules that may 
involve thousands of people and parts. They help 
figure out production flow as well, keeping track of 
how much time different tasks take on the factory 
floor, and how much space they require. 


In some ways, mass production has become so 
sophisticated that it is no longer true mass production. 
Many products come with a variety of options, and 
customers can choose any combination desired. When 
buying a computer from some manufacturers, for 
example, customers can specify the size and make of 
the hard drive, how much memory they want and 
other details. Many theorists see a time in the near 
future when clothes are customized too. People would 
have their measurements taken, and when they order 
clothes, the clothes would be cut to their precise size by 
lasers at the clothes factory. The product would be 
created by specialized labor with the aid of machines, 
each shirt or pair of pants would be made using the 
same process, but by virtually any definition, this no 
longer would be mass production. 


Resources 


BOOKS 
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l Mass spectrometry 


Mass spectrometry is an instrumental method of 
obtaining structure and mass information about either 
molecules or atoms by generating ionized particles and 
then accelerating them in a curved path through a 
magnetic field. Heavier particles are more difficult 
for the magnetic field to deflect around the curve, 
and thus travel in a straighter path than lighter par- 
ticles. Consequently, by the time the particles reach the 
detector, a mixture of ions will have separated into 
groups by mass (or more specifically the mass-to- 
charge ratio of the individually weighted ions.) The 
ions are produced from neutral molecules and atoms 
by stressing them with some form of energy to knock 
off electrons. In the case of molecules, fragmentation 
as well as ionization usually occurs. 


The primary reasons for using a mass spectrome- 
try are: determination of isotopic composition of 
elements within a compound; identification of a 
unknown compound by its molecular mass or by its 
fragmentation; determination of a compound struc- 
ture by its fragmentation; research into the character- 
istics of ions within a vacuum (what is called gas phase 
ion chemistry); determination of the amount of a com- 
pound; and determination of other chemical, physical, 
and biological properties of a compound. 


Each type of molecule breaks up in a character- 
istic manner, so a skilled observer can interpret a mass 
spectrum much like an archaeologist can reconstruct 
an entire skeleton from bone fragments. A mass spec- 
trum can help establish values for ionization energy 
(the amount of energy it takes to remove an electron 
from a neutral atom or molecule) and molecular or 
atomic mass for unknown substances. The extremely 
high sensitivity of mass spectrometry makes it indis- 
pensable for analyzing trace quantities of substances, 
so it is widely used in environmental, pharmaceutical, 
forensic, flavor, and fragrance analysis. The petro- 
leum industry has used mass spectrometry for decades 
to analyze hydrocarbons. 


The basic principle underlying mass spectrometry 
was formulated by English physicist Joseph John (J.J.) 
Thomson (1856-1940), he discoverer of the electron, 
early in the twentieth century. Working with cathode 
ray tubes, he was able to separate two types of par- 
ticles, each with a slightly different mass, from a beam 
of neon ions, thereby proving the existence of isotopes. 
(Isotopes are atoms of the same element that have 
slightly different atomic masses due to the presence 
of differing numbers of neutrons in the nucleus.) The 
first mass spectrometers were built in 1919 by British 
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physicist Francis William Aston (1877-1945) and 
Canadian-American Arthur Jeffrey Dempster (1886— 
1950). 


There are five major parts to a mass spectrome- 
ter: the inlet, the ionization chamber, the mass ana- 
lyzer, the detector, and the electronic readout device. 
The sample to be analyzed enters the instrument 
through the inlet, usually as a gas, although a solid 
can be analyzed if it is sufficiently volatile to give off 
at least some gaseous molecules. In the ionization 
chamber, the sample is ionized and fragmented. 
This can be accomplished in many ways—electron 
bombardment, chemical ionization, laser ionization, 
electric field ionization—and the choice is usually 
based on how much the analyst wants the molecule 
to fragment. A milder ionization (lower electric field 
strength, less vigorous chemical reaction) will leave 
many more molecules intact, whereas a stronger ion- 
ization will produce more fragments. In the mass 
analyzer, the particles are separated into groups by 
mass, and then the detector measures the mass-to- 
charge ratio for each group of fragments. Finally, a 
readout device—usually a computer—records the 
data. 


Mass spectrometers are often used in combination 
with other instruments. Since a mass spectrometer is 
an identification instrument, it is often paired with a 
separation instrument like a chromatograph. 
Sometimes two mass spectrometers are paired, so 
that a mild ionization method can be followed by a 
more vigorous ionization of the individual fragments. 


Mass spectrometers have often gone into space. 
Two mass spectrometers were taken aboard the Viking 
1 and 2 spacecraft launched by the United States 
in 1975-1976. More recently, in 2005, the Cassini- 
Huygens spacecraft used a Gas Chromatography- 
Mass Spectrometry (GC-MS) instrument onboard the 
Huygens probe to analyze the atmosphere of Titan, 
Saturn’s largest moon, when it descended through its 
atmosphere. 


See also Spectroscopy. 


l Mass transportation 


Mass transportation is any kind of transportation 
system in which large numbers of people are carried 
within a single vehicle or combination of vehicles. 
Airplanes, railways, buses, trolleys, light rail systems, 
and subways are examples of mass transportation 
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Regional Transportation District light rail train in Denver, Coloado. (AP/Wide World Photos.) 


systems. The term “mass transit” is commonly used as 
a synonym for mass transportation. 


In many parts of the world, mass transit systems 
are an important component of a nation’s transporta- 
tion system. Where people are too poor to buy auto- 
mobiles, they depend on bicycles or animals or mass 
transit systems such as bus lines to travel. During the 
twentieth century, however, the role of mass transit 
systems in developed nations such as the United States 
has declined dramatically. The primary means of 
transportation has become the private automobile, 
which typically carries only one or two passengers at 
a time. 


Advantages of mass transportation 


Mass transit systems have a number of obvious 
advantages over private means of conveyance, such as 
the automobile. In the first place, they are a far more 
efficient way of moving people than is the private 
automobile. For example, a subway system operating 
on two tracks 36 feet (11 m) wide can transport 80,000 
passengers per hour. In comparison, an eight-lane 
freeway 125 feet (38 m) wide can carry only 20,000 
passengers per hour. The cost of operating an inter- 
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city bus line typically runs about two cents per vehicle 
mile, about one-tenth the comparable average for a 
private automobile. 


Mass transit systems also take up much less space 
than do the highways needed for the movement of 
automobile traffic. Most urban landscapes today are 
a vivid testimony to the amount of space required for 
our automobile-dominated transportation system. 
Streets, highways, bridges, overpasses, and parking 
lots occupy as much as a third of the land available 
in some urban areas. 


Mass transit systems are also more environmen- 
tally friendly than automobiles. A single bus filled with 
80 people uses only slightly more fuel than does a 
private automobile, yet is capable of carrying many 
times more passengers. The amount of air pollution 
produced per passenger, therefore, is much less. 


Disadvantages of mass transportation 


The desirable features of mass transit systems are 
balanced by a number of serious drawbacks. In the 
first place, such systems are economically feasible only 
in areas that have relatively large populations. As the 
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number of inhabitants per square mile decreases, the 
efficiency of a mass transportation system also 
decreases. 


Mass transit systems are also very expensive to 
build and operate. This factor becomes more impor- 
tant when cities decide to install mass transit systems 
long after development has already taken place and 
disruption of existing structures is a serious problem. 
Since mass transit systems seldom receive the govern- 
ment assistance provided to highway construction, 
consumers often have to pay a higher fraction of the 
costs of using mass transportation. 


People complain about mass transportation systems 
also because they can be crowded, uncomfortable, dirty, 
and unreliable. Again, with limited budgets, mass transit 
systems are seldom able to maintain equipment and 
schedules to the extent that riders can rightly demand. 


Finally, mass transportation systems are simply 
not as convenient as the automobile. A person can step 
into her or his car and drive virtually anywhere with a 
minimum of inconvenience. No mass transportation 
system can approach this level of ease. 


Patterns in mass transportation use 


The popularity of mass transportation systems 
varies inversely with the availability of the private 
automobile. Over the past century, as cars have 
become less expensive, consumers have opted for pri- 
vate transportation over subways, buses, trolleys, light 
rail systems, and other forms of mass transit. Between 
1915 and 1980, automobile ownership increased 20 
times faster than population growth in the United 
States. 


Probably the most significant shift in this pattern 
occurred during and just after World War II, when 
automobiles were expensive and difficult to obtain by 
the private consumer. Mass transit usage reached 
record highs during the 1940s and 1950s. As prosperity 
returned to the nation, however, private cars once 
again became more popular as a means of transporta- 
tion. In the two decades between 1950 and 1970, riders 
on all forms of public mass transit dropped from 19.5 
billion to about 6.7 billion. 


That decrease was reversed briefly in the early 
1970s as a result of the oil embargo instituted by the 
Organization of Petroleum Exporting Countries 
(OPEC) in 1973. Americans suddenly became aware 
of the nation’s dependence on other nations for oil, 
and there was a renewed interest in reviving the 
nation’s nearly moribund public transportation sys- 
tems. It was about this time (1972) that the first of the 
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country’s new mass transit systems, Bay Area Rapid 
Transit (BART), opened in the San Francisco Bay Area. 
BART was followed in the next two decades by new 
subway, bus, and trolley systems in Washington, 
D.C.; San Jose and San Diego, California; Atlanta; 
Baltimore; Dallas; Los Angeles; and other urban 
areas. 


At about the same time, Congress gave the 
nation’s intercity passenger rail system, Amtrak, a 
new lease on life. Amtrak proved successful among 
intercity passengers, but the federal government has 
never maintained the consistent support of the system 
it showed during the aftermath of the OPEC crisis. 


The surge of interest in mass transit that began in 
the 1970s has never produced the massive shift to mass 
transit for which so many people hoped. For more 
than four decades, the automobile and commercial 
airlines have accounted for more than 96% of all 
intercity travel. Buses and railroads carry the remain- 
ing intercity passengers. 


Travel in urban areas reflect similar patterns. 
After intensive efforts to increase ridership on public 
transportation systems, most city and suburban dwell- 
ers still rely on their own cars for transportation. In 
Los Angeles, for example, the city’s upgraded bus 
system and new light rail system are now used by no 
more than about 2% of the local population. 


The uphill battle faced by proponents of mass 
transportation is understandable. The automotive 
industry (along with energy companies that sell gaso- 
line) have been successful in convincing Americans of 
the preeminent value of the private automobile. The 
federal government has contributed to this philosophy 
with enormous investments in new streets, highways, 
and interstates. Currently, the United States govern- 
ment spends about six times as many dollars per per- 
son on new highway construction as it does on the 
support of all mass transit systems. In some states, this 
ratio may be as high as 60 to 1. 


Alternative forms of mass transportation 


Some critics have suggested that new forms of 
mass transportation be developed that will preserve 
the special advantages of this form of transit while 
avoiding some of its disadvantages. For example, 
many cities and companies have set up van pools for 
their employees. People who live close to each other 
are picked up in small vans and brought to and from 
work as a group. Other cities have experimented with 
dial-a-ride programs in which citizens (often elderly 
citizens) can call to request transportation in a mini- 
van from one point to another within the city. 
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KEY TERMS 


Freeway—A high-speed highway, usually consist- 
ing of at least four lanes separated from each other 
by means of a divider, on which no toll is charged. 


Intercity transportation—Any form of transporta- 
tion used to move people and freight from one 
urban area to another. 


Light rail system—Transportation systems in which 
vehicles move along railway tracks on vehicles that 
are significantly smaller and lighter than traditional 
railroad cars. 


Many cities have attempted to increase the use of 
mass transit systems by discouraging the use of auto- 
mobiles. For example, they have imposed high taxes 
on parking within the city and have raised tolls on 
bridges and tunnels leading to the city. 


Efforts to improve existing mass transit systems, 
the development of new subway, trolley, and bus lines, 
the introduction of alternative forms of mass trans- 
portation, and attempts to discourage automobile use 
have had limited successes in specific parts of the 
United States. On a national level, however, they 
have had only a limited impact on the way in which 
citizens choose to move about within a city and from 
city to city. 


See also Trains and railroads. 
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l Mass wasting 


Mass wasting, or mass movement, is the process 
that moves Earth materials down a slope, under the 
influence of gravity. Mass wasting processes range 
from violent landslides to imperceptibly slow creep. 
Mass wasting decreases the steepness of slopes, leaving 
them more stable. While ice formation or water infil- 
tration in sediments or rocks may aid mass wasting, 
the driving force is gravity. All mass wasting is a 
product of one or more of the following mass wasting 
processes: flow, fall, slide, or slump. 


Mass wasting processes 


The four processes of mass wasting are distin- 
guished by the nature of the movement that they pro- 
duce. Flow involves the rapid downslope movement of 
a chaotic mass of material; varying amounts of water 
may be involved. A mudflow, for example, contains a 
large amount of water and involves the movement of 
very fine-grained Earth materials. Fall involves very 
rapid downslope movement of Earth materials as they 
descend (free fall) from a cliff. Ignoring wind resistance, 
falling materials move at 32 feet/second? (9.8 m/sec°-— 
the fastest rate possible in a natural system. Slides result 
when a mass of material moves downslope, as a fairly 
coherent mass, along a planar surface. S/umps are sim- 
ilar to slides but occur along a curved (concave- 
upward) surface and move somewhat more slowly. 


Moving mountains to the sea 


Consider a chunk of rock currently attached to a 
jagged outcrop high on a mountain. It will move to the 
sea as a result of three processes: weathering, mass 
wasting, and erosion. 


On warm days, water from melting snow trickles 
into acrack that has begun to form between this chunk 
and the rest of the mountain. Frigid nights make this 
water freeze again, and its expansion will widen and 
extend the crack. This and other mechanical, biolog- 
ical, and chemical processes (such as the growth of 
roots, and the dissolution of the more soluble compo- 
nents of rock) break bedrock into transportable frag- 
ments. This is called weathering. 


Once the crack extends through it and the chunk 
has been completely separated from the rest of the 
mountain, it will fall and join the pile of rocks, called 
talus, beneath it that broke off the mountain previ- 
ously. This movement is an example of mass wasting, 
known as a rockfall. As talus pile adjusts to the weight 
of the overlying rocks, its base extends outward; 
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An avalanche crashes through the Savoia Pass on the northwest side of K2 in the Karakoram Range in Pakistan. (Galen Rowell. 
Corbis-Bettmann.) 


eventually all the rocks making up the pile will move 
down slope a little bit to replace those below that also 
moved downslope. This type of mass movement is 
known as rock creep, and a talus pile experiencing 
rock creep is called a rock glacier. 


In the valley at the bottom of this mountain, there 
may be ariver or a glacier removing material from the 
base of the talus slope and transporting it away. 
Removal and transport by a flowing medium (rivers, 
glaciers, wind) is termed erosion. 


These processes occur in many other situations. A 
river erodes by cutting a valley through layers of rock, 
transporting material in its flowing water. This erosion 
would result in deep canyons with vertical walls if the 
erosion by the river were the only factor. But very high 
vertical walls leave huge masses of rock unsupported 
except by the cohesive strength of the material of 
which they are made. At some point, the stresses pro- 
duced by gravity will exceed the strength of the rock 
and an avalanche (another type of mass movement) 
will result. This will move some of the material down 
the slope into the river where erosion will carry it 
away. 
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Erosion and mass wasting work together by trans- 
porting material away. Erosion produces and steepens 
slopes, which are then reduced by mass wasting. 


Mass wasting in loose aggregates 


The steepness of a natural slope depends on the 
size and shape of the material making up the slope and 
environmental factors, principally water content. 
Most people learn about this early in life, playing in 
a sandbox or on the beach. If you dump dry sand from 
a bucket it forms a conical hill. The more sand you 
dump the larger the hill gets, but the slope of the hill 
stays the same. If you stop dumping sand and start to 
dig into the bottom of the hill, sand will avalanche 
down into the hole you are trying to make. Loose, dry 
sand flows easily and will quickly reestablish its pre- 
ferred slope whenever you do anything to steepen it. 
The flow of sand is a simple example of mass wasting. 


If sand is moist, the slope can be higher. A sand 
castle can have vertical walls when it is built of moist 
sand in the morning, but as the afternoon wears on 
and the sand dries out, it crumbles and collapses (mass 
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wastes) until a stable slope forms. This is because the 
water makes the sand more cohesive. With the proper 
moisture content, there will be both water and air 
between most of the grains of sand. The boundary 
between the water and the air has surface tension—the 
same surface tension that supports water striders or pulls 
liquids up a capillary tube. In moist sand, surface tension 
holds the grains together like a weak cement. 


However, if sand becomes saturated with water (that 
is, its pores become completely water-filled as they are in 
quicksand), then the sand will flow in a process known as 
lateral spreading. Water-saturated sand flows because its 
weight is supported (at least temporarily) by the water, 
and the grains are not continuously in contact. This 
means that the slope stability depends on water content; 
either too little or too much lowers the stable slope. 


The steepest slope that a material can have is called 
the angle of repose. Any loose pile of sediment grains has 
an angle of repose. As grain size increases, the angle of 
repose also increases. Talus slopes high on mountain 
sides may consist of large, angular boulders and can 
have slopes of up to 45°, whereas fine sand has a 34° 
angle of repose. This is the slope that you can see inside a 
sand-filled hour glass. In nature, however, slopes less 
than the angle of repose are common because of wind 
activity and similar environmental processes. 


A typical sand dune has a gentle slope on the 
windward side, where erosion by wind is responsible 
for the slope. On the leeward side, where sand falls 
freely, it usually maintains a slope close to the angle of 
repose. This permits you to run up the windward side 
where the sand has been tightly packed by the wind, 
then jump off the crest, land on the leeward slope 
where you cause (and become part of) a sand ava- 
lanche down that slope. 


So far we’ve discussed loose deposits of particles 
on land, but similar conditions exist under water, 
although stable slopes are much gentler. When sudden 
mass wasting events occur under water, large quanti- 
ties of material may end up being suspended in the 
water, producing turbidity currents that complicate 
the picture. Such currents occur because a mass of 
water with sediment suspended in it is denser than 
the clear water surrounding it, so it sinks, moving 
down the slope, eroding as it goes. Still, the initial 
adjustment of the slope was not the result of these 
currents, so the mechanism that produces turbidity 
currents is an example of mass wasting. 


Mass wasting in rocks and soils 


Most slopes in nature are on materials that are not 
loose collections of grains. They occur on bedrock or 
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on soils that are bound together by organic or other 
materials. Yet many of the principles used to explain 
mass wasting in aggregates still apply. Instead of mass 
wasting taking place as an avalanche, however, it 
results when a portion of the slope breaks off and 
slides down the hill. We usually call these events land- 
slides, or avalanches, if they are large and damaging, 
or slumps if they are smaller. 


If the gravitational forces acting on a mass of 
material are greater than its strength, a fracture will 
develop, separating the mass from the rest of the slope. 
Usually this fracture will be nearly vertical near the 
top of the break, curving to a much lower angle near 
the bottom of the break. Such events can be triggered 
by an increase in the driving forces (for example, the 
weight of the slope), a decrease in the strength of the 
material, or both. 


When people build on slopes they add to the 
gravitational forces by constructing very heavy things, 
such as houses and swimming pools. A period of heavy 
rain can add even more weight to the slope, and can 
also change the strength of the material making up the 
slope. As we have seen, saturated soil with no surface 
tension is much weaker than moist soil. But there is 
another effect that occurs even in solid rock. 


Even very solid rocks contain pores, and many of 
these are interconnected. It is through such pores that 
water and oil move toward wells. Below the water 
table, all pores are filled with water with no surface 
tension to eliminate. So it might seem that rock down 
there would not be affected by rainfall at the surface. 
As the rains come, however, the water table rises, and 
the additional water increases the pressure in the fluids 
in the pores below. This increase in pore pressure 
pushes adjacent rock surfaces apart, reducing the fric- 
tion between them, which lowers the strength of the 
rock and makes it easier for fractures to develop. 
Elevated pore pressures are implicated in many dra- 
matic mass wasting events. 


When southern California gets heavy rains, tele- 
vision news cameras record beautiful homes moving 
down slope in a landslide or mudflow to become rub- 
ble at the bottom. Such dramatic examples of mass 
wasting are impressive, but represent only a fraction of 
what is all around us everyday. 


Soil creep 


When mass wasting by flow occurs so slowly that 
it cannot be observed, it is called creep. Most vegetated 
slopes in humid climates are subject to soil creep, and 
there are many indicators that it occurs. Poles and 
fence posts often tip away from a slope a few years 
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KEY TERMS 


Angle of repose—The slope made by a pile of loose 
material, such as the sand in an hour glass. 


Avalanche—A mass movement in which a chaotic 
mass of rock and/or soil very rapidly flows down slope 
along a discrete surface; an avalanche is a type of flow. 


Creep—A mass movement that involves gradual down- 
slope movement (flow), too slow to be observed directly, 
but apparent in many long term observations. 


Erosion—Movement of material caused by the flow 
of ice, water, or air, and the modification of the sur- 
face of Earth (by forming or deepening valleys, for 
example) produced by such transport. 


Flow—A mass movement process in which a chaotic 
mass of Earth material moves down slope; rates of 
flow are a function of fluid content of the mass and 
the grain size the higher the fluid content and finer 
the particles, the faster the flow. 

Landslide—A mass movement in which a fairly 
coherent mass of rock and/or soil rapidly moves 
down slope along a discrete plane; sometimes used 
to include all types of moderately rapid mass move- 
ments involving flows, falls, or slides. 

Lateral spreading—Mass wasting of water-saturated 
sediments; lateral spreading involves the flow of 
finegrained sediments (clay, silt, or sand). 


after they are emplaced. Trees growing on a slope 
usually have trunks with sharp curves at their bases. 
Older trees are bent more than younger ones. All this 
occurs because the upper layers of soil and weathered 
rock move gradually down the slope while deeper 
layers remain relatively fixed. This tips inanimate 
objects such as power poles. It would tip trees, 
too, except that they grow toward the sun, 
keeping the trunk growing vertically, and so a bend 
develops. 


This gradual downslope movement requires years 
to result in significant transport, but because it occurs 
over a great portion of the surface of Earth it is 
responsible for most mass wasting. 


Influence of climate 


Rivers in the desert regions of the southwestern 
states form canyons with fairly steep walls, and the 
buttes and mesas in those regions also have very steep 
walls. The topography of the eastern states is much 
more subdued, dominated by rolling hills and gentle 
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Pore pressure—The pressure of fluids contained 
within the pores of a rock, which influences the 
strength of the rock and is often a factor in dramatic 
landslides or mudslides. 


Rock creep—Very slow mass movement of large 
rock fragments (pebbles, cobbles, and boulders) in 
response to the weight of overlying rocks. 


Rock fall—Very rapid mass wasting of large rock 
fragments that have fallen from an exposed cliff. 


Slide—A mass movement process in which a fairly 
coherent mass of rock and/or soil rapidly moves 
down slope over a discrete surface. 


Slumps—A mass movement process in which a fairly 
coherent mass of rock and/or soil moves down slope 
over a discrete surface, but curved (concave-upward) 
surface. Slumps occur much faster than creep but 
slower than slides. 


Talus—Large rock fragments that accumulate at the 
base of a steep slope, transported there by mass 
wasting. 


Weathering—Biological, chemical, and mechanical 
attack on rock which breaks it up and alters it at or 
near the surface of Earth. 


slopes. How does rainfall control this contrast in 
landscape? 


Weathering needs water for freezing and thawing, 
chemical reactions, and growth of roots. Less water 
means the rate of weathering will be reduced. Also, 
rainfall affects erosion by water. Less water means the 
rate at which rivers cut valleys will be reduced. If these 
were the only factors, however, only the rates would 
vary; arid regions would weather and erode more 
slowly than humid ones. 


Much of the difference in landscape results from 
variations in mass wasting. Very steep slopes on dry 
rock with little or no pore pressure are much more 
stable than similar slopes on wet rock with high pore 
pressures. Water adds to the weight trying to break the 
rock and increases the pore pressure which weakens 
the rock. Hence the height of a vertical slope which can 
exist in dry rock is much greater than that in wet rock. 
Arid climates also have less vegetation to stabilize 
sediment at the base of a slope, so it is likely to be 
washed away during the infrequent storms. 
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What can we do about mass wasting? 


In a natural setting, mass wasting presents little 
threat. Most slopes are relatively stable most of the 
time. However, when people modify slopes—their grav- 
itational loads, or their water content—they may 
become unstable and fail. Engineers can study the 
stresses acting on a slope, test the material of which it 
is made, make some assumptions about behavior with 
higher pore pressure, etc., and predict how likely that 
slope is to fail if the additional load of a house were 
added to it. This study might conclude that the slope 
would still be stable, and so the house might be con- 
structed. Later, after it has changed hands a few times, a 
new owner might decide to put in a swimming pool. A 
neighbor in the property just downhill, might decide to 
cut into the slope in order to widen a driveway, or a 
neighbor just uphill might inadvertently introduce large 
amounts of water into the ground while trying to main- 
tain a gracious green lawn. Any one of these actions 
could bring the slope close to where it is unstable. A 
period of heavy rain could provide the final impetus, 
and a sudden mass wasting event could occur. To avoid 
such problems, property owners on such slopes must 
have their freedoms restricted. One way to accomplish 
this is to prohibit certain activities through zoning, deed 
restrictions, or insurance requirements. A less satisfac- 
tory means is by threat of litigation. 
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Mathematics (often abbreviated math), in the very 
broadest sense, is the systematic study of relationships in 
the physical world and relationships between symbols 
that need not pertain to the real world. In relation to 
the world, mathematics is the language of science. It 
operates within the laws and constraints of science as it 
examines physical phenomena. Mathematicians, those 
who delve into and study mathematics, formulate new 
conjectures from the deduction of existing axioms and 
definitions. Unlike science, however, mathematics has no 
constraints. So, in relation to symbols, mathematics can 
be considered a pure mental activity that is capable of 
generating new concepts within the mind unrelated to 
anything that presently exists. Mathematics is used in all 
field of learning, from science, engineering, and medicine, 
to the arts, cooking, sports, and a myriad of other areas. 


Mathematics has many utilitarian uses and was 
developed for these purposes originally. Agriculture 
and farming required knowledge of geometry for making 
things. Astronomy and navigation required knowledge 
of trigonometry, while most everyday activities required 
knowledge of numbers and measurements for keeping 
account of transactions. Ancient civilizations in Egypt, 
Mesopotamia, India, China, Greece, and others devel- 
oped their elementary mathematics that eventually 
became the foundation to further studies beginning in 
the sixteenth century and continuing now into the 
twenty-first century. Pythagoras (582-500 BC), who pre- 
ceded Swiss mathematician Leonhard Euler (1707— 
1783), considered numbers to be everything since they 
express the relationship between a multiplicity of natural 
phenomena from sounds in music to patterns in flowers, 
and relationships between artificially made objects, from 
architecture to games. 


It is often erroneously considered by students that 
arithmetic is an inferior part of mathematics concerned 
with computation and calculation. Mathematics is 
assumed to be the superior activity involved with reason- 
ing and abstract ideas. In fact, arithmetic is said by 
mathematicians to be the Queen of Mathematics since 
number theory is one of the most abstract parts of math- 
ematics. Number theory can be studied for its own sake 
rather than for its usefulness in science and technology. 


People need numbers for keeping account of 
transactions. Numerical statements of fact in any 
area of inquiry are known as statistics. Statistical 
methods of mathematical processes are used to sum- 
marize numerical data and help in their interpretation. 
For example, instead of listing everyone’s test scores 
on an examination and comparing them to last year’s 
scores, it is more expedient to calculate average scores 
as a measure of class progress. 
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Although mathematics is famous for the certainty of 
its results, statistical methods lead mathematicians into 
areas of uncertainty. For example, in the previous para- 
graph, the average calculated is subject to a degree of 
error. Mathematicians recognize this problem and have 
ways of calculating the probability that the true score lies 
within a certain range of values. Probability is that part of 
mathematics that enables mathematicians to calculate 
the likelihood of an event happening in the future. 
Probability is the mathematical engine that drives statis- 
tics. It enables statisticians to infer the behavior of a 
whole population from a small sample. 


All branches of mathematics are interrelated, as may 
be seen from the school curriculum. Mathematics is the 
study of quantitative relationships. When such relation- 
ships are expressed in terms of number, that branch of 
mathematics is called arithmetic. When relationships are 
expressed in letters and numbers, with similar rules to 
arithmetic, the subject is known as algebra. Trigonome- 
try studies relationships between angles. Geometry is 
concerned with size, shape, area, and volume of objects 
and position in space. 


Calculus deals with the relationship between 
changing quantities. In differential calculus, the prob- 
lem is to find the rate at which a known but varying 
quantity changes. The problem in integral calculus is 
the reverse of this: to find a quantity when the rate at 
which it is changing is known. Mathematics is the 
name for the broad area that is comprised of all these 
subject areas, and many others not included in the 
school curriculum, e.g., non-Euclidean geometry. 


Understanding of quantitative relationships devel- 
ops in the pre-school period as children learn concepts 
such as greater than, less than, and equal to. 
Understanding concepts in mathematics is more impor- 
tant than memorizing rules. Coming to grips with time 
for example, means more than telling time on a watch or 
clock. It means having some idea of how long it takes to 
complete tasks, how to budget time, and so forth. 
Quantitative reasoning is a part of everyday life, yet 
mathematics tends to be seen as unrelated to daily living. 
The extent to which mathematics does pervade all aspects 
of life is astonishing. All the major advances in electricity 
and magnetism, thermodynamics, and so forth, were 
dependent on mathematics. Exploration of space and 
most of the technological discoveries of the twentieth 
century, and now into the twenty-first century, have 
been made through the application of mathematics. 


Logicians and philosophers are concerned with 
mathematics for its own sake. They are interested in 
pure thought and mathematics as a system of reasoning, 
unrelated to the physical structure of the world. The 
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KEY TERMS 


Applied mathematics—Use of mathematics in sci- 
ence and technology. 


Arithmetic—Study of the number system. 


Pure mathematics—Study of abstract logic and 
system of reasoning using symbols. 


correspondence between language and mathematics pur- 
sued by this branch of study led to information theory 
and its outgrowths, cybernetics, and operations research. 


Many areas of mathematics occur outside of the 
strictly mathematics world. Some of them include math- 
ematical physics, mathematical economics, financial 
mathematics, mathematical biology, cryptography, oper- 
ations research, optimization, and analytical mechanics. 
Although mathematics might be seen by some as an exact 
science, many open problems still occur in mathematics 
and many uncertainties still perplex mathematicians and 
scientists alike. Exploration into mathematics leads to 
many other areas of interesting pursuits. 
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| Matrix 


A matrix is a rectangular array of numbers or 
number-like elements: 
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Matrix 


In the example on the left, 1 1 and 2 0 are its rows; 
1 2 and 1 0, its columns. In the example on the right 
there are three rows and two columns, making it a3 x 
2 matrix. When subscripted variables are used to rep- 
resent the elements, the first subscript names the row, 
the second, the column: a ;ow. column: For example, a 3; 
is in the second row and first column, but aj> is in the 
first row, second column. Except when there is danger 
of confusion, the subscripts need not be separated by a 
comma. Some authors enclose a matrix in brackets: 
other authors use parentheses, as above. 


Matrices can also be represented with single letters 
A, I, or with a single subscripted variable (aj, = bj) if 
and only if aj = bj for alli, j, which says symbolically 
that two matrices are equal when their corresponding 
elements are equal. 


Under limited circumstances matrices can be added, 
subtracted, and multiplied. Two matrices can be added or 
subtracted only if they are the same size. Then (a,) + or - 
(by) = (aij) = (by), which says that the sum or difference of 
two matrices is the matrix formed by adding or subtract- 
ing the corresponding elements. 


i) a ane 7 ae 
047 —-122/)  \-169 


These rules for adding and subtracting matrices 
give matrix addition the same properties as ordinary 
addition and subtraction. It is closed (among matrices 
of the same size), commutative, and associative. There 
is an additive identity (the matrix consisting entirely of 
zeros) and an additive inverse: 


-(aij) = (-aij) 

This latter definition allows one to subtract a 
matrix by adding its opposite: 

A-B=A + (-B) 


Multiplication is much trickier. For multiplica- 
tion to be possible, the matrix on the left must have 
as many columns as the matrix on the right has rows. 
That is, one can multiply an m x n matrix by ann x q 
matrix but not an m x n matrix by an p x q matrix if p 
is not equal to n. The product of an m x n matrix and 
ann xX q matrix will be anm x q matrix. 


Multiplication is best explained with an example: 


tee ae 
21 012 10 34 


The 5 in the product comes from (1) (5) + (3) (0). 
The -1 comes from (1) (2) + (3) (-1). The 7 comes from 
(1) (1) + (3) (2). In the second row of the product, 
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10 = (2) (5) + (2)();3 = 2) @) + () CD); and 4 = (2) 
(1) + (1) @). 


Each row in the matrix on the left has been multiplied 
by each column in the matrix on the right. 
Mathematicians say multiplied because each row on the 
left is a two-number row, and each column on the right is a 
two-number column. These numbers have been paired 
off, multiplied, and added. This kind of multiplication is 
somewhat more complicated than the ordinary sort. 
Those who are familiar with vectors will recognize this 
as forming the dot product of each row of the matrix on 
the left with each column on the right. 


Multiplication is associative, but not communica- 
tive. That is (AB)C = A(BC) but, in general, AB does 
not equal BA. 


In the example above, multiplication is not even 
possible if the 2 x 3 matrix is placed on the left. 


There is a multiplicative identity, I. It is a square 
matrix of an appropriate size. It has 1s down the main 
diagonal and 0s elsewhere, shown by these two equations. 


for} (o-12) = (13) 


or 

100 
é 2) 010) — e at) 
0-12/\go1 0-12 


A matrix may or may not have a multiplicative 
inverse, which is a matrix A?! such that ATA = I 


Since 


2) 


2 
3 
all 
3 


the two matrices on the left side of the equation 
are multiplicative inverses of each other. 


An example of a matrix that does not have an 
inverse is 
(23) 
22 


This can be seen by trying to solve the matrix 


equation 
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using the row-by-column rule for multiplying 
gives 


atc=1 
2a+2c=0 
which is impossible. 


Typically one limits the concept of an inverse to 
matrices which are square. Without this limitation a 
matrix such as 


101 
(192) 
would have no left inverse at all and an infinitude 
of right inverses. Working only with square matrices, 
it is possible to show that a matrix and its inverse 
commute; that is, that any left inverse is also a right 


inverse. It is also possible to show that any inverse is 
unique. 


Matrices are used in many ways. The following 
examples show three of those ways. 


A matrix can be used to solve systems of linear 
equations. If 


Rela 2) ay) aes 


then the matrix equation AX = B represents the 
system 


x-yo9 
x+2y=3 


If one multiplies both sides of the matrix equation 
by the inverse of A (computed above) A'AX = A™'B 
then X = A''B. 


Writing these matrices in expanded form 


and multiplying 
() = G) 
y ~ \-2 
orx=7,y=—2, 
For such a small system of equations, using matri- 


ces is rather inefficient. For systems with a large num- 
ber of unknowns and equations, using matrices is very 
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efficient, especially if one turns the work over to a 
computer. Computers work well with matrices. 


Two-by-two matrices can be used to represent 
complex numbers: 


et a 4 
—ba 


They behave like complex numbers, and they sneak 
around the sometimes disturbing property 


ee 


Matrices can be used for enciphering messages. If 
the message were “OUT OF WATER,” it would first 
be converted to numbers using a = 1, b = 2, etc. to 
become 15 21 20 15 6 23 1 20 5 18. These numbers 
would then be broken into pairs, and each pair, treated 
asa 2x | matrix, would then be multiplied by a secret 
enciphering matrix: 


ea i _ Ce _ (13) 
73/\21/ — \168/ ~ \12 

where 117 and 168 are reduced to numbers 26 or 
below by subtracting 26 as many times as needed. 
When this is done for the entire message, the numbers 


are converted back to letters, ML..., and the enci- 
phered message is sent. 


The recipient goes through the same steps, but 
uses a secret deciphering matrix: 
_ i) 
21 


( 3 =) _ a 
19 5/\12 307 

which can be converted back to “OU...” This 
works because the product of the enciphering and the 


deciphering matrices is, after reducing the numbers by 
subtracting 26s, the identity matrix: 


(? > | ae - es He = ( °) 

73/\19 5/ — \78183/ — \01 
Multiplying the message first by the enciphering 

matrix, then by the deciphering is equivalent to multi- 


plying it by the identity matrix. Therefore the original 
message is restored. 


A two-by-two enciphering matrix does not con- 
ceal the message very well. A skilled crytanalyst could 
crack a long message or series of short ones very easily. 
(This one, by itself, would be too short for the crypt- 
analyst to do any of the statistical analyses needed for 
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KEY TERMS 


Column—A line of numbers, reading down, in a 
matrix. 


Matrix—A rectangular array of numbers treated as 
a single mathematical entity. 


Row—A line of numbers, reading across, in a 
matrix. 


Square matrix—A matrix with the same number of 
rows and columns. 


cracking it.) If the enciphering and deciphering matrices 
were bigger, say ten-by-ten, the encipherment would be 
reasonably secure. 
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| Matter 


Matter is anything that takes up space and has 
mass (or weight which is the influence of gravity on 
mass.) It is distinguished from energy, which causes 
objects to move or change, but which has no volume or 
mass of its own. Matter and energy interact, and under 
certain circumstances behave similarly, but for the 
most part remain separate phenomena. They are, 
however, inter-convertible according to Einstein’s 
equation E=mc’, where E is the amount of energy 
that is equivalent to an amount of mass m, and c is a 
constant: the speed of light in a vacuum. Thus, modern 
physics states that matter can be converted to energy 
and energy converted to matter. Classical physics and 
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the other sciences, however, continue to distinguish 
between the two concepts for their own purposes. 
How science got to this point with respect to the 
definition of matter is a story in itself. 


In ancient Greece, some philosophers, most nota- 
bly Heraclitus (c.535-c.475 BC), believed that every- 
thing in the world was in a state of fluctuation. Others 
argued that there must be some permanence, other- 
wise it would not be possible to see anything as being 
real. 


The fifth century Greeks were apparently the 
first to attribute structure to matter. They postulated 
that matter consisted of very small particles that 
were firmly bound together in the solid state, but 
which could change position to accommodate com- 
pression and deformation. At higher temperatures, 
these particles were thought to slide past each other 
and to eventually separate as the material object 
underwent melting and evaporation. The Greeks 
called these particles atoms, Greek for indivisible. 
This philosophical position offered a reconciliation 
between the views of a world in fluctuation and one 
that is permanent. 


In 1687, English physicist and mathematician Sir 
Isaac Newton (1642-1727) published his Principia, in 
which he described his laws of motion. As had his 
Greek predecessors, Newton viewed matter as passive 
and inert, and as consisting of “solid, massy, impene- 
trable, movable particles.” Thus, for Newton and his 
contemporaries, there was little distinction between 
the properties of matter in the material world and the 
building blocks of which it was composed. 


In 1785, French chemist Antoine Laurent Lavoisier 
(1743-1794) proposed his Law of Conservation of 
Matter, which states that matter can neither be 
created nor destroyed, only changed into different 
forms. This law has since been superseded by the Law 
of Conservation of Mass and Energy, which takes into 
account the observations of Einstein that mass and 
energy are interchangeable under certain conditions. 


In 1804, the English scientist John Dalton formu- 
lated the atomic theory, which set out some funda- 
mental characteristics of matter, and which is still used 
today. According to this theory, matter is composed of 
extremely small particles called atoms, which can be 
neither created nor destroyed. Atoms can, however, 
attach themselves (bond) to each other in various 
arrangements to form molecules. A material com- 
posed entirely of atoms of one type is an element, 
and different elements are made of different atoms. 
A material composed entirely of molecules of one type 
is a compound, and different compounds are made of 
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different molecules. Pure elements and pure com- 
pounds are often referred to collectively as pure sub- 
stances, as opposed to a mixture in which atoms or 
molecules of more than one type are jumbled together 
in no particular arrangement. 


Elements and compounds can undergo chemical 
processes (reactions), which rearrange, break, or form 
bonds between atoms. Substances can also change by 
physical processes, which may alter the observable 
characteristics of the substance, but do not rearrange 
the internal structures of any molecules. The chemical 
compound water, for example, can be split into the 
element hydrogen and oxygen by electricity. That is a 
chemical reaction, because bonds in the water mole- 
cules break, and new bonds form. Water can also 
freeze into ice, or boil into vapor. Those are both 
physical processes because the water molecules do 
not change their internal bonding. 


In the case of ordinary chemical transformations, 
the mass of the products always equals the mass of the 
reactants. If, for example, three oxygen (O2) molecules 
(six atoms in total) go into a reaction, then six oxygen 
atoms must be found somewhere in the product. Thus, 
matter is neither created nor destroyed, but only trans- 
formed. By careful measurement of the mass of reac- 
tants before a reaction and the mass of the products 
after, chemists were able to devise the law of definite 
proportions and the notion that matter is conserved. 


At the Earth’s surface, matter exists in one of 
three physical states (or phases)—solid, liquid, or 
gas—categorized by the extent of attraction between 
the molecules or atoms of the substance. (Other inter- 
mediate states are possible under more extreme con- 
ditions.) Solids have a very orderly, rigid arrangement 
of their atoms or molecules, with strong forces holding 
the atoms or molecules together. Gas molecules or 
atoms, on the other hand, have almost no intermolec- 
ular forces holding them together. Liquids have inter- 
mediate properties; their molecules or atoms have 
some attractive force for each other, but are not fixed 
in place like those of a solid. 


Even though matter seems to be an easy concept 
to understand and an easier concept to define, there is 
nothing simple about matter. Although empty space 
(space devoid of matter) is often loosely talked about, 
there is really nothing in the universe that scientists 
consider empty space. Light from distant stars and 
gravitational fields from stars, planets, and galaxies 
permeate the far reaches of the universe. Ultimately, 
all of these things relate back to matter. 


See also Element, chemical. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


| Maunder minimum 


The Maunder minimum is the name given to a 
period of extreme solar inactivity that occurred 
between 1645 and 1710. Of particular interest is that 
this period of inactivity corresponds closely to one of 
the coldest periods of the so-called Little Ice Age in 
Europe, a time of long, cold winters that caused severe 
hardships in the pre-industrial revolution world. 
During a thirty-year period during this time, scientists 
only observed about 50 sunspots, instead of an aver- 
age number of about 45,000 spots. This inactivity has 
led scientists to extensively study the possible influen- 
ces of solar activity on terrestrial climate, as well as 
examine other stars for evidence of activity cycle 
behavior similar to the sun’s behavior. 


Some of the first telescopic observations were 
made by Italian astronomer and physicist Galileo 
Galilei (1564-1642) in 1611. He noted the presence of 
dark blemishes on the sun’s surface; these were the 
now well-known sunspots. (Several of Galileo’s con- 
temporaries saw sunspots as well, but Galileo is the 
most famous and usually gets the credit for discover- 
ing sunspots.) Today scientists know that the number 
of sunspots rises and falls in a roughly 11-year cycle; 
this is one of the most obvious manifestations of the 
solar activity cycle. 


Although sunspots were observed telescopically in 
1611, it was not until 1843 that German astronomer 
Samuel Heinrich Schwabe (1789-1875) noticed a peri- 
odic rise and fall in their numbers. That it took over 
200 years for astronomers to notice something so 
seemingly obvious is some cause for wonder, but it 
may be partly explained by the nearly complete 
absence of sunspots for 70 of those years, between 
1645 and 1715. 


For reasons not yet understood, the solar cycle 
operated at a greatly reduced amplitude during that 
time. Evidence suggests it did not cease entirely, but 
the sunspot number—an index representing the total 
level of sunspot activity at a given time—during the 
late 1600s was reduced by a factor of 10 to 20 from its 
typical value during normal cycles. This perplexing 
aspect of the sunspot record was formally pointed 
out by German astronomer Friederich Wilhelm 
Gustav Sporer (1822-1895) and English astronomer 
Edward Walter Maunder (1851-1928) in 1890, and it 
is now known as the Maunder minimum. 


The existence of the Maunder minimum is inter- 
esting on purely astrophysical grounds, because it 
suggests that the regular rise and fall of sunspots 
observed from 1715 all the way through to the present 
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day may not be a permanent, or even typical, aspect of 
solar behavior. It is possible to create a rough recon- 
struction of the sunspot record prior to the invention 
of the telescope, using indirect indicators of solar 
activity, and there is evidence for other Maunder mini- 
mumlike periods intermittently from about AD 1250 
through 1715. The solar cycle as observed today, is 
therefore not the state in which the sun spends all—or 
even most—of its time. Having only observed one 
Maunder minimum, scientists have no idea whether 
the sun spends 10%, 50%, or 90% of its time in such a 
state. 


Even the normal 11-year cycle seems to have lon- 
ger-term behavior. Different cycles have different 
strengths, with some of them showing more sunspot 
activity than others. The strengths of the cycle peaks 
seem to follow a roughly 80-year period of very strong 
cycles, slightly weaker ones, then back to stronger 
ones, and so forth. With detailed sunspot records 
extending only a few hundred years, it is difficult to 
confirm or disprove this hypothesis. Combined with 
evidence for multiple periods of nearly complete inac- 
tivity, it becomes impossible to say whether the solar 
activity cycle, so extensively studied in the last 30 
years, is normality or an aberration. 


The seemingly erratic behavior of the solar cycle 
has led a number of astronomers to spend the better 
parts of their careers studying activity cycles on other 
stars, the idea being that if those stars show activity 
cycles or Maunder minimumlike characteristics, scien- 
tists might be better able to understand Earth’s own 
star. Most of this pioneering work has been carried out 
at the Mt. Wilson Observatory, near Los Angeles, 
California. Observations of solarlike stars have been 
underway at Mt. Wilson since 1963, and the program 
has accumulated a vast database of solar activity data. 
The result has been the discovery of a veritable zoo of 
activity cycles. Some stars have well-behaved cycles 
with periods comparable to the sun’s 11-year cycle; 
these are of particular interest for comparison to the 
sun. Other stars have highly variable cycles, while still 
others vary wildly but with no discernible, regular 
period. Finally, there are stars that show a complete 
absence of any activity cycle. Some of them appear to 
show no cyclic activity at all, while others exhibit 
tantalizing evidence of having turned off midway 
through the 30 years they have been observed from 
Earth. Whether or not these stars are truly in a 
Maunder minimum phase has not been answered, 
because it is very difficult to tell if they have low- 
amplitude cycles or no cycles at all, and it is even 
more difficult to study their finer characteristics in 
detail. However, there is no doubt that pronounced, 
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KEY TERMS 


Little Ice Age—A period of long, severe winters in 
Europe that occurred roughly between 1300 and 
1715, corresponding closely to a period of erratic 
solar activity. 


Maunder minimum—A period between 1645 and 
1715 when the solar activity cycle operated at a 
greatly reduced level. 

Solar activity cycle—The periodic, roughly 11- 
year rise and fall in the number of active features, 
such as sunspots, prominences, and flares, in the 
Sun’s atmosphere; it is thought to be caused by the 
periodic tangling of the Sun’s magnetic field by its 
rotation and the motion of heat-transporting con- 
vective bubbles of gas beneath its surface. 


Sunspot—Cooler and darker areas on the surface of 
the Sun. They appear dark only because they are 
cooler than the surrounding surface. Sunspots 
appear and disappear in cycles of approximately 
11 years. 


Sunspot number—An international estimate of the 
total level of sunspot activity on the side of the sun 
facing the Earth, tabulated at the Zurich Observatory. 
Observations from around the world are sent to 
Zurich, where they are converted into an official 
sunspot number. Since the Sun rotates, the sunspot 
number changes daily. 


fairly regular activity cycles like the sun’s are not 
universal either for the Sun or its stellar cousins. 


In 1991, a pair of Danish meteorologists pub- 
lished a paper in which they pointed out a remarkably 
strong correlation between the length of the solar 
activity cycle and the global mean temperature in the 
northern hemisphere. Not all activity cycles are the 
same length, with longer cycles (12 to 14 years) seem- 
ing to indicate cooler global temperatures than the 
short (nine to 10 year) cycles. It is very difficult to 
assess the effect of even recent solar cycles on global 
climate, let alone those from the Maunder minimum 
period, because of the relatively short time span for 
which detailed observations exist, and because climate 
records become sparse to nonexistent as one looks 
back more than one hundred years or so. 


In 2002, research showed that the rotation of the 
sun slowed during the Maunder minimum. Scientists 
think this abnormality could have something to do 
with the decreased number of sunspots because a 
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slower revolving star, such as the Sun, means less heat 
emerging from it (and impinging on orbiting planets, 
such as the Earth). Despite the ongoing controversy, 
for which there is decidedly no definitive answer as of 
the year 2006, there is no doubt the Maunder mini- 
mum years were a time of significant misery in Europe, 
with the long, harsh winters leading to shortened 
growing seasons, failed crops, and widespread famine. 
Whether, or to what degree, the Sun is responsible for 
this, is an important question for atmospheric scien- 
tists and astronomers to tackle over the next few 
decades. 
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| Maxima and minima 


In mathematics, the terms maxima and minima, 
also called extrema, refer to extreme values of a func- 
tion, that is, the maximum and minimum values that 
the function attains. Maximum means upper bound or 
largest possible quantity. The absolute maximum of a 
function is the largest number contained in the range 
of the function. That is, if f(a) is greater than or equal 
to f(x), for all x in the domain of the function, then 
f(a) is the absolute maximum. For example, the func- 
tion f(x) = -16x* + 32x + 6 has a maximum value of 
22 occurring at x = 1. Every value of x produces a 
value of the function that is less than or equal to 22, 
hence, 22 is an absolute maximum. In terms of its 
graph, the absolute maximum of a function is the 
value of the function that corresponds to the highest 
point on the graph. Conversely, minimum means 
lower bound or least possible quantity. The absolute 
minimum of a function is the smallest number in 
its range and corresponds to the value of the function 
at the lowest point of its graph. If f(a) is less than 
or equal to f(x), for all x in the domain of the function, 
then f(a) is an absolute minimum. As an example, 
f(x) = 32x? - 32x - 6 has an absolute minimum of -22, 
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because every value of x produces a value greater than 
or equal to -22. 


In some cases, a function will have no absolute 
maximum or minimum. For instance the function 
f(x) = 1/x has no absolute maximum value, nor does 
f(x) = -1/x have an absolute minimum. In still other 
cases, functions may have relative (or local) maxima 
and minima. Relative means relative to local or nearby 
values of the function. The terms relative maxima and 
relative minima refer to the largest, or least, value that 
a function takes on over some small portion or interval 
of its domain. Thus, if f(b) is greater than or equal to 
f(b+h) for small values of h, then f(b) is a local 
maximum; if f(b) is less than or equal to f(b+h), 
then f(b) is a relative minimum. For example, the 
function f(x) = x* -12x? - 58x” + 180x + 225 has 
two relative minima (points A and C), one of which is 
also the absolute minimum (point C) of the function. 
It also has a relative maximum (point B), but no 
absolute maximum (Figure 1). 


Finding the maxima and minima, both absolute 
and relative, of various functions represents an impor- 
tant class of problems solvable by use of differential 
calculus. The theory behind finding maximum and 
minimum values of a function is based on the fact 
that the derivative of a function is equal to the slope 
of the tangent. When the values of a function increase 
as the value of the independent variable increases, the 
lines that are tangent to the graph of the function have 
positive slope, and the function is said to be increasing. 
Conversely, when the values of the function decrease 
with increasing values of the independent variable, the 
tangent lines have negative slope, and the function is 
said to be decreasing. Precisely at the point where the 
function changes from increasing to decreasing or 
from decreasing to increasing, the tangent line is hor- 
izontal (has slope 0), and the derivative 1s zero. (With 
reference to figure 1, the function is decreasing to the 
left of point A, as well as between points B and C, and 
increasing between points A and B and to the right of 
point C.) In order to find maximum and minimum 
points, first find the values of the independent variable 
for which the derivative of the function is zero, and 
then substitute them in the original function to obtain 
the corresponding maximum or minimum values of 
the function. Second, inspect the behavior of the deriv- 
ative to the left and right of each point. If the deriva- 
tive is negative on the left and positive on the right, the 
point is a minimum. If the derivative is positive on the 
left and negative on the right, the point is a maximum. 
Equivalently, find the second derivative at each value 
of the independent variable that corresponds to a 
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y = x4 — 12x3 — 58x? + 180x + 225 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


maximum or minimum; if the second derivative is 
positive, the point is a minimum, if the second deriv- 
ative is negative the point is a maximum. 


A wide variety of problems can be solved by find- 
ing maximum or minimum values of functions. For 
example, suppose it is desired to maximize the area of 
a rectangle inscribed in a semicircle (Figure 2). The 
area of the rectangle is given by A = 2xy. The semi- 
circle is given by x” + y* = r’, for y > 0, where ris the 
radius. To simplify the mathematics, note that A and 
A’ are both maximum for the same values of x and y, 
which occurs when the corner of the rectangle inter- 
sects the semicircle, that is, when a = y’- x”. Thus, 
one must find a maximum value of the function A? = 
4x°(r? -x*) = 4r°x* - 4x*. The required condition is that 
the derivative be equal to zero, that is, d(A*)/dx = 
8r°x - 16x° = 0. This occurs when x = 0 or when x = 1/ 
2(r,/ + 2). Clearly the area is a maximum when x = 1/ 
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2(r/ +2). Substitution of this value into the equation 
of the semicircle gives y = 1/2(r,/ +2), that is, y = x. 
Thus, the maximum area of a rectangle inscribed in a 
semicircle is A = 2xy = r’. 


Applications 


There are numerous practical applications in 
which it is desired to find the maximum or minimum 
value of a particular quantity. Such applications exist 
in economics, business, engineering, and many others. 
Many can be solved using the methods of differential 
calculus described above. For example, in any manu- 
facturing business it is usually possible to express 
profit as a function of the number of units sold. 
Finding a maximum for this function represents a 
straightforward way of maximizing profits. In other 
cases, the shape of a container may be determined by 
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Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


minimizing the amount of material required to manu- 
facture it. The design of piping systems is often based 
on minimizing pressure drop that in turn minimizes 
required pump sizes and reduces cost. The shapes of 
steel beams are based on maximizing strength. 


Finding maxima or minima also has important 
applications in linear algebra and game theory. For 
example, linear programming consists of maximizing 
(or minimizing) a particular quantity while requiring 
that certain constraints be imposed on other quantities. 
The quantity to be maximized (or minimized), as well as 
each of the constraints, is represented by an equation or 
inequality. The resulting system of equations or 
inequalities, usually linear, often contains hundreds or 
thousands of variables. The idea is to find the maxi- 
mum value of a particular variable that represents a 
solution to the whole system. A practical example 
might be minimizing the cost of producing an automo- 
bile given certain known constraints on the cost of each 
part, and the time spent by each laborer, all of which 
may be interdependent. Regardless of the application, 
though, the key step in any maxima or minima problem 
is expressing the problem in mathematical terms. 
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Derivative—The rate at which a function changes 
with respect to its independent variable. 
Geometrically, this is equivalent to the slope of 
the tangent to the graph of the function. 


Domain—the set, or collection, of all the first ele- 
ments of the ordered pairs of a function is called the 
domain of the function. 


Function—A set of ordered pairs. It results from 
pairing the elements of one set with those of 
another, based on a specific relationship. The state- 
ment of the relationship is often expressed in the 
form of an equation. 


Range—The set containing all the values of the 
function. 
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I Mayflies 


Mayflies or shadflies are aquatic insects in the 
order Ephemeroptera. There are several thousand spe- 
cies of mayflies, distributed among 20 families. 
Mayflies have a relatively protracted nymphal stage, 
which occurs in freshwater habitats. The adults are a 
short-lived stage during which dense aggregations of 
animals engage in a frenzied procreation, needed to 
perennate the species in its local habitats. 


Biology of mayflies 


Mayflies have a simple metamorphosis, with three 
life-history stages: egg, nymph (or naiad), and adult. 
The nymphal stages are numerous and relatively pro- 
tracted, generally lasting for at least one year. Mayfly 
nymphs occur in aquatic habitats, and account for 
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Mayflies 


A mayfly. (Michael Lustbader/Photo Researchers, Inc.) 


most of the lifespan of mayflies. Some species have as 
many as 28 nymphal molts. The last, pre-adult stage 
occurs when a nymph rises to the water surface, molts, 
and develops into a winged form called a subimago, 
which flies a short distance, and usually rests on veg- 
etation. Within a day or so, the subimago molts into 
the terrestrial, sexually mature adult stage, which is 
generally found in close proximity to the aquatic nym- 
phal habitat. Mayflies are the only insects that have an 
additional molt after they have developed functional 
wings. 


Mayflies have soft, elongate bodies, with two or 
(most commonly) three, distinctive, threadlike appen- 
dages projecting from the end of their abdomen. Adult 
mayflies have short antennae and many-veined, 
roughly triangular membranous wings. The wings 
are held erect and together over the body when the 
mayfly is at rest, and cannot be folded up as in most 
other orders of insects. The aquatic mayfly nymphs 
have distinctive, leaf-shaped appendages on the sides 
of their abdomen that serve as gills for the exchange of 
respiratory gases. 


Larval mayflies are aquatic in freshwater, and 
have mouthparts adapted for feeding on algae and 
other relatively soft organic materials. Most mayflies 
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are herbivores or detritivores, but a few species are 
carnivores of other aquatic invertebrates. Because 
they do not feed, adult mayflies have only vestigial 
mouthparts. Mayflies have large, compound eyes, 
and in many species the males are larger than the 
females, and have forelegs adapted for grasping the 
female during the nuptial (mating) flight. In most 
species the forewings are relatively large, while the 
hindwings may be absent, or are reduced in size com- 
pared with the forewings. 


Adult mayflies do not feed and live only for a few 
hours or days. This fact is reflected in the Latin root of 
the scientific name of this group of insects, 
Ephemeroptera, which refers to the highly ephemeral 
nature of the adult stage. The sole purpose of adult 
mayflies is procreation. To achieve this goal, adults of 
particular species emerge synchronously within a brief 
period of time. Adult mayflies sometimes occur in 
spectacularly large aggregations, in which the animals 
mate and deposit their eggs to water in frenzied 
swarms, and then die soon afterwards. Most mayflies 
in the swarm are males. The females fly briefly into the 
swarm, find a mate, and they couple then leave to 
copulate and lay their eggs. 


Ecological and economic importance 
of mayflies 


Sometimes, the mass emergences of adult mayflies 
can involve extremely large numbers of animals. 
During the brief times when mayflies are very abun- 
dant, some people may view them as a nuisance, 
because the insects seem to be flying everywhere and 
can be bothersome because of this, or because their 
bodies accumulate abundantly on beaches, streets, win- 
dow screens, and in other places. Rarely, the accumu- 
lated biomass of mayfly bodies can represent a traffic 
hazard, by making roads rather slippery. However, this 
is quite a rare event, and in general mayflies should not 
be thought of as a nuisance. Mayflies are rarely abun- 
dant enough to be a bother. Almost always, they are a 
harmless part of the natural world. 


Mayfly nymphs are an important component of 
many freshwater ecosystems. Their grazing is impor- 
tant in preventing the buildup of a large biomass of 
aquatic algae and detritus, and in nutrient cycling. 
Because mayflies can be quite abundant in many hab- 
itats, they are an important food for many species of 
predators. 


Mayfly species are rather particular in their choice 
of habitat, and in their tolerance of environmental con- 
ditions, such as the water temperature and chemistry. 
Because of their specific habitat requirements, mayfly 
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KEY TERMS 


Indicator—In environmental science, a surrogate 
measurement related to an important aspect of 
environmental quality. Mayfly species, for exam- 
ple, are often studied as indicators of water 
pollution. 


Simple metamorphosis—A developmental series 
in insects having three life-history stages: egg, 
nymph, and adult. 


species are often studied by aquatic ecologists as indica- 
tors of water quality, for example, in studies of 
pollution. 


A famous study involving mayflies was conducted 
in Lake Erie during the 1950s and early 1960s. Lake 
Erie was badly polluted at that time, especially by 
organic debris associated with sewage and algal 
growths, the decomposition of which consumed most 
of the oxygen in the waters of deeper parts of the lake. 
The development of anoxic conditions resulted in 
mass die-offs of nymphs of the mayflies Hexagenia 
rigida and H. limbata, which were previously 
extremely abundant. The virtual collapse of these pop- 
ulations was widely reported in the popular press, 
which interpreted the phenomenon as an indication 
that the great lake was “dead,” and had been rendered 
as such by pollution caused by humans. Today, the 
waters of Lake Erie are much cleaner, and its popula- 
tions of mayflies have recovered somewhat. 


Both nymphal and adult mayflies are a very 
important food for economically important sportfish, 
such as trout and salmon. Many sport fishers are 
highly skilled at tying mayfly “flies” as lures for use 
in fishing. The more realistically the lure portrays the 
species of mayfly that the trout or salmon are inter- 
ested in feeding upon in a particular stream at a par- 
ticular time, the greater is the fisher’s success in 
catching fish. 


See also Indicator species; Stoneflies. 
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| Mean 


The mean of a set of numbers, x), x, x, is defined 
as (xX; +X2...+X,)+n. Thus the mean of 2, 3, 7, and 5 
is(24+3+74+5)+4=17+4 

The mean is also known as the average. It is one of 
the measures of central tendency, the others being the 
mode and median. 


Mechanics see Laws of motion 


| Median 


The median is a measure of central tendency, like 
an average. It is a way of describing a group of items or 
characteristics instead of mentioning all of them. If the 
items are arranged in ascending order of magnitude, 
the median is the value of the middle item. 


If there is an odd number of items in the group, the 
median can be found precisely. For example, if 27 test 
scores are arranged from the lowest to the highest; the 
median score is the value of the fourteenth item. If 
there is an even number of items, the median lies 
between the value of the two middle items. For exam- 
ple, if 26 scores are arranged from the lowest to the 
highest, the median score lies between the value of the 
thirteenth and fourteenth items. 


What is the advantage of using the median? First, 
it is easier to calculate than the average or the 
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Medical genetics 


arithmetic mean and may be found more or less by 
inspection. The more important reason, however, is 
that it is not influenced by extreme values and so may 
be a better measure than the average or arithmetic 
mean. 


For example, assume that we want to know the 
average income in a neighborhood where most of the 
people live below the poverty level, but there are two 
large houses where the occupants are millionaires. The 
arithmetic mean would average out all the incomes 
and give the erroneous impression that the neighbor- 
hood was middle class. The median would not be 
affected by the extreme values. 


The median is very good for descriptive statistics 
since it enables us to make statements that half the 
observations lie above it and half below it. From the 
example in the previous paragraph we could say that 
half the people in the neighborhood had incomes 
below $12,850 and half had incomes above this figure. 
The median often represents a real value, as distinct 
from a calculated value that does not exist. The dis- 
advantage of the median is that it does not lend itself 
to further statistical manipulation like the arithmetic 
mean. 


See also Mode. 
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l Medical genetics 


Medical genetics refers to medically significant 
human genetic variation. Most typically, medical genet- 
ics is important as the underlying basis of certain dis- 
eases. Examples include cystic fibrosis and Parkinson 
Disease. Medical genetics includes the understanding, 
diagnosis, and cure of diseases from the standpoint of 
genetics. 


Molecular diagnostics is the newest specialty field 
in genetics and allows a better understanding of 
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heredity and disease at the molecular level. Disorders 
due to mutations as small as a single base change in the 
DNA can now be explained. Once the mutation is 
known, clinical laboratory testing can usually be set 
up. For diseases such as cystic fibrosis, Huntington 
disease, and fragile X syndrome, molecular assays are 
now the standard of care. The next step is to look for 
ways to reverse or repair the defect or to completely 
replace the mutation with a fully functional gene. 
Advances in these areas provide the foundations for 
gene therapy. 


A wide range of disciplines, including—but not 
limited to—molecular, cellular, organismal, and pop- 
ulation biologies, contribute to advances in medical 
genetics. Although once thought to be a relatively 
esoteric science, genetics now plays a key role in essen- 
tially all subspecialties of medicine. It has been sug- 
gested that, with the exception of trauma, genetics 
may be the underlying cause of all medical complaints. 
\hen a gene that causes a particular disease is identi- 
fied, it becomes important to understand the inheri- 
tance and expression of that gene. 


The era of medical genetics began when Archibold 
Garrod identified the first genetic diseases, the inborn 
errors of metabolism. Over the years, other similar 
disorders have been identified and were shown to be 
caused by defects, or mutations, in particular bio- 
chemical pathways. Examples include phenylketonu- 
ria, Tay Sachs disease, hypercholesterolemia, cystic 
fibrosis, and galactosemia. These are often progressive 
diseases with severe mental and physical complica- 
tions that may result in the death of the patient. In 
some cases, the negative consequences may be avoided 
if the disease is treated early. Because of this, most 
states now mandate a newborn screening program to 
evaluate all babies for several of the most severe dis- 
orders. Another recent discovery is that inherited 
genes play a role in drug metabolism and the efficacy 
of drug treatment. The new field of pharmacogenetics 
is beginning to elucidate to complex role of genes as 
they relate to this aspect of biochemical genetics. 


Cytogenetics is the oldest of the medical genetic 
sciences, but it did not become important clinically 
until 1959, when the presence of an extra copy of 
chromosome 21 (Trisomy 21) was first implicated in 
Down syndrome. Since then, many other chromoso- 
mal abnormalities have been directly associated with 
different diseases. By viewing metaphase cells with the 
light microscope, trained personnel can detect a broad 
range of numerical and structural chromosome 
anomalies that can then be correlated to specific diag- 
noses ranging from Down syndrome and Turner 
syndrome to various types of cancer. Recent 
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collaboration with molecular geneticists has provided 
a new tool, fluorescence in situ hybridization, or FISH, 
that allows visualization of smaller abnormalities 
using fluorescently labeled molecular probes. 


For the patient, the key to medical genetics is the 
physician, or clinical geneticist, who evaluates the prob- 
lem and makes the diagnosis. The medical history, ped- 
igree, and physical examination of the patient are 
reviewed to narrow the possibilities, and then laboratory 
testing is performed. The final diagnosis is based on all of 
the information obtained. The clinical interpretation, 
potential treatment, prognosis, and recurrence risks are 
then provided to the patient and the patient’s family with 
the aid of a genetic counselor. Genetic counselors are 
very important in this process since they are specially 
trained to turn complex medical jargon into terms 
patients can easily understand. Once these steps are com- 
pleted, much of the care and treatment of the patient can 
be carried out by other medical specialists. 


Medical genetics therefore reflects a team 
approach to patient care with input from each of the 
relevant specialty areas (clinical genetics, cytogenetics, 
molecular genetics, biochemical genetics, and genetic 
counseling) as well as clinicians with expertise in other 
areas of medicine. Genetics is, however, a continually 
evolving science, so in addition to clinical endeavors, 
medical geneticists are active in research. Spearheaded 
by the Human Genome Project, genes that cause dis- 
ease are continually being identified. In time, better 
laboratory tests, more effective treatments, and poten- 
tially cures for serious diseases will be available. This 
represents a major advance over the time when medi- 
cine was content to describe a disease and utilize treat- 
ments that were merely palliative (although a patient 
felt better, he or she still had the underlying disease). 
Medical genetics represents the promise of medicine 
for the future—the ability to provide targeted cures for 
diseases. 
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| Meiosis 


Meiosis, also known as reduction division, con- 
sists of two successive cell divisions in diploid cells. 
The two-cell divisions are similar to mitosis, but differ 
in that the chromosomes are duplicated only once, not 
twice. The end result of meiosis is four daughter cells, 
each of them haploid. Since meiosis only occurs in the 
sex organs (gonads), the daughter cells are the gametes 
(spermatozoa or ova), which contain hereditary mate- 
rial. By halving the number of chromosomes in the sex 
cells, meiosis assures that the fusion of maternal and 
paternal gametes at fertilization will result in offspring 
with the same chromosome number as the parents. In 
other words, meiosis compensates for chromosomes 
doubling at fertilization. The two successive nuclear 
divisions are termed as meiosis I and meiosis II. Each 
is further divided into four phases (prophase, meta- 
phase, anaphase, and telophase) with an intermediate 
phase (interphase) preceding each nuclear division. 


Events of meiosis 


The events that take place during meiosis are sim- 
ilar in many ways to the process of mitosis, in which 
one cell divides to form two clones (exact copies) of 
itself. It is important to note that the purpose and final 
products of mitosis and meiosis are very different. 


Meiosis | 


Meiosis I is preceded by an interphase period in 
which the DNA replicates (makes an exact duplicate 
of itself), resulting in two exact copies of each chro- 
mosome that are firmly attached at one point, the 
centromere. Each copy is a sister chromatid, and 
the pair are still considered as only one chromosome. 
The first phase of meiosis I, prophase I, begins as the 
chromosomes come together in homologous pairs in a 
process known as synapsis. Homologous chromo- 
somes, or homologues, consist of two chromosomes 
that carry genetic information for the same traits, 
although that information may hold different mes- 
sages (e.g., when two chromosomes carry a message 
for eyecolor, but one codes for blue eyes while the 
other codes for brown). 


The fertilized eggs (zygotes) of all sexually repro- 
ducing organisms receive their chromosomes in pairs, 
one from the mother and one from the father. During 
synapsis, adjacent chromatids from homologous chro- 
mosomes “cross over” one another at random points 
and join at spots called chiasmata. These connections 
hold the pair together as a tetrad (a set of four 
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chromatids, two from each homologue). At the chias- 
mata, the connected chromatids randomly exchange 
bits of genetic information so that each contains a 
mixture of maternal and paternal genes. This “shuf- 
fling” of the DNA produces a tetrad, in which each of 
the chromatids is different from the others, and a 
gamete that is different from others produced by the 
same parent. Crossing over does, in fact, explain why 
each person is a unique individual, different even from 
those in the immediate family. 


Prophase I is also marked by the appearance of 
spindle fibers (strands of microtubules) extending from 
the poles or ends of the cell as the nuclear membrane 
disappears. These spindle fibers attach to the chromo- 
somes during metaphase I as the tetrads line up along 
the middle or equator of the cell. A spindle fiber from 
one pole attaches to one chromosome while a fiber from 
the opposite pole attaches to its homologue. Anaphase I is 
characterized by the separation of the homologues, as 
chromosomes are drawn to the opposite poles. The sister 
chromatids are still intact, but the homologous chromo- 
somes are pulled apart at the chiasmata. 


Telophase I begins as the chromosomes reach the 
poles and a nuclear membrane forms around each set. 
Cytokinesis occurs as the cytoplasm and organelles are 
divided in half and the one parent cell is split into two new 
daughter cells. Each daughter cell is now haploid (n), 
meaning it has half the number of chromosomes of 
the original parent cell (which is diploid-2n). These 
chromosomes in the daughter cells still exist as sister 
chromatids, but there is only one chromosome from 
each original homologous pair. 


Meiosis II 


The phases of meiosis II are similar to those of 
meiosis I, but there are some important differences. 
The time between the two nuclear divisions (interphase 
ID) lacks replication of DNA (as in interphase I). As the 
two daughter cells produced in meiosis I enter meiosis 
II, their chromosomes are in the form of sister chroma- 
tids. No crossing over occurs in prophase II because 
there are no homologues to synapse. 


During metaphase I, the spindle fibers from the 
opposite poles attach to the sister chromatids (instead 
of the homologues as before). The chromatids are then 
pulled apart during anaphase II. As the centromeres 
separate, the two single chromosomes are drawn to the 
opposite poles. The end result of meiosis II is that by 
the end of telophase II, there are four haploid daugh- 
ter cells (in the sperm or ova) with each chromosome 
now represented by a single copy. The distribution of 
chromatids during meiosis is a matter of chance, which 
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results in the concept of the law of independent assort- 
ment in genetics. 


Control of meiosis 


The events of meiosis are controlled by a protein 
enzyme complex known collectively as maturation 
promoting factor (MPF). These enzymes interact 
with one another and with cell organelles to cause 
the breakdown and reconstruction of the nuclear 
membrane, the formation of the spindle fibers, and 
the final division of the cell itself. MPF appears to 
work in a cycle, with the proteins slowly accumulating 
during interphase, and then rapidly degrading during 
the later stages of meiosis. In effect, the rate of syn- 
thesis of these proteins controls the frequency and rate 
of meiosis in all sexually reproducing organisms from 
the simplest to the most complex. 


Human gamete formation 


Meiosis occurs in humans, giving rise to the hap- 
loid gametes, the sperm and egg cells. In males, the 
process of gamete production is known as spermato- 
genesis, where each dividing cell in the testes produces 
four functional sperm cells, all approximately the 
same size. Each is propelled by a primitive but highly 
efficient flagellum (tail). In contrast, in females, 
oogenesis produces only one surviving egg cell from 
each original parent cell. During cytokinesis, the cyto- 
plasm and organelles are concentrated into only one of 
the four daughter cells—the one which will eventually 
become the female ovum or egg. The other three 
smaller cells, called polar bodies, die and are reab- 
sorbed shortly after formation. The process of oogen- 
esis may seem inefficient, but by donating all the 
cytoplasm and organelles to only one of the four 
gametes, the female increases the egg’s chance for 
survival, should it become fertilized. 


Mistakes during meiosis 


The process of meiosis does not work perfectly 
every time, and mistakes in the formation of gametes 
are a major cause of genetic disease in humans. Under 
normal conditions, the four chromatids of a tetrad will 
separate completely, with one chromatid going into 
each of the four daughter cells. In a disorder known as 
nondisjunction, chromatids do not separate and one 
of the resulting gametes receives an extra copy of the 
same chromosome. The most common example of this 
mistake in meiosis is the genetic defect known as 
Down syndrome, in which a person receives an extra 
copy of chromosome 21 from one of the parents. 
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KEY TERMS 


Chiasmata—Points at which adjacent chromo- 
somes overlap and connect. 


Crossing over—In meiosis, a process in which 
adjacent chromosomes exchange pieces of genetic 
information. 

Cytokinesis—The physical division of the cyto- 
plasm of a eukaryotic cell to form two daughter 
cells, each housing a newly formed nuclei. 


Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Homologue—The partner of a chromosome in a 
chromosome pair. 


Nondisjunction—The failure of a chromosome pair 
to separate and go to different cells following cell 
division. 

Sister chromatids—Two copies of the same chro- 
mosome produced by DNA replication. 


Synapsis—Process in which homologues orient 
themselves side by side. 


Tetrad—A set of four chromatids all belonging to 
the same homologues. 


Another fairly common form of nondisjunction occurs 
when the sex chromosomes (XX, XY) do not divide 
properly, resulting in individuals with Klinefelter syn- 
drome or Turner syndrome. 


Other mistakes that can occur during meiosis include 
translocation, in which part of one chromosome becomes 
attached to another, and deletion, in which part of one 
chromosome is lost entirely. The severity of the effects of 
these disorders depends entirely on the size of the chro- 
mosome fragment involved and the genetic information 
contained in it. Modern technology can detect these 
genetic abnormalities early in the development of the 
fetus, but at present, little can be done to correct or even 
treat the diseases resulting from them. 


See also Gene; Genetic disorders. 
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Meissner effect see Superconductor 
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Melting see States of matter 


Melting point see States of matter 


| Membrane 


A cell membrane (plasma membrane) is a struc- 
ture that is composed mainly of lipid molecules. The 
membrane, whose two outer surfaces are hydrophilic 
(water-loving) and whose interior is hydrophobic 
(water-hating) surrounds both eukaryotic cells 
(whose genetic material is enclosed in a more special- 
ized nuclear membrane) and prokaryotic cells (whose 
genetic material is dispersed in the cells’ interior). 
Membranes provide the separation between the inte- 
rior of a cell and the external environment, and can 
exert some control over the environment inside a cell. 


In eukaryotic cells, in addition to the nucleus, 
other structures such as the mitochondria, endoplas- 
mic reticulum, and Golgi bodies are also bounded by 
membranes. 


A membrane helps control a cells’ internal envi- 
ronment because it can allow the passage of some 
molecules while impeding the passage of other mole- 
cules; in other words, membranes are semipermeable. 
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Color enhanced scanning transmission electron micrograph 
of cell membranes of adjoining cells separated by an 
intercellular cleft. (Don Fawcett. Photo Researchers, Inc.) 


The detailed chemical composition of a mem- 
brane varies, depending on its location and the func- 
tions it performs. However, all membranes do have the 
same basic structure. The majority of the membrane is 
composed of two layers of phospholipid molecules 
lined up side by side with their fatty acid “tails” facing 
inward. The hydrophilic portion of a phospholipid is 
the phosphate group; these face outwards. The more 
lipidlike tail of a phospholipid is the hydrophobic 
region, and this portion orients to the membranes’ 
interior. Because of this dual chemical nature of the 
phospholipid bilayer, the entire membrane surface is 
permeable to gases (such as oxygen and carbon diox- 
ide), to small, uncharged polar molecules (such as 
water and ammonia), and to nonpolar molecules 
(such as lipids). However, the membrane is imperme- 
able to charged molecules (such as ions and proteins) 
and to larger, uncharged polar molecules. 


Embedded within and spanning the phospholipid 
bilayer are various transport proteins that can function 
to selectively allow certain molecules to pass through 
the membrane. These transport proteins channel mol- 
ecules by a variety of methods, including facilitated 
diffusion (movement with the concentration gradient, 
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using no ATP energy) and active transport (movement 
against the concentration gradient, using ATP energy). 


The plasma membrane that forms the boundary 
of a cell has several other molecules in addition to the 
basic membrane structure. These include integral pro- 
teins, cholesterol, glycoproteins, and glycolipids. The 
phospholipid bilayer with its biochemical inclusions is 
known as the fluid mosaic model of membrane struc- 
ture. Some membrane proteins serve as receptors for 
hormones, transferring the signal to the interior of the 
cell (via G proteins) without allowing the “messenger” 
molecule to enter, thus protecting the integrity of the 
cell. Other carbohydrate molecules attached to the 
exterior of the plasma membrane act as “markers,” 
identifying the cell as a particular type. 


l Memory 


Memory refers to the mental systems and proc- 
esses involved in storing and recalling information 
about stimuli that are no longer present, as well as to 
all of the information that is stored. Memory is essen- 
tial to healthy human functioning, and it can be said 
that every mental process involves some aspect of 
memory. Indeed, the ancient Greek philosopher 
Cicero once described memory as “the treasury and 
guardian of all things.” 


The human brain has evolved an enormous 
capacity for remembering, and in the course of life, 
people gather and store vast amounts of information. 
Memories of past experiences are necessary to under- 
stand new ones, and to decide how to behave in unfa- 
miliar situations. Without memory every person or 
situation we encountered would be strange and unfa- 
miliar, and we could never learn from past experience. 
In fact, we would not be able to learn anything at all, 
since all learning requires remembering the material 
learned. Memory is also essential to a sense of self or 
identity, as memories of our past experiences, 
thoughts, and feelings inform us as to what we have 
done, who we have been, and who we are now. 
Memory can hold information ranging from how to 
put pants on, to the composition of the stars. 


History 


People have sought to understand the nature of 
memory since at least the time of the ancient Greek 
philosopher Plato, who is usually credited with the 
earliest serious discussion of it. He believed memory 
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was like a blank slate on which accurate impressions of 
the world were made and preserved indefinitely. Plato 
distinguished two aspects of memory—the power to 
retain or keep information, and the power of recollec- 
tion, or remembering information that is already 
present in memory. Plato’s ideas still influence many 
contemporary psychological theories of memory con- 
tain these same beliefs. 


During the Middle Ages, before the invention of 
the printing press, memory served as the vehicle 
through which history and knowledge were passed 
between people and generations. A good memory 
was greatly prized during the Middle Ages, and the 
improvement of memory skills was an important 
topic. A distinction was made between natural and 
artificial memory where natural memory was the 
memory abilities we were born with. They could not 
be trained and were thought to operate in a sponta- 
neous, instinctive manner. On the other hand, artifi- 
cial memory abilities were held to be trainable, and 
numerous systems were developed to improve them. 


As the printed word spread and the individual’s 
memories became less essential in the transmission of 
knowledge the importance placed on memory by soci- 
ety apparently diminished. During the 1800s, educa- 
tors also focused on training and exercising the 
memory, which was was seen by many as being like a 
muscle that required exercise to remain fit. Thus mem- 
orization was thought to strengthen one’s current 
memory system as well as future memorization skills, 
and rote memorization (memorizing information for 
no purpose other than to memorize it) was advocated 
for students. This view came under great criticism in 
the twentieth century, and eventually the advocacy of 
rote memorization within the school system faded. 
Indeed, more recent research indicates that memori- 
zation for memorization’s sake does not improve over- 
all memory abilities in any observable way. 


During the late 1800s the medical profession 
became interested in memory disorders such as apha- 
sia (a complete or partial impairment of the ability to 
understand or use words), and amnesia (generally, a 
partial or total loss of memory). The medical profes- 
sion naturally focused on physiological and biological 
factors, and one of their most important findings was 
that aphasia was caused by lesions in the brain. This 
finding was of immense importance as it demonstrated 
for the first time that physiological and psychological 
functioning are connected. 


Sigmund Freud, an Austrian physician who began 
his career in the 1890s, focused on psychological disor- 
ders that he felt were caused by memory disturbances. 
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Freud felt mental illness occurs when unpleasant child- 
hood memories are repressed, or kept from conscious- 
ness. His highly influential theory of psychoanalysis is 
in fact based on the concept that memories can be 
repressed, and he developed psychoanalytic therapy to 
uncover those memories and cure the patient. 


The German psychologist Hermann Ebbinghaus 
carried out the first controlled experiments on mem- 
ory in 1885, and in so doing developed many methods 
of studying memory that are still in use today. For 
example, he developed lists of nonsense syllables (one 
syllable groups of letters that have no meaning, e.g. 
“treb,” “fug,” or “duj”), that individuals would be 
asked to memorize. Ebbinghaus used nonsense sylla- 
bles in an attempt to avoid the effects of previous 
learning, and associations the individual might have 
to meaningful words. Ebbinghaus would vary differ- 
ent aspects of the experiments to test different aspects 
of memory. For instance, he varied the lists by length 
to see how the number of syllables affected recall, and 
he would vary the amount of time between memoriza- 
tion and recall to see how the amount of time lapsed 
between learning and recall affected the amount of 
material recalled or forgotten. 


Theories of basic memory processes 


It is important to note that Ebbinghaus was work- 
ing within the philosophical/psychological framework 
of associationism. With roots stretching back to 
Aristotle, associationism asserts that higher-order 
mental processes, such as creativity or language, are 
produced by the combination of simpler mental proc- 
esses, such as the mental association of objects, ideas, 
or experiences due to their similarity. Memory is said 
to be made up of associations between elements based 
on their similarity, contrast, or occurrence together in 
time or space. This implies a rather passive or inactive 
mind and memory, where the individual and their 
memory receives impressions and basically categorizes 
them according to their straightforward, objective 
characteristics. Remembering is simply reproducing 
these impressions and associations. Within this frame- 
work, when asked to remember and describe a rose, a 
person might “search” their memory for a specific 
representation of a rose or a specific experience with 
a rose, and use this to describe one. 


This is in contrast to reconstructive theories of 
memory as proposed for example by William James 
in 1890, and by Sir Frederic Charles Bartlett in 1932. 
Within these theories, memory is seen as an active 
reconstruction and organization of past experiences 
that influences how new information is interpreted 
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and organized, as well as how and what information is 
remembered. In contrast to associative theories, 
reconstructive theories of memory hold that abstract 
principles about new experiences and information are 
what is stored, not exact reproductions of the experi- 
ences themselves. During recall, specific memories are 
often reconstructed according to these general princi- 
ples, they are not always reproductions of experience. 
Thus memory processes take an active role in what 
and how information is remembered. Within this 
framework, a person asked to remember and describe 
a rose might first access their general knowledge of 
plants, then flowers, then their knowledge of roses in 
general, and using this information, build or construct 
a description of a rose. In recent years, reconstructive 
theories of memory have gained favor as many psy- 
chologists believe that most mental processes, such as 
language and perception, are too complex to be 
explained by the combination of simple associative 
connections and reproductive memory. 


Models of memory operation 


Since memory and memory formation cannot be 
observed directly, various models have been put forth 
by memory researchers in an effort to clearly and simply 
describe how memory operates. In the early 1900s, psy- 
chologists proposed that memory was like a filing cabinet 
with everything categorized neatly and logically. To 
retrieve information, one simply and logically located 
the correct file folder. Later, as telephone systems were 
expanded, memory was likened to a telephone operator’s 
switchboard with information coming in from many 
directions to a central source that sorted the information 
and decided on the appropriate output. With the devel- 
opment of the digital computer in the 1950s, psycholo- 
gists began describing memory in terms of a computer 
model and focused on how the mind and memory might 
process information like computers do. This model has 
been highly influential, and since the 1950s researchers 
using this model have focused on the input and sequenc- 
ing of information processing. 


Three information processing systems 


Most researchers divide memory’s information 
processing operations into the stages of acquisition, 
consolidation, storage, and retrieval. Acquisition 
refers to the process the brain and the sensory organs 
use to bring information into the memory system. 
Consolidation is the process of organizing informa- 
tion to facilitate its storage in long-term memory. 
Storage describes the forming of a potentially perma- 
nent representation of information in the brain. 
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Retrieval is the process of bringing stored information 
to consciousness. These processes are thought to occur 
within three largely accepted divisions of the memory 
processing system that are distinguished by the length 
of time information can be held, the amount of infor- 
mation that can be held, and the different processes 
that occur in each: sensory memory, short-term mem- 
ory, and long-term memory. It should be noted that 
these systems are not presumed to occupy specific 
physical spaces within the brain. They are, more accu- 
rately, hypothesized systems distinguished by their 
varying characteristics. 


Sensory memory 


Sensory memory, or sensory register, notes (or 
registers) sensory stimuli as they are experienced. It 
consists of representations of the outside world as expe- 
rienced through the senses such as touch, sight, or 
smell. It holds information for approximately one to 
two seconds. If, for instance, you glance at the ocean 
and turn away, the image of the ocean will be lost in one 
to two seconds unless the image is quickly transferred 
into the short-term memory system. The contents of 
sensory memory are constantly changing as new stimuli 
are perceived. Information that does not fade from 
sensory memory enters short-term memory. 


Short-term memory 


Short-term memory is thought to process infor- 
mation by actively repeating, grouping, and summa- 
rizing it to aid its storage in long-term memory. 
Information is thought to last within short-term mem- 
ory for only a short period of time before it is either 
passed into long-term memory or discarded. For 
information to be transferred into long-term memory, 
it must be rehearsed or repeated. 


Generally, short-term memory can hold five to 
nine units of information for between twenty seconds 
to one minute. It holds information for as long as its 
actively thought about, or until new information basi- 
cally forces it out. Unless we repeat the information 
and purposely try to retain it, most, or all of it, will be 
lost. A good example of this process can be seen when 
you look up a new phone number, and repeat it to 
yourself as you dial it. After dialing it, within a few 
seconds you will usually forget it. Yet if you do this 
repeatedly (repetition or rehearsal), like for a friend 
with a new phone number, it will eventually enter 
long-term memory. 


These “units” of information can represent single 
pieces of information, such as an individual’s name, or 
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the units can be single pieces of information that repre- 
sent a number of different pieces of information, as in 
the last name of a family representing all of the family’s 
members. The process of using a single item to represent 
a number of items is called chunking, and researchers 
have found that short-term memory’s information 
holding capacity can be greatly enhanced with this 
process. 


It seems there are many factors that determine what 
information enters long-term memory, two of the stron- 
gest being repetition and intense emotion. If something 
is repeated often enough, such as multiplication tables, 
it will enter long-term memory. And it is hard to forget 
intensely emotional experiences such as being involved 
in a serious car accident or falling in love. 


Long-term memory 


Long-term memory has been the focus of most 
research and theory on the memory system. It holds 
all the information that has managed to pass through 
the sensory and short-term memory systems. In con- 
trast to both of those systems, long-term memory is 
thought to be able to hold potentially unlimited 
amounts of information for an indefinite period of 
time, possibly for a lifetime. It is thought to hold all 
of the memories of our life, as well as our knowledge of 
the world in general. In long-term memory one might 
find memories as diverse as the first person you ever 
had a crush on, knowledge of how to ride a bike or 
cook scrambled eggs, the names of the five great lakes 
of North America, or a second language. Indeed, long- 
term memory is often compared to an encyclopedia in 
terms of the amount and range of information it holds. 


Long-term memory then stores and operates on 
very diverse types of information, and there are many 
theories as to how the different types of information 
are represented and organized within it. Research 
shows that long-term memory operates according to 
a number of different systems, and researchers dis- 
agree as to exactly how it should be divided up. Yet 
there are some very influential theoretical divisions of 
long-term memory that are now widely accepted. 
These are the divisions between procedural memory, 
episodic memory, and semantic memory. 


Divisions of long-term memory 
Procedural memory 


Procedural memory is, as its name implies, knowl- 
edge of the steps necessary to perform certain proce- 
dures or activities. It is the knowledge of how to ride a 
bike or swim, how to cook spaghetti and meatballs, and 
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even how to walk and run. Procedural learning is the 
acquisition of skills, such as learning how to operate a 
computer. How well something is learned is reflected in 
improved performance of the skill. It seems well-learned 
knowledge stored in the procedural memory system can 
be used without conscious awareness of the steps being 
performed. For instance, once a behavior is mastered— 
such as walking or driving a car—one rarely has to stop 
and think about what step comes next, and attention 
can be paid to other activities. 


Often the information stored in procedural mem- 
ory is difficult for the individual to articulate even 
though it is obvious from their smooth performance 
of the activity that they know it well. Procedural mem- 
ories seem to last for a very long time, if not for a 
lifetime, and they are often very hard to change. Thus 
if one learns how to do something in a certain way, 
such as swim or play tennis, it can be very hard to 
change one’s technique later. 


Episodic memory 


Episodic memory is the conscious recollection or 
remembering of specific experiences from a person’s 
life. These memories often include the time and place 
of the experience, as well as a representation of the role 
the individual remembering played in it. An example 
of an episodic memory would be recalling the first time 
you operated a computer, including where and with 
whom, in contrast to how to operate a computer. 
Episodic memories seem to be more affected by the 
passage of time than are procedural or semantic mem- 
ories such that if the event is not recalled and thought 
of relatively often, details of the event, if not the event 
itself, seems to fade or be forgotten over time. 


Semantic memory 


Semantic memory is all the easily articulated 
stored knowledge you have of the world in general 
that does not refer to specific events in your life. 
Examples of semantic memory involve factual knowl- 
edge such as knowing a car has four wheels, that a 
United States senator is elected to a term of six years, 
that the earth revolves around the sun, or that giving a 
smile increases the odds of receiving a smile. Where 
procedural knowledge is knowing “how,” semantic 
memory is knowing “that.” Like procedural memory, 
semantic memory seems to last for a long time. It 
differs from procedural memory however, in that the 
knowledge can usually be articulated quite easily. 


Exactly how the immense amount of information 
we acquire throughout life is stored or organized in 
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semantic memory is still an active area of research. 
Most experts believe that, in general, information is 
stored in networks of related concepts. The more sim- 
ilar various concepts are, the more closely associated 
they will be in memory. Research in semantic memory 
does in fact indicate that it is organized such that when 
a certain idea is activated or brought to mind, related 
or similar items will be identified faster. For instance, 
if one is discussing roses, knowledge of other flowers 
and plants will be recalled faster and with more ease. 


Mental representations in semantic memory 


Two specific types of mental representations 
hypothesized to be used by the semantic memory sys- 
tem to organize information are schemas and catego- 
ries. Schemas are ordered frameworks or outlines of 
world knowledge that help us organize and interpret 
new information. They are like maps or blueprints into 
which new related information will be fitted. 
Knowledge of your home town or city, with its streets, 
various buildings, and neighborhoods is an example of 
a schema. 


Research shows that new information relating to 
knowledge one already has will be remembered better 
than information about a topic of which one has little 
or no knowledge. Thus, if two people are given direc- 
tions to a party, the one who knows the layout of the 
city or town pretty well will tend to remember the 
directions to the party better than a person who has 
little or no knowledge of the city’s layout. This is 
presumably because the person with the pre-existing 
knowledge is able to fit the new information into their 
older knowledge, and thus form a stronger link in 
memory. 


Schemas also help to reconstruct, or try to remem- 
ber, information that may have been forgotten. For 
example, if a friend brings up something that hap- 
pened one time you both went out to eat dinner a 
few months ago and you don’t remember it clearly, 
you might ask for more information, and then use 
your schema for the usual sequence of events in eating 
out to try to remember or reconstruct what happened. 
The accuracy of reconstructions is open to question. 


Categories are another representational form of 
thought used by semantic memory to organize infor- 
mation. Categories are sets of objects, experiences, or 
ideas, that are grouped together because they are sim- 
ilar to one another in some respect. For example, 
apartments, houses, huts, and igloos, might be 
grouped under the category of dwellings. Like sche- 
mas, categories help us make sense of, and organize, 
the multitudinous aspects of the world. 
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Relations among memory systems 
in long-term memory 


While it is thought that the procedural, episodic, 
and semantic memory systems operate relatively inde- 
pendently, it is obvious that they also interact and 
work together. For instance, one’s procedural knowl- 
edge of how to ride a bike or operate a computer will 
be linked with one’s semantic knowledge of how bikes 
and computers work in general. Moreover, episodic 
memories of, for instance, one’s first date, will add to 
one’s semantic knowledge of dating in general, and 
possibly one’s procedural knowledge of how to best 
have a good time on a date. 


Research methods 


Most research on long-term memory is highly 
specialized, focusing on particular types of informa- 
tion storage and the various retrieval processes asso- 
ciated with them. In the research laboratory memory is 
most often assessed by recognition, recall, or relearn- 
ing tasks. 


In recognition tasks, research subjects are com- 
monly shown lists of words or groups of visual stimuli, 
such as pictures of faces. After a period of time sub- 
jects are then presented with new lists or groups of 
visual stimuli in which some of the original material is 
embedded or mixed in. They are then asked to indicate 
which items they recognize from the original material. 
In order to assess different aspects of memory, 
researchers may vary the amount of material pre- 
sented, how long they let the subject study it, how 
much time passes between presentation of the original 
and altered material, and any number of other varia- 
bles. Recognition is often quite accurate, especially if 
the subject is asked only if they have seen an item 
before. An example of a recognition task in which 
the subject is asked to choose a correct answer from 
among incorrect ones is a multiple-choice test. 


In recall tasks, subjects are asked to reproduce 
material that was previously learned. The material 
may consist of lists of words, stories, or visual stimuli. 
They may be asked to report the material in exactly the 
same way it was presented, or to report as much of the 
material as they can remember in any order at all (this 
is called “free recall”). In “cued recall” the subject is 
given clues to aid their recall. Giving clues can improve 
recall greatly. As in recognition tasks, many variables, 
such as the amount of material, and time between 
learning and testing, can be manipulated to test differ- 
ent aspects of memory. An essay test is an example of a 
recall task. 
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In relearning studies, the time it takes to learn 
material initially is compared to the time it takes to 
learn the same material a second time after it is for- 
gotten. Findings consistently show relearning time is 
much less than original learning time. The difference 
between the two learning times is called the “savings 
score.” The high savings scores found across almost all 
relearning studies indicates that once something is 
learned, it is never really forgotten completely. It 
seems some of the original learning remains, although 
how much and in what form remains unclear. 


Reminding and forgetting 


Reminding is an aspect of memory that indicates 
ideas are organized in long-term memory by similar- 
ity, whereby when people think of something, they are 
often reminded of a similar thing. Remindings are 
usually of information that is similar in content, or 
of earlier experiences that are similar to the current 
situation. The most widely accepted explanation of the 
reminding process is spreading activation which 
assumes memory is made up of networks of concepts 
that are connected due to similarity. When a concept 
from a network of concepts is used, that concept is 
presumably energized or activated in some way. This 
activation, if strong enough, spreads along the asso- 
clative pathways connecting the activated concept to 
other related concepts and in turn activates the related 
concepts. 


The spreading or activation process is seen as 
being largely automatic. It can, however, be controlled 
to a certain extent. In this way we can concentrate on 
current goals without being constantly distracted by 
related but largely irrelevant ideas. 


Forgetting is the inability to recognize, recall, or 
reproduce information that was previously known or 
learned. Different theories within psychology propose 
various processes for how forgetting occurs. 
Traditional, associative learning theories believe for- 
getting is the decay of associative bonds through dis- 
use, or not thinking of something. Associative theories 
also believe forgetting is caused by interference. 
Material will be retained to the extent that it was 
well-learned, unless previously or newly learned infor- 
mation interferes. 


Interference is the confusion or substitution of 
one item in memory with another. There are two 
types of interference: retroactive interference, when 
old information is harder to remember because new 
information gets in the way; and proactive interfer- 
ence, when new information is harder to learn because 
it is similar to old information. Interference theory 
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holds that material is rarely lost or forgotten, it is 
simply unavailable or inaccessible. 


Psychoanalytic theory, as discussed earlier, sees 
forgetting as the result of repression. Freud felt a 
good deal of forgetting happens because the forgot- 
ten material is associated with unpleasant experiences 
that produce anxiety which automatically evokes 
the defense mechanism of repression. Memories 
then are never truly lost, but are irretrievable due to 
repression. 


The contemporary cognitive approach proposes 
that each of the three stages of information processing 
forgets or loses information for different reasons. In 
both the sensory and short-term memory systems, 
information is lost through decay of their underlying 
neural connections. Information is never really forgot- 
ten in long-term memory. It is assumed to be there but 
cannot be accessed due to a failure in retrieval. 


It should be noted that there is no way to know 
definitively whether information is retained for life or 
ever truly lost from memory. This is because even if 
someone cannot recall something that does not mean 
it is not present in memory. It may instead be inacces- 
sible due to repression, interference, or retrieval fail- 
ure. Moreover, it is often impossible to assess the 
accuracy of someone’s individual memories as there 
are no available corroborative witnesses. 


Memory disorders 


The two main memory disorders are amnesia and 
aphasia. Amnesia is a partial or total loss of memory 
caused by emotional trauma, disease, or brain injury 
(usually due to head trauma, surgical accidents, or 
chronic alcohol abuse). Memory loss can occur for 
events just prior to the amnesia-causing incident (ret- 
rograde amnesia), or for events occurring after the 
incident (anterograde amnesia). In severe cases of 
anterograde amnesia, the person may be unable to 
form new memories, although recall of material 
learned before amnesia’s onset is usually unaffected. 
Many cases of amnesia (even severe) are temporary, so 
that the person recovers his or her memory. 


Aphasias are a complete or partial impairment of 
the ability to understand or use words which are 
caused by lesions in the brain. There are numerous 
varieties of aphasia, and diagnostic classification sys- 
tems are constantly being revised. 


Physiological basis 


In recent decades, research on the physiological 
basis of human memory in the brain has intensified. 
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Memory 


KEY TERMS 


Associationism—A philosophical/psychological stance 
holding that mental associations are the building 
blocks of complex mental processes such as lan- 
guage and memory. 


Brain imaging techniques—High technology techni- 
ques allowing non-intrusive visualization of the 
brain, these include computed tomography, positron 
emission tomography, and functional magnetic res- 
onance imaging. 

Category—A set of objects, experiences, or ideas, 
grouped together because of their similarity, they aid 
the organization of information in memory. 


Episodic memory—Memory system holding con- 
scious recollections of events from a person’s life 
that often include time, place, and a representation 
of oneself. 


Long-term memory—Part of memory system capa- 
ble of holding large amounts of information for an 
indefinite period of time, possibly for a lifetime. 


Memory—AIl of the information retained by an indi- 
vidual, and the mental systems and processes 
involved in storing and recalling information. 


Neuron—Nerve cell. 


Much has been learned about how information in 
memory is organized in the brain, and the roles vari- 
ous parts of the brain play in memory from research 
with those with amnesia or aphasia. In fact, detailed 
studies of individuals with unusual patterns of brain 
damage have produced much of our current knowl- 
edge about the physiological basis of human memory. 
It seems that numerous brain structures are involved 
in memory processing and various subtypes of mem- 
ory. For instance, the ventromedial frontal region of 
the brain (an area in the lower front portion) seems to 
link memory and emotions, and the basal ganglia (a 
set of neural cell bodies set deep in the base of the 
cerebral hemispheres) are involved in learning new 
motor skills. Indeed, some researchers would argue 
that in a broad sense, one could say the entire brain 
is involved with some aspect of memory. 


Current research/future developments 


As in many other fields of psychology, research 
into underlying biological (physiological, genetic, hor- 
monal) factors in mental phenomena is thriving. 
Studies concluded in the early and mid-1990s clearly 
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Procedural memory—Memory system holding often 
hard to articulate knowledge of how to perform cer- 
tain procedures or activities. 


Reconstructive memory—Type of memory thought 
to store experiences by abstract principles, which are 
then used to reconstruct memories during recall. 


Schema—A structured framework of world knowl- 
edge that helps organize and interpret new informa- 
tion, as well as reconstruct information that may 
have been forgotten. 


Semantic memory—Memory system holding all the 
easily articulated knowledge of the world an individ- 
ual has that does not refer to particular events in their 
life. 


Sensory memory—Part of the memory system that 
registers experience through the senses, holding onto 
information for one to two seconds before it is lost or 
transferred to short-term memory. 


Short-term memory—Part of the memory system that 
repeats and organizes information to aid its storage in 
long-term memory, it is able to hold only limited 
amounts of information for short periods of time before 
it is either lost, or transferred to long-term memory. 


show learning/memory mechanisms occur at synaptic 
connections—the site of information transfer between 
neurons. Dozens of different mutant learning/memory 
genes have already been identified that block learning 
and/or short-term, amnesia-resistant, and long-term 
memory. Further studies will surely help uncover intri- 
cate mechanisms at the cellular and molecular level 
involved in learning and memory. Continual advances 
since the 1970s in brain-imaging techniques that allow 
nonintrusive visualization of the brain at work have 
contributed immensely to this area of research. 
Improvement in brain imaging techniques such as 
computed tomography, positron emission tomogra- 
phy, and functional magnetic resonance imaging 
(MRI), development of new techniques, and neuro- 
biological and genetic research will undoubtedly lead 
to exciting discoveries about the basis of memory and 
other mental functions in the brain. 
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! Mendelian genetics 


Mendelian genetics is the study of simple patterns 
of inheritance. These patterns were discovered by 
Gregor Mendel (1822-1884), an Austrian monk. 
Mendel was the first to publish an extensive study of 
how various traits are passed from parent to progeny. 


He studied simple garden pea plants, plotting in 
detail their various physical traits, and studying how 
combinations of various parental traits produced par- 
ticular traits in the progeny. For example, he looked at 
true-breeding strains of garden peas which expressed 
such physical characteristics as stem length (short or 
long); seed characteristics (round or wrinkled); seed 
color (white or gray); seed content color (yellow or 
green); unripe seed pod color (green or yellow); ripe 
seed pod shape (inflated or constricted); flower posi- 
tion (attached along length or end of stem). He would 
choose two plants which differed in only one of these 
seven characteristics, and cross them. Mendel did 
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these experiments with huge numbers of plants, 


exam- Over time, Mendel was able to hypothesize that 


ining the results of the offspring. He would then allow information in some form passed from parent to prog- 
the offspring generation of each experiment to cross __ eny was responsible for the physical traits expressed in 
with each other, in order to examine yet another — subsequent generations. He even ascertained that each 


generation. 
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parent contributed information that governed the 
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appearance of the particular trait in the offspring. 
Mendel was able to lay down the basic foundations 
from which modern genetic theory has been built. The 
units of information were later determined to be 
genetic; specifically, the gene for a characteristic that 
is contributed by both parents (allele). The two com- 
bined alleles determine the offspring’s characteristics. 


Basic tenets of Mendelian genetics include an 
understanding that all parents have two genes which 
dictate each trait. These two genes separate themselves 
randomly into the sex cells (eggs or sperm), so that the 
parent will pass only one gene for a given trait on to 
the offspring. The offspring receives one gene from 
each parent for each trait. Dominant genes take prece- 
dence over recessive genes such that an individual 
expresses the recessive trait only if he or she has 
received two recessive genes. The presence of a domi- 
nant gene for a trait always means that that trait will 
be expressed, and the trait of any accompanying reces- 
sive gene will be masked. 


Genetics has advanced well beyond the informa- 
tion that Mendel was able to procure through his study 
of pea plants. In the early 1900s, Wilhelm Johannsen of 
Denmark defined the difference between “genotype” 
and “phenotype.” Using some of Mendel’s principles, 
Johannsen stated that genotype describes the actual 
genes possessed by an organism, while phenotype 
describes the physical appearance of an organism. In 
the 1920s, Thomas Hunt Morgan of Columbia 
University, worked with several graduate students to 
define the chromosome, a unit of heredity along which 
the very genes (“particles of inheritance”) first described 
by Mendel are now known to be linearly arranged. 
Watson and Crick published brilliant work in 1953, 
describing the chemistry and architecture of the deoxy- 
ribonucleic acid (DNA) that composes chromosomes. 


Mendel’s landmark paper was published in 1866, 
but was essentially ignored until the early 1900s. Since 
that time, the brilliance and daring of Mendel’s early 
work has been greatly appreciated. Modern genetics 
has Mendelian genetics as its basis. 
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! Meningitis 


Meningitis is a potentially fatal inflammation of 
the meninges, the thin, membranous covering of the 
brain and the spinal cord. Meningitis is most commonly 
caused by infection (by bacteria, viruses, or fungi), 
although it can also be caused by bleeding into the 
meninges, cancer, or diseases of the immune system. 


History 


Before antibiotics were available, bacterial menin- 
gitis was a dreaded disease, taking a toll on the young 
and leaving those who survived blind, deaf, or mentally 
retarded. A pioneer in the research of this disease and 
its cure was Dr. Sara Elizabeth Branham (1888-1962), 
who worked at the National Institute of Health in the 
early part of the twentieth century. Initially, she per- 
formed research on bacterially caused food poisoning; 
but after the epidemic years of World War I (1914— 
1918), she worked on the specific antiserum to combat 
meningitis. During World War I, cases of the disease 
ran rampant among soldiers, often leading to lengthy 
quarantines to prevent its further spread. Knowing that 
many strains of infectious bacteria could be responsi- 
ble, Branham developed laboratory procedures that 
enabled technicians to determine which type of infec- 
tion was present. At that time, the only treatment for 
meningitis was an antiserum (developed from horses) 
that had been losing its effectiveness over the years. 
Branham substituted a more effective serum extracted 
from rabbits. In 1937, Branham and a coworker dis- 
covered that the newly developed sulfonamide drugs 
(sulfonamides) were effective in treating meningitis. 
Sulfadiazine was then used along with antiserum as an 
effective treatment and was responsible for keeping 
meningitis at bay during World War II (1939-1945). 
Branham wrote widely about the disease and was rec- 
ognized for her dedicated work with awards and hono- 
rary degrees. 


Anatomical considerations 


The meninges are three separate membranes, lay- 
ered together, which serve to encase the brain and 
spinal cord. The dura is the toughest, outermost 
layer, and is closely attached to the inside of the 
skull. The middle layer, the arachnoid, is important 
in the normal flow of the cerebrospinal fluid (CSF), a 
lubricating fluid that bathes both the brain and the 
spinal cord. The innermost layer, the pia, helps direct 
brain blood vessels into the brain. The space between 
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Meningitis 


the arachnoid and the pia contains CSF, which serves 
to help insulate the brain from trauma. Through this 
space course many blood vessels. 


CSF, produced within specialized chambers deep 
inside the brain, flows over the surface of the brain and 
spinal cord. This fluid serves to cushion these rela- 
tively delicate structures, as well as supplying impor- 
tant nutrients for brain cells. CSF is reabsorbed by 
blood vessels which are located within the meninges. 


Because the brain is enclosed in the hard, bony 
case of the skull, any disease process that produces 
swelling will ultimately prove destructive to the brain. 
The skull cannot expand at all, so when swollen brain 
tissue pushes up against the skull’s hard bone, the 
brain tissue becomes damaged and may ultimately 
die. Furthermore, swelling on the right side of the 
brain will not only cause pressure and damage to 
that side of the brain, but by taking up precious 
space within the tight confines of the skull, the left 
side of the brain will also be pushed up against the 
hard surface of the skull. This action causes reciprocal 
damage to that side of the brain as well. 


The cells of the brain require a very well-regulated 
environment for optimal function. Careful balance of 
oxygen, carbon dioxide, glucose (sugar), sodium, cal- 
cium, potassium, and other substances must be main- 
tained in order to avoid damage to the relatively 
unforgiving brain tissue. 


The cells lining the brain’s capillaries (tiny blood 
vessels) are specifically designed to prevent many sub- 
stances from passing into brain tissue. This is commonly 
referred to as the blood-brain barrier. The blood-brain 
barrier prevents various toxins (substances which could 
be poisonous to brain tissue), as well as many agents of 
infection, from crossing from the blood stream into the 
brain tissue. While this barrier obviously is an impor- 
tant protective feature for the brain, it also serves to 
complicate therapy in the case of an infection, by mak- 
ing it difficult for medications to pass out of the blood 
and into the brain tissue where the infection resides. 


Infectious causes of meningitis 


The most common infectious causes of meningitis 
vary according to an individual host’s age, habits and 
living environment, and health status. In newborns, the 
most common agents of meningitis are those which are 
contracted from the newborn’s mother, including 
Group B streptococci (becoming an increasingly com- 
mon infecting organism in the newborn period), 
Escherichia coli, and Listeria monocytogenes. Older 
children are more frequently infected by Haemophilus 
influenzae, Neisseria meningitidis, and Streptococcus 
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pneumoniae, while adults are infected by S. pneumoniae 
and N. meningitidis. N. meningitidis is the only organism 
that can cause epidemics of meningitis. These have 
occurred in particular when a child in a crowded day- 
care situation or a military recruit in a crowded training 
camp has fallen ill with N. meningitidis meningitis. 


Viral causes of meningitis include the herpes sim- 
plex viruses, mumps and measles viruses (against 
which most children are protected due to mass immu- 
nization programs), the virus that causes chicken pox, 
the rabies virus, and a number of viruses that are 
acquired through the bite of infected mosquitoes. 
Patients with AIDS (acquired immune deficiency syn- 
drome) are more susceptible to certain infectious 
causes of meningitis, including by certain fungal 
agents, as well as by the agent that causes tuberculosis. 
Patients who have had their spleens removed, or 
whose spleens are no longer functional (as in the case 
of patients with sickle cell disease) are more suscepti- 
ble to certain infections, including those caused by N. 
meningitidis and S. pneumoniae. 


How the infectious agents of meningitis 
gain access to the meninges 


The majority of meningitis infections are acquired 
by blood-borne spread. An individual may have 
another type of infection (of the lungs, throat, or tissues 
of the heart) caused by an organism that can also cause 
meningitis. The organism multiplies, finds its way into 
the blood stream, and is delivered in sufficient quanti- 
ties to invade past the blood-brain barrier. 


Direct spread occurs when an already resident 
infectious agent spreads from infected tissue next to or 
very near the meninges, for example from an ear or sinus 
infection. Patients who suffer from skull fractures pro- 
vide openings to the sinuses, nasal passages, and middle 
ears. Organisms that frequently live in the human res- 
piratory system can then pass through these openings to 
reach the meninges and cause infection. Similarly, 
patients who undergo surgical procedures or who have 
had foreign bodies surgically placed within their skulls 
(such as tubes to drain abnormal amounts of accumu- 
lated CSF) have an increased risk of the organisms 
causing meningitis being introduced to the meninges. 


The least common method by which the organ- 
isms causing meningitis are transmitted, but one of the 
most interesting, is called intraneural spread. This 
involves an organism spreading along a nerve, and 
using that nerve as a kind of ladder into the skull 
where the organism can multiply and cause meningitis. 
Herpes simplex virus is known to use this type of 
spread, as is the rabies virus. 
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Symptoms of meningitis 


The most classic symptoms of meningitis (particu- 
larly of bacterial meningitis) include fever, headache, 
vomiting, photophobia (sensitivity to light), irritability, 
lethargy (severe fatigue), and stiff neck. The disease pro- 
gresses with seizures, confusion, and eventually coma. 


A young infant may not show the classic signs of 
meningitis. Early in infancy, a baby’s immune system 
is not yet developed enough to mount a fever in 
response to infection, so fever may be absent. Some 
infants with meningitis have seizures as their only 
identifiable symptom. 


How meningitis damages the brain 


Damage due to meningitis occurs from a variety 
of phenomena. The action of infectious agents on the 
brain tissue is one direct cause of damage. Other types 
of damage may be due to mechanical effects of swel- 
ling of brain tissue, and compression against the bony 
surface of the skull. Swelling of the meninges may 
interfere with the normal absorption of CSF by 
blood vessels, causing accumulation of CSF and dam- 
age due to resulting pressure on the brain. Interference 
with the brain’s carefully regulated chemical environ- 
ment may cause damaging amounts of normally 
present substances (carbon dioxide, potassium) to 
accumulate. Inflammation may cause the blood- 
brain barrier to become less effective at preventing 
the passage of toxic substances into brain tissue. 


Long term complications of meningitis 


The most frequent long-term effects of meningitis 
include deafness and blindness, due to compression of 
specific nerves and brain areas responsible for the 
senses of hearing and sight. Some patients develop 
permanent seizure disorders, requiring lifetime treat- 
ment with anti-seizure medications. Scarring of the 
meninges may result in obstruction of the normal 
flow of CSF, causing abnormal accumulation of 
CSF. This may be a chronic problem for some 
patients, requiring the installation of tubes to regularly 
drain the accumulation. 


Diagnosis 


A number of techniques are used when examining 
a patient suspected of having meningitis to verify the 
diagnosis. Certain manipulations of the head (lower- 
ing the head, chin towards chest, for example) are 
difficult to perform and painful for a patient with 
meningitis. 
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The most important test used to diagnosis menin- 
gitis is the lumbar puncture (commonly called a spinal 
tap). Lumbar puncture (LP) involves the insertion of a 
thin needle into a space between the vertebrae in the 
lower back, and the withdrawal of a small amount of 
CSF. The CSF is then examined under a microscope. 
Normal CSF contains set percentages of glucose and 
protein. These percentages will vary with bacterial, 
viral, or other causes of meningitis. For example, bac- 
terial meningitis causes a greatly lower than normal 
percentage of glucose to be present in CSF, as the 
bacteria are essentially eating the host’s glucose, and 
using it for their own nutrition and energy production. 
Normal CSF should contain no white blood cells 
(infection fighting cells), so the presence of white 
blood cells in CSF is another indication of meningitis. 
Some of the withdrawn CSF is also put into special 
laboratory dishes to allow growth of the infecting 
organism, which can then be identified more easily. 


In a few rare instances, lumbar puncture cannot be 
performed, because the amount of swelling within the 
skull is so great that the intracranial pressure (pressure 
within the skull) is extremely high. This pressure is 
always measured immediately upon insertion of the 
LP needle. If it is found to be very high, no fluid is 
withdrawn, because withdrawal of fluid could cause 
herniation of the brain stem. Herniation of the brain 
stem occurs when the part of the brain connecting to 
the spinal cord is thrust through the opening at the base 
of the skull into the spinal canal. Such herniation will 
cause compression of those structures within the brain 
stem that control the most vital functions of the body 
(breathing, heartbeat, consciousness). Death or perma- 
nent debilitation follows herniation of the brain stem. 


Treatment 


Antibiotic medications (forms of penicillins and ceph- 
alosporins, for example) are the most important element 
of treatment against bacterial agents of meningitis. 
Because of the effectiveness of the blood-brain barrier in 
preventing passage of substances into the brain, medica- 
tions must be delivered directly into the patient’s veins 
(intravenous or IV) at very high doses. Antiviral medica- 
tions (acyclovir) may be helpful in the case of viral men- 
ingitis, and antifungal medications are available as well. 


Other treatment for meningitis involves decreas- 
ing inflammation (with steroid preparations) and pay- 
ing careful attention to the balance of fluids, glucose, 
sodium, potassium, oxygen, and carbon dioxide in the 
patient’s system. Patients who develop seizures will 
require medications to halt the seizures and prevent 
their return. 
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KEY TERMS 


Blood-brain barrier—A blockade of cells separat- 
ing the circulating blood from elements of the cen- 
tral nervous system (CNS); it acts as a filter, 
preventing many substances from entering the cen- 
tral nervous system. 


Cerebrospinal fluid (also called CSF)—Fluid made 
in chambers within the brain; this fluid then flows 
over the surface of the brain and spinal cord, pro- 
viding nutrition to cells of the nervous system, as 
well as cushioning. 


Lumbar puncture (also called LP)—A medical test 
in which a very narrow needle is inserted into a 
specific space between the vertebrae of the lower 
back in order to draw off and examine a sample of 
CSF. 


Meninges—The three layer membranous covering 
of the brain and spinal cord, composed of the dura, 
arachnoid, and pia. Provides protection for the 
brain, as well as housing many blood vessels. 


Prevention 


A series of vaccines against Haemophilus influen- 
zae, started at two months of age, has greatly reduced 
the incidence of that form of meningitis. Vaccines also 
exist against Neisseria meningitidis and Streptococcus 
pneumoniae bacteria, but these vaccines are only rec- 
ommended for those people who have particular sus- 
ceptibility to those organisms, due to certain immune 
deficiencies, lack of a spleen, or sickle cell anemia. 


Because N. meningitidis is known to cause epidem- 
ics of disease, close contacts of patients with such 
meningitis (other children in day care with the patient, 
other military personnel within the same training 
camp, and people living within the patient’s house- 
hold), are treated with Rifampin® (or rifampicin). 
This generally prevents spread of the disease. 


Mothers with certain risk factors may be treated 
with antibiotics during labor, to prevent the passage of 
certain organisms which may cause meningitis in the 
newborn (particularly Group B streptococcus). 
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l Menopause 


Menopause is the stage in the female life cycle 
during which menstrual cycles stop. On average, men- 
opause occurs at age 51 years. Although it refers to the 
final period, it is not an abrupt event, but a gradual 
process. It generally takes from five to seven years 
from start to finish. For years, the menopausal stage 
was rarely talked about in public. However, meno- 
pause is not a disease that needs to be cured, but a 
natural life-stage transition. Beginning in the 1960s, 
physicians began treating menopause aggressively as a 
medical problem, using’ estrogen hormones. 
Contemporary debate focuses on the wisdom of 
long-term estrogen use and the search for the best 
way to address problems linked to menopause. 
Between 1995 and 2010, the number of women over 
the age of 50 years entering menopause in the United 
States is predicted to grow from 37 million to 52 
million. 
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A nineteenth-century term 


Menopause has always been a part of natural life for 
women, and the history of medicine is littered with refer- 
ences to the period when women stop bearing children. 
Greek philosopher Aristotle (384-322 BC) noted that 
women stop giving birth after the age of 50 years. But 
little was written about ways to ease women through the 
symptoms of menopause, which include hot flashes, 
night sweats, insomnia, and vaginal dryness. 


Occasional historical references to what medical sci- 
entists now call menopause and therapy for the condition 
can be found, such as the reference to hot flashes and 
other menopausal symptoms in the 1628 book, The 
Anatomy of Melancholy by Robert Burton. A 1675 
account described a cooling diet for menopause. In 
1701, physician Thomas Sydenham described the ten- 
dency of women ages 45 to 50 years to develop “hysterick 
fits,” and suggested blood letting as therapy. 


But the term menopause was not used until 1816, 
when a medical syndrome called “la Ménépause” was 
described in a French journal by C. P. L. de Gardanne. 
By 1839, the first book entirely about menopause was 
written by Frenchman C. F. Menville. The book 
explained symptoms of menopause as a response to 
the death of the womb. 


Menopause was described clearly in 1899 in an 
article entitled Epochal Insanities, under the heading 
“Climacteric Insanity.” The article described symp- 
toms of menopause and invited physicians to treat it 
as a syndrome in need of attention. Women in the late 
nineteenth century were often advised to rest as a way 
of combating menopausal symptoms. By the early 
twentieth century, menopause was seen as “the death 
of the woman in the woman.” Contemporary research 
has shown that menopause is not linked to mental 
illness or the death of the womb. The average woman 
of 51 years can expect several more decades of life, 
making menopause more a transitional stage of life. 


The many symptoms noted by early observers of 
menopause stem from profound hormonal changes 
that occur when women experience menopause. 
During menopause, hormonal activity changes as the 
body’s needs are altered and production of natural 
estrogen and progesterone is reduced. The most 
obvious of these changes is the end of the monthly 
menstrual cycle, a process that occurs gradually. 
When this process ends, women can no longer bear 
children and ovulation no longer occurs. 


Studies suggest that while a majority of women 
experience some menopausal symptoms, fewer than 
half have severe problems with the process. 
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A new era 


The 1923 isolation of estrogen, the female sex 
hormone manufactured in both sexes, lead to a new 
era for menopausal women. Estrogens were first tried 
as an aid to menopausal women in the 1930s, but 
negative side affects cut short the effort. By the 
1960s, a palatable estrogen supplement was devel- 
oped. The substance was heavily promoted as a med- 
ication to keep menopausal women “feminine 
forever” (also the title of a 1965 book by Robert A. 
Wilson promoting estrogen therapy). Estrogen was 
promoted asa cure for hot flashes, urogenital dryness, 
and even mental illness. 


However, in 1975, studies emerged linking estro- 
gen with an elevated risk of endometrial cancer, and 
use of estrogen supplements dropped. Use of estrogens 
dropped considerably until researchers explored using 
estrogen with progesterone as a combined therapy. 
This combination is thought to reduce the risk of 
endometrial cancer. 


Since the early 1980s, the use of synthetic hor- 
mones for menopause has climbed dramatically. In 
1980, 12 million prescriptions were written for estro- 
gen supplements. By 1993, a total of 48 million pre- 
scriptions were written; in 1995, the amount was up to 
58 million; and in 2002, the number was up to 89 
million. However, in 2003, the year’s numbers 
decreased to 57 million prescriptions based on reports 
of long-term health problems with synthetic hormone 
use. The results of a study called the Women’s Health 
Initiative (WHI) in 2003 led physicians to revise their 
recommendations regarding HRT. One part of the 
study was to examine the potential benefits of com- 
bined estrogen plus progestin therapy in preventing 
hip fractures and heart disease in women ages 50-79 
with an intact uterus. The study was halted in progress 
as data revealed an increase in heart attacks and 
strokes in women taking the combined hormone 
replacements. Another part of the study, examining 
the possible benefits of estrogen only, was halted in 
2004, when data showed an increase in blood clots and 
strokes in post-menopausal women taking estrogen. 


Also in 2003, the U.S. Food and Drug Adminis- 
tration (FDA) required a warning on all estrogen 
products about the possibility of cardiovascular and 
other risks. Thus, as estrogen has become used more 
widely, various benefits and risks have become appa- 
rent. Risks of using hormone replacement therapy 
include the development of gallstones, the develop- 
ment of blood clots, and an elevated risk of breast 
cancer among women who use estrogen supplements 
for long periods of time. More careful, standardized 
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research needs to be done, particularly to understand 
the association between duration of hormone replace- 
ment therapy, dose of hormone replacement therapy, 
type of hormone replacement therapy, and risk of 
breast cancer. Negative side effects of the estrogen- 
progesterone combination are commonly reported. 
These side effects include headaches, depression, and 
bloating. One sign of the distaste with which many 
women view the estrogen-progesterone combination 
is that the average use of estrogen replacement pre- 
scriptions is nine months. 


Menstrual problems 


Although there is a wide variation in the length of 
menstrual cycles from woman to woman, in general a 
woman entering perimenopause will become more 
irregular; periods may come closer together or farther 
apart, heavier or lighter. Some women notice their 
periods change month to month. Missed periods are 
not uncommon because there are some months when a 
woman does not ovulate, which means she will not 
produce progesterone and will not shed the uterine 
lining. 

Almost one-fourth of all hysterectomies in the 
United States are performed in an effort to control 
prolonged abnormal bleeding. If the only reason that a 
woman is having problems with bleeding is due to 
menopause, hormone replacement therapy may 
make a hysterectomy unnecessary. This abnormal 
bleeding will stop once menopause is complete. 


Hot flashes 


The second most common symptom of meno- 
pause is hot flashes. According to surveys of meno- 
pausal women, a large majority of such women report 
that they have experienced hot flashes, and more than 
half say they also experience night sweats. About half 
of women, according to studies, experience hot flashes 
while they are still menstruating regularly. Hot flashes 
range from an occasional brief flush to a sheet-soaking 
feeling of heat. The sensations of searing heat may last 
anywhere from a few seconds to an hour, between 
once a day and several times an hour. 


While hot flashes usually only occur for about a 
year, some women struggle with them for up to five 
years on an intermittent basis. The precise cause of hot 
flashes is not completely understood, but experts think 
they are related to changes in the hypothalamus as 
hormone levels decline. The more abruptly or more 
often a woman’s estrogen levels fluctuate, the stronger 
and more frequent the hot flashes become. This con- 
dition is why women who have had their ovaries 
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removed experience much more severe hot flashes 
than those whose ovaries are intact. In addition, this 
condition is why thin women have stronger hot flashes 
(because fat cells produce estrogen even after meno- 
pause is complete). Scientists suspect that other hor- 
mones and brain chemicals may also be involved. 


Insomnia 


About two in ten women experience menopause 
insomnia, the inability to fall asleep during meno- 
pause. Experts believe the sleep problems are due to 
falling levels of estrogen. Hot flashes at night can 
cause a chronic sleep deprivation, which can make a 
woman more irritable, moody, depressed, or forgetful. 


Irritability and mood swings 


At least three out of every five women report they 
have experienced anxiety, irritability, or nervousness 
during menopause, and nearly 58% say they have 
experienced mood swings or some depression. As hor- 
mones fluctuate, it is perfectly normal to feel tense and 
irritable and cry easily. Estrogen and progesterone 
affect chemicals in the brain that control a wide variety 
of emotions. 


Thinking and memory problems 


Some of the most disturbing symptoms of meno- 
pause are mental, including disorientation, concentra- 
tion problems, and memory loss. Researchers believe 
these mental acuity glitches may be linked to the drop- 
ping estrogen level. The brain, like the uterus and 
breasts, contains sites where estrogen hormones can 
affect cells. The more abruptly the estrogen levels 
drop, the more pronounced the symptoms. This sit- 
uation is why women recovering from surgery or che- 
motherapy may experience particular memory 
problems. In one study at Rockefeller University 
(New York), researchers found that lower estrogen 
levels in laboratory animals may reduce the number 
of connections between brain cells, leading to prob- 
lems of concentration and memory. Related studies 
found that lower estrogen levels may lead to a drop in 
the brain chemical serotonin, a neurotransmitter 
related to mood and depression. 


Vaginal dryness 


Vaginal dryness is a common complaint during 
menopause, which can be severe enough to make 
intercourse uncomfortable. As estrogen levels fall, 
the vaginal walls become drier and thinner; eventually, 
the vagina itself may become shorter and narrower. If 
untreated, the vagina can actually atrophy. This lack 
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of lubrication can make sex painful. In severe cases, 
the vaginal walls can actually tear and bleed. 


Breast changes 


The breasts may become more full or tender dur- 
ing menopause, since breast tissue is very sensitive to 
estrogen and progesterone, even in amounts produced 
during a normal cycle. Women undergoing hormone 
replacement therapy may also experience breast 
tenderness. 


Headaches 


Fluctuating levels of estrogen can cause head- 
aches, especially if the woman was prone to premen- 
strual migraines before menopause. In addition, 
women on hormone replacement therapy may experi- 
ence intense headaches in response to the initial boost 
in hormones. Women taking hormone replacement 
therapy can choose the patch instead of a pill to lessen 
the risk of headaches. 


Heart palpitations 


Heart palpitations are a fairly common symptom 
of menopause, caused by the brain’s response to 
changing hormone levels. However, palpitations also 
can be caused by other factors, including too much 
caffeine or nicotine, or a heart condition. 


Loss of sexual interest 


Declining levels of estrogen can have a direct 
effect on a woman’s sex drive; lower estrogen levels 
also can make the genitals less sensitive, and can make 
sex painful due to dry vaginal tissues. 


Urinary changes 


Many women report changes in urination begin- 
ning with menopause, becoming unable to hold in 
urine during moments of stress (sneezing, laughing, 
or running). Others feel as if they must go to the bath- 
room all the time, or that the urge to urinate is too 
strong. Losing control during times of stress (stress 
incontinence) is caused by loosening muscles around 
the bladder and urethra. As the vaginal wall weakens 
due to estrogen depletion, it can no longer support the 
bladder, which can drop out of place. Without the 
support of the vaginal wall and other muscles, even 
the tiniest pressure of a sneeze or a cough can lead toa 
small loss of urine. The urethra itself has estrogen 
receptors and without the hormone, it can atrophy in 
the same way as the vagina. 
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Facial Hair 


The beginning of menopause may trigger the 
appearance of darker hair on the face as the level of 
estrogen drops and male hormones are no longer bal- 
anced by estrogen. In this case, hair usually appears in 
a typically masculine pattern—on upper lip, chin, and 
cheeks. 


Depression 


Many women become mildly depressed during 
menopause, but experts no longer believe that depres- 
sion is directly caused by the onset of menopausal 
symptoms. In fact, studies have failed to find any 
link between depression and menopause; women 
who do become depressed during this time do not 
appear to have symptoms any different from younger 
depressed women. However, menopause can disturb 
healthy sleep patterns and cause other annoying symp- 
toms that can make a woman feel depressed, but there 
is a difference between symptom-related feelings of 
depression and emotional illness. 


Symptoms are tied to hormonal levels; however, 
as a woman first enters menopause, her hormones 
often fluctuate wildly from day to day. For example, 
if a woman’s estrogen levels are high and progesterone 
is low, she may have mood swings, irritability, and 
other symptoms similar to premenstrual syndrome 
(PMS). As hormone levels shift and estrogen level 
falls, hot flashes occur. Because of these fluctuations, 
a normal hormone level when the blood is tested may 
not necessarily mean the levels were normal the day 
before or will be normal the day after. 


If it has been at least three months since a wom- 
an’s last period, a test of the follicle-stimulating hor- 
mone (FSH), which rise steadily as a woman ages, 
might help determine whether menopause has 
occurred. Most doctors believe that the FSH test 
alone cannot be used as proof that a woman has 
entered early menopause, especially because FSH 
tends to fluctuate wildly during perimenopause. A 
better measure of menopause is a test that checks the 
levels of estrogen, progesterone, testosterone, and 
other hormones at mid-cycle, in addition to FSH. If 
the reading is between 10 and 12 international units 
per liter (IU/L), it is a sign of the beginning of ovarian 
failure. FSH above 40 IU/L is a sign that menopause is 
complete. 


Hormone replacement therapy 


As a woman enters perimenopause, her estrogen 
levels drop and annoying symptoms (such as hot 
flashes and vaginal dryness) begin. The goal of HRT, 
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at this time, is to replace estrogen that is lost at men- 
opause, easing symptoms like hot flashes and safe- 
guarding women against health risks linked to low 
hormone levels: heart disease and osteoporosis. But 
it is also true that HRT causes breakthrough bleeding 
and sore breasts, and it may trigger other diseases, 
such as breast cancer. 


When a woman reaches menopause, with her ute- 
rus intact and if hormone replacement is chosen, her 
doctor will prescribe hormone replacement with both 
estrogena and progesterone, which protects the uterus 
from the cancer-causing effects of estrogen alone. After 
the publication of findings from the WHI, physicians 
were encouraged to prescribe the lowest possible dose 
of hormone replacement therapy for women with sig- 
nificant symptonms for a duration as short as possible. 


Experts still disagree on whether HRT increases 
or decreases the risk of developing breast cancer. One 
Harvard University (Massachusetts) study concluded 
that short-term use of hormones carries little risk, 
while HRT used for more than five years among 
women 55 years of age and over seems to increase 
the risk of breast cancer. 


Some of the newest types of HRT are called selec- 
tive estrogen receptor modulators (SERMS) that seem 
to offer some protection against bone loss and breast 
cancer, as well as a favorable effect on lipids in the 
blood. Two of the best-known SERMS are raloxifene 
and its cousin, tamoxifen. SERMS block estrogens, 
and prevent cells from over-reproducing—a_ key 
source of cancer. They mimic the effects of estrogen 
in the bones and blood, but block some of its negative 
effects elsewhere. However, women taking SERMS 
report more hot flashes, and leg cramps, and it is not 
clear if SERMS will be as effective and versatile as 
estrogen replacement itself. Still, experts are hoping 
that the new generation of SERMS may offer many of 
the benefits of HRT with fewer risks or side effects. A 
seven-year study called STAR (Study of Tamoxifen 
and Raloxifene) is the first large direct comparison of 
both drugs’ ability to prevent breast cancer, and pre- 
liminary results are encouraging. 


Other recent forms of HRT include plant-based prep- 
arations that combine both estrogen and progestin in one 
pill; brand names include Activella® and femhrt®. Both 
the estrogen (estradiol) and the progestin (norethrindrone 
acetate) are plant-based, but only the estrogen is bio- 
identical to estrogen produced by the body. Approved in 
2000, lower doses of these preparations can be prescribed, 
resulting in fewer side effects for some women. Other 
women find that menopausal symptoms are not relieved 
by the lower doses of these preparations. 
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Alternative rreatments 


Many women find that yoga (the ancient medita- 
tion/exercise developed in India over 5,000 years ago) 
can ease menopausal symptoms. Studies have found 
that yoga can reduce stress, improve mood, boost a 
sluggish metabolism, and slow the heart rate. Specific 
yoga positions deal with particular problems, such as 
hot flashes, mood swings, vaginal and urinary prob- 
lems, and other pains. 


Exercise helps ease hot flashes by lowering the 
amount of circulating FSH and LH and by raising 
endorphin levels (which drop while a woman is hay- 
ing a hot flash). Even exercising as little as 20 minutes 
three times a week can significantly reduce hot 
flashes. 


Acupuncture is an ancient Asian art that involves 
placing very thin needles into different parts of the 
body to stimulate the system and unblock energy. It 
has also been used for many menopausal symptoms 
including insomnia, hot flashes, and irregular periods. 
Therapeutic massage involving acupressure can bring 
relief from a wide range of menopause symptoms by 
placing finger pressure at the same meridian points on 
the body that are used in acupuncture. Some women 
have been able to control hot flashes through biofeed- 
back, a painless technique that helps a person train the 
mind to control the body. 


Better studies needed 


Virtually millions of women must decide how best 
to approach the symptoms of menopause and life after 
menopause every year. However, relatively little 
research has been conducted concerning the long- 
term health consequences of estrogen or estrogen 
and progesterone therapy in women or about other 
ways to address menopausal symptoms. There has 
never been a large-scale, long term study of estrogen 
and progesterone supplements that included scientifi- 
cally selected individuals for control group and treat- 
ment groups. This means that the results of much 
current research is suspect. 


However, the U.S. government is currently con- 
ducting a study with nine years of follow-up that will 
examine the effect of hormone replacement therapy on 
the prevention of heart disease and osteoporosis. The 
study is expected to enroll 63,000 women ages 50 to 79 
years and will include scientifically selected control 
and treatment groups. 


Other research must also be conducted concerning 
alternative therapy for menopause and a variety of 
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KEY TERMS 


Endometrium—tThe blood-rich interior lining of 
the uterus. 


Estrogen—Female sex hormones, responsible for 
development of sex characteristics and for prepa- 
ration of environment for the early embryo. 


Osteoporosis—A disease that occurs primarily in 
women in which the mass of the bones is reduced, 
making it easier for fractures to occur. 


Progesterone—Hormone that plays a critical role 
in preparing the body for a developing embryo. 


issues linked to health risk and the duration of hor- 
mone therapy use. In 1994, the World Health 
Organization scientific group announced a series of 
recommendations for research concerning physical 
and psychological aspects of menopause. Such 
research studies are ongoing into the 2000s. 
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] Menstrual cycle 


The menstrual cycle technically refers to the cyclic 
changes that take place in the lining of the human 
uterus over the course of approximately 28 days in 
adult females. These cycle changes are associated with 
cyclic changes in the ovaries and in the brain and ovar- 
ian hormones. The term menstrual comes from the 
Latin word menses, meaning month. The purpose of 
the cyclic changes is to prepare the uterine lining, called 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the endometrium, to receive a fertilized egg (the zygote). 
In response to hormone levels, the endometrium thick- 
ens as a result of increases in the cells and blood vessels. 
If fertilized action does not occur, the uterine lining 
breaks down. The blood, mucus, and pieces of tissue 
of the thickened endometrial lining are sloughed off 
through the cervix of the uterus and out of the vagina, 
in a process called menstruation. 


The first phase of the menstrual cycle in the uterus 
is the proliferative phase, which is followed by the 
secretory phase, and then by menstruation. Cyclic 
changes in hormonal levels control and orchestrate 
the events of the menstrual cycle. 


Proliferative phase 


During the proliferative phase in the uterus, the 
wall of the endometrium begins to thicken. This phase 
of the uterus begins at the end of menstruation and 
lasts until ovulation, when the egg is ejected from the 
ovary. Follicle-stimulating hormone (FSH), secreted 
by the anterior pituitary gland in the brain, targets the 
ovaries and triggers the maturation process of up to 
25 follicles. Each month, only one egg is brought to 
maturity and is ejected from the Graafian follicle. 
About 24 hours before ovulation, the pituitary gland 
releases a surge of a second hormone, luteinizing hor- 
mone (LH), which stimulates the release of the egg out 
of the ovary and into the Fallopian tube. 


During the proliferative phase in the uterus, the 
hormone estrogen is released from the maturing 
Graafian follicles in the ovaries. Estrogen stimulates the 
proliferation of cells in the endometrium of the uterus. 
Estrogen also plays a role in regulating the release of FSH 
and LH from the pituitary gland. The increasing levels of 
estrogen in the bloodstream stimulate the secretion of 
FSH and LH from the anterior pituitary. The increased 
levels of FSH and LH in turn further increase estrogen 
secretion from the follicles in the ovaries. 


Secretory phase 


During the secretory phase of the uterus, the hor- 
mone progesterone is produced by the ovaries. 
Progesterone (as well as estrogen) is secreted by the 
corpus luteum, (which means yellow body), which 
develops from the Graafian follicle. Progesterone 
secreted by the corpus luteum stimulates the further 
build-up of the cells in the endometrium of the uterus. 
Progesterone also stimulates the glands in the uterus to 
secrete substances that maintain the endometrium and 
keep it from breaking down. For this reason, this phase 
of the menstrual cycle is called the secretory phase. 
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The menstrual cycle. (Hans & Cassidy. Courtesy of Gale Group.) 


The presence of estrogen and progesterone in the 
blood inhibit the production of FSH and LH from the 
pituitary, and the levels of FSH and LH begin to fall. 


If the egg that has been ovulated into the Fallopian 
tube is fertilized by spermatozoa, the developing zygote 
implants in the thickened endometrium of the uterus 
approximately seven days after ovulation. This stimulates 
the endometrium to secrete a human chorionic gonado- 
tropic hormone (HCG). HCG maintains the corpus 
luteum in the ovary, so that it continues to secrete 
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28 days 


progesterone. HCG is secreted throughout pregnancy 
and keeps blood progesterone levels high, so that the 
endometrium continues to thicken, eventually forming 
the placenta. Without a high level of progesterone, the 
endometrium begins to break down. In a pregnancy, the 
breakdown of the endometrium would result in a 
miscarriage. 


If fertilization does not occur, the corpus luteum 
shrinks and blood progesterone levels drop, at about 
day 22 in a 28 day cycle. Without progesterone, the 
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KEY TERMS 


Cervix—the front portion, or neck, of the uterus. 


Corpus luteum—tThe site on the ovary from where 
the ovum was released; the corpus luteum then 
releases hormones to prepare the endometrium for 
implantation of the fertilized ovum. 


Endometrium—The blood-rich interior lining of the 
uterus. 


Estrogen—A female reproductive hormone secreted 
by the follicles. 


Follicle—The structure in which eggs develop within 
the ovary. 


Follicle-stimulating hormone (FSH)—A hormone 
released by the pituitary gland that stimulates ovum 
production and maturation. 


Graafian follicles—Maturing ovarian follicles. 


Human chorionic gonadotropin—Hormone secreted 
by the embryo that maintains the corpus luteum. 


endometrium degenerates, and is expelled through the 
cervix and out through the vagina. 


Menstruation 


The expulsion of tissue and blood from the uterus 
lasts from three to eight days, with much variation 
among women. Some women experience painful 
cramps during menstruation, which are the result of 
uterine contractions that expel the endometrium. 
Hormones known as prostaglandins are produced by 
uterine cells during menstruation, and the excessive 
production of prostaglandins is associated with stron- 
ger uterine contractions and more intense cramps. 
Menstrual cramps can be treated by drugs that inhibit 
the production of prostaglandins in uterine cells. 
Aspirin, ibuprofin, and naproxin sodium are all effec- 
tive anti-prostaglandin drugs. It is important to take 
these medications at the onset of the menstrual flow, 
otherwise prostaglandin production can proceed for 
several hours unchecked, and the drugs will not be 
effective in reducing pain. 


Some women also experience premenstrual syn- 
drome (PMS), a condition occurring some time in the 
secretory phase prior to menstruation. Symptoms of 
PMS include mood changes, water retention and 
bloating, increase in appetite and cravings, cramps, 
breast pain, and headaches. Researchers are not sure 
what causes PMS, but the sharp drop in progesterone 
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Luteinizing hormone—Hormone that acts with LH 
to stimulate the maturation of follicles. 
Menarche—First menstrual period. 
Menopause—Cessation of the menstrual cycle. 


Menstruation—Sloughing off the lining of the uterus. 


Ovary—Female reproductive organ that contains 
the eggs. 


Ovulation—Process in which an egg is ejected from 
an ovarian follicle. 


Progesterone—Hormone secreted by the corpus 
luteum; maintains the endometrium. 


Prostaglandins—Complex fatty acids occurring in 
most human tissues. 


Uterus—Organ in female mammals in which embryo 
and fetus grow to maturity. 


Vagina—Passage from the uterus to outside the 
female body. 


that occurs at about day 22 may be involved in trigger- 
ing these physical and emotional symptoms. While no 
cure for PMS exists, experts recommend that women 
who experience PMS reduce their salt intake, engage 
in more exercise, and maintain a healthy diet during 
this time. The B vitamins may also be effective in 
reducing PMS symptoms. Some women have found 
relief in taking the medications prescribed for men- 
strual cramps, while lowering caffeine intake can be 
useful in reducing premenstrual breast pain. 


Girls begin menstruating at the onset of puberty, 
at about the age of 12 or 13 years, although the onset 
of menstruation may be earlier or later, depending on 
the amount of body fat. The first menstrual period is 
called the menarche; during the first few cycles, ovu- 
lation may be absent. 


Menopause is the cessation of the menstrual cycle, 
when ovulation and menstruation cease. The cessation of 
menstruation is gradual and is preceded by menstrual 
cycles in which ovulation does not occur. The menstrual 
cycle becomes irregular before finally stopping com- 
pletely. The onset of menopause is individually variable, 
occurring between the ages of 45 to the late fifties. 
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| Mercurous chloride 


Mercurous chloride (mercury [I] chloride), HgxCh, is 
a white powder that is nearly insoluble in water. It is also 
called calomel. Mercurous chloride reacts with ammonia 
to produce a black solid, and this reaction has been widely 
used in the identification of dissolved mercury ions in 
water sources. Mercurous chloride finds uses as a purga- 
tive (laxative) and in the preparation of insecticides and 
medicines. It has also been used to treat infections of 
intestinal worms and as a fungicide (a substance used to 
kill fungi and prevent fungal growth) in agriculture. 


Mercurous chloride has been used most often as a 
treatment for intestinal worms. In the past, large doses 
were often used to stimulate the intestines and remove 
blockages, although it is rarely used in medicine today 
due to the toxicity of mercury. When it is used as a 
laxative, if the treatment fails to work, large doses of 
other laxatives and water must be used to insure that 
no mercury is allowed to accumulate in the body. 
Mercury toxicity often results in severe neurological 
damage (vapors of mercury are far more dangerous 
than solid mercury compounds, although all mercury 
compounds are considered highly poisonous). 
Because of the extremely low solubility of mercurous 
chloride in water, very little is usually absorbed by the 
body, making it safer than most people would expect. 


In laboratories, calomel electrodes are commonly 
found in pH meters and this is how mercurous chloride 
is widely used today. 


See also Mercury (element). 


I Mercury (element) 


Mercury is a metallic chemical element identified 
by the symbol Hg. It is silvery in appearance and, 
unlike all other metals, is liquid at room temperature. 
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The ancient name for mercury was quicksilver, mean- 
ing living silver. This name reflected mercury’s unusu- 
ally lively behavior: when it is poured onto a smooth 
surface, it forms beads that roll rapidly around at a 
touch. The element’s modern name comes from 
Mercury (or Mercurius), the fleet-footed messenger 
of the gods in Roman mythology. 


Many ancient civilizations were familiar with this 
element. As long ago as Roman times, people had 
learned to extract mercury from ore and used it to 
purify gold and silver. Ore containing gold or silver 
would be crushed and treated with mercury, which 
rejects impurities, to form a mercury alloy, called an 
amalgam. When the amalgam is heated, the mercury 
vaporizes, leaving pure gold or silver. 


Mercury’s overall presence in Earth’s crust is 
relatively low compared to other elements. 
However, mercury is not considered rare because it 
is found in large, highly concentrated deposits. 
Nearly all mercury exists in the form of a red ore 
called cinnabar, which consists primarily of mercury 
and sulfur. Sometimes shiny globules of mercury 
appear among outcrops of cinnabar, which is prob- 
ably why mercury was discovered so long ago. The 
metal is relatively easy to extract from the ore by 
applying heat and a filtration process. First the ore 
is heated in an oxygen furnace. The mercury is 
released as fumes and those fumes condense into 
soot on a water-cooled metal condenser. The mercury 
is then removed from the soot by a filter system and 
purified in a vacuum. Much of the world’s mercury 
has traditionally been mined in Spain and Italy, 
though several other countries also produce commer- 
cial quantities. 


Properties of mercury 


Mercury’s atomic number is 80 and its atomic 
weight is 200.59. It has a boiling point of 674°F 
(356.7°C) and a melting point of —38°F (—38.89°C). 
Mercury is stable (it does not react) in air and water, as 
well as in acids and alkalis. The surface tension of 
mercury is six times higher than that of water. 
Because of this, even when mercury is in liquid form, 
it does not wet the surfaces it contacts. 


Like some other metals, mercury exhibits unusual 
behavior at extremely low temperatures. In 1911, 
Dutch physicist Heike Kamerlingh Onnes discovered 
the phenomenon of superconductivity by freezing 
mercury to only a few degrees above absolute zero. 
At that temperature, mercury loses all of its natural 
resistance to the flow of electricity and becomes 
superconductive. 
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Mercury is uniquely suited for measuring temper- 
atures. When heated or cooled, mercury expands or 
contracts at a rate that is more constant than most 
other substances. Also, it has a wide range of temper- 
atures between its boiling and freezing points. In 1714, 
German-Dutch physicist Gabriel Daniel Fahrenheit 
developed the mercury thermometer. (Previous fluid 
thermometers had used alcohol or alcohol-water mix- 
tures.) With mercury as the measuring fluid, temper- 
atures could be recorded well above water’s boiling 
point and below its freezing point. Using mercury also 
allowed the degrees to be marked more accurately in 
finer subdivisions. 


Toxicity 


Mercury and all of its compounds are extremely 
poisonous, and mercury is one of the few substances 
known to have no natural function in the human body. 
Classified as a heavy metal, mercury 1s difficult for the 
body to eliminate. This means that even small amounts 
can act as a cumulative poison, collecting over a long 
period of time until they reach dangerous levels. 
Humans can absorb mercury through any mucous 
membrane and through the skin. Its vapor can be 
inhaled, and mercury can be ingested in foods such as 
fish, eggs, meat, and grain. In the body, mercury pri- 
marily affects the nervous system, liver, and kidneys. 
Mercury poisoning symptoms include tremors, tunnel 
vision, loss of balance, slurred speech, and unpredict- 
able emotions. The phrase “mad as a hatter” owes its 
origin to symptoms of mercury poisoning that afflicted 
hatmakers in the 1800s, when a mercury compound was 
used to prepare beaver fur and felt materials. 


The toxic qualities of mercury have been known 
for hundreds of years. In the seventeenth century, 
Swiss toxicologist Johann-Jakob Wepfer studied the 
characteristics of mercury poisoning. In the early 
1920s, German chemist Alfred stock discovered that 
he had been suffering from undiagnosed mercury poi- 
soning for most of his adult life. His case was probably 
caused by years of exposure to mercury vapors in 
poorly ventilated laboratories. Stock analyzed the 
pathology of mercury poisoning and devised techni- 
ques for detecting very small amounts of mercury. 
Often using himself as an experimental subject, Stock 
traced mercury’s path through the body and its accu- 
mulation in various organs. He published numerous 
articles warning of mercury’s dangers and suggesting 
safety precautions. 


Until recently, scientists thought that inorganic 
mercury was relatively harmless, so industrial wastes 
containing it were routinely discharged into large 
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bodies of water. Then in the 1950s, more than 100 
people in Japan were poisoned by fish containing 
mercury; 43 people died, dozens more were horribly 
crippled, and babies born after the outbreak devel- 
oped irreversible damage. It was found that inorganic 
mercury in industrial wastes had been converted to a 
much more harmful organic form—methyl mercury. 
As this substance works its way up the food chain, its 
quantities accumulate to dangerous levels in larger 
fish. Today, the dumping of mercury-containing 
wastes has been largely banned, and many of its indus- 
trial uses have been halted. However, mercury is still 
used in electrical switches and relays, fluorescent 
lamps, flat-screen computer screens and televisions, 
and electrolytic cells for manufacturing chlorine. 
Tiny amounts are also present in dental fillings. 


l Mercury (planet) 


Mercury is the closest planet to the sun. It is a 
small world only slightly larger than Earth’s moon. 
Next to the dwarf planet Pluto, Mercury is one of the 
least explored planets within the solar system. Visited 
only once in all the years of solar system exploration 
(three brief fly-bys of Mariner 10 during 1974-1975), 
only about 45% of Mercury’s surface has been imaged 
from nearby. All that may change rather soon after 
NASA’s Messenger and Japan and the European 
Space Agency’s Beppi Columbo missions launched, 
in 2004, and launch, in 2013, respectively. 


Basic properties 


Mercury orbits the sun at a mean distance of 0.387 
astronomical units (AU), where 1 AU is the mean 
distance from Earth to the sun, or about 92,956,000 
mi (149,600,000 km). The high eccentricity of the 
planet’s orbit (e = 0.206), however, dictates that it 
can be as far as 0.467 AU away from the sun, and as 
close as 0.307 AU. The high eccentricity attributed to 
Mercury’s orbit is the second largest in the solar sys- 
tem, only the dwarf planet Pluto has a more eccentric 
orbit. (Eccentricity in astronomy indicates that an 
orbit is not absolutely circular. The value of e = 1 
indicates an orbit is shaped as a parabola. An ellipse is 
less than one, and a circle has zero eccentricity.) 


Constrained as it is in an orbit close to the sun, 
Mercury is not an easy planet for naked-eye observers 
to locate. The greatest separation between the planet 
and the sun, as seen from Earth, is 28° and consequently 
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Mercury (planet) 


Mercury at greatest 


eastern elongation  _- 


Mercury at greatest 
western elongation 


- 


Mercury's 
orbit 


Figure 1. As seen from Earth, the angle between the Sun and Mercury, when Mercury is at greatest eastern or greatest western 
elongation, can be as large as 28° if Mercury is near aphelion, and as small as 18° if Mercury is near perihelion. (Hans & Cassidy. 


Courtesy of Gale Group.) 


the planet is never visible against a truly dark sky. Even 
atits greatest angular separation from the sun, Mercury 
will either set within two hours of sunset, or rise no 
earlier than two hours before the sun. Nonetheless, 
Mercury has been known since the most ancient of 
times, with observations of the planet being reported 
as far back as several centuries BC Greek philosopher 
Plato (c. 427-c. 347 BC) refers to the distinctive yellow 
color of Mercury in Book X of his Republic. 


The sidereal period, or the time it takes Mercury 
to orbit the sun, is 87.969 days. The planet’s synodic 
period, which is the time required for Mercury to 
return to the same relative position with respect to 
the sun and Earth, is 116 days. As seen from Earth, 
Mercury undergoes a change of phase as it moves 
around the sun. These phase changes were first 
observed in the early seventeenth century by Polish 
astronomer Johannes Hewelcke (1611—1687), who is 
perhaps better known today through his latinized 
name, Hevelius. Zero phase occurs when Earth, the 
sun, and Mercury are directly in line, with Mercury on 
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the opposite side of the sun to Earth. At this phase, 
Mercury is said to be at superior conjunction. Half 
phase occurs when Earth, the sun, and Mercury are 
once again in a line, but this time with Mercury being 
on the same side of the sun as Earth is. Mercury is said 
to be at inferior conjunction when it exhibits a half 
phase. While moving from inferior to superior con- 
junction Mercury passes through a quarter phase, 
during which the disk of the planet is half illuminated 
as seen from Earth. Mercury also passes through its 
greatest western elongation when moving from infe- 
rior to superior conjunction. Likewise, in moving from 
superior to inferior conjunction Mercury passes 
through greatest eastern elongation, and exhibits a 
second quarter phase, or half-disk illumination. 


Because Mercury’s orbit is quite elongated, so 
that its distance from the sun varies significantly, the 
maximum angular separation between Mercury and 
the sun, as seen from Earth, can vary from a minimum 
of 18° to a maximum of 28° (Figure 1). The largest 
angular separation of 28° occurs when Mercury is at 
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Rocky Mantle (600 km) 


Iron core (40% of volume) 


Rocky Mantle (2,900 km) 


lron core (17% of volume) 


Figure 2. A comparison of the internal structures of Mercury and Earth. (Hans & Cassidy. Courtesy of Gale Group.) 


either greatest western, or greatest eastern elongation 
and near its aphelion (its greatest distance from the 
sun). Irrespective of whether the planet is at aphelion 
or not, the best time to view Mercury in the evening is 
when the planet is near greatest eastern elongation. 
Because the synodic period of Mercury is about 
116 days, the planet will be favorably placed for eve- 
ning viewing three times each year. Similar conditions 
apply for viewing Mercury before sunrise. 


The inclination of Mercury’s orbit to that of the 
ecliptic plane (the plane of Earth’s orbit about the sun) 
is 7.0°. This slight orbital tilt dictates that when 
Mercury is at inferior conjunction it is only rarely 
silhouetted against the sun’s disk as seen from Earth. 
On those rare occasions when Earth, Mercury, and the 
sun are in perfect alignment, however, a solar transit 
of Mercury can take place, and a terrestrial observer 
will see Mercury move in front of, and across the sun’s 
disk. A transit of Mercury can only occur when the 
planet is at inferior conjunction during the months of 
May and November. During these months, Earth is 
near the line along which the orbit of Mercury inter- 
sects the ecliptic plane—this is the line of nodes for 
Mercury’s orbit. Approximately a dozen solar transits 
of Mercury occur each century, and the final transit of 
the twentieth century occurred on 15 November 1999. 
The first solar transit of Mercury occurred in 2003, 
and the next one occured November 8, 2006. 
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Mercury’s rotation rate 


When, in the mid-1880s, Italian astronomer 
Giovanni Schiaparelli (1835-1910) attempted to con- 
struct a map of Mercurian features, he found that the 
shape and relative position of the fuzzy surface fea- 
tures that his telescope could reveal did not change 
greatly with time. Schiaparelli subsequently reasoned 
that his observations could be best explained if 
Mercury kept the same face pointed toward the sun 
at all times. 


If a planet or a satellite spins on its axis at exactly 
the same rate that it moves around in its orbit, then it is 
said to be in synchronous rotation. Earth’s moon, for 
example, is in synchronous rotation about Earth, and 
consequently is always seen with the same lunar fea- 
tures. Synchronous rotation arises through gravita- 
tional interactions, and mathematicians have been 
able to show that once the spin of an object has been 
synchronized it remains so in a stable fashion. An 
alternative way of saying that an object spins in a 
synchronous manner is to say that is satisfies a 1-to-1 
spin-orbit coupling. 


Astronomers believed that Mercury was in a 1-to-1 
spin-orbit coupling with the sun until the mid-1960s. 
The first hint that Mercury might not be in synchro- 
nous rotation about the sun was revealed through 


2699 


(yauejd) Aunsuaw 


Mercury (planet) 


This expanse of the surface of Mercury is about 217 miles (350 km) across. These inter-crater plains, located near the south pole, 
are traversed by numerous ridges and scarps. The crustal fracturing on Mercury is as large in scale as that on Earth. 
(U.S. National Aeronautics and Space Administration [NASA].) 


Earth-based radar measurements. By analyzing the 
Doppler shift in the returned radar signals, astrono- 
mers were able to show that Mercury did not rotate 
fast enough to be in a I-to-1 spin-orbit coupling with 
the sun. Rather they found that Mercury’s rotation 
rate is 58.646 days. Since Mercury orbits the sun once 
every 87.969 days, the radar measurements indicated 
that the planet is in a 3-to-2 spin-orbit coupling with 
the sun. That is, Mercury spins three times about its 
axis for every two orbits that it completes about the 
sun. The Mercurian day, that is the time from sunrise 
to sunset is therefore 88 terrestrial days long. From 
Earth its greatest angular diameter is just 4/1000th ofa 
degree. This angular size translates to a physical diameter 
of 3,030 mi (4,879 km), making Mercury about 1/3 the 
size of Earth, or about 1.5 times larger than the moon. 


Mercury is a small planet that is quite hot (approx- 
imately 800°F [427°C] during a Mercurian day) when 
the sun shines on its surface. It has a very thin atmos- 
phere of oxygen, potassium, and sodium vapors. The 
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surface pressure of atmosphere is too low to have wind. 
Without wind, running water, and flowing ice, the range 
of surface processes is limited to physical weathering 
effects of heating and cooling and meteoritic impact. 


Mariner 10 is the only spacecraft to have photo- 
graphed the surface of Mercury. Completing a total of 
three close encounters with the planet, in March and 
September 1974, and March 1975, the space probe was 
able to record details over about 45% of Mercury’s 
crater strewn surface. The remaining half of Mercury’s 
surface has never been photographed. 


Mercury’s surface is very similar to that of the 
moon. There are, however, some important differences 
in features. Mercury has, for example, relatively fewer 
craters larger than 15.5 to 31 mi (25 to 50 km) in 
diameter. There are no extensive highland regions on 
Mercury, and the surface is subdivided simply into cra- 
tered terrain and intercrater plains based upon differ- 
ences in crater density and size. Resurfaced regions on 
Mercury are rare (15% of the surface), and are referred 
to as smooth plains. Unlike the moon, Mercury exhibits 
many scalloped cliffs, or lobate scarps that can run for 
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Bright rayed craters and large craters, called basins, are prominent in this view of Mercury. Because, unlike Earth and Mars, 
Mercury has no atmosphere, its landscape is not continuously shaped by erosion and deposition. Although the exterior of 
Mercury resembles that of the Moon, the interior of the planet is probably more similar to that of Earth. (U.S. National Aeronautics 
and Space Administration [NASA].) 


several hundred kilometers and be as much as 0.6 mi 
(1 km) high. Only one lunar-like mare, the Caloris Basin, 
has been discovered on Mercury, however, many large 
multi-ring crater basins (124 to 373 mi [200 to 600 km] in 
diameter) are filled with flood basalts like the lunar mare. 
Sporting a relatively flat but wrinkled floor, and being 
surrounded by a ring of 1.24 mi (2 km) high mountains, 
the Caloris Basin, with a diameter of about 807.5 mi 
(1,300 km), is the largest Mercurian feature. 


The prominent scarp features recorded on 
Mercury by Mariner 10 are unique to the planet. The 
scarps are interesting from a geological standpoint, 
because they run cross other surface markings, such 
as craters. This suggests that the scarps were formed 
through the shrinkage of the planet’s outer mantle or 
some other stresses perhaps due to change in planet 
shape upon attainment of its current 2:3 spin orbit 
couple with the sun. The rises of the observed scarp 
features suggests that since Mercury formed it has 
shrunk by about 2 mi (3 km) in radius. 


The geological history of Mercury starts with 
accretion and differentiation about 4.6 billion years 
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ago. Now long after the planet’s mass came together 
there was a global melting episode for the crust and 
mantle and planetary differentiation so that an iron 
core formed and a mantle and crust developed. 
Mercury, as the other planets, went through the heavy 
bombardment period in which much of the impact 
structure of the old cratered terrains of Mercury were 
formed. The Caloris Basin impact was a punctuation 
mark in Mercury’s history. The impact dispersed a huge 
amount of ejecta over large areas of the planet and the 
passage of shock waves directly through Mercury 
caused an antipodal (opposite side) effect of crustal 
shattering and disruption. Since Caloris, flood basalts 
filled the large impact basins, including Caloris, and the 
global system of scarp features formed due to planetary 
contraction. Light impact cratering followed the scarp 
formation event and continued for the last three billion 
years of Mercury’s history. 


The International Astronomical Union ([AU) has 
established a guide to the naming of planetary features, 
and for Mercury the convention is that craters are named 
after artists, musicians, painters, and authors; plains are 
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given names corresponding to Mercury in various lan- 
guages; scarps are named after famous ships of scientific 
discovery, and valleys are named after radio telescopes. 


Polar ice 


Perhaps one of the most unexpected Mercurian 
features to be discovered in recent times was that of 
water—ice at the planet’s poles. The discovery of water 
ice on Mercury was made in 1991 by bouncing powerful 
radar signals off the planet’s surface. The discovery of 
water ice on Mercury was surprising, since it was 
believed that the high daytime temperatures caused by 
the proximity of the planet to the sun would lead to the 
rapidly evaporation of any ices that might chance to form. 


The polar regions of Mercury can be seen from 
Earth with powerful radars, because of the relatively 
large inclination (7°) that the planet’s orbit presents to the 
ecliptic. These same polar regions, however, are never 
fully illuminated by the sun, and it appears that water 
ice has managed to collect in the permanently-shadowed 
regions of many polar crater rims. It is not clear where 
the ice seen at Mercury’s poles comes from, but it has 
been suggested that comet crashes may be one source. 


Internal structure 


Mercury has no natural satellites and conse- 
quently it is not an easy task to determine the planet’s 
mass. By carefully recording the acceleration of the 
Mariner 10 space probe during its close encounters 
with planet, however, NASA scientists were able to 
determine a Mercurian mass equivalent to 1/6,023,600 
that of the sun. This mass, of about 3.3 x 107° kg, is 
some 6% that of Earth’s mass. 


Some idea of Mercury’s internal structure can be 
gained from the knowledge of its mass and radius. 
These two terms indicate that Mercury has a bulk 
density of 5,430 g/cm*. This density is only slightly 
smaller than that of Earth, suggesting by analogy 
that Mercury has a large nickel-iron alloy core, and a 
thin rocky mantle. The nickel-iron core probably 
accounts for about 40% Mercury’s volume (Figure 2). 


Mercury’s relatively large nickel-iron core and 
thin crustal mantle suggests that the planet may have 
undergone a catastrophic collision during its final 
stages of formation. A glancing blow from a large 
planetesimal may have caused most of the planet’s 
initial mantle to be ejected into space, leaving behind 
a planet with a relatively large core. 


Instruments carried on-board Mariner 10 detected 
a weak Mercurian magnetic field. The magnetic field 
strength is about 1% that of Earth’s. Even though 
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Mercury’s magnetic field is very weak, it was a surprise 
to scientists that it displayed one at all. It is presently 
believed that planetary magnetic fields are created by 
the so-called dynamo effect. It is thought that the 
dynamo effect should operate in those planets that 
have hot, electrically conducting, liquid inner cores, 
and that rotate reasonably quickly. Mercury is not 
thought to satisfy any of the conditions necessary for 
a planetary dynamo to operate, and consequently the 
observed magnetic field suggests that the standard 
picture of Mercury’s internal structure needs revising, 
or that another, presently unknown, mechanism exists 
through which planets can generate magnetic fields. 


Mercury’s weak magnetic field is strong enough to 
force charged particles in the solar wind to flow around 
the planet. The cavity that consequently exists about 
the planet is called a magnetosphere, and its existence 
prevents solar wind material (mainly protons and elec- 
trons) impacting directly on the planet’s surface. 


Mercury’s atmosphere 


The mid-day surface temperature on Mercury rises 
to about 700 K (803° F; [428° C]), while the mid-nighttime 
temperature falls to 100 K (—279.4°F; [—173°C]). This 
temperature variation, the largest experienced by any 
planet in the solar system, is due to the fact that 
Mercury has essentially no insulating atmosphere. 


The main reason that Mercury does not have a 
distinctive atmosphere is that it is small and because it 
is close to the sun. Mercury’s small radius indicates that 
it has a low escape velocity, just 2.5 mi (4.2 km)/sec. 
Mariner 10 did detect a very thin atmosphere of hydro- 
gen and helium on Mercury. It is believed, however, that 
Mercury’s wispy atmosphere is composed of atoms that 
have been temporarily captured from the solar wind. 
Ground-based observations have found that a sodium 
and potassium atmosphere exists on the daylight side of 
Mercury. These atoms are probably released through the 
interaction of ultraviolet radiation with surface rocks. 


NASA spacecraft MESSENGER (MErcury Surface, 
Space ENvironment, GEochemistry, and Ranging) was 
launched on August 4, 2004, for its trip to Mercury. 
When it arrives at the planet it will make three close 
approaches to Mercury in 2008 and 2009. After these 
approaches, the spacecraft will enter the orbit around 
Mercury in the early part of 2011. The mission of 
MESSENGER will be to learn more about Mercury’s 
geological history, magnetic field, atmosphere, core 
structure, and poles (specifically, whether any ice is 
contained on the areas). MESSENGER contains spec- 
trometers (to determine element composition) and 
magnetometers (to measure charged particles). 
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KEY TERMS 


Astronomical unit—The average distance between 
the sun and Earth. One astronomical unit, symbol AU, 
is equivalent to 92.9 million mi (149.6 million km). 


Doppler effect—The apparent change in the wave- 
length of a signal due to the relative motion 
between the source and observer. 


Dynamo effect—A model for the generation of 
planetary magnetic fields: The circulation of hot, 
conducting fluids within a planet’s liquid core 
leads to the generation of a magnetic field. 


Escape velocity—The speed that an object must 
have in order to escape the gravitational pull of 
another body. 


Lobate scarp—A long, near vertical wall of rock 
running across a flat plain. 


Mantle—The outer layers of a planets interior core, 
usually composed of silicate rock. 


Planetesimals—Asteroid-sized bodies that accu- 
mulated to form protoplanets. 


Solar wind—A stream of charged and neutral par- 
ticles that emanates from the sun and moves into 
the solar system. 


Synchronous rotation—Any object that spins on its 
axis at the same rate that it moves along in its orbit is 
said to be in synchronous rotation. Also called to 
]-to-1 spin-orbit coupling. 


Japan and the European Space Agency (ESA) are 
planning a mission to Mercury called BepiColombo. 
The spacecraft was named after Italian scientist and 
mathematician Giuseppe (Bepi) Columo (1920-1984), 
who determined Mercury’s orbital resonance with the 
sun. With a lift-off from Earth in 2013, Japanese/ESA 
scientists hope to orbit the planet in 2019 with two 
probes onboard for the express purpose of mapping 
the planet and to study its magnetosphere. 


See also Doppler effect. 
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Mesons see Subatomic particles 


l Mesoscopic systems 


The prefix “meso-” means “in between” or “inter- 
mediate.” Mesoscopic systems are those that are larger 
than atoms and yet very much smaller than the large- 
scale everyday objects that we can see and touch. They 
are 1,000 to 100,000 times smaller than the diameter of a 
human hair and they range in size from several hundred 
nanometers or billionths of a meter. That is why mate- 
rials composed of mesoscopic parts are also known as 
nanostructures and the technology based on these sys- 
tems is referred to as nanotechnology. Since one nano- 
meter is less than the width of ten atoms in a row, 
mesoscopic systems are made up of fewer than a thou- 
sand atoms. Mesoscopic or nanoscale systems behave 
very differently from large-scale objects and they often 
have unusual physical and chemical properties. This 
makes them extremely interesting to scientists and engi- 
neers who hope that, by manipulating systems on the 
nanoscale, they can make computers, sensors and other 
devices that have exactly the properties they want. 


There are many examples of mesoscopic systems in 
nature. The molecules in our bodies that break down the 
foods in our stomachs and intestines, and the molecules 
that carry oxygen from the lungs to other parts of the 
body, are nothing but nanoscale machines. Artificial 
nanostructures, however, have been studied and fabri- 
cated only in the last few decades. Multilayered nano- 
structures, made up of thin mesoscopic layers of 
different materials, have been investigated since the 
1970s and have been used in devices such as high- 
efficiency lasers and light-emitting diodes (LEDs). 
More recently, researchers have begun studying and 
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synthesizing atom clusters which are balls and tubes 
made up of ten to a thousand atoms. These clusters 
are sometimes put together to create new materials 
with novel properties. The properties depend on the 
size of the cluster. Copper, assembled from nanoscale 
clusters 5-7 nanometers in diameter, is five times harder 
than ordinary copper. Brittle ceramics become ductile 
when they are synthesized from clusters with sizes less 
than fifteen nanometers. Cadmium selenide clusters of 
different sizes appear to have different colors. 


Mesoscopic systems, particularly multilayered 
materials, are created and studied by a variety of well 
established methods. One way of producing thin layers 
is to deposit atoms from a chemical vapor or a beam of 
molecules onto a base of some other material in an 
airless evacuated chamber. This is somewhat like 
spraying a thin layer of paint on a wall. Clusters of 
atoms are produced by chemical methods. An impor- 
tant tool in making and studying mesoscopic systems 
is the scanning tunnelingmicroscope or STM. The 
STM creates an image of a surface at the atomic level 
by measuring the current which flows as the needle of 
the STM touches each atom. The STM can actually 
pick up individual atoms and move them around. In 
1990, a group of researchers created a stir by writing 
“IBM” with 35 precisely placed xenon atoms on the 
surface of a nickel crystal. 


The study of mesoscopic systems provides scien- 
tists with a picture of how the behavior of a material 
changes as it grows from a few atoms to large visible 
and tangible objects. This information will be useful in 
fabricating minuscule machines when nanotechnology 
finally becomes a reality in the coming decades. The 
first steps are already being taken. Researchers have 
used the STM to create a “switch,” that could be used 
in computers, with a single atom which moves back 
and forth rapidly between two positions. Biologists 
are trying to manipulate large organic molecules such 
as proteins which could be used in the future for tasks 
such as the repair of damaged organs. Including 
wide-ranging applications in the computer industry, 
the possibilities of nanotechnology seem endless. 
Independent researcher Eric Drexler predicts that 
sometime in the future we may have minute machines 
that will repair clogged arteries, libraries that will fit 
into our pockets, and clothing that will change shape, 
color, and texture according to need. 
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| Mesozoa 


The phylum Mesozoa comprises a small group of 
parasitic animals that are related to flatworms—a 
widely dispersed group of free-living and parasitic 
organisms. Some 50 species have been identified in this 
phylum to date, all of which are exclusively marine in 
their lifestyle. Relatively few detailed studies have been 
conducted on the behavior and life cycles of these spe- 
cies and their taxonomic affiliations are also uncertain. 


Mesozoans are all small organisms that have a very 
simple structure: the body wall consists of a thin outer 
membrane that is dotted with large numbers of small 
cilia. When they beat, they provide a means of locomo- 
tion through the host animal’s body fluids. The vast bulk 
of the mesozoan body consists of egg and sperm cells. 
There are no specialized feeding organs, and nutrients 
and waste products pass directly across the cell wall. 


Mesozoans are parasites of a wide range of marine 
invertebrates, including flatworms, roundworms, mol- 
lusks, and echinoderms. Two main groupings have 
been recognized: the order Orthonectida, which are 
free-living within their hosts, and the Dicyemida, 
which have specialized cells on the body wall that 
serve to attach them to the walls of the kidneys in 
species such as octopus and squid. 


In most species, fertilized eggs are released inside 
the host organism and may either remain in the host 
system or pass out of the body with waste materials. 
The precise mechanisms of host detection and deter- 
mination are not known. As free-swimming larvae, 
some juvenile mesozoans may enter other species 
such as fish or crustaceans prior to being ingested by 
their final hosts. 
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Metabolic disorders are diseases caused by errors 
in metabolism. The term “metabolism” refers to the 
sum of the chemical reactions in the body. Metabolic 
problems can be traced to numerous metabolic path- 
ways found in cells throughout the body. 


Metabolic reactions are categorized into two 
types, anabolic and catabolic. Anabolic reactions con- 
struct complex molecules from simple molecules, usu- 
ally while using up energy that becomes stored in 
chemical bonds. Catabolic reactions break down com- 
plex molecules into multiple simple molecules, usually 
while releasing energy. 


Most metabolic pathways have several chemical 
steps, each catalyzed by a specific enzyme. Enzymes 
facilitate a chemical reaction by lowering the amount 
of energy required to initiate the reaction. Enzymes are 
so important to normal metabolic functions that the 
absence of an enzyme can prolong a reaction or prevent 
it from occurring. The molecules converted by an 
enzyme are called substrates. When an enzymatic step 
in a metabolic pathway causes the buildup of these sub- 
strates, then the accumulated molecules can be toxic and 
lead to a metabolic disorder. Some metabolic disorders 
are barely detectable, whereas others are life-threatening. 


Most metabolic disorders are caused by genetic 
mutations present as inborn errors of metabolism. But 
some metabolic disorders are caused by dysfunctions 
of the endocrine system. 


Inborn metabolic disorders 


Although most metabolic disorders are also 
genetic disorders, not all genetic disorders are meta- 
bolic. About 1 in 1,000 babies is born with a geneti- 
cally based inborn error of metabolism (IEM). There 
are about 200 known IEMs that range in their severity 
of mental and physical symptoms. Most symptoms are 
apparent at or soon after birth. The more severe IEMs 
may cause failure to thrive or develop properly, abnor- 
mally small or large body parts, bone deformities, or 
general lethargy. Most hereditary metabolic disorders 
are inherited in a recessive fashion—meaning that a 
copy of the defective gene was inherited from both 
parents. For this reason, individual IEMs tend to be 
rare, most occurring at a frequency of about | in every 
10,000 births. Some of the best understood IEMs 
include alkaptonuria, phenylketonuria (PKU), thalas- 
semias, porphyrias, Tay-Sachs disease, Hurler’s syn- 
drome, Gaucher’s disease, abetalipoproteinemia, and 
galactosemia. 
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Alkaptonuria was the first condition known to be 
caused by a metabolic enzyme deficiency. In 1902, Sir 
Archibald Garrod studied newborns whose urine turned 
black shortly after urination. The black color was due to 
oxidation in the urine of homogenistic acid, which accu- 
mulates because of a deficiency of the enzyme homoge- 
ntisate dioxygenase. Fortunately, the urine discoloration 
is not detrimental to people with this IEM; however, 
alkaptonurics do tend to develop arthritis later in life. 


PKU is a serious IEM caused by a liver enzyme 
deficiency. In PKU, phenylalanine hydroxylase, the 
enzyme that converts phenylalanine to tyrosine, is defec- 
tive. Several different mutations are responsible for 
altering or reducing the activity of the phenylalanine 
hydroxylase gene. Because PKU patients cannot make 
the pigment melanin, 90% of PKU patients are blond- 
haired with blue eyes. Other clinical features include 
seizures, a mousy body odor, and eczema. Left untreated, 
accumulated phenylalanine can cause severe mental retar- 
dation. If detected early enough, however, PKU can be 
controlled by restricting the intake of foods rich in phenyl- 
alanine, such as meat and milk. For this reason, newborns 
are routinely screened for this disorder. The benefits 
of early detection of PKU to prevent mental retardation 
are enormous in terms of both health and cost. 


Thalassemias are a group of metabolic disorders 
that affect hemoglobin synthesis. They can be caused 
by mutations in several locations in either the alpha or 
beta hemoglobin genes. The most severe thalassemia, 
Cooley’s anemia, is a recessively transmitted disorder 
caused by the mutant beta hemoglobin gene. These 
children appear normal at birth, but symptoms of 
vomiting, paling complexion, poor sleeping, and ano- 
rexia appear from 3-18 months of age. Death usually 
occurs before age eight. Children who inherit a 
mutated alpha hemoglobin gene from both parents 
are either stillborn or die shortly after birth. 


Porphyrias are characterized by the dysfunctional 
metabolism of various pigments in several tissues, par- 
ticularly the liver and bone marrow cells. Afflicted 
individuals are highly sensitive to light and are usually 
quite mentally disturbed. Avoiding sunlight can reduce 
the symptoms. Unlike most other IEMs, porphyrias are 
dominantly inherited traits. King George III of 
England suffered from porphyria although, at the 
time, he was diagnosed as having manic depression by 
some and madness by others. This disorder has been well 
documented in the descendants of Mary Queen of Scots. 
Because of its link to the royal houses of Stuart, Hanover, 
and Prussia, it has been called the “Royal Malady.” 


Other IEMs include Tay-Sachs disease, Hurler’s 
syndrome, and Gaucher’s disease. Tay-Sachs is a dis- 
ease that occurs in one out of about 3,600 pregnancies 


2705 


SJapsOsip d1jOqeyaw 


Metabolic disorders 


in Jews of Eastern European descent. Although the 
disease is usually not detectable until about six months 
after birth, it is usually apparent by one year of age. 
Tay-Sachs is triggered by abnormal brainchemistry due 
to a deficiency of hexosaminidase A, which is required 
for the catabolism of a class of fats, the sphingolipids. 
These lipids accumulate in the brain and cause severe 
problems including blindness, deafness, apathy, and 
death usually before age of five years. Hurler’s syn- 
drome is also usually detected between 6-12 months of 
age and is caused by a defect in or loss of the enzyme 
alpha L-iduronidase. Without this enzyme, Hurler’s 
patients accumulate high levels of mucopolysacchar- 
ides. Hurler’s victims have skeletal abnormalities 
including short stature, enlarged tongue and liver, dis- 
tended stomachs, blindness and deafness, and cardiac 
abnormalities. Children with Hurler’s usually die 
before age 10. Gaucher’s disease is a rare disorder that 
also involves fat metabolism and leads to enlargement 
of the spleen and liver. Childhood mortality is high for 
those afflicted with Gaucher’s but people who survive 
childhood can live many years into adulthood. The 
Gaucher defective gene is carried by about one in 
600 Jews of Eastern European descent. 


Abetalipoproteinemia is a rare IEM involving 
lipid dysfunction. Also called Bassen-Kornzweig syn- 
drome, it is characterized by extremely low cholesterol 
due to deficient or absent beta lipoproteins, which are 
an important component of the cholesterol molecular 
complex. Symptoms include growth retardation, neu- 
rological dysfunction, retinal pigment degeneration, 
and upper intestinal malabsorption. 


Galactosemia is a metabolic disorder marked by 
the inability to metabolize lactose, the primary sugar 
in milk. At an early evolutionary stage, most humans 
lost the ability to digest large quantities of milk after 
about age six. However, adults in Northern European 
populations developed the ability to digest milk sugar 
because of its prevalence in their diets. In adulthood, 
people of other ancestries are more susceptible to this 
condition, sometimes called lactose intolerance. If 
present and untreated in infancy, galactosemia can 
lead to mental retardation. 


Endocrine metabolic disorders 


Endocrine metabolic disorders (EMDs) are 
caused by the overproduction or underproduction of 
a specific hormone. While most EMDs are the result of 
an imbalance without a genetic root, congenital adre- 
nal hyperplasia (CAH) is genetically based. CAH is a 
malfunction of steroid hormone synthesis in the adre- 
nals caused by a defective enzyme, 21 hydroxylase. 
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The enzyme triggers an overproduction of testoster- 
one that can masculinize females. CAH can be stabi- 
lized by cortisol treatment, allowing patients to have 
normal life spans. Some of the most studied EMDs 
include Cushing’s syndrome, diabetes mellitus, hypo- 
thydroidism, and hyperthyrodism. 


Cushing’s syndrome is caused by the hypersecre- 
tion of cortisol by cells in the adrenal cortex. 
Hypersecretion can be due to overstimulation of 
cortisol-releasing mechanisms by excess ACTH, a 
pituitary hormone. Cushing’s can result from pituitary 
or adrenal tumors. It is further characterized by obe- 
sity, a rounded face, muscle weakness, a tendency to 
bruise easily, and numerous other complications. 


Diabetes mellitus (DM) is a metabolic carbohy- 
drate disorder that results from either insufficient insu- 
lin (type 1 DM) or the body’s inability to recognize 
available insulin (type 2 DM). DM is a multifactorially 
inherited disorder; this means that although people can 
inherit a propensity toward this condition, environment 
and diet can trigger onset of the actual disease. People 
who suffer from DM experience abnormally high blood 
glucose levels, excessive thirst and urine output, weight 
loss, and fatigue. DM can lead to lipid metabolism 
disorders as well. Ironically, one of the triggering symp- 
toms of DM is obesity. Type 1 DM, called insulin- 
dependent diabetes, because it requires routine insulin 
injections, usually appears before age 35. Type 2 DM, 
called noninsulin dependent diabetes (because it can be 
regulated by diet, weight control, and oral medication), 
usually does not appear until after age 40. Some women 
develop gestational diabetes, a temporary form of DM 
that appears during pregnancy and requires special pre- 
natal care. Physicians routinely check the glucose levels 
of pregnant women at around 26 gestational weeks. 
Gestational diabetes usually disappears after delivery. 


Hypothyrodism and hyperthyroidism can both be 
due to a number of causes, one of which is metabolic 
dysfunction. Hypothyroidism is caused by undersecre- 
tion, of thyroid hormones. In one form of childhood 
hypothyroidism, children born with abnormally small 
thyroids produce insufficient levels of the thyroid hor- 
mones T3 and T4, which are important for metabol- 
ically directed bone development. If detected in the first 
6 months of life, this disorder can be treated with 
synthetic thyroid hormones such that its effects can be 
avoided. The most severe early onset hypothyroidisms 
are characterized by Cretinism, a type of dwarfism, and 
mental retardation. Adult hypothyroidism is called 
myxedema. Myxedema symptoms include slowed 
speech, yellowed skin, and generally slowed body func- 
tions. Myxedema can also be treated with synthetic T4, 
but if left untreated, can lead to coma. 
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Hyperthyroidism, caused by oversecretion of thy- 
roid hormones, is marked by an overall rapid metabo- 
lism including a rapid pulse, high body temperature, 
and agitation. The most common form of hyperthyr- 
oidism in children and adults is Grave’s disease, which 
is clinically distinguished by the appearance of an 
enlarged thyroid, or goiter, that grows at the front of 
the neck. Grave’s disease is thought to be a malfunction 
of the immunological functions involving the thyroid. 


There are several other metabolic disorders, but 
because they are not very common, not much is 
known about them. For example, a disease known as 
amyloidosis results when enough amyloid protein 
builds up in one or more organs to cause the organ(s) 
to malfunction. The heart, kidneys, nervous system and 
gastrointestinal tract are most often affected. Amyloid 
(pronounced am-i-loyd) is an abnormal protein that 
may be deposited in any of the body’s tissues or organs. 
This abnormal protein comes from cells in the bone 
marrow, so amyloidosis is known as a bone marrow 
disease. The bone marrow makes protective antibodies 
that protect against infection and disease. After they 
have served their function, these antibodies are broken 
down and recycled by the body. In amyloidosis, cells in 
the bone marrow produce antibodies that cannot be 
broken down. These antibodies then begin to build up 
in the bloodstream. Ultimately, they leave the blood- 
stream and are deposited in the tissues as amyloid. 


Symptoms of amyloidosis depend on the organs it 
affects. The wide range of symptoms often makes amy- 
loidosis difficult to diagnose. Symptoms can include: 

- Swelling of ankles and legs 

- Weakness and severe fatigue 

- Weight loss 

- Shortness of breath 

- Numbness or tingling in the hands or feet 
- Enlarged tongue 


- Feeling of fullness after eating smaller amounts of 
food than usual 


- Dizziness upon standing 


A physical examination is necessary to find out if 
the organs are functioning properly. Blood, urine and 
bone marrow tests may also be done. A small tissue 
sample (biopsy) may be taken from the rectum, 
abdominal fat or bone marrow to determine if the 
person has amyloidosis. These biopsies are relatively 
minor procedures done in an outpatient setting with a 
local anesthetic. Occasionally, samples are taken from 
the liver, nerve, heart or kidney. This may require 
hospitalization and can help diagnose the specific 
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organ affected by amyloidosis. Blood or urine tests 
can detect the protein, but only bone marrow tests or 
other small samples of tissue can positively establish 
the diagnosis of amyloidosis. 


The goal of treatment for amyloidosis is to limit 
further production of the amyloid protein. This is 
done with medications and diet. Well-balanced nutri- 
tion is important to provide the body with an adequate 
energy supply. 


Another metabolic disorder that is hereditary and 
little known is hypophosphatasia. Hypophosphatasia 
is an inherited metabolic (chemical) bone disease that 
results from low levels of an enzyme called alkaline 
phosphatase (ALP). ALP is normally present in large 
amounts in bones and the liver. In hypophosphatasia, 
abnormalities in the gene that makes ALP lead to the 
production of inactive ALP. Subsequently, several 
chemicals, including phosphoethanolamine, pyridoxal 
5/-phosphate (a form of vitamin B,) and inorganic 
pyrophosphate, accumulate in the body and are 
found in large amounts in the blood and urine. It 
appears that the accumulation of inorganic pyrophos- 
phate is the cause of the characteristic defective calci- 
fication of bones seen in infants and children (rickets) 
and in adults (osteomalacia). 


The severity of hypophosphatasia is remarkably 
variable from patient to patient. The most severely 
affected fail to form a normal skeleton in the womb 
and are stillborn. The mildly affected patients may 
show only low levels of ALP in the blood, yet never 
suffer bone problems. In general, patients are 
categorized as having perinatal, infantile, childhood, 
or adult hypophosphatasia depending on the severity 
of the disease and the age at which the bony manifes- 
tations are first detected. The x ray changes are quite 
distinct to the trained eye, and the diagnosis is substan- 
tiated by measuring ALP in a routine blood test. It is 
important that the doctors use appropriate age ranges 
for normal ALP levels when interpreting the blood test. 


The outcome following a diagnosis of hypophos- 
phatasia is variable. Cases detected in the womb or with 
severe deformities at birth almost always result in death 
within days or weeks. When the diagnosis is made 
before six months of age, some infants have a downhill 
course while others survive and even do well. When 
diagnosed during childhood, underlying rickets may 
or may not result in the presence of skeletal deformities. 
Premature loss of teeth when the child is under the age 
of five is the most usual manifestation. Adults may be 
troubled by recurring fractures in their feet and painful, 
partial fractures in their thigh bones. There is no estab- 
lished medical therapy for hypophosphatasia. 


2707 


SJapsOsip D1OqeyaW 


Metabolic disorders 


The severe perinatal and infantile forms of hypo- 
phosphatasia are inherited as autosomal recessive con- 
ditions. The patient receives one defective gene from 
each parent. Some of the more mild childhood and 
adult cases are also inherited this way. More mild 
adult cases are inherited in an autosomal dominant 
pattern where the patient gets just one defective gene 
from one parent. Individuals with hypophosphatasia 
and parents of children with this disorder are encour- 
aged to seek genetic counseling to understand the like- 
lihood and severity of hypophosphatasia recurring in 
their family. 


Obesity is probably the oldest metabolic disturb- 
ance. People in a society become obese as soon as 
enough food and leisure are available to cause an 
imbalance between energy intake and energy expendi- 
ture. Obesity is becoming a more important risk factor 
for the development of diabetes, hypertension and 
cardiovascular disease. It has multiple causes; the 
development of obesity is a complex interaction 
between genetic, psychological, socioeconomic and 
cultural factors. Individuals have unique genetic and 
environmental factors that affect how food is proc- 
essed; there are, therefore, individual differences in 
susceptibility to obesity. 


The major health risks of obesity increase in a 
curvilinear relationship, with prevalences increasing 
progressively and disproportionately with increasing 
weight. Weight increases beginning during adulthood 
and continuing for many years have the greatest 
adverse affects. Overweight men have a significantly 
higher mortality rate for colorectal and prostate can- 
cer; men whose weight is 130% or more above average 
are 2.5 times more likely to die of prostate cancer 
during a 20 year follow-up compared to men of aver- 
age weight. Menopausal women with upper body fat 
localization have an increased risk of developing 
breast cancer. Overweight women also have higher 
rates of cancer of the uterus and ovaries. Obesity is 
also correlated with increased estrogenicity of cervical 
smears. These problems may reflect an increase in the 
conversion of estrone to androstenedion by the stro- 
mal elements of adipose tissue. 


Obese women, especially those with upper body 
obesity, show more irregularity in menstrual cycles as 
well as greater frequency of other menstrual 
abnormalities than normal weight women. They also 
have more problems during pregnancy with an 
increased frequency of toxemia and hypertension. In 
obese girls, the onset of menarche occurs at a younger 
age than in normal weight girls. Menstruation is 
probably initiated when body weight reaches a critical 
mass. 
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Anabolism—tThe construction of complex mole- 
cules from simpler molecules by a metabolic proc- 
ess that usually requires energy input. 


Catabolism—The break down of complex mole- 
cules into simpler molecules by a metabolic proc- 
ess that usually releases energy stored in the 
chemical bonds of the complex molecules. 


Currently, a lot of research effort, manpower, and 
money is being spent trying to find a cure for obesity. 
Several multidisciplinary forums are being set up for 
research and treatment of massive obesity including 
surgery, dietetics, nutrition, psychiatry, endocrinol- 
ogy, and weight management counseling. 


Screening and future treatment 


The two most powerful tools available for diag- 
nosis and treatment of most metabolic disorders are 
genetic screening and genetic engineering. Most 
genetic metabolic disorders can be detected through 
prenatal testing, a service that helps people determine 
the likelihood of conceiving a child affected by a par- 
ticular disorder. People who test positive as carriers 
have one copy of the recessively inherited gene linked 
to the disorder. 


Genetic therapy is already being used to treat an 
enzyme deficiency known as adenosine deaminase 
deficiency (ADA). Children with ADA have severe 
immune system problems and considerably shortened 
life expectancies. Treatment of ADA _ involves 
gene replacement in which a normal copy of the 
ADA gene is replaced in cells that are then injected 
into the patient. Gene replacement has proven 
effective in helping patients lead normal lives. 
Research on gene therapy for other genetic disorders 
is ongoing. 
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| Metabolism 


Metabolism refers to the highly integrated net- 
work of chemical reactions by which living cells grow 
and sustain themselves. This network is composed of 
two major types of pathways: anabolism and catabo- 
lism. Anabolism uses energy stored in the form of 
adenosine triphosphate (ATP) to build larger mole- 
cules from smaller molecules. Catabolic reactions 
degrade larger molecules in order to produce ATP 
and raw materials for anabolic reactions. 


Together, these two general metabolic networks 
have three major functions: (1) to extract energy from 
nutrients or solar energy; (2) to synthesize the building 
blocks that make up the large molecules of life: pro- 
teins, fats, carbohydrates, nucleic acids, and combina- 
tions of these substances; and (3) to synthesize and 
degrade molecules required for special functions in 
the cell. 


These reactions are controlled by enzymes, pro- 
tein catalysts that increase the speed of chemical reac- 
tions in the cell without themselves being changed. 
Each enzyme catalyzes a specific chemical reaction 
by acting on a specific substrate, or raw material. 
Each reaction is just one of a in a sequence of catalytic 
steps known as metabolic pathways. These sequences 
may be composed of up to 20 enzymes, each one 
creating a product that becomes the substrate—or 
raw material—for the subsequent enzyme. Often, an 
additional molecule called a coenzyme, is required for 
the enzyme to function. For example, some coenzymes 
accept an electron that is released from the substrate 
during the enzymatic reaction. Most of the water- 
soluble vitamins of the B complex serve as coenzymes; 
riboflavin (vitamin B,) for example, is a precursor of 
the coenzyme flavine adenine dinucleotide, while pan- 
tothenate is a component of coenzyme A, an impor- 
tant intermediate metabolite. 


The series of products created by the sequential 
enzymatic steps of anabolism or catabolism are called 
metabolic intermediates, or metabolites. Each step 
represents a small change in the molecule, usually the 
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removal, transfer, or addition of a specific atom, mol- 
ecule or group of atoms that serves as a functional 
group, such as the amino groups (-NH;) of proteins. 


Most such metabolic pathways are linear, that is, 
they begin with a specific substrate and end with a 
specific product. However, some pathways, such as 
the Krebs cycle, are cyclic. Often, metabolic pathways 
also have branches that feed into or out of them. The 
specific sequences of intermediates in the pathways of 
cell metabolism are called intermediary metabolism. 


Among the many hundreds of chemical reactions 
there are only a few that are central to the activity of 
the cell, and these pathways are identical in most 
forms of life. 


All reactions of metabolism, however, are part of 
the overall goal of the organism to maintain its inter- 
nal orderliness, whether that organism is a single celled 
protozoan or a human. Organisms maintain this 
orderliness by removing energy from nutrients or sun- 
light and returning to their environment an equal 
amount of energy in a less useful form, mostly heat. 
This heat becomes dissipated throughout the rest of 
the organism’s environment. 


According to the first law of thermodynamics, in 
any physical or chemical change, the total amount of 
energy in the universe remains constant, that is, energy 
cannot be created or destroyed. Thus, when the energy 
stored in nutrient molecules is released and captured in 
the form of ATP, some energy is lost as heat. However, 
the total amount of energy is unchanged. 


The second law of thermodynamics states that 
physical and chemical changes proceed in such a 
direction that useful energy undergoes irreversible 
degradation into a randomized form—entropy. The 
dissipation of energy during metabolism represents an 
increase in the randomness, or disorder, of the organ- 
ism’s environment. Because this disorder is irreversi- 
ble, it provides the driving force and direction to all 
metabolic enzymatic reactions. 


Even in the simplest cells, such as bacteria, there 
are at least a thousand such reactions. Regardless of the 
number, all cellular reactions can be classified as one of 
two types of metabolism: anabolism and catabolism. 
These reactions—while opposite in nature—are linked 
through the common bond of energy. Anabolism, or 
biosynthesis, is the synthetic phase of metabolism dur- 
ing which small building block molecules, or precur- 
sors, are built into large molecular components of cells, 
such as carbohydrates and proteins. 


Catabolic reactions are used to capture and save 
energy from nutrients, as well as to degrade larger 
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molecules into smaller, molecular raw materials for 
reuse by the cell. The energy is stored in the form of 
energy-rich ATP, which powers the reactions of anab- 
olism. The useful energy of ATP is stored in the form 
of a high-energy bond between the second and third 
phosphate groups of ATP. The cell makes ATP by 
adding a phosphate group to the molecule adenosine 
diphosphate (ADP). Therefore, ATP is the major 
chemical link between the energy-yielding reactions 
of catabolism, and the energy-requiring reactions of 
anabolism. 


In some cases, energy is also conserved as energy- 
rich hydrogen atoms in the coenzyme nicotinamide 
adenine dinucleotide phosphate in the reduced form 
of NADPH. The NADPH can then be used as a source 
of high-energy hydrogen atoms during certain biosyn- 
thetic reactions of anabolism. 


In addition to the obvious difference in the direc- 
tion of their metabolic goals, anabolism and catabo- 
lism differ in other significant ways. For example, the 
various degradative pathways of catabolism are con- 
vergent. That is, many hundreds of different proteins, 
polysaccharides and lipids are broken down into rela- 
tively few catabolic end products. The hundreds of 
anabolic pathways, however, are divergent. That is, 
the cell uses relatively few biosynthetic precursor mol- 
ecules to synthesize a vast number of different pro- 
teins, polysaccharides and lipids. 


The opposing pathways of anabolism and catab- 
olism may also use different reaction intermediates or 
different enzymatic reactions in some of the steps. For 
example, there are 11 enzymatic steps in the break- 
down of glucose into pyruvic acid in the liver. 
However, the liver uses only nine of those same steps 
in the synthesis of glucose, replacing the other two 
steps with a different set of enzyme-catalyzed reac- 
tions. This occurs because the pathway to degradation 
of glucose releases energy, while the anabolic process 
of glucose synthesis requires energy. The two different 
reactions of anabolism are required to overcome the 
energy barrier that would otherwise prevent the syn- 
thesis of glucose. 


Another reason for having slightly different path- 
ways is that the corresponding anabolic and catabolic 
routes must be independently regulated. Otherwise, if 
the two phases of metabolism shared the exact path- 
way (only in reverse) a slowdown in the anabolic path- 
way would slow catabolism, and vice versa. 


In addition to regulating the direction of metabolic 
pathways, cells, especially those in multicellular organ- 
isms, also exert control at three different levels: allos- 
teric enzymes, hormones, and enzyme concentration. 
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Allosteric enzymes in metabolic pathways change 
their activity in response to molecules that either stim- 
ulate or inhibit their catalytic activity. While the end 
product of an enzyme cascade is used up, the cascade 
continues to synthesize that product. The result is a 
steady-state condition in which the product is used up 
as it is produced and there is no significant accumu- 
lation of product. However, when the product accu- 
mulates above the steady-state level for any reason, 
that is, in excess of the cell’s needs, the end product 
acts as an inhibitor of the first enzyme of the sequence. 
This is called allosteric inhibition, and is a type of 
feedback inhibition. 


A classic example of allosteric inhibition is the 
case of the enzymatic conversion of L-threonine into 
L-isoleucine by bacteria. The first of five enzymes, 
threonine dehydratase is inhibited by the end product, 
isoleucine. This inhibition is very specific, and is 
accomplished only by isoleucine, which binds to a 
site on the enzyme molecule called the regulatory, or 
allosteric, site. This site is different from the active site 
of the enzyme, which is the site of the catalytic action 
of the enzyme on the substrate, or molecule being 
acted on by the enzyme. 


Moreover, some allosteric enzymes may be stimu- 
lated by modulator molecules. These molecules are 
not the end product of a series of reactions, but rather 
may be the substrate molecule itself. These enzymes 
have two or more substrate binding sites, which serve a 
dual function as both catalytic sites and regulatory 
sites. Such allosteric enzymes respond to excessive 
concentrations of substrates that must be removed. 
Furthermore, some enzymes have two or more modu- 
lators that may be opposite in effect and have their 
own specific allosteric site. When occupied, one site 
may speed up the catalytic reaction, while the other 
may slow it down. ADP and AMP (adenosine mono- 
phosphate) stimulate certain metabolic pathway 
enzymes, for example, while ATP inhibits the same 
allosteric enzymes. 


The activity of allosteric enzymes in one pathway 
may also be modulated by intermediate or final prod- 
ucts from other pathways. Such cross-reaction is an 
important way in which the rates of different enzyme 
systems can be coordinate with each other. 


Hormone control of metabolism is regulated by 
chemical messengers secreted into the blood by differ- 
ent endocrine glands. These messengers, called hor- 
mones, travel to other tissues or organs, where they 
may stimulate or inhibit specific metabolic pathways. 


A classic example of hormonal control of metab- 
olism is the hormone adrenaline, which is secreted by 
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the medulla of the adrenal gland and carried by the 
blood to the liver. In the liver adrenaline stimulates 
the breakdown of glycogen to glucose, increasing the 
blood sugar level. In the skeletal muscles, adrenaline 
stimulates the breakdown of glycogen to lactate ATP. 


Adrenaline exerts its effect by binding to a recep- 
tor site on the cell surfaces of liver and muscle cells, 
where it initiates a series of signals that ultimately 
causes an inactive form of the enzyme glycogen phos- 
phorylase to become active. This enzyme is the first in 
a sequence that leads to the breakdown of glycogen to 
glucose and other products. 


Finally, the concentration of the enzymes them- 
selves exert a profound influence on the rate of meta- 
bolic activity. For example, the ability of the liver to 
turn enzymes on and off—a process called enzyme 
induction—assures that adequate amounts of needed 
enzymes are available, while inhibiting the cell from 
wasting its energy and other resources on making 
enzymes that are not needed. 


For example, in the presence of a high-carbohydrate, 
low-protein diet, the liver enzymes that degrade amino 
acids are present in low concentrations. In the pres- 
ence of a high-protein diet, however, the liver produces 
increased amounts of enzymes needed for degrading 
these molecules. 


The basis of both anabolic and catabolic path- 
ways is the reactions of reduction and oxidation. 
Oxidation refers to the combination of an atom or 
molecule with oxygen, or the loss from it of hydrogen 
or of one or more electrons. Reduction, the opposite of 
oxidation, is the gain of one or more electrons by an 
atom or molecule. The nature of these reactions 
requires them to occur together; i.e., oxidation always 
occurs in conjunction with reduction. The term redox 
refers to this coupling of reduction and oxidation. 


Redox reactions form the basis of metabolism and 
are the basis of oxidative phosphorylation, the process 
by which electrons from organic substances such as 
glucose are transferred from organic compounds such 
as glucose to electron carriers (usually coenzymes), 
and then are passed through a series of different elec- 
tron carriers to molecules of oxygen molecules. The 
transfer of electrons in oxidative phosphorylation 
occurs along the electron transport chain. During 
this process, called aerobicrespiration, energy is 
released, some of which is used to make ATP from 
ADP. The major electron carriers are the coenzymes 
nicotinamide adenine dinucleotide (NADH) or flavin 
adenine dinucleotide (FADH2). Oxidative phosphor- 
ylation is the major source of ATP in aerobic organ- 
isms, from bacteria to humans. 
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Some anaerobic bacteria, however, also carry out 
respiration, but use other inorganic molecules, such as 
nitrate (NO;)) or sulfate (SO,4”) ions as the final elec- 
tron acceptors. In this form of respiration, called anae- 
robic respiration, nitrate is reduced to nitrite ion 
(NO2), nitrous oxide (N2O) or nitrogen gas (N32), 
and sulfate is reduced to form hydrogen sulfide (HS). 


Much of the metabolic activity of cells consists 
largely of central metabolic pathways that transform 
large amounts of proteins, fats and carbohydrates. 
Foremost among these pathways are glycolysis, 
which can occur in either aerobic or anaerobic con- 
ditions, and the Krebs cycle, which is coupled to the 
electron transport chain, which accepts electrons 
removed from reduced coenzymes of glycolysis and 
the Krebs cycle. The final electron acceptor of the 
chain is usually oxygen, but some bacteria use specific, 
oxidized ions as the final acceptor in anaerobic 
conditions. 


As vital as these reactions are, there are other 
metabolic pathways in which the flow of substrates 
and products is much smaller, yet the products quite 
important. These pathways constitute secondary 
metabolism, which produces specialized molecules 
needed by the cell or by tissues or organs in small 
quantities. Such molecules may be coenzymes, hor- 
mones, nucleotides, toxins, or antibiotics. 


The process of extracting energy by the central 
metabolic pathways that break down fats, polysac- 
charides and proteins, and conserving it as ATP, 
occurs in three stages in aerobic organisms. In anae- 
robic organisms, only one stage is present. In each 
case, the first step is glycolysis. 


Glycolysis is a ubiquitous central pathway of glu- 
cose metabolism among living things, from bacteria to 
plants and humans. The glycolytic series of reactions 
converts glucose into the molecule pyruvate, with the 
production of ATP. This pathway is controlled by 
both the concentration of substrates entering glycoly- 
sis as well as by feedback inhibition of the pathway’s 
allosteric enzymes. 


Glucose, a hexose (6-carbon) sugar, enters the path- 
way through phosphorylation of the number six carbon 
by the enzyme hexokinase. In this reaction, ATP relin- 
quishes one of its phosphates, becoming ADP, while 
glucose is converted to glucose-6-phosphate. When the 
need for further oxidation of glucose-6-phosphate 
by the cell decreases, the concentration of this metab- 
olite increases. This action serves as a feedback 
inhibitor of the allosteric enzyme hexokinase. In the 
liver, however, glucose-6-phosphate is converted to 
glycogen, a storage form of glucose. Thus, a buildup 
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of glucose-6-phosphate is normal for liver, and 
feedback inhibition would interfere with this vital 
pathway. However, to produce glucose-6-phosphate, 
the liver uses the enzyme glucokinase, which is not 
inhibited by an increase in the concentration of glu- 
cose-6-phosphate. 


In the liver and muscle cells, another enzyme, 
glycogen phosphorylase, breaks down glycogen into 
glucose molecules, which then enter glycolysis. 


Two other allosteric enzyme regulatory reactions 
also help to regulate glycolysis: the conversion of fructose 
6-phosphate to fructose 1,6-diphosphate by phospho- 
fructokinase and the conversion of phosphoenolpyru- 
vate to pyruvate by pyruvate kinase. 


The first stage of glycolysis prepares the glucose 
molecule for the second stage, during which energy 
is conserved in the form of ATP. As part of the pre- 
paratory state, however, two ATP molecules are 
consumed. 


At the fourth step of glycolysis, the doubly phos- 
phorylated molecule (fructose 1,6-diphosphate) is 
cleaved into two 3-carbon molecules, dihyroxyacetone 
phosphate and glyceraldehyde 3-phosphate. These 
3-carbon molecules are readily converted from one to 
another; however, it is only glyceraldehyde 3-phosphate 
that undergoes five further changes during the energy 
conserving stage. In the first step of this second stage, a 
molecule of the coenzyme NAD* is reduced to 
NADH. During oxidative phosphorylation, the 
NADH will be oxidized, giving up its electrons to the 
electron transport system. 


At steps seven and ten of glycolysis, ADP is phos- 
phorylated to ATP, using phosphate groups added to 
the original 6-carbon molecule in the preparatory 
stage. Since this phosphorylation of ADP occurs by 
enzymatic removal of a phosphate group from each of 
two substrates of glycolysis, this process is called sub- 
strate level phosphorylation of ADP. It differs mark- 
edly from the phosphorylation of ADP that occurs in 
the more complex oxidative phosphorylation proc- 
esses in the electron transport chain. Since two 3-carbon 
molecules derived from the original 6-carbon hexose 
undergo this process, two molecules of ATP are 
formed from glucose during this stage, for a net overall 
gain of two ATP (two ATP having been used in the 
preparatory stage). 


Aerobic organisms use glycolysis as the first stage 
in the complete degradation of glucose to carbon 
dioxide and water. During this process, the pyruvate 
formed by glycolysis is oxidized to acetyl-Coenzyme A 
(acetyl-CoA), with the loss of its carboxyl group as 
carbon dioxide. 
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The fate of pyruvate formed by glycolysis differs 
among species, and within the same species depending 
on the level of oxygen available for further oxidation 
of the products of glycolysis. 


Under aerobic conditions, or in the case of bacteria 
using a non-oxygen final electron acceptor, acetyl-CoA, 
enters the Krebs cycle by combining with citric acid. 
The Krebs cycle continues the oxidation process, 
extracting electrons as it does so. These electrons are 
carried by coenzymes (NADH and FADH) to the elec- 
tron transport chain, where the final reactions of oxi- 
dation produce ATP. 


During these reactions, the acetyl group is oxi- 
dized completely to carbon dioxide and water by the 
citric acid cycle. This final oxidative degradation 
requires oxygen as the final electron acceptor in the 
electron transport chain. 


Organisms that lack the enzyme systems neces- 
sary for oxidative phosphorylation also use glycolysis 
to produce pyruvate and a small amount of ATP. But 
pyruvate is then converted into lactate, ethanol or 
other organic alcohols or acids. This process is called 
fermentation, and does not produce more ATP. 
The NADH produced during the energy-conserving 
stage of fermentation is used during the synthesis 
of other molecules. Thus, glycolysis is the major cen- 
tral pathway of glucose catabolism in virtually all 
organisms. 


While the main function of glycolysis is to pro- 
duce ATP, there are minor catabolic pathways that 
produce specialized products for cells. One, the pen- 
tose phosphate pathway, produces NADPH and the 
sugar ribose 5-phosphate. NADPH is used to reduce 
substrates in the synthesis of fatty acids, and ribose 
5-phosphate is used in the synthesis of nucleic acids. 


Another secondary pathway for glucose in animal 
tissues produces D-glucuronate, which is important in 
detoxifying and excreting foreign organic compounds 
and in synthesizing vitamin C. 


Most of the energy conservation achieved by the 
oxidative phosphorylation of glucose occurs during 
the Krebs cycle. Pyruvate is first converted to acetyl- 
CoA, in an enzymatic step that converts one of its 
carbons into carbon dioxide, and NAD is reduced 
to NADH. Acetyl-CoA enters the 8-step Krebs cycle 
by combining with the 4-carbon oxaloacetic acid to 
form the 6-carbon citric acid. During the next seven 
steps, three molecules of NAD * and one molecule of 
FAD? are reduced, one ATP is formed by substrate 
level phosphorylation, and two carbons are oxidized 
to CO>. 
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The reduced coenzymes produced during conver- 
sion of pyruvic acid to acetyl-CoA and the Krebs cycle 
are oxidized along the electron transport chain. As the 
electrons released by the coenzymes pass through the 
stepwise chain of redox reactions, there is a stepwise 
release of energy that is ultimately used to phosphor- 
ylate molecules of ADP to ATP. The energy is con- 
verted into a gradient of protons established across the 
membrane of the bacterial cell or of the organelle of 
the eucaryotic cells. The energy of the proton flow 
back into the cell or organelle is used by the enzyme 
ATP synthetase to phosphorylate ADP molecules. 


FADHs releases its electrons at a lower level along 
the chain than does NADH. The electrons of the 
former coenzyme thus pass along fewer electron 
acceptors than NADH, and this difference is reflected 
in the number of ATP molecules produced by 
the sequential transfer of each coenzymes electrons 
along the chain. The oxidation of each NADH 
produces three ATP, while the oxidation of FADH 
produces two. 


The total number of ATP molecules produced by 
glycolysis and metabolism is 38, which includes a net 
of two from glycolysis (substrate level phosphoryla- 
tion), 30 from the oxidation of 10 NADH molecules, 
four from oxidation of two FADH> molecules, and 
two from substrate level phosphorylation in the Krebs 
cycle. 


In addition to their role in the catabolism of glu- 
cose, glycolysis and the Krebs cycle also participate in 
the breakdown of proteins and fats. Proteins are ini- 
tially degraded into constituent amino acids, which 
may be converted to pyruvic acid or acetyl-CoA 
before being passed into the Krebs cycle; or they may 
enter the Krebs cycle directly after being converted 
into one of the metabolites of this metabolic pathway. 


Lipids are first hydrolyzed into glycerol and fatty 
acids, glycerol being converted to the glyceraldehyde 
3-phosphate metabolite of glycolysis, while fatty acids 
are degraded to acetyl-CoA, which then enters the 
Krebs cycle. 


Although metabolic pathways in both single- 
celled and multicellular organisms have much in com- 
mon, especially in the case of certain central metabolic 
pathways, they may occur in different locations. 


In the simplest organisms, the prokaryotes, meta- 
bolic pathways are not contained in compartments 
separated by internal membranes. Rather, glycolysis 
takes place in the cytosol, while the electron transport 
chain and lipid synthesis occurs in the cell membrane. 
Proteins are made on ribosomes in the cytosol. 
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In eucaryotic cells, glycolysis, gluconeogenesis 
and fatty acid synthesis takes place in the cytosol, 
while the Krebs cycle is isolated within mitochondria; 
glycogen is made in glycogen granules, lipid is synthe- 
sized in the endoplasmic reticulum and lysosomes 
carry on a variety of hydrolytic activities. As in pro- 
caryotic cells, ribosomes in the cytosol are the site of 
protein synthesis. 


The metabolic pathways discussed to this point 
oxidize organic matter to produce ATP. These organic 
compounds are made by plants and some microorgan- 
isms by photosynthesis, which takes place in organ- 
elles called chloroplasts. Using this process, these 
organisms synthesize organic compounds by convert- 
ing the energy of sunlight into chemical energy, which 
is then used to convert CO, from the atmosphere to 
more reduced carbon compounds, particularly sugars. 
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| Metal 


A material, in chemistry, is called a metal based on 
the way it reacts to other elements. Metallic elements 
characteristically form positive ions when their com- 
pounds are in solution. Their oxides form hydroxides 
rather than acids with water. Nearly three-fourths of 
the elements in each group of the periodic table are 
metals except for the Group 17 (halogen) and Group 18 
(noble gas) elements. Most metals form crystalline 
solids, and most are good conductors of electricity; 
most have rather high chemical reactivities. Many 
metals are quite hard, with high physical strength. 
When polished, metals tend to be good reflectors of 
light. Some of the more commonly known metals are 
aluminum, copper, gold, iron, lead, nickel, silver, tita- 
nium, uranium, and zinc. 
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Metals easily form alloys with other metals. The 
presence of even a small amount of another element in 
a metal severely affects its properties, as in the case of 
carbon in iron. Mercury, cesium, and gallium exist as 
liquids at room temperature. 


The behavior of metals as atoms or ions deeply 
affects the electrochemical reactions they undergo, 
and similarly affects the metabolism of plants and 
animals. Iron, copper, cobalt, potassium, and sodium 
are examples of metals that are essential to biological 
function. Some metals such as cadmium, mercury, 
lead, barium, chromium, and beryllium are highly 
toxic. 


Crystallography of metals 


Metals usually differ from nonmetals by their 
excellent thermal and electrical conductivities, and by 
their great mechanical strengths and ductilities. These 
properties follow directly from the nonlocalized elec- 
tronic bonds in these materials. The electrons in metals 
are mobile; in a true metal, there are no underlying 
directed bonds. 


With the exception of manganese and uranium, all 
true metals have one of the following crystal structures: 
body-centered cubic (sodium, potassium, molybde- 
num), iron face-centered cubic (copper, silver, gold), 
iron close-packed hexagonal (beryllium, magnesium, 
zirconium). 


The origins of metallic behavior may be under- 
stood by considering the first and simplest of these 
three structures. There are eight nearest neighbors in 
a body-centered cubic structure. The number of next 
nearest atoms is six. The one valence electron of a 
body-centered cubic element like sodium clearly can- 
not furnish 14 or even eight covalent bonds with its 
neighbors. Thus, the single valence electron is shared. 


The elements on the left-hand side of the periodic 
table readily pool their valence electrons, as they have 
low ionization potentials. Their large de-localization 
energies result in net binding. As one moves to the 
right of Group 1 in the periodic table, the metallic 
properties of the elements become weaker, and the 
tendency to form covalent bonds increases. As a result, 
thermal and electrical conductivities diminish, den- 
sities decrease, and the materials become hard, but 
brittle. 


Carbon in Group 14, for example, does not allow 
its valence electrons to escape, but readily shares them 
with four neighbors. Graphitic carbon is made up of 
well separated layer planes with high conductivities 
along the planes but weak conductivities at right 
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angles to these planes; consequently graphite is a two 
dimensional metal. In diamond, the electron bonds are 
tetrahedral and highly directed; this has the effect of 
making diamond brittle. Silicon, germanium, and gray 
tin also have diamond-like structures, and their bond- 
ing is largely covalent. 


Survey of the periodic table 


The first element of the periodic table, hydrogen, is 
a nonmetal. In the case of the alkali metals of Group 1, 
however, one finds that lithium, sodium, potassium, 
rubidium, cesium, and francium all exhibit to a high 
degree typically metallic properties. Each of these 
atoms has one electron in the outermost energy level. 
The energies required to pull off these single valence 
electrons are relatively small; on the other hand, the 
energies required to pull off a second electron are 
many times higher. 


Group 2 of the periodic table includes the ele- 
ments beryllium, magnesium, calcium, strontium, 
and radium. These elements are known as the alkaline 
earth metals. In each of the Group 2 elements, there 
are two electrons in the outer-most energy level. Going 
down the group from beryllium to radium, one finds 
decreasing ionization potentials with increasing ionic 
radius. In general, the larger atoms hold their electrons 
less tightly than do the smaller atoms. Although the 
first two electrons are removed relatively easy, 
removal of a third electron from the Group 2 elements 
requires very high energies. 


Groups 3 through 12 in the periodic table are 
known as the transition elements. The most character- 
istic property of the transition elements is that they are 
all metals. This is because the outermost electron shells 
of these elements contain very few electrons. Unlike 
the Group | and 2 elements, the transition metals tend 
to be hard, brittle, and high melting. The difference is 
due in part to the relatively small size of the transition 
element radii, and partly to the existence of some 
covalent bonding between the ions. 


The Group 13 elements have the same relation- 
ship to the alkaline earth elements that the alkaline 
earth elements have to the alkali metals, that is, the 
group properties are modified by the presence of a 
third valence electron. The elements of Group 13 are 
boron, aluminum, gallium, indium, and _ thallium. 
Except for boron, which may be classified as a semi- 
metal, these elements tend to show metallic properties. 


Group 14 elements include carbon, silicon, germa- 
nium, tin, and lead. As already noted, carbon forms a 
solid of complex structure that does not exhibit met- 
allic properties. The second and third members of the 
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Valence electrons—The electrons in the outermost 
shell of an atom that determine an element’s chem- 
ical properties. 


group, silicon and germanium, cannot be classified as 
metals either; they are only semimetals. 


In Group 15, there is a complete change of proper- 
ties from nonmetallic to metallic in going down the 
group. The lighter members, nitrogen and phospho- 
rous, are typically nonmetals. The middle members, 
arsenic and antimony, are semimetals. The heaviest 
member, bismuth, is a metal. 


The Group 16 elements include oxygen, sulfur, 
selenium, tellurium, and polonium. As would be 
expected from their location on the far right of the 
periodic table, the Group 16 elements have high ion- 
ization potentials, and metallic properties are difficult 
to observe. However, in going down the group, elec- 
trons are less tightly held; so there is some suggestion 
of metallic behavior in the heavier Group 16 elements. 


The Group 17 elements, 1.e., fluorine, chlorine, 
bromine, iodine, and astatine, all have high electron 
negativities and consequently show practically no met- 
allic properties. Iodine, however, does show some 
metallic characteristics. Astatine may have some met- 
allic properties, but it is a short-lived radioactive ele- 
ment, and measurements of its properties are difficult 
to carry out. 


The Group 18 elements, or noble gases, consist of 
six gases: helium, neon, argon, krypton, xenon, and 
radon. The noble gases are nonmetals. 


See also Alloy; Electrical conductivity; Element, 
chemical; Metallurgy. 


Randall Frost 


| Metal detectors 


Metal detectors use electromagnetic fields to detect 
the presence of metallic objects. They exist in a variety 
of walk-through, hand-held, and vehicle-mounted 
models and are used to search personnel for hidden 
metallic objects at entrances to airports, public schools, 
courthouses, and other guarded spaces; to hunt for 
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United States Army engineers use highly sensitive metal 
detectors to search for the remains of Gls missing in action 
(MIA) between Tay Ninh and the Vietnam-Cambodia border. 
(© Steve Raymer/Corbis.) 


landmines, archaeological artifacts, and miscellaneous 
valuables; and for the detection of hidden or unwanted 
metallic objects in industry and construction. Metal 
detectors detect metallic objects, but do not image 
them. An x-ray baggage scanner, for example, is not 
classed as a metal detector because it images metallic 
objects rather than merely detecting their presence. 


Metal detectors use electromagnetism in two fun- 
damentally different ways, active and passive. Active 
detection methods illuminate some detection space— 
the opening of a walk-through portal, for example, or 
the space directly in front of a hand-held unit—with a 
time-varying electromagnetic field. Energy reflected 
from or passing through the detection space is affected 
by the presence of conductive material in that space; 
the detector detects metal by measuring these effects. 


Passive detection methods do not illuminate the 
detection space, but take advantage of the fact that 
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Metal fatigue 


every unshielded detection space is already permeated 
by the Earth’s natural magnetic field. Ferromagnetic 
objects moving through the detection space cause 
temporary, but detectable, changes in this natural 
field. (Ferromagnetic objects are made of metals, 
such as iron, that are capable of being magnetized; 
many metals, such as aluminum, are conducting but 
not ferromagnetic and cannot be detected by passive 
means.) 


Walk-through or portal detectors are common in 
airports, public buildings, and military installations. 
They bracket their portal with two large coils or loop- 
type antennae, one a source and the other a detector. 
Electromagnetic waves (in this case, low-frequency 
radio waves) are emitted by the source coil into the 
detection space and interact with objects there. When 
the electromagnetic field of the transmitted wave 
impinges on a conducting object, it induces transient 
currents on the surface of the object; these currents, in 
turn, radiate electromagnetic waves. These secondary 
waves are sensed by the detector coil. 


Metal detectors small enough to be hand-held are 
often used at security checkpoints to localize metal 
objects whose presence has been detected by a walk- 
through system. Forensic investigations can also uti- 
lize hand-held metal detectors. Some units are 
designed to be carried by a pedestrian scanning for 
metal objects in the ground (e.g., nails, loose change, 
landmines). All such devices operate on variations of 
the same physical principle as the walk-through metal 
detector, that is, they emit time-varying electromag- 
netic fields and listen for waves coming back from 
conducting objects. Some ground-search models fur- 
ther analyze the returned fields to distinguish various 
common metals from each other. 


Gradiometer metal detectors are passive systems 
that exploit the effect of moving ferromagnetic objects 
on the Earth’s magnetic field. A gradiometer is an 
instrument that measures a gradient—the difference 
in magnitude between two points—in a magnetic field. 
When a ferromagnetic object moves through a gradi- 
ometer metal detector’s detection space, it causes a 
temporary disturbance in the Earth’s magnetic field, 
and this disturbance (if large enough) is detected. 
Gradiometer metal detectors are usually walk- 
through devices, but can also be mounted on a vehicle 
such as police car, with the intent of detecting ferro- 
magnetic weapons (e.g., guns) carried by persons 
approaching the vehicle. Gradiometer metal detectors 
are limited to the detection of ferromagnetic objects 
and so are not suitable for security situations where a 
would-be evader of the system is likely to have access 
to nonferromagnetic weapons. 
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The magnetic imaging portal is a relatively new 
technology. Like traditional walk-through metal 
detectors, it illuminates its detection space with 
radio-frequency electromagnetic waves; however, it 
does so using a number of small antennas arranged 
in a ring-like formation around its portal, pointing 
inward. Each of these antennas transmits in turn to 
the antennas on the far side of the array; each antenna 
acts as a receiver whenever it is not transmitting. 
A complete scan of the detection space can take place 
in the time it takes a person to walk through the portal. 
Using computational techniques adapted from com- 
puted axial tomography (CAT) scanning, a crude 
image of the person (or other object) inside the portal 
is calculated and displayed. The magnetic imaging 
portal may for some purposes be classed as a metal 
detector rather than as an imaging system because it 
does not produce a detailed image of the metal object 
detected, but only reveals its location and approximate 
size. 


See also Metal. 


Larry Gilman 


[ Metal fatigue 


In materials science, fatigue is the process by 
which a material is slowly and progressively (and 
oftentimes permanently) damaged by stresses and 
strains that are less than those needed to actually 
break the material apart. Metal fatigue occurs when 
the material is a metal. For example, a steel wire might 
be used to suspend weights that are less than the 
amount needed to cause the wire to break apart (its 
tensile strength). Over time, however, those weights 
might slowly cause defects to develop in the steel. 
These defects might occur as scratches, notches, par- 
ticle formation, or other abnormalities. At some point, 
these defects may become so great that the steel wire 
actually breaks apart even though its tensile strength 
had never been exceeded. 


In 1837, German mining administrator Wilhelm 
August Julius Albert (1787-1846) published the first 
known article on fatigue. In his work, Albert made a 
test machine that recorded metal fatigue on conveyor 
chains that were used in local mines. One of the first 
cases of metal fatigue that was studied scientifically 
was due to an accident that occurred when a train 
derailed in France in 1842. The accident killed or 
injured over 90 people. Scottish engineer and physicist 
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William Rankine (1820-1872) investigated the prob- 
lem, which he eventually determined to be metal 
fatigue. Rankine discovered that stress on a locomo- 
tive axle eventually broke it, causing the accident 


The process of metal fatigue varies considerably 
from one material to another. In some cases, defects 
show up almost as soon as stresses and strains are 
applied to the material and grow very slowly until 
total failure occurs. In other cases, there is no apparent 
damage in the material until failure almost occurs. 
Then, in the very last stages, defects appear and 
develop very rapidly prior to complete failure. 


The amount of stress or strain needed to bring 
about metal fatigue in a material—the fatigue limit 
or fatigue strength of the material—depends on a 
number of factors. The first factor is the material itself. 
In general, the fatigue limit of many materials tends to 
be about one-fourth to three-fourth of the tensile 
strength of the material itself. Another factor is the 
magnitude of the stress or strain exerted on the mate- 
rial. The greater the stress or strain, the sooner metal 
fatigue is likely to occur. Finally, environmental fac- 
tors are involved in metal fatigue. A piece of metal 
submerged in a saltwater solution, for example, is 
likely to exhibit metal fatigue sooner than the same 
piece of metal tested in air. Similarly, materials that 
have undergone some oxidation tend to experience 
metal fatigue sooner than unoxidized materials. 


See also Metal production; Welding. 


l Metal production 


The term metal production refers to all of the proc- 
esses involved in the conversion of a raw material, such as 
a metallic ore, to a final form in which the metal can be 
used for some commercial or industrial purpose. Within 
the periodic table there are some 90 elements that can be 
described as metals. They all have various characteristics 
in common ranging from bonding to chemical nature. 
Broadly speaking the metals are elements that conduct 
electricity, are malleable, and are ductile. 


In some instances, metal production involves rel- 
atively few steps since the metal already occurs in an 
elemental form in nature. Such is the case with gold, 
silver, platinum, and other so-called noble metals. 
These metals normally occur in nature uncombined 
with other elements and can therefore be put to some 
commercial use with comparatively little additional 
treatment. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Foundry workers pouring molten metal into molds. (Bojan 
Brecelj. Corbis.) 


In the majority of cases, however, metals occur in 
nature as compounds, such as the oxide or the sulfide, 
and must first be converted to their elemental state. 
They may then be treated in a wide variety of ways in 
order to make them usable for specific practical 
applications. 


Mining 

The first step in metal production always involves 
some form of mining. Mining refers to the process of 
removing the metal in its free or combined state from 
Earth’s surface. The two most common forms of min- 
ing are surface and subsurface mining. In the former 
case, the metal or its ore can be removed from the 
upper few meters of Earth’s surface. Much of the 
world’s copper, for example, is obtained from huge 
open-pit mines may range in depth to as much as 
nearly a 0.6 mi (1 km) and in width to as much as 
more than 2.25 mi (3.5 km). Subsurface mining is used 
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Metal production 


to collect metallic ores that are at greater depths below 
Earth’s surface. 


A few metals can be obtained from seawater 
rather than or in addition to being taken from 
Earth’s crust. Magnesium is one example. Every 
cubic mile of seawater contains about six million 
tons of magnesium, primarily in the form of magne- 
sium chloride. The magnesium is first precipitated out 
of seawater as magnesium hydroxide using lime (cal- 
cium hydroxide). The magnesium hydroxide is then 
converted back to magnesium chloride, now a pure 
compound rather than the complex mixture that 
comes from the sea. Finally, magnesium metal is 
obtained from the magnesium chloride by passing an 
electric current through a water solution of the 
compound. 


Purification 


In most cases, metals and their ores occur in the 
ground as part of complex mixtures that also contain 
rocks, sand, clay, silt, and other impurities. The first 
step in producing the metal for commercial use, there- 
fore, is to separate the ore from waste materials with 
which it occurs. The term ore is used to describe a 
compound of a metal that contains enough of that 
metal to make it economically practical to extract the 
metal from the compound. 


One example of the way in which an ore can be 
purified is the froth flotation method used with ores of 
copper, zinc, and some other metals. In this method, 
impure ore taken from the ground is, first, ground into 
a powder and, then, mixed with water and a frothing 
agent such as pine oil. Next, a stream of air is blown 
through the mixture, causing it to bubble and froth. In 
the frothing process, impurities such as sand and rock 
are wetted by the water and sink to the bottom of the 
container. The metal ore does not adsorb water but 
does adsorb the pine oil. The oil-coated ore floats to 
the top of the mixture, where it can be skimmed off. 


Reduction 


Metals always occur in their oxidized state in ores, 
often as the oxide or sulfide of the metal. In order to 
convert an ore to its elemental state, therefore, it must 
be reduced. Reduction is a chemical reaction that is the 
opposite of oxidation. Metals can be reduced in a 
variety of different ways. 


With ores of iron, for example, reduction can be 
accomplished by reacting oxides of iron with carbon 
and carbon monoxide. One of the common devices 
used for this purpose is the blast furnace. The blast 
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furnace is a tall cylindrical vessel into which is fed iron 
ore (consisting of oxides of iron), coke (nearly pure 
carbon) and limestone. The temperature in the blast 
furnace is then raised to more than 1,832°F (1,000°C). 
At this temperature, carbon reacts with oxygen to 
form carbon monoxide, which in turn, reacts with 
oxides of iron to form pure iron metal. The limestone 
in the original mixture added to the blast furnace 
reacts with and removes silicon dioxide (sand), an 
impurity commonly found with iron ore. 


Some metallic oxides do not readily yield to chem- 
ical reduction reactions like those in the blast furnace 
process described above. The reduction of aluminum 
oxide to aluminum metal is an example. Until 1886, no 
economically satisfactory method for carrying out this 
process had been discovered. Then, as a young college 
chemistry student, American inventor and engineer 
Charles Martin Hall (1863-1914) invented a simple 
and inexpensive electrical method for reducing alumi- 
num oxide. Because of Hall’s invention, aluminum 
gained widespread use throughout the world. 


In the first step in this process, aluminum oxide is 
separated from other oxides (such as oxides of iron) 
with which it also occurs by the Bayer process. In the 
Bayer process, the naturally occurring oxide mixture is 
added to sodium hydroxide, which dissolves out alu- 
minum oxide, leaving other oxides behind. The alumi- 
num oxide is then dissolved in a mineral known as 
cryolite (sodium aluminum fluoride) and placed in an 
electrolytic cell. When electric current passes through 
the cell, molten aluminum metal is formed, sinks to the 
bottom of the cell, and can be drawn off from the cell. 


In some instances, an ore is treated to change its 
chemical state before being reduced. The most 
common ores of zinc, for example, are the sulfides. 
These compounds are first roasted in an excess of air, 
converting zinc sulfide to zinc oxide. The zinc oxide is 
then reduced either by reacting it with coke (as in the 
case of iron) or by electrolyzing it (as in the case of 
aluminum). 


Alloys 


Pure metals themselves are often not satisfactory 
for many practical applications. For example, pure 
gold is too soft for most uses and is combined with 
other metals to form harder, more resistant mixtures. 
Mixtures that contain two or more metals are known 
as alloys. Perhaps the best known and most widely 
used of all alloys is steel. 


The term steel refers to a number of different 
substances that contain iron as their major component 
along with one or more other elements. Stainless steel, 
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KEY TERMS 


Alloy—A mixture of two or more metals with prop- 
erties distinct from the metals of which it is made. 


Bayer process—A process in which sodium 
hydroxide is added to a mixture of naturally occur- 
ring oxides so that aluminum oxide is dissolved out 
of the mixture. 


Hall process—A process for the production of alu- 
minum metal by passing an electric current through 
a mixture of aluminum oxide dissolved in cryolite 
(sodium aluminum fluoride). 


Noble metal—A metal that does not readily react 
with other elements and that, therefore, normally 
occurs in nature in a free, or uncombined, state. 


Ore—A compound of a metal from which the metal 
can be extracted at an economically feasible cost. 


Reduction—The process by which an atom’s oxi- 
dation state is decreased, by its gaining one or more 
electrons. 


as an example, contains about 18% chromium, 
10% nickel, and small amounts of manganese, carbon, 
phosphorus, sulfur, and silicon, along with iron. When 
niobium is added to a steel alloy, the final product has 
unusually great strength. The addition of cobalt pro- 
duces a form of steel that withstands the high temper- 
atures of jet engines and gas turbines, and silicon steels 
are used in making electrical equipment. 


In the final stages of metal production, the finished 
product is formed into some shape that can be used in 
other industries to make final products. Thus, steel can 
be purchased in the form of flat sheets, rings, wire rope 
and thread, slabs, cylinders, and other shapes. 


See also Metallurgy. 
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David E. Newton 


I Metallurgy 


Metallurgy is the science and technology of met- 
als. As indicated in Table 1, the recorded history of 
metal working dates back over 6,000 years. Chemical 
or extractive metallurgy is concerned with the extrac- 
tion of metals from ores and with the refining of 
metals. Physical metallurgy is concerned with the 
physical and mechanical properties of metals as 
affected by composition, mechanical working, and 
heat treatment. 


Chemical or extractive metallurgy 


Metalliferous ores that are taken directly from a 
mine are seldom suitable for metal smelting. These 
ores must first undergo removal or separation of 
waste matter to increase the concentration of the 
desired mineral. These processes include sorting, 
crushing and grinding, sizing, and separation by mag- 
netics, electrical conductivity, specific gravity, etc. 


Flotation is a widely used separation technique 
that takes advantage of the fact that some mineral 
components attract water (hydrophilicity) and others 
repel it (hydrophobicity). Finely divided air is intro- 
duced into a mixture of solid minerals and water. Air 
bubbles adhere to the hydrophobic particles, causing 
them to rise to the surface. These components are 
skimmed off. The hydrophilic components remain 
behind in the pulp. The sulfides of heavy metals are 
readily floatable, so flotation is an important method 
for concentrating copper, lead, and zinc ores. 


Other methods of treating impure metals include 
magnetic separation and electrolytic refining. In mag- 
netic separation, the magnetic components of an ore 
are separated from the nonmagnetic residual material. 
In electrolytic refining, the metal is cast into plates that 
serve as electrodes in electrolytic tanks. The electric 
current causes the metal to dissolve, and the pure 
metal is deposited at the electrode of opposite polarity 
to the plates. 


The ores or concentrates of heavy metals such as 
copper, lead, zinc, and nickel (but not iron and tin) 
consist for the most part as sulfides of those metals. 
Removal of the sulfur is accomplished by a process 
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Metallurgy 


History of metallurgy 


Date Technology developed 


Prior to 4000 BC — Gold, copper, and meteoritic iron used occasionally 
without melting. Hammered into shape. Copper first 
annealed about 4000 BC. 


Reduction of oxidized ones of copper and lead. 
Bronzes produced by intentionally mixing copper and 
tin ores (about 3500 BC.) Permanent molding of stone 
and metal. Soldering with copper-gold and lead-tin 
alloys. 


Most jewelry techniques known before 2500 BC. 


4000 to 3000 BC 


3000 to 2000 BC 


2000 to 1000 BC —_— Bellows used in furnaces by 1800 BC. Wrought iron 


important by 1600 BC. Steel produced by 
carburization in hearth. 


1000 to 1 BC Cast iron known in China. Iron and steel welded into 


composite tools and weapons. Stamping of coins by 
700 BC. 

1 to 1000 AD Zinc smelted in China and India. 

1380 Blast furnaces used to carburize and melt iron. 


=1440 Type metals for printing. The earliest type metals were 


tin-based. These were later displaced by lead-antimony 
in the 1600s. 


First cast iron cannon produced. 


Brass known to have been produced from copper and 
metallic zinc. 


Tables of metal affinities published. 


Phlogistron theory of metals disproved by Lavoisier. 
Phlogistron was hypothetical substance thought to be 
a volatile constituent of all combustible substances 
released as flame in combustion. 


Objects shaped by powder metallurgy. 
Bessemer process for making steel developed. 
Manganese steel developed. 

Electrolytic aluminum produced. 

Carbonyl nickel process developed. 


Heat treatment of high speed steels, i-e., alloy steels 
that remain hard and tough at red heat. 


Table 1. History of Metallurgy. (Thomson Gale.) 


called roasting. Roasting is a heat treatment carried 
out in an oxidizing atmosphere that produces a metal 
oxide and sulfur dioxide gas, which is usually proc- 
essed to sulfuric acid. Arsenic and antimony are also 
removed by roasting. Roasting produces a powder, 
which may be agglomerated by sintering. 


Physical metallurgy 
Casting 


INGOT CASTING. Steel and nonferrous-metal 
ingots that will be further worked are usually cast 
into ingot molds made of cast iron. In 1875, 
Sir Henry Bessemer patented a method of continuous 
casting in which a metal would be cast between two 
water-cooled rollers and pulled out in the form of a 
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single plate. If it had been practical, this method would 
have had the advantage of introducing no intermedi- 
ate stages between the molten metal and the semifin- 
ished product. It was not until shortly before World 
War IJ that a modification of this technique proved 
feasible with aluminum. It was later used to cast cop- 
per, and is still under development as a tool for casting 
iron and steel. 


MOLDS. Most metallic objects begin their history 
by being cast in a mold. Mold casting consists of 
introducing molten metal into a cavity or mold having 
the desired form and allowing it to solidify. The mold- 
ing material affects the ease and cost of making the 
mold, the permanency of the mold, the rate of produc- 
tion, the rate of cooling of the molten metal, the sur- 
face roughness, the dimensional tolerances, and the 
mechanical strength of the molded piece. 


Casting techniques that use a mold only once 
include the following: 


Sand-mold casting, which is the oldest process 
known and is still used for the largest tonnage of 
castings. A pattern, slightly larger than the desired 
part to allow for shrinkage, is placed in a flask and 
molding sand is rammed around it. The pattern is then 
removed, and the mold is prepared for pouring. The 
sand used may include bonding agents such as fire 
clay, bentonite, cereal or liquid binders, and moisture 
to promote cohesion. Dry sand molds are dried thor- 
oughly before pouring; green sand molds are poured 
without drying. The type of sand grain, binder, and 
moisture used depends on the desired results. 


Shell mold casting, which uses molds that are thin 
shells of sand bonded with a thermosetting phenolic 
resin. The shell is removed from the pattern and baked 
at 300—400° F (147—202°C) to completely set the resins. 
Finally the shells are assembled to complete the mold. 


Plaster of paris casting, which gives better surface 
finishes, dimensional accuracy, finer detail, and a 
more solid structure than sand castings, but it is 
more expensive. The plaster mold is made by mixing 
plaster of paris with water, then pouring it around the 
pattern and allowing it to partially set. The pattern is 
then removed. Separate parts of the mold assembly are 
baked separately to complete setting and to drive off 
moisture. 


Precision casting, which differs from sand-mold 
casting in that the mold consists of a single part. 
Precision molds are used in the casting of metals and 
alloys that are difficult to machine. (Cast metals usually 
require little or no finishing treatment.) Such castings 
are frequently used in precision engineering, clock- 
making, and the manufacture of metal ornaments. 
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In lost wax casting, the most widely used precision 
casting method, a model is made of the desired prod- 
uct. The model is used to produce a permanent plaster 
or glue mold. Wax parts are then made from the mold. 
The casting mold is produced by pouring a specially 
bonded sand around the wax pattern and allowing it 
to harden. The mold is inverted, placed in an oven and 
baked. The baking hardens the mold and melts the 
wax, which escapes. 


When a large number of parts is needed or when 
better surface or dimensional control is required, a 
permanent metal mold may be used. Semipermanent 
molds consist of metal and sand molds. Metal molds, 
however, are unsuitable for large castings or for alloys 
having high melting temperatures. Permanent casting 
techniques include the following: 


Chill casting, which is used to obtain more uni- 
form cooling rates. Thick sections can be made to 
solidify by chilling them with a metal mold or with 
pieces of metal close to the section. Thin pieces can be 
preheated or made from material having poor thermal 
conductivity. 


Pressure die casting, which permits economical 
production of intricate castings at a rapid rate. In 
this process molten metal is forced into a mold under 
considerable pressure. The pressure is maintained 
until solidification is complete. 


Centrifugal casting, which involves pouring a 
molten metal into a revolving mold. Centrifugal action 
forces the metal tightly against the mold. The metal 
solidifies with an outer surface that conforms to the 
mold’s shape and surface of revolution on the inside. 


The metal for casting may come from reduced ore, 
from an open hearth or other remelting furnace, from 
electroreduction processing, or from remelting and 
alloying. To obtain a perfect casting, the liquid metal 
must completely fill every part of the mold before 
solidifying. Vacuum melting, although expensive, per- 
mits higher casting temperatures, better fluidity, and 
lower surface tension conditions. 


As the metal solidifies, impurities that were solu- 
ble in the liquid metal become concentrated in the last 
parts to solidify. This would normally give rise to non- 
uniform impurity distributions throughout the cast 
piece. Reservoirs are therefore often incorporated 
into the casting process to trap the impurities. 


Powder metallurgy 


In powder metallurgy, articles are produced by 
agglomeration of fine metallic powder. This technique 
is used where other methods of shaping such as 
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casting, forging, and machining are impractical. The 
materials used in powder metallurgy usually consist of 
a mixture of metallic and nonmetallic powders. The 
are cold pressed to initially adhere the particles. Then 
they are heated in compacts in a nonoxidizing 
atmosphere (sintering) to obtain final cohesion. In 
isostatic pressing, the powder is pressed in a closed 
flexible container of rubber or plastic under liquid 
pressure. 


Mechanical working 


Mechanical working of a metal is plastic deforma- 
tion performed to change dimensions, properties, and/ 
or surface conditions. Plastic deformation below the 
recrystallization temperature is called cold working. 
Plastic deformation above the recrystallization tem- 
perature, but below the melting or burning point, is 
called hot working. 


Cold working produces a good surface finish, 
close dimensional tolerance, and does not result in 
weight loss during working. It produces considerable 
increase in strength and hardness, and reduces ductil- 
ity. By repeatedly cycling a material through stages of 
annealing and cold working, a very strong material 
can be produced. 


Hot working is a combination of working and 
annealing that involves deforming the metal above 
the recrystallization temperature. Ductility is restored 
during recrystallization, and grain growth during or 
immediately following recrystallization. 


Effects of hot working a metal piece may include: 
densifying the metal; refining the grain structure; 
introducing homogeneity into the metal; introducing 
a preferential orientation into the metal. 


Forging 


One of the most important properties of metals is 
their malleability, i.e., their ability to be mechanically 
deformed by forging, rolling, extrusion, etc., without 
rupture and without significant resistance to deforma- 
tion. If metals can be mechanically deformed when 
cold, the material is said to be ductile. In the course 
of such deformation, most metals undergo work 
hardening (strain hardening). Metals that undergo 
work hardening are processed at room temperature. 
Those that are first heated above certain temperatures 
to make them malleable are hot formed. Forging is an 
important hot-forming process. In the process, the 
metal flows in the direction of least resistance. 
The most important forged metals are steel and steel 
alloys. 
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Cold extrusion 


In cold extrusion, the metal is made to flow while 
cold by the application of high pressure. The process is 
used with any cold workable material, e.g., tin, zinc, 
copper and its alloys, aluminum and its alloys, and 
low-carbon soft-annealed steels. 


Hot extrusion 


Hot extrusion is a hot-working process that makes 
use of the deformability of heated metallic materials to 
shape them. The process is sited for producing barlike and 
tubular objects. Most metals and alloys can be extruded. 


Cutting and machining 


Forging and extrusion do not involve the removal 
of metal by means of cutting tools. Many important 
shaping processes are based on cutting operations. 
Cutting tools are made of special steels (tool steels), 
hard metals, oxide ceramics, and diamond. 


Welding 


Welding is the joining of metals by the application 
of heat and/or pressure, with or without the addition 
of a filler metal. Welding is used to form joints and 
connections, or to protect components against corro- 
sion or wear by the application of an armoring layer of 
a more resistant metal. 


In pressure welding, the parts to be joined are locally 
heated at the place where the joint is to be formed. The 
parts are then pressed together in the plastic state so that 
they are joined. Usually no filler is employed. Cold pres- 
sure welding makes use of high pressure, without the aid 
of heat, to unite parts. Ultrasonic and explosion welding 
are variations of this technique. 


In fusion welding, metals are heated to the tem- 
perature at which they melt, and are then joined with- 
out hammering or the application of pressure. 
Although the joint can be formed without using a filler 
material, a filler is usually employed. The source of 
heat may be gas, electricity, chemical reactions, etc. 
Gas welding uses a flame produced by burning acety- 
lene in oxygen or sometimes another fuel gas. This is a 
widely employed method of welding iron, steel, cast 
iron, and copper. The flame is applied to the edges of 
the joint and to a wire of filler material, which is 
melted and runs into the joint. 


Soldering 


Soldering is the process of joining metal parts by 
means of a molten filler metal (solder) whose melting 
point is lower than that of the metals to be joined. The 
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metals to be joined are wetted by the solder without 
themselves being melted (as in the case of welding). 
Unlike the case of welding, two different metals can be 
joined by soldering. 


There are two types of solders: soft and hard. Soft 
solders usually consist of a mixture of lead and tin; and 
the heat required to melt them is supplied by a solder- 
ing iron. Hard solders include brass (copper-zinc 
alloys) solders, silver solders, copper solders, nickel- 
silver solders, and solders for light alloys; the heat to 
melt them is usually supplied by a blow torch. 


Metal forming 


Sheet metal can be formed into a wide variety of 
hollow shapes and sections. The equipment required 
to work sheet metal ranges from simple hand tools to 
highly automated machinery. The process usually 
begins with basic shearing operations such as cutting, 
slitting, and perforating. This is followed by shaping 
operations, i.e., folding and bending. 


Metallic coatings 
Galvanizing 


Zinc plays an important role in protecting iron 
and steel from corrosion. The process of applying the 
zinc coating is called galvanizing. In hot-dip galvaniz- 
ing, the zinc coating is applied by dipping the object to 
be coated into a bath of molten zinc; the zinc combines 
with the iron to form a coating of iron-and-zinc crys- 
tals. Other galvanizing techniques include electro- 
galvanizing, metallizing, and sherardizing (forming 
intermetallic compounds of iron and zinc on a steel 
surface by heating in the presence of zinc dust below 
the dust’s melting point). 


Metallizing 


Metallizing is a process for applying protective coat- 
ings to iron and steel. It consists of spraying particles of 
molten metal to the surface to be treated, and can be used 
with most common metals including aluminum, copper, 
lead, nickel, tin, zinc, and various alloys. Coatings of lead, 
aluminum, silver or stainless steel are sometimes used for 
protection against corrosion in the chemical and food 
industries. Steel or hard alloy coatings are used as wearing 
surfaces. In the electronics industries, metallic coatings 
are applied to nonmetallic materials to make them electri- 
cally conductive. 


Electroplating 


Electroplating is the process of producing a metal- 
lic coating on a surface by electrodeposition involving 
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KEY TERMS 


Annealing—Heating to and holding at a suitable 
temperature and then cooling at a suitable rate to 
obtain the desired mechanical, physical, or other 
properties. 

Cold working—Deforming metal plastically at a 
temperature lower than the recrystallization 
temperature. 


Ductility—The ability of a material to deform plas- 
tically without fracturing. 


Fracture stress—The maximum principal true 
stress at fracture. 


Metal—An opaque lustrous elemental chemical 
substance that is a good conductor of heat and elec- 
tricity, and when polished a good reflector of light. 


Metalliferous—Containing or yielding metal. 


Sintering—The bonding of adjacent surfaces of 
particles in a mass of metal powders by heating. 


Yield strength—The stress at which a material 
exhibits a specified deviation from the proportion- 
ality of stress to strain. 


an electric current. In electroplating, the coating mate- 
rial is deposited from an aqueous acid or alkaline sol- 
ution (electrolyte) onto the metal surface to be coated. 
Such coatings may have protective and/or decorative 
functions. 


See also Metal production. 
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i Metamorphic grade 


Metamorphic grade reflects the pressure and tem- 
perature involved in forming a particular metamor- 
phic rock. It is based on the existence of particular 
minerals, known as index minerals. Because each 
mineral crystallizes within a limited pressure and 
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temperature range, the presence of particular index 
minerals indicates the relatively specific set of condi- 
tions that existed when the rock formed. 


In the late 1800s, geologist George Barrow recog- 
nized that certain minerals were abundant in particu- 
lar metamorphic rocks. He produced the first scale 
measuring metamorphic grade. For example, the 
low-grade metamorphic rock slate forms when rela- 
tively low pressure and temperature are applied to the 
sedimentary rock shale. If a greater intensity of pres- 
sure and temperature are applied, the slate is altered 
and becomes the rock phyllite—similar to slate, but 
somewhat coarser-grained; additional pressure and 
temperature yields a schist. An even greater increase 
in pressure and temperature transforms the schist into 
gneiss—a high-grade metamorphic rock. With each 
alteration, lower grade index minerals disappear and 
a new set of higher grade index minerals develops. 


The types of metamorphic rocks formed under the 
application of pressure and temperature depend on the 
mineral composition and texture of the parent, or 
original, rocks, as well as the amount of pressure and 
the degree of temperature to which the rocks are sub- 
jected. In general, as the pressure and temperature 
increase so does the texture, or grain size, of the 
rocks formed. 


Metamorphic rocks and facies 


Metamorphic rocks form below the ground 
surface, beyond the reach of near-surface sedimen- 
tary processes of disintegration and consolidation. 
Pressure and temperature increase as depth below the 
ground surface increases. For each 1 mi (1.6 km) 
increase in depth below Earth’s surface, pressure typ- 
ically increases by 0.56 kilobars, while temperature 
increases an average of 70°F (40°C). Minerals and 
rocks form under specific conditions, including unique 
pressure and temperature ranges. If the conditions are 
changed after the rock has formed, the rock becomes 
unstable and must undergo change to again reach 
stability. If these changes include the long-term 
application of increased temperature and pressure to 
any type of rock—whether igneous, sedimentary or 
metamorphic—are sufficient to cause solid-state re- 
crystallization, the end result is a metamorphic rock. 
If melting and recrystallization from a liquid occurs, 
the newly formed rocks are igneous and not metamor- 
phic. This is metamorphism. 


In the order of increasing pressure and temper- 
ature, the metamorphic rocks formed from the sedi- 
mentary rocks shale or mudstones are slate, phyllite, 
schist and gneiss; from volcanic tuff (ash turned to 
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An interior view of the earth showing the metamorphic grade. (Photo Researchers, Inc.) 


rock), various types of schist and amphibolite, a dark 
rock containing hornblende and feldspar; from sandy 
limestone or dolomite, marble, tremolite marble, and 
diopside marble; the latter two being coarse-grained, 
impure forms of marble. 


Although metamorphism produces particular 
types of rocks, when interpreting metamorphic 
grade, geologists often focus on metamorphic facies, 
as opposed to a specific type of metamorphic rock. 
This is because the environment in which metamor- 
phic rocks formed is not easily identified based on a 
single type of rock. 


A metamorphic facies consists of metamorphic 
rocks that form within a similar environment with 
respect to pressure and temperature, and is identified 
by the presence of specific mineral groups. 


Types of metamorphic facies 
Common metamorphic facies include: 
- Hornfels facies: low- to high-grade metamorphism. 
- Zeolite facies: low-grade metamorphism. 
- Greenschist facies: low-grade metamorphism. 
- Amphibolite facies: medium-grade metamorphism. 


- Granulite facies: high-grade metamorphism. 
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- Blueschist facies: low-temperature/high-pressure 
metamorphism. 


- Eclogite facies: high-grade metamorphism. 


Contact, regional, and burial metamorphism pro- 
duce the metamorphic facies listed above. 


Types of metamorphism 
Contact metamorphism 


Contact metamorphism results mainly from an 
increase in temperature with little change in pressure. 
The increase in temperature is caused by injection 
of molten rock, or magma, into surrounding rock 
(referred to as country rock). The area of rock altered 
by the injection of magma is known as an aureole, 
whereas the body of rock formed from the molten 
magma is called an intrusion. The rock closest to the 
source of heat is the most altered; further from the 
source of increased temperature, less alteration occurs. 
Eventually, due to the distance from the intrusion, 
unaltered country rock is encountered. 


Contact metamorphism produces hornfels facies 
from clay-rich parent rocks such as shale. If the parent 
rocks are impure limestones, skarn (low- to high-grade 
metamorphism) is produced. Skarn is a calcium-rich, 
silicate rock containing a variety of minerals, includ- 
ing garnet. Relatively pure sandstones and limestones 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Asthenosphere—Flowing layer of plastic rock situ- 
ated below the lithosphere. 


Hornfels—A metamorphic rock containing micas, 
quartz and garnets and that is formed from clay- 
rich rocks. 


Kilobar—A unit of measure used to express the high 
pressures found within Earth’s interior. It is refer- 
enced to air pressure, the force exerted by the weight 
of the atmosphere at Earth’s surface, which equals 
one bar. A kilobar is 1000 bars. 


Lithosphere—The crust and a portion of the upper 
mantle, which is divided into rigid plates. 


Metamorphic facies—A set of metamorphic rocks 
formed under the similar pressure and temperature 


do not typically form new minerals as a consequence 
of contact metamorphism. 


Regional metamorphism 


Regional metamorphism produces the bulk of 
Earth’s metamorphic rock. The volume of rock affected 
can be hundreds or even thousands of cubic miles. It is 
usually associated with mountain building processes. 


The outer shell of Earth consists of rigid plates, 
composed of the crust and a portion of the upper 
mantle, known collectively as the lithosphere, and a 
flowing layer of plastic rock known as the astheno- 
sphere. Plate tectonic processes—the way in which 
plates move and interact—are an integral part of 
metamorphic events. The plates consist of oceanic 
and continental lithosphere, and these plates are in 
continual motion, sliding past one another, pulling 
apart and colliding. Margins of plates that slide past 
one another are referred to as transform boundaries, 
those pulling apart are called divergent plate bounda- 
ries, and margins of colliding plates are known as 
convergent plate boundaries. 


Each of these boundary types provides an impetus 
for the increased pressure and temperatures needed for 
metamorphism. This discussion of regional metamor- 
phism focuses on the convergent plate boundary, and 
shows the different pressure and temperature environ- 
ments produced by plate movements and the meta- 
morphic facies that they form. 


The collision of two plates is a source of great 
pressure that can give rise to intense deformation 
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conditions and identified by the presence of specific 
minerals. 


Metasomatism—A group of chemical reactions that 
occur when water released during metamorphism of 
rocks is involved in the creation of new minerals. 


Silicate minerals—A group of minerals, containing 
the elements silicon and oxygen plus various others, 
which compose most igneous rocks and many meta- 
morphic and sedimentary rocks as well. The silicate 
minerals, including quartz, and the mineral groups 
feldspar, mica, pyroxene, amphibole, and garnet, 
make up over 90% of Earth’s crust. 


Skarn—A metamorphic rock composed of silicate 
minerals, as well as the elements calcium, alumi- 
num, iron and magnesium. 


(folding and faulting). In addition, the denser plate 
may be subducted or forced under the less dense 
plate, pulling, or subducting, rock deep into zones of 
immense pressure and temperature. Within the colli- 
sion and subduction zones, rocks are recrystallized. 


Regional metamorphism produces greenschist facies 
(low-grade metamorphism), which contains slate, phyllite 
and greenschist; amphibolite facies (medium-grade meta- 
morphism) containing schist and/or amphibolite; and 
granulite facies (high-grade metamorphism), which con- 
tains gneiss and/or granulite. 


Two other metamorphic facies are formed on a 
regional scale and under unique circumstances. The 
blueschist facies forms in the low-temperature, high- 
pressure environment in the upper portion of a sub- 
duction zone. Land-derived sediments accumulated 
deep on the ocean floor are driven into an area of 
high pressure during subduction of an oceanic plate. 
These rocks often have a blue cast or color. 


The eclogite facies indicates high-grade metamor- 
phism produced when oceanic crust containing mag- 
nesium and iron is subducted to extreme depths. The 
very high temperatures and pressures produce garnet 
and pyroxene. 


Burial metamorphism 


Burial metamorphism occurs when sediments or 
rocks are deeply buried and so subjected to increased 
pressure from the weight of the sediments above them. 
As the depth of burial increases, so does the temper- 
ature. Burial may occur separate from or as part of 
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Metamorphic rock 


regional metamorphism. The weight of the overlying 
sediments forces fluids out of pore spaces between 
mineral grains. This fluid then reacts with the minerals 
in a chemical process called metasomatism. Metaso- 
matism is responsible for many of the copper, gold, 
iron ores, tin and zinc deposits found in metamorphic 
rock. It may also occur during contact and regional 
metamorphism. Burial metamorphism produces rocks 
of the zeolite facies. 


Knowledge of metamorphic grade and the facies 
produced allows geologists to map pressure and tem- 
perature zones within metamorphic rocks and to under- 
stand the intense forces required to form specific rocks, 
precious minerals and to build continents. By perform- 
ing metamorphic facies interpretations, geologists can 
determine the geologic history of vast regions of Earth. 
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fl Metamorphic rock 


Metamorphic rock is rock that has changed from 
one type of rock into another. The word metamorphic 
(from Greek) means “of changing form.” Metamor- 
phic rock is produced from igneous rock (rock formed 
from the cooling and hardening of magma), sedimentary 
rock (rock formed from compressed and solidified 
layers of organic or inorganic matter), or existing 
metamorphic rock. Most of Earth’s crust is made of 
metamorphic rock. Igneous and sedimentary rocks are 
transformed into metamorphic rock as a result of 
intense heat from magma and pressure from tectonic 
shifting. Although the rock becomes extremely hot 
and under a great deal of pressure, it does not melt. 
If the rock melted, the process would result in igneous, 
not metamorphic rock. Metamorphism causes the tex- 
ture and mineral composition to change (although the 
chemical composition generally remains the same). 
New textures are formed from a process called recrys- 
tallization. New minerals are created when elements 
recombine. 
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There are two basic types of metamorphic rock: 
regional and thermal. Regional metamorphic rock, 
found mainly in mountainous regions, is formed 
mainly by pressure, as opposed to heat. Different 
amounts of pressure produce different types of rock. 
The greater the pressure, the more drastic the change. 
Also, the deeper the rock, the higher the temperature, 
which adds to the potential for diverse changes. For 
example, mud can lithify into shale (a fine-grained 
sedimentary rock) with relatively low pressure, about 
3 mi (5 km) into Earth. With more pressure and some 
heat, shale can transform into slate and mica. 
Metamorphic rock found closer to Earth’s surface, 
or produced by low pressure, characteristically splits 
or flakes into layers of varying thickness. This is called 
foliation. Slate is often used as roofing tiles and paving 
stones. With lots of pressure and increasing heat, rock 
called schist forms. Schist, which is a medium grained 
regional metamorphic rock also has a tendency to split 
in layers, is subjected to high temperatures and often 
contains crystals, such as garnets. Gneiss is formed by 
a higher pressure and temperature than schist. These 
rocks are coarse grained and, although layered as 
schist is, do not split easily. Essentially, metamorphic 
rocks are made of the same minerals as the original 
rock or parent rock but the minerals have been recrys- 
tallized to make a new rock. 


The degree to which metamorphism has pro- 
gressed, particularly with regard to temperature and 
pressure, is known as the metamorphic grade. Slate, 
for example, is a low grade metamorphic rock whereas 
gneiss is a high grade rock. Metamorphic rocks are 
also described in terms of facies (a term that means 
aspect) defined by minerals formed under particular 
combinations of pressure and temperature. 


Thermal metamorphic rock, also called contact 
metamorphic rock, is formed not only by considerable 
pressure but, more importantly, by intense heat. 
Imagine molten rock pushing up into Earth’s crust. 
The incredible pressure fills any empty space, every 
nook and cranny, with molten rock. This intense heat 
causes the surrounding rock to completely recrystal- 
lize. During recrystallization, the chemical composi- 
tion “regroups” to form a new rock. An example of 
this type of thermal metamorphic rock is marble, 
which is actually limestone whose calcite has recrystal- 
lized. Sandstone made mostly of quartz fragments 
recrystallizes into quartzite. Thermal metamorphic 
rocks are not as common or plentiful as regional 
metamorphic rocks. Sometimes a metamorphic rock 
can become metamorphosed. This is known as 
polymetamorphism. 


See also Rocks. 
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l Metamorphism 


Metamorphism is the process by which the struc- 
ture and mineral content of rocks transform in 
response to changes in temperature, pressure, fluid 
content (gas or water), or a combination of these. 
Because the minerals that make up rocks are stable 
only within certain ranges of temperature and pres- 
sure, large changes in these conditions cause minerals 
to change chemically or to change shape, or both. 
Minerals that form during metamorphism include 
varieties of garnet, mica, amphibole, and serpentine. 
Metamorphism produces characteristic textures in 
metamorphic rocks, the type of rocks that have under- 
gone metamorphism, such as alignment of elongate 
crystals or differentiation of different minerals into 
layers. Distinctive minerals and textures are keys to 
distinguishing rocks that have experienced metamor- 
phism from unmetamorphosed sedimentary and igne- 
ous rocks. 


Metamorphism has captured the interest of geol- 
ogists for many years. James Dana, a noted American 
geologist, wrote about the alteration of rocks by meta- 
morphism in his Manual of Geology, first published in 
1862. By the 1920, the Finnish geologist Pentii Eskola 
began to note differences in the degree of metamor- 
phism of rocks in different areas on the basis of the 
different groups of minerals that typically occur 
together in metamorphic rocks. 


The minerals that typically occur in distinctive 
groups in metamorphic rocks are known as metamor- 
phic facies. Metamorphic facies reflect different con- 
ditions during metamorphism. For example, ongoing 
metamorphism of shale at continuously increasing 
temperature and pressure initially produces slate, 
then phyllite, schist, and gneiss. As the pressure and 
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temperature change, the structures and minerals in 
rocks change to forms that are stable in those condi- 
tions. Thus, by studying the minerals present in an 
area, scientists can estimate the pressure and temper- 
ature at which metamorphism occurred. 


Matching metamorphic rocks to their unmeta- 
morphosed precursors is not always easy. However, 
some metamorphic rocks typically form from certain 
precursor rocks. For example, marble is a meta- 
morphic rock that forms during metamorphism of 
limestone, a sedimentary rock. Metamorphism of 
other sedimentary rock, such as shale, can produce 
slate. Sandstone metamorphoses into quartzite. 
Granite, an igneous rock, can become gneiss during 
metamorphism. 


Products of metamorphism occur worldwide. 
Familiar examples include slate roofs and marble 
floors, garnet jewelry, and asbestos insulation made 
from serpentine and amphibole minerals. Because of 
their unusual minerals and structures, as well as their 
association with majestic mountain ranges, metamor- 
phic rocks are among the most beautiful. 


Types of metamorphism 


Scientists recognize several types of metamor- 
phism: regional metamorphism, contact metamor- 
phism, dynamic metamorphism, and hydrothermal 
metamorphism. These occur between the low-temper- 
ature process of diagenesis (temperature above 392°F 
[200°C] and pressure greater than 1,000 bars) and the 
high temperatures at which rocks melt and later cool 
to form igneous rocks (approximately 1,112-1,472°F 
[600—800° C] in temperature and more than 10,000 bars 
pressure). 


Regional metamorphism, the wide-scale altera- 
tion of rocks during major tectonic events, can pro- 
duce spectacular textures and structures in rocks, 
including folds of layers of rocks, folds of individual 
minerals (mica, for example), and rotated garnet crys- 
tals. Examples of regional metamorphism abound, 
from Acadia National Park in Maine and the 
Appalachian Mountains in the eastern part of the 
United States, to the Llano Uplift of central Texas, 
and the Precambrian rocks of the Grand Canyon. The 
Alps of Europe and the Himalayas of Asia also show 
effects of regional metamorphism. 


Contact metamorphism, or thermal metamor- 
phism, occurs when heat from igneous intrusions, 
melted rocks that move upward, come in contact 
with cooler rocks above. The cooler rocks do not 
melt, but recrystallize as a result of heating. The 
Palisades sill, an igneous intrusion, produced contact 
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Metamorphism 


KEY TERMS 


Diagenesis—Compaction, cementation, and other 
processes that transform sediments into sedimentary 
rock at low temperatures. 


Intrusion—Movement of melted rock into solid 
rock. The heat from the melted material can cause 
contact metamorphism of the solid rock. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. Uranium has 
three naturally occurring isotopes, uranium-238, 
uranium-235, and uranium-234. 


Metamorphic facies—A group of metamorphic 
minerals typically found together. Different 


metamorphism in the rocks into which it intruded, and 
is well exposed beneath the George Washington 
Bridge near New York City. 


Dynamic metamorphism occurs along faults that 
have zones of intense pressure. Rocks along faults grind 
past each other during faulting. The finely ground rock 
in the fault can recrystallize under pressure, especially if 
friction along the fault produces heat or if hot fluids 
move through the fault. 


Hydrothermal metamorphism requires the pres- 
ence of hot fluids derived from igneous rock nearby. 
The fluids react with minerals in the surrounding rock 
to produce different minerals. The metamorphic min- 
eral serpentine forms when dense igneous rocks, such 
as those in the oceanic crust, metamorphose in the 
presence of hot fluids to form less dense metamorphic 
rock called serpentinite. 


Current research in metamorphism 


Current research in the field of metamorphism 
ranges from studies of the chemical composition of 
single crystals within metamorphic rocks (garnet, for 
example) to the mysteries of metamorphic rocks that 
form at extremely high pressure, presumably deep 
within Earth, and now exist at Earth’s surface without 
changes in the minerals in the rocks as the pressure 
decreased during uplift to the surface. The effects of 
fluids on metamorphism continue to attract the atten- 
tion of researchers. 


Studies of the ratios of unstable isotopes (for 
example, uranium, rubidium, strontium, and argon) 
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metamorphic facies form at different temperatures 
and pressures. 


Mineral—A naturally occurring substance with a 
distinct chemical composition and _ structure. 
Quartz, magnetite, calcite, and garnet are minerals. 


Regional metamorphism—Widespread change in 
temperature and pressure that alters rock, usually 
associated with tectonic events. 


Rock—A naturally occurring solid mixture of 
minerals. 


Tectonic event—Episode of movement or deforma- 
tion of the large plates of oceanic and continental 
crust that cover Earth. Mountain building and regional 
metamorphism can result from tectonic events. 


allow scientists to determine the times at which rocks 
metamorphosed. Such data are valuable in studies of 
regional metamorphism, particularly in areas that 
have experienced multiple episodes of metamorphism. 


Economically important metamorphic minerals 
such as serpentine can affect health. In the past few 
years, asbestos removal has had significant impact on 
the cost of operating schools and other public build- 
ings. In the confusion over illness associated with asbes- 
tos made from the amphibole mineral crocidolite, 
citizens demanded the removal of all asbestos, unaware 
that a less-hazardous form of asbestos, the serpentine 
mineral chrysotile, also was removed at great expense. 


Research in the field of metamorphism continues 
to include traditional geological activities such as pre- 
paring maps of surface exposures of metamorphic 
rocks from field studies, observing thin slices of meta- 
morphic rocks using microscopes, and assessing the 
time, temperature, and pressure at which metamor- 
phism occurs. New technology, particularly lasers 
and x-ray tomography, allow scientists to examine 
rocks and single crystals in sufficient detail to under- 
stand how crystals grow during metamorphism and at 
what temperatures and pressures they grow. 
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l Metamorphosis 


Metamorphosis is the transition in overall body 
pattern that occurs during the life history of some 
animals following birth or hatching. Two well known 
examples are the development of caterpillars into but- 
terflies and tadpoles into frogs. 


Metamorphosis is considered an indirect form of 
development, in that a metamorphic animal passes 
through morphologically distinct stages before reach- 
ing the adult form. In contrast, humans and many other 
animals undergo direct development, in that the young 
and old resemble one another, except in size and sexual 
maturity. Metamorphosis occurs in at least 17 phyla of 
the animal kingdom, including Porifera (sponges), 
Cnidaria (jellyfish and others), Platyhelminthes (flat- 
worms), Mollusca (mollusks), Annelida (segmented 
worms), Arthropoda (insects and others), Echinoder- 
mata (sea urchins and others), and Chordata (vertebrates 
and others). Although the term “metamorphosis” is 
generally not applied to plants, many plants have a 
developmental life cycle, called the alternation of gener- 
ations, which is also characterized by a dramatic change 
in overall body pattern. 


General features 


In general, cells in the different parts of a multi- 
cellular organism all have the same genes, although 
only some of these genes are expressed (translated into 
proteins) in any given cell. At the molecular level, highly 
regulated temporal and spatial changes in gene expres- 
sion causes metamorphosis in all animals. Thus, in the 
case of a butterfly, a very simple model of metamor- 
phosis is that one family of genes is expressed in the 
larva (caterpillar), a second family of genes in the pupa, 
and a third family of genes in the imago (adult). Such a 
model provides a framework for studies of metamor- 
phosis, although there is clearly much more to meta- 
morphosis than implied by this simple model. 


Metamorphosis is associated with adaptive 
changes in the way an organism interacts with its 
environment, and this may be why it evolved inde- 
pendently in so many different phyla of the animal 
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The transformation from larva to adult that a butterfly 
undergoes during pupation is an example of metamorphosis. 
(Nelson-Bohart and Associates/Phototake NYC.) 


kingdom. For example, adult amphibians (Chordata 
phylum) often eat very different foods than their lar- 
vae. Thus, adults and larvae do not compete for food, 
a limiting resource in many environments. A second 
example of the adaptive significance of metamorpho- 
sis is in barnacles (Arthropoda phylum). Adult bar- 
nacles are sessile, but the larvae are free-swimming. 
Thus, the dispersal of larvae gives adults the opportu- 
nity to colonize new habitats, where the local environ- 
ment might be more favorable. 


Environmental cues often trigger hormonal 
changes in an animal that lead to metamorphosis. 
For example, many insects enter a dormant stage of 
development during the winter and often will not 
metamorphose unless exposed to low temperatures. 
Light is another important environmental cue which 
triggers metamorphosis. In one well known case, the 
length of the light period in a light-dark cycle controls 
metamorphosis of fruit fly pupae into adults. 
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Metamorphosis 


Insects 


Some of the best known cases of metamorphosis 
occur in insects, a class of the Arthropoda phylum. 
There are about a half million known species of 
insects, and great diversity in the way different insects 
develop. According to one classification scheme based on 
metamorphosis, insects are classified as Ametabola, 
Hemimetabola, or Holometabola. 


The Ametabola do not undergo metamorphosis. 
This is an evolutionary primitive condition and is 
exemplified by insects such as the bristletails and 
springtails. During development, these insects increase 
in size, but do not undergo distinct changes in form. In 
general, the Ametabola do not have wings. 


The Hemimetabola undergo gradual metamor- 
phosis. This is exemplified by insects such as the drag- 
onflies, termites, roaches, and grasshoppers. In the 
Hemimetabola, a form called the nymph hatches 
from the egg. Nymphs lack wings, but have compound 
eyes and otherwise resemble the adult form, except 
they are smaller. The wings of the Hemimetabola 
grow gradually during a series of molts, developmen- 
tal periods in which the cuticular exoskeleton is shed, 
allowing for growth. 


The Holometabola undergo complete metamor- 
phosis. This is exemplified by insects such as moths, 
butterflies, wasps, and flies. In the Holometabola, a 
worm-like larva with short legs, no wings, and simple 
eyes, hatches from the egg. As in the Hemimetabola, 
the larva increases in size through a series of molts. 
Eventually, the larva develops into a pupa inside a 
cocoon. The pupa is often considered a resting stage 
and can often survive in unfavorable environments. 
Eventually, the pupa metamorphoses into an adult. In 
this process, the pupa resorbs larval organs and uses 
them as nutrients while special groups of cells, called 
imaginal discs, form and reshape the insect. The adult 
typically has wings, compound eyes, legs, antennae, 
and sexual organs. 


Hormones 


Hormones have an important role in insect meta- 
morphosis. In many species, two classes of hormones, 
molting hormones (made by the prothoracic glands) 
and juvenile hormones (made by the corpora allata) 
act together to control metamorphosis. Each regulates 
the expression of different genes, so that a change in 
their relative concentrations causes metamorphosis, 
the development of different body patterns. 


The two well known molting hormones are ecdy- 
sone and 20-hydroxyecdysone. These control the 
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molting of larvae prior to metamorphosis and their 
level remains relatively constant during development. 
There are three known juvenile hormones. These grad- 
ually decrease in concentration during the many stages 
of larval molting. When their concentration falls 
below a critical level, the larva transforms into a 
pupa. Then, production of juvenile hormones ceases 
and the pupa metamorphoses into an adult. 


Interestingly, the leaves of some trees, such as 
hemlock, make a chemical similar to the juvenile hor- 
mones of insects. When larvae (caterpillars) feed on 
these leaves, they cannot metamorphose into the adult 
form. Apparently, this is a chemical defense mecha- 
nism some trees use to prevent leaf-feeding insects 
from reaching sexual maturity. 


Amphibians 


Metamorphosis has also been extensively studied 
in amphibians, a class of vertebrates which includes 
frogs, toads, and salamanders. “Amphibian” 
means dual (amphi-) life form (-bian) and refers to 
the typical life history of these animals, in which an 
aquatic larva metamorphoses into a terrestrial adult. 
The reptiles, such as turtles, lizards, and snakes, is 
another class of vertebrates whose species superficially 
resemble adult amphibians, but do not undergo 
metamorphosis. 


Metamorphosis differs in the many different 
amphibian species. In frog development, the eggs 
hatch and give rise to tadpoles, small aquatic larvae 
that have external gills and are mainly vegetarian. As 
the tadpole grows, internal gills and limbs form. 
Several significant changes occur during metamor- 
phosis into the adult, including growth of a large 
mouth and tongue, loss of gills, formation of lungs, 
growth of the front legs, and resorption of the tail. 
Numerous biochemical changes accompany these 
morphological changes, such as synthesis of a new 
visual pigment in the eyes and a new oxygen-binding 
hemoglobin protein in the blood. The adult is mainly 
insectivorous and partly terrestrial. 


Interestingly, the sexually mature adults of some 
amphibians, such as the axolotl, have a larval mor- 
phology. The retention of larval or juvenile character- 
istics in adulthood is defined as neoteny. Neoteny is 
apparently caused by a genetic mechanism which 
uncouples development of body cells and the develop- 
ment of the sexual organs. Although neoteny is most 
apparent in amphibians, because they are normally 
metamorphic, changes in developmental timing may 
underlie the evolution of many species, including 
humans. 
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KEY TERMS 


Alternation of generations—General feature of the 
life cycle of many plants, characterized by the occur- 
rence of multiple reproductive forms which often 
have very different overall body patterns. 


Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
protein or RNA molecule, and therefore for a specific 
inherited characteristic. 


Gene expression—Molecular process in which a 
gene is transcribed into a specific RNA (ribonucleic 
acid), which is then translated into a specific protein. 


Hormone—Chemical regulator of physiology, growth, 
or development which is typically synthesized in one 


Hormones 


As in insects, a complex interaction of hormones in 
the amphibian larva precipitates metamorphosis. 
Ultimately, two major classes of hormones act together 
to control amphibian metamorphosis: the thyroid hor- 
mones (made by the thyroid gland) and prolactin (made 
by the pituitary gland). Thyroid hormones function 
somewhat like the molting hormones of insects, in 
that an increase of their concentration relative to pro- 
lactin leads to metamorphosis of the larva into the 
adult. Prolactin functions somewhat like the juvenile 
hormones of insects, in that it tempers the action of the 
thyroid hormones. In most species, thyroid hormones 
increase dramatically in concentration during meta- 
morphosis and this stimulates resorption of certain 
larval organs and differentiation of new adult organs. 


Developmental biologists often investigate amphib- 
ian metamorphosis by experimentally manipulating hor- 
mone levels. For example, injection of thyroxine into a 
young larva can induce metamorphosis, although the 
injection must be at an appropriate stage of larval devel- 
opment and injection of high levels can lead to develop- 
mental abnormalities. If the thyroid gland is removed 
from a larva, it will not metamorphose into the adult 
form; moreover, a larva without a thyroid will metamor- 
phose into an adult if thyroid tissue is implanted. 


The relative ease with which these and other exper- 
imental manipulations of hormone levels can alter 
metamorphosis indicates that hormones have a pro- 
found effect on development. It also indicates that the 
endocrine system is relatively malleable. These two fea- 
tures suggest that natural selection may dramatically 
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region of the body and active in another and is typically 
active in low concentrations. 


Imago—Adult form of an insect that develops from a 
larva and often has wings. 


Larva—|Immature form (wormlike in insects; fishlike 
in amphibians) of a metamorphic animal which 
develops from the embryo and differs radically 
from the adult. 


Molting—Shedding of the outer layer of an ani- 
mal, such as the cuticle during growth of insect 
larvae. 


Neoteny—Retention of larval or juvenile character- 
istics in a sexually mature adult. 


affect the course of animal evolution by altering the 
endocrine system. 
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l Meteorology 


Meteorology is a science that studies the processes 
and phenomena of the atmosphere. 


Meteorology is subdivided into many specialty 
areas including—but not limited to—physical 


2731 


AS80|0103}3W 
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meteorology (dealing with physical aspects of the 
atmosphere such as rain or cloud formation, or rain- 
bows and mirages), synoptic meteorology (the analysis 
and forecast of large-scale weather systems), dynamic 
meteorology (studies of change based upon the laws of 
theoretical physics and geochemistry), climatology, 
aviation meteorology, atmospheric chemistry, atmos- 
pheric optics, and agricultural meteorology. While 
meteorology usually refers to the study of Earth’s 
atmosphere, atmospheric science can include the 
study of the atmospheres of all the planets in the 
solar system. 


Greek philosopher and scientist Aristotle (384-322 
BC), the first to use the word meteorology in his book 
Meteorologica (c. 340 BC) summarizing the knowledge 
of that time about atmospheric phenomena. He spec- 
ulatively wrote about clouds, rain, snow, wind, and 
climatic changes, and although many of his findings 
later proved to be incorrect, many of them were 
insightful. 


Although systematic weather data recording began 
about the fourteenth century, the lack of weather meas- 
uring instruments made only visual observations possi- 
ble at that time. The real scientific study of atmospheric 
phenomena started later with the invention of devices 
to measure weather data: the thermometer in about 
1600 for measuring temperature, the barometer for 
measuring atmospheric pressure in 1643, the anemom- 
eter for measuring wind speed in 1667, and the hair 
hygrometer for measuring humidity in 1780. In 1802, 
the first cloud classification system was formulated, and 
in 1805, a wind scale was first introduced. These meas- 
uring instruments and new ideas made possible gather- 
ing of actual data from the atmosphere giving the basis 
for scientific theories for properties of the atmosphere 
(pressure, temperature, humidity, etc.) and its govern- 
ing physical laws. 


In the early 1840s, the first weather forecasting 
services started with the use of the telegraph to trans- 
mit meteorological information. At that time, meteor- 
ology was still in the descriptive phase, and relied on 
simple observation with little scientific theories and 
calculations involved, although weather maps could 
be drawn, and storm systems and surface wind pat- 
terns were being recognized. 


Meteorology became more scientifically rigorous 
during World War I, when Norwegian physicist 
Vilhelm Bjerknes (1862-1951) introduced a modern 
meteorological theory stating that weather patterns 
in the temperate middle latitudes are the result of 
the interaction between warm and cold air masses. 
His descriptions of atmospheric phenomena and 
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forecasting techniques were based on the laws of 
physics, and stipulated that predictions could be 
made of atmospheric dynamics based on physical 
laws. 


Advances in understand physical events also 
translate to advances in understanding dynamics on 
a global scale. For example, a nucleation event is the 
process of condensation or aggregation (gathering) 
that results in the formation of larger drops or crystals 
around a material that acts as a structural nucleus 
around which such condensation or aggregation pro- 
ceeds. Moreover, the introduction of such structural 
nuclei can often induce the processes of condensation 
or crystal growth. Accordingly, nucleation is one of 
the ways that a phase transition can take place in a 
material. These fundamentals regarding nucleation 
are true whether in a microchemistry experiment or 
in the formation of rain and snow crystals. 


In addition to an importance in explaining a wide 
variety of geophysical and geochemical phenomena— 
including crystal formation—the principles of nuclea- 
tion were used in cloud seeding weather modification 
experiments where nuclei of inert materials were dis- 
persed into clouds with the hopes of inducing conden- 
sation and rainfall. 


By the 1940s, upper-level measurements of pres- 
sure, temperature, wind and humidity clarified more 
about the vertical properties of the atmosphere. 
Observations made during World War II (1939-1945) 
also led to discovery of the jet stream. In the 1950s, 
radar became important for detecting precipitation 
over a remote area. Also in the 1950s, with the invention 
of the computer, weather forecasting became not only 
quicker but also more reliable, because the computers 
could solve the mathematical equations of the atmos- 
pheric models much faster. Early computer simulations 
of weather by meteorologist Edward Lorenz were also 
important in the development of chaos theory, reflect- 
ing the complexity of weather forecasting. In 1960, the 
first meteorological satellite was launched to provide 
24-hour monitoring of weather events worldwide. 


These satellites now give three-dimensional data 
to high-speed computers for faster and more precise 
weather predictions. Computers are capable of plot- 
ting the observation data, and solving huge models not 
only for near-term weather forecasting, but also cli- 
matic models on time scales of centuries. Predictions 
still contain degrees of uncertainty, computers still 
have their capacity limits and the models used still 
contain many uncertainties. Advances in prediction 
reliability are critical because changes in climate and 
weather—especially predictions involving severe 
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weather events such as hurricanes and tornadoes—can 
greatly and adversely impact both personal safety and 
economic interests. 


Many complicated issues remain at the forefront 
of meteorology, including air pollution, global warm- 
ing, El Nifio events, climate change, ozone hole, and 
acid rain issues. 

See also Air masses and fronts; Atmosphere obser- 
vation; Atmosphere, composition and _ structure; 
Atmospheric circulation; Atmospheric temperature; 
Dew point; Fog; Greenhouse effect; Hydrologic cycle; 
Weather forecasting; Weather mapping; Weather 
modification; Wind chill; Wind shear. 
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| Meteors and meteorites 


The word meteor is derived from the Greek 
meteron, meaning something high up. Today, the 
Greek term is also associated with the scientific study 
of weather (meteorology). In astronomy, “meteor” is 
synonymous with “meteoroid,” defined as any solid 
object moving in interplanetary space that is smaller 
than a few meters in diameter. A visual meteor, or 
shooting star, is produced whenever a meteor as 
large as (or larger than) a grain of sand is vaporized 
in Earth’s upper atmosphere. If a meteoroid survives 
its passage through the atmosphere, without being 
fully vaporized and falls to the ground, it is a called a 
meteorite. 


Visual meteors 


Upon entering Earth’s upper atmosphere, a 
meteoroid begins to collide with an ever-increasing 
number of air molecules. These collisions will both 
slow the meteoroid down and heat its surface layers. 
Some of the meteoroid’s lost energy is transformed 
into light; it is this light we observe as a meteor. As 
the meteoroid continues its journey through the 
atmosphere, its surface layers become so hot that 
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vaporization begins. Continued heating causes more 
and more surface mass loss in a process known as 
ablation, and ultimately the meteoroid is completely 
vaporized. 


The amount of surface heating that a meteoroid 
experiences is proportional to its surface area, and 
consequently very small meteoroids are not fully 
vaporized in the atmosphere. The size limit below 
which vaporization is no longer important is about 
0.0004 in (0.01 mm). The smallest of meteoroids can 
safely pass through Earth’s atmosphere without much 
physical alteration, and they may be collected as 
micrometeorites at Earth’s surface. It is estimated 
that 22,000 tons (20,000 metric tons) of micrometeor- 
itic material falls to earth every year. 


Visual meteors (shooting stars) are produced 
through the vaporization of millimeter-sized meteor- 
oids. The speed with which meteoroids enter Earth’s 
atmosphere varies from a minimum of 7 mi/sec 
(11 km/sec) to a maximum of 45 mi/sec (72 km/sec). 
The meteoroid ablation process typically begins at 
heights between 62-71 mi (100-115 km) above 
Earth’s surface, and the whole meteoroid is usually 
vaporized by the time it has descended to a height of 
43.5 mi (70 km). 


Astronomers have found that the visually 
observed meteors are derived from two meteoroid 
populations; a continuously active, but sporadic, 
background and a number of specific sources called 
meteoroid streams. 


Sporadic meteors 


On any clear night of the year an observer can 
expect to see about 10-12 sporadic meteors per hour. 
Sporadic meteors can appear from any part of the sky, 
and about 500,000 sporadic meteoroids enter Earth’s 
atmosphere every day. 


Meteor activity is often described in terms of the 
number of meteors observed per hour. The observed 
hourly rate of meteors will be dependent upon the 
prevalent “seeing” conditions, and factors such as 
the presence of a full moon, local light pollution, and 
clouds will reduce the meteor count and hence lower 
the observed hourly rate. Astronomers often quote a 
corrected hourly rate which describes the number of 
meteors that an observer would see, each hour, if the 
observing conditions were perfect. 


Observations have shown that the corrected 
hourly rate of sporadic meteors varies in a periodic 
fashion during the course of a day. On a typical clear 
night the hourly rate of sporadic meteors is at a 
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Meteors and meteorites 


Position of Earth in May. 
Occurrence of the Eta 
Aquarid meteor shower. 


Earth's orbit 


Position of Earth in October. 
Occurrence of the Orionid 


meteor shower. 


Meteoroid stream 


Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


minimum of about six meteors per hour at 6 PM. The 
hourly rate climbs steadily during the night until it 
reaches a maximum of about 16 meteors per hour 
around 4 AM. 


This daily variation in the hourly rate of sporadic 
meteors is due to the Earth’s rotation in its orbit about 
the sun. In the evening, a sporadic meteoroid has to 
catch up with Earth if it is to enter the atmosphere and 
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be seen. This is because at about 6 PM local time an 
observer will be on that part of Earth’s surface which is 
trailing in the direction of Earth’s motion. In the early 
morning, however, the observer will be on the leading 
portion of Earth’s surface, and consequently Earth 
will tend to “sweep up” all the meteoroids in its path. 
An observer will typically see two to three times more 
sporadic meteors per hour in the early morning than in 
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Observed path projected | 
onto celestial sphere 


Radiant 


True meteor 
path through 
atmosphere 


Observer 


Figure 2. (Hans & Cassidy. Courtesy of Gale Group.) 


the early evening; and will see them at high speeds 
relative to Earth. 


Meteor showers 


Meteor showers occur when Earth passes through 
the tubelike structure of meteoroids left in the wake of 
a comet. Such meteoroid tubes, or as they are more 
commonly called meteoroid streams, are formed after 
a comet has made many repeated passages by the sun. 
Meteoroid streams are composed of silicate (ie. 
rocky) grains that were once embedded in the surface 
ices of a parent comet. Grains are released from a 
cometary nucleus whenever solar heating causes the 
surface ices to sublimate. New grains are injected into 
the meteoroid stream each time the comet passes close 
by the sun. 


The individual dust grains (technically meteoroids 
once they have left the comet) move along orbits that 
are similar to that of the parent comet. Gradually, 
over the course of several hundreds of years, the mete- 
oroids form a diffuse shell of material around the 
whole orbit of the parent comet. Provided that the 
stream meteoroids are distributed in a reasonably uni- 
form manner, a meteor shower will be seen each year 
when Earth passes through the stream (Fig. 1). The 
shower occurs at the same time each year because the 
position at which the meteoroid stream intersects 
Earth’s orbit does not vary much from one year to 
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the next. There are long-term variations, however, and 
the days during which a shower is active will change 
eventually. 


When Earth passes through a meteoroid stream, 
the meteoroids are moving through space along nearly 
parallel paths. Upon entering Earth’s atmosphere, 
however, a perspective effect causes the shower meteors 
to apparently originate from a small region of the sky; 
this region is called the radiant. (Fig. 2). 


The radiant is typically just a few degrees across 
when projected onto the night sky. A meteor shower is 
usually, but not always, named after the constellation 
in which the radiant falls on the night of the shower 
maximum. The Orionid meteor shower, for example, 
is so named because on the night of the shower max- 
imum (October 21st) the stream radiant is located in 
the constellation of Orion. Some meteor showers are 
named after bright stars. The Eta Aquarid meteor 
shower, for example, is so named because on the 
night of the shower maximum (May 3rd) the radiant 
is close to the seventh brightest star in the constellation 
of Aquarius (by convention the brightest stars in a 
constellation are labeled after the Greek alphabet, 
and accordingly, the seventh letter in the Greek alpha- 
bet is eta). 


Probably the best known meteor shower is the one 
known as the Perseid shower. This shower reaches its 
peak on the night of August 12th each year, but meteors 
can be observed from the stream for several weeks on 
either side of the maximum. The shower’s radiant 
first appears in the constellation of Andromedia in 
mid-July, and by late August it has moved into the 
constellation of Camelopardalis. The radiant is in the 
constellation of Perseus on the night of the shower 
maximum. 


The steady eastward drift of the radiant across the 
night sky is due to the motion of Earth through the 
Perseid meteoroid stream. The nearly constant year- 
to-year activity associated with the Perseid meteor 
shower indicates that the stream must be very old. 
Essentially Earth encounters about the same number 
of Perseid meteoroids each year even though it is 
sampling different segments of the stream. Since 
1988, however, higher than normal meteor rates have 
been observed about twelve hours before the time of 
the traditional shower maximum (August 12th). This 
short-lived period (approximately half an hour) of 
high activity is caused by new meteoroids which were 
ejected from the stream’s parent comet, Comet Swift- 
Tuttle, in 1862. Comet Swift-Tuttle last rounded the 
sun in late 1992, and it is expected that higher than 
normal meteor rates will be visible half-a-day before 
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Meteors and meteorites 


Meteorites vary greatly in size and so do the craters they 
make. This tiny crater is the result of a micro-meteor impact 
on lunar rock. This image, as viewed, is several hundred 
times the crater’s actual size. (ULM Visuals.) 


the time of the “traditional” Perseid maximum for the 
next few decades. 


Another meteor shower known as the Leonid 
occurs every year in November, caused by the tail of 
comet Tempel-Tuttle, which passes through the inner 
solar system every 32—33 years. Such a year was 1998; 
on November 17 and 18, 1998, observers on earth saw 
as many as 200 meteors an hour. The shower was so 
intense that it generated widespread concern about the 
disruption of global telecommunications and the pos- 
sible damage or destruction of space telescopes. Partly 
as a result of careful preparation by satellite and tele- 
scope engineers, however, concerns appeared to be 
minimal. 


Meteorites 


If a meteoroid is to survive its passage through 
Earth’s atmosphere to become a meteorite, it must be 
both large and dense. If these physical conditions are 
not met, it is more than likely that the meteoroid, as it 
ploughs through Earth’s atmosphere, will either crum- 
ble into many small fragments, or it will be completely 
vaporized before it hits Earth’s surface. Most of the 
meteoroids that produce meteorites are believed to be 
asteroidal in origin. In essence they are the small frag- 
mentary chips thrown off when two minor planets 
(asteroids) collide. Meteorites are very valuable then, 
for bringing samples of asteroidal material to earth. 
A few very rare meteorite samples are believed to have 
come from the planet Mars and the moon. It is believed 
that these rare meteorite specimens characterize 
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material that was ejected from the surfaces of Mars 
and the moon during the formation of large impact 
craters. 


Accurate orbits are presently known for a few 
recovered meteorites, including the Pibram meteorite, 
which fell in the Czech Republic in 1959; the Lost City 
meteorite, which fell in Oklahoma in 1970; the 
Innisfree meteorite, which fell in Alberta, Canada, in 
1977; and the Peekskill meteorite, which fell in New 
York State in 1992. All four of these meteorites have 
orbits that extend to the main asteroid belt between 
the planets Mars and Jupiter. 


Meteorites are superficially described as being 
either falls or finds. A meteorite fall is scientifically 
more useful than a find because the exact time that it 
hit Earth’s surface is known. Finds, on the other hand, 
are simply that—meteorites that have been found by 
chance. The largest meteorite find to date is that of the 
66-ton (60-metric ton) Hoba meteorite in South 
Africa. Meteorites are either named after the specific 
geographic location in which they fall, or after the 
nearest postal station to the site of the fall. 


An analysis of meteorite fall statistics suggests 
that about 30,000 meteorites of mass greater than 3.5 
oz (100 g) fall to earth each year. Of these meteorites 
the majority weigh just a few hundred grams, only a 
few (about 5,000) weigh more than 2.2 Ib (1 kg), and 
fewer still (about 700) weigh more than 22 lb (10 kg). 
In general the number of meteoroids hitting Earth’s 
atmosphere increases with decreasing meteoroid mass: 
milligram meteoroids, for example, are about a mil- 
lion times more common than meteoroids weighing a 
kilogram. 


Classification 


Meteorites are classified according to the amount 
of silicate and metallic nickel-iron that they contain. 
Three main meteorite types are recognized; these are 
the irons, the stones, and the stony-irons. The iron 
meteorites consist almost entirely of nickel-iron, 
while the stone meteorites are mostly silicates. The 
stony-iron meteorites contain both nickel-iron and 
silicates. The stony meteorites are further divided 
into chondrites and achondrites. The term chondrite 
(pronounced KON-drite) is applied if the meteorite is 
composed of many small, rounded fragments (called 
chondrules) bound together in a silicate matrix. If no 
chondrules are present then the meteorite is an achon- 
drite. Most (about 85%) of the stony meteorites are 
chondrites. Meteorite fall statistics indicates that 
about 96% of meteorites are stony, 3% are irons and 
1% are stony-irons. 
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KEY TERMS 


Ablation—The process by which a meteoroid is 
heated and stripped of its surface layers. 


Meteoroid—A solid object in interplanetary space 
which is much larger than an atom or molecule, but 
smaller than a few meters in diameter. Once larger 
than several meters in diameter solid interplanetary 
objects are usually classified as either minor plan- 
ets (asteroids) or comets. 


Radiant—The small region of the sky from which 
shower meteors appear to originate. 


Silicates—Compounds made primarily of silicon 
and oxygen. Two examples are the minerals pyrox- 
ene and olivine. 


Sublimate—The process by which ice vaporizes 
without passing through a liquid stage. 


Risk assessment 


Even though many thousands of meteorites fall to 
earth each year it is rare to hear of one hitting a human 
being. The chances of a human fatality resulting from 
the fall of a meteorite have been calculated as one 
death, somewhere in the world, every 52 years. 
Thankfully no human deaths from falling meteorites 
have been reported this century. A woman in 
Sylacauga, Alabama, was injured, however, by a 
8.6-lb (3.9-kg) meteorite that crashed through the 
roof of her house in 1954. Another close call occurred 
in August of 1991 when a small meteorite plunged to 
the ground just a few meters away from two boys in 
Noblesville, Indiana. 


In contrast to the situation with human beings, 
meteorite damage to buildings is much more com- 
mon—the larger an object is the more likely it will be 
hit by a meteorite. A farm building, for example, was 
struck by a meteorite fragment in St. Robert, Quebec 
in June 1994. Likewise, in August 1992, a small village 
in Uganda was showered by at least 50 meteorite frag- 
ments. Two of the meteorites smashed through the 
roof of the local railway station, one meteorite pierced 
the roof of a cotton factory, and another fragment hit 
an oil storage facility. One of the more spectacular 
incidents of meteorite-sustained damage in recent 
times is that of the Peekskill meteorite, which fell in 
October of 1992 and hit a parked car. 


Solid bodies of all sizes drift through space and 
occasionally strike Earth; there is no firm dividing line 
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between meteoroids and other objects. A mass of rock 
about the size of Manhattan Island (about 10 km or 
6 mi across) struck Earth about 65.5 million years ago, 
creating a giant creator and killing off most of the 
plant and animal species inhabiting Earth at that 
time. There is no reason why such an event could not 
recur in the future. 


See also Astroblemes; Astronomy; Catastrophism; 
Cosmology; Extinction; Impact crater. 
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Meter see Metric system 
Methane see Hydrocarbon 
Methanol see Alcohol 


l Methyl group 


Methyl group is the name given to the portion of 
an organic molecule that is derived from methane by 
removal of a hydrogen atom (-CH;). A methyl group 
can be abbreviated in chemical structures as -Me. The 
methyl group is one of the alkyl groups defined by 
dropping the -ane ending from the parent compound 
and replacing it with -y/. The methyl group is derived 
from the parent alkane, methane (HCH;) by removing 
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one of the hydrogens. Methane has the molecular 
formula CHy. It is composed of a central carbon 
atom bonded to four hydrogen atoms (C—H). The 
term, methyl is a blend of the Greek words for wine, 
methy, and wood, hyle and was first used in reference 
to wood alcohol or methyl alcohol (CH30H). The 
methyl group consists of a single carbon atom unit 
that is connected to a longer chain of carbon atoms 
or possibly a benzene ring. 


Methane was originally called “marsh gas” 
because it was first isolated from the gas bubbling 
out of marshes. Methane is produced by certain micro- 
organisms that grow in an oxygen-free environment 
such as sewage and mud. Natural gas is composed 
primarily of methane. When natural gas is mixed 
with steam and heated to a high temperature in the 
presence of a metal catalyst, synthetic gas composed 
of carbon monoxide (CO) and hydrogen (H3) is 
produced. 


Synthetic gas is used industrially to make metha- 
nol (CH3OH). Methanol is an alcohol composed of a 
central carbon atom bonded to three hydrogens 
(C—H) and a hydroxyl group (—OH). It is used 
to make formaldehyde, methyl tert-butyl ether 
(MTBE) and other industrially important chemicals. 
Formaldehyde is a principal component of the resins 
that hold boards, such as plywood and particle board, 
together. Methyl tert-butyl ether (MTBE) is added to 
gasoline to increase its octane rating and to make it 
burn cleaner. 


See also Alkyl group. 


l Metric system 


The metric system is an internationally agreed- 
upon set of units for expressing the amounts of various 
quantities such as length, mass, time, temperature, and 
so on. It is used universally in science and almost so in 
daily life around the world. 


Whenever we measure something, from the weight 
of a potato to the distance to the moon, we express the 
result as a number of specific units: for example, 
pounds or miles in the “English” system of measure- 
ment (still standard in the United States but no longer 
used extensively in England), or kilograms and kilo- 
meters in the metric system. As of 1994, every nation in 
the world had adopted some aspects of the metric 
system, with only four exceptions: the United States, 
Brunei, Burma, and Yemen. 
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The metric system that is in common use around 
the world is only a portion of the broader International 
System of Units, a comprehensive set of measuring 
units for almost every measurable physical quantity 
from the ordinary, such as time and distance, to the 
highly technical, such as the properties of energy, 
electricity and radiation. The International System 
of Units grew out of the 9th General [International] 
Conference on Weights and Measures, held in 
1948. The 11th General Conference on Weights and 
Measures, held in 1960, refined the system and adopted 
the French name Systeme International d’Unités, abbre- 
viated SI. 


Because of its convenience and consistency, scien- 
tists have used the metric system of units for more than 
200 years. Originally, the metric system was based on 
only three fundamental units: the meter for length, the 
kilogram for mass, and the second for time. Today, 
there are more than 50 officially recognized SI units 
for various scientific quantities. 


Measuring units in folklore and history 


In the biblical story of Noah, the ark was sup- 
posed to be 300 cubits long and 30 cubits high. Like all 
early units of size, the cubit was based on the always- 
handy human body, and was most likely the length of 
a man’s forearm from elbow to fingertip. You could 
measure a board, for example, by laying your forearm 
down successively along its length. In the Middle 
Ages, the inch is reputed to have been the length of a 
medieval king’s first thumb joint. The yard was once 
defined as the distance between the nose of England’s 
King Henry I and the tip of his outstretched middle 
finger. The origin of the foot as a unit of measurement 
is obvious. 


In Renaissance Italy, Leonardo da Vinci used 
what he called a braccio, or arm, in laying out his 
works. It was equal to two palmi, or palms. But arms 
and palms, of course, will differ. In Florence, the 
engineers used a braccio that was 23 inches long, 
while the surveyors’ braccio averaged only 21.7 inches. 
The foot, or piede, was about 17 inches in Milan, but 
only about 12 inches in Rome. 


Eventually, ancient “rule of thumb” gave way to 
more carefully defined units. The metric system was 
adopted in France in 1799 and the British Imperial 
System of units was established in 1824. In 1893, the 
English units used in the United States were redefined 
in terms of their metric equivalents: the yard was 
defined as 0.9144 meter, and so on. But English units 
continue to be used in the United States to this day, 
even though the Omnibus Trade and Competitiveness 
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Act of 1988 stated that “it is the declared policy of the 
United States...to designate the metric system of 
measurement as the preferred system of weights and 
measures for United States trade and commerce.” 


English units are based on inconsistent standards. 
When that medieval king’s thumb became regrettably 
unavailable for further consultation, the standard for 
the inch was changed to the length of three grains of 
barley, placed end to end—not much of an improve- 
ment. Metric units, on the other hand, are based on 
defined and controlled standards, not on the whims of 
humans. 


The standards behind the English units are not 
reproducible. Arms, hands, and grains of barley will 
obviously vary in size; the size of a 3-foot yard depends 
on whose feet are in question. But metric units are 
based on standards that are precisely reproducible, 
time after time. 


There are many English units, including buckets, 
butts, chains, cords, drams, ells, fathoms, firkins, gills, 
grains, hands, knots, leagues, three different kinds of 
miles, four kinds of ounces, and five kinds of tons, to 
name just a few. There are literally hundreds more. 
For measuring volume or bulk alone, the English 
system uses ounces, pints, quarts, gallons, barrels 
and bushels, among many others. In the metric system, 
on the other hand, there is only one basic unit for each 
type of quantity. 


Any measuring unit, in whatever system, will be 
too big for some applications and too large for others. 
To express all distances in miles and all weight in 
ounces, for example, would require the constant use 
of very small or very large numbers, with consequent 
waste of time in recording and communicating those 
numbers. That is why we have inches and tons as well 
as miles and ounces. The problem, though, is that in 
the American (“English”) system the conversion fac- 
tors between various-sized units—12 inches per foot, 
3 feet per yard, 1,760 yards per mile. They’re completely 
arbitrary. Metric units, on the other hand, have con- 
version factors that are all powers of ten. That is, the 
metric system is a decimal system, just like dollars and 
cents. In fact, the entire system of numbers is decimal, 
based on tens, not threes or twelves. Therefore, con- 
verting a unit from one size to another in the metric 
system is just a matter of moving the decimal point. 


The metric units 


The SI starts by defining seven basic units: one 
each for length, mass, time, electric current, temper- 
ature, amount of substance and luminous intensity. 
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(“Amount of substance” refers to the number of ele- 
mentary particles in a sample of matter. Luminous 
intensity has to do with the brightness of a light 
source.) But only four of these seven basic quantities 
are in everyday use by non-scientists: length, mass, 
time, and temperature. Their defined SI units are the 
meter for length, the kilogram for mass, the second for 
time and the degree Celsius for temperature. (The 
other three basic units are the ampere for electric 
current, the mole for amount of substance, and the 
candela for luminous intensity.) Almost all other units 
can be derived from the basic seven. For example, area 
is a product of two lengths: meters squared, or square 
meters. Velocity or speed is a combination of a length 
and a time: kilometers per hour. 


The meter was originally defined in terms of 
Earth’s size; it was supposed to be one ten-millionth 
of the distance from the equator to the North Pole, 
going straight through Paris. The modern meter, how- 
ever, is defined in terms of how far light will travel in a 
given amount of time when traveling at—naturally— 
the speed of light. The speed of light in a vacuum is 
considered to be a fundamental constant of nature 
that is invariable, no matter how the continents drift. 
The standard meter turns out to be 39.3701 inches. 


The kilogram is the metric unit of mass, not weight. 
Mass is the fundamental measure of the amount of 
matter in an object. The mass of a baseball won’t 
change if you hit it from Earth to the moon, but it will 
weigh less—have less weight—when it lands on the 
moon because the moon’s smaller gravitational force 
is pulling it down less strongly. Astronauts can be 
weightless in space, but they can lose mass only by 
dieting. As long as we don’t leave Earth, though, we 
can speak loosely about mass and weight as if they were 
the same thing. So you can feel free to “weigh” yourself 
(not “mass” yourself) in kilograms. Unfortunately, no 
absolutely unchangeable standard of mass has yet been 
found to standardize the kilogram on Earth. The kilo- 
gram is therefore defined as the mass of a certain bar of 
platinum-iridium alloy that has been kept (very care- 
fully) since 1889 at the International Bureau of Weights 
and Measures in Sevres, France. The kilogram turns 
out to be 2.2046 pounds. 


The metric unit of time is the same second that has 
always been used, except that it is now defined in a 
more precise way. It no longer depends on the wobbly 
rotation of Earth (1/86,400th of a day), because the 
planet is slowing down; days keep getting a little lon- 
ger as its rotation slows. So the second is now defined 
in terms of the vibrations of a certain kind of atom 
known as cesium-133. One second is defined as the 
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Man repairing atomic clock, Royal Greenwich Observatory, 
England. SI units are used to measure even quantities of time. 
(National Audubon Society Collection/Photo Researchers, Inc.) 


amount of time it takes for a cesium-133 atom to 
vibrate in a particular way 9,192,631,770 times. This 
may sound like a strange definition, but it is a superbly 
accurate way of fixing the standard size of the second, 
because the vibrations of atoms depend only on the 
nature of the atoms themselves, and cesium atoms will 
presumably continue to behave exactly like cesium 
atoms forever. The exact number of cesium vibrations 
was chosen to come out as close as possible to what 
was previously the most accurate value of the second. 


The metric unit of temperature is the degree Celsius 
(°C), which replaces the English system’s degree 
Fahrenheit (°F). In the scientists’ SI, the fundamental 
unit of temperature is actually the kelvin (K)—not the 
“degree Kelvin,” simply the Kelvin. The kelvin and the 
degree Celsius are exactly the same size, namely, 1.8 
times as large as the degree Fahrenheit. One cannot 
convert between the Celsius or Kelvin scales and 
Fahrenheit simply by multiplying or dividing by 1.8, 
however, because the scales start at different places. 
That is, their zero-degree marks have been set at differ- 
ent temperatures. This is also true of the Kelvin and 
Celsius scales, though there the conversion is quite easy: 
the temperature in Kelvins is the temperature in degrees 
Celsius minus 273.15. Zero degrees Kelvin is absolute 
zero, the lowest possible temperature—no molecular 
motion at all (or, strictly speaking, as close to that 
state as quantum mechanics permits). 


Bigger and smaller metric units 


Because the meter (1.0936 yards) is much too big 
for measuring an atom and much too small for meas- 
uring the distance between two cities, we need a variety 
of smaller and larger units of length. But instead of 
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Kelvin—The International System (SI) unit of tem- 
perature. It is the same size as the degree Celsius. 


Mass—A measure of the amount of matter in a 
sample of any substance. Mass does not depend 
on the strength of a planet’s gravitational force, as 
does weight. 


Matter—Any substance. Matter has mass and occu- 
pies space. 


Temperature—A measure of the average kinetic 
energy of all the elementary particles in a sample 
of matter. 


inventing different-sized units with completely differ- 
ent names, as the English-American system does, we 
can create a metric unit of almost any desired size 
by attaching a prefix to the name of the unit. For 
example, since kilo- is a Greek form meaning a thou- 
sand, a kilometer (kil-OM-et-er) is a thousand meters. 
Similarly, a kilogram is a thousand grams; a gigagram 
is a billion grams or 10° grams; and a nanosecond is 
one billionth of a second or 10° second. 


Minutes are permitted to remain in the metric 
system for convenience or for historical reasons, even 
though they don’t conform strictly to the rules. The 
minute, hour, and day, for example, are so customary 
that they’re still defined in the metric system as 60 
seconds, 60 minutes, and 24 hours—not as multiples 
of ten. For volume, the most common metric unit is 
not the cubic meter, which is generally too big to be 
useful in commerce, but the liter, which is one thou- 
sandth of a cubic meter. For even smaller volumes, the 
milliliter, one thousandth of a liter, is commonly used. 
And for large masses, the metric ton is often used 
instead of the kilogram. A metric ton (often spelled 
tonne in other countries) is 1,000 kilograms. Because a 
kilogram is about 2.2 pounds, a metric ton is about 
2,200 pounds: 10% heavier than an American ton of 
2,000 pounds. Another often-used, non-standard met- 
ric unit is the hectare for land area. A hectare is 10,000 
square meters and is equivalent to 0.4047 acre. 


Converting between English and metric units 


The problem of changing over a highly industrial- 
ized nation such as the United States to a new system 
of measurements is substantial. Once the metric sys- 
tem is in general use in the United States, its simplicity 
and convenience will be enjoyed, but the transition 
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period, when both systems are in use, can be difficult. 
However, there are only a small number of SI units 
and prefixes that are used in everyday life and to which 
the average person would have to become accustomed. 


See also Units and standards. 
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| Mice 


Mice are small fury mammals, usually living on 
the ground, with bright beady eyes, rounded ears, and 
long tails. Mice live all around the world, in almost 
every habitat, and are a very important part of nature. 
They are typically vegetarians, often eating seeds and 
grain, but some species have developed much more 
comprehensive diets. Known for their high rates of 
reproduction, females are normally pregnant for 
three or four weeks and give birth to multiple young. 
In most species, the young are naked, blind, and help- 
less at birth. Mice are an important source of food for 
numerous animals and are preyed upon by a wide 
variety of predators, ranging from owls to weasels. 
Mice also impact humans in a variety of ways. 


Belonging to the order Rodentia, mice, along with 
other types of rodents, are further classified in the sub- 
order Myomoxpha. This is a huge suborder. In fact, 
more than one quarter of all mammal species on Earth 
belong to the suborder Myomorpha, which includes 
five families: rats and mice (Muridae), dormice (Glir- 
idae and Seleviniidae), jerboas (Dipodidae), and jump- 
ing mice and birch mice (Zapodidae). The family 
Muridae is the largest family, containing 1,082 species 
of mice, rats, voles, lemmings, hamsters and gerbils. 
While there are 14 subfamilies within this family, the 
vast majority of these species belong to four subfami- 
lies: the New World rats and mice (Hesperomyinae), 
the Old World rats and mice (Murinae), gerbils (Ger- 
billinae), and voles and lemmings (Microtinae). 
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Harvest mice feasting on wheat grains. (Stephen Dalton/Photo 
Researchers, Inc.) 


New World mice 


Containing about 350 species, the subfamily of 
New World mice is the largest mammalian group. 
Members live in a wide range of habitats thriving in 
deserts, on mountains, in humid forests, and even on 
ice-bound plains. Geographically, they live as far 
north as the southern reaches of the North Pole and 
as far south as Patagonia, which is the southern tip of 
South America. Most New World mice live on the 
ground, however some burrow into it, some live in 
semi-aquatic conditions, and some even live in trees. 
The climbing mouse (Rhipidomys venezuelae), for 
instance, builds its nests in burrows beneath the roots 
of trees in the forests of South America but spends a 
lot of its life in the treetops. 


Like most mice, New World mice are usually veg- 
etarians, although some have adapted to eating small 
animals. For example, the northern grasshopper 
mouse, living in North America, is largely carnivorous. 
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Dieting primarily on grasshoppers and scorpions, on 
occasion this mouse may even eat other mice. 


Deer mice 


A species of white-footed mouse, the deer mouse 
(Peromyscus maniculatus) is the most common kind of 
New World mouse, and includes around 65 subspe- 
cies. Their bodies range in size from 4.75-8.5 in (12-22 
cm), and their tails measure between 3.25-7 in (8-18 
cm). Deer mice are probably the most abundant mam- 
mal in the western United States. These mice eat both 
plants and insects and are most active at night. 


They are noted for their practice of gathering large 
quantities of food and hiding it in numerous locations 
to see them through times of bad weather. Since they 
do not hibernate, this practice is essential to their 
survival. Deer mice are quite fertile; they are able to 
bear young at seven weeks old and have litters of up to 
nine young after a pregnancy lasting three or four 
weeks. 


Old World mice 


Containing almost 400 different species, the sub- 
family of Old World mice includes mice and rats that 
are highly adaptable and tolerant of adverse natural 
environments. Oftentimes pests, these mice eat grains 
and crops, and can carry diseases. Three very interest- 
ing groups of Old World mice are the house mice, the 
wood mice, and spiny mice. 


House mice 


The most common Old World mouse is the house 
mouse (Mus spp.). A genus originating in southern 
Asia, the house mouse includes about 44 separate 
species; only one species is found in the United 
States. The body of the house mouse measures about 
2.5-3.75 in (6-10 cm) long and is covered by brownish 
gray fur. Its tail, naked and scaly, typically measures 
about the same length as its body. Its ears and legs are 
fairly large. 


One of the oldest known domestic rodent pests, 
house mice have adapted their lives to human hab- 
itats. Often living in buildings and making nests 
behind paneling and beneath floorboards, house 
mice thrive in large cities and on farms. These mice 
are able to breed at three months old and have life 
spans of about four years. Typically, in a given year, a 
female house mouse can bear from four to six litters 
of four to eight young, although it is not unheard of 
for a litter to contain as many as 13 young. Like many 
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other species of mice, the gestation period lasts three 
weeks and the young are born bald with their eyes 
shut. At about 13 days old, their eyes open, and fine 
hair covers their bodies. While the young initially 
start to feed on their own at around 17 days old, 
they nurse from their mothers until they are four 
weeks old. Interestingly, when a population of house 
mice grows too large for a given area, a form of 
natural birth control takes effect. Reproductive 
rates fall dramatically because adolescent females 
become infertile as their reproductive organs fail to 
mature or become inactive. 


House mice live in family groups. The mice com- 
monly groom each other, particularly on the backs of 
their necks where they are unable to groom them- 
selves. Mutual grooming occurs daily in most mouse 
families. Within these family groups, the males have 
clearly defined ranks. These rankings are not indisput- 
able, however. House mice fight and display threat- 
ening and submissive postures. 


These social standings are directed at protecting 
the mice’s territory, which the mice outline with their 
urine. Within the territory, the animals are able to live 
alone and build their nests, but they do not delineate 
their own smaller territories within the larger one. The 
house mouse territory provides the inhabitants with 
common escape holes and areas for urinating and 
defecating. The territory can be quite small as long as 
it provides the mice adequate food and shelter. In fact, 
the activities of the house mouse can be restricted to an 
area of only a few square yards. Every night, each 
mouse within the group typically investigates the 
entire territory to discover changes that have occurred 
during the day. 


These mice are more active during the night, 
although they sometimes alternate between periods 
of rest and activity up to 20 times each day. 
Furthermore, they are able to move about in many 
different ways. Preferring not to go into the water, 
house mice are still able to swim, as well as to run, 
jump, and climb. Their sense of hearing is very good. 
They hear very high tones well, a useful ability when 
listening to other mice squeak, but are much less 
attuned to lower notes. Their sense of smell is also 
keen, enabling them to find food and know their ter- 
ritorial boundaries. 


Because the many different subspecies have devel- 
oped slightly different behaviors, they have been able 
to adapt to any place that man lives. Often, house mice 
live in hiding places near human food, even inside bags 
of grain. Because they live near man’s own stores, 
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these mice do not typically store their food. They gnaw 
their way into food storage containers, eating as much 
as they can stomach and spoiling even more. Although 
they prefer to eat grains and grain products, house 
mice can eat practically anything. 


The most important European subspecies are the 
western house mouse (Mus musculus domesticus), 
found in northwestern Europe, and the northern 
house mouse (Mus musculus musculus), found in east- 
ern, northeastern, and southeastern Europe. While 
these subspecies of house mice originated in Europe, 
they quickly spread as Europeans moved to other 
parts of the globe. The western house mouse lives 
almost exclusively in houses or other manmade struc- 
tures, while the northern house mouse spends part of 
the year outside. Both subspecies are descended from 
wild subspecies. 


Wood mice 


Unlike the house mouse, some species of Old 
World mice live in fields and woods and rarely bother 
humans, for example, the wood mouse (Apodemus 
spp.). Wood mice are found as far south as Morocco 
reaching as far north as Iceland and are common 
throughout Europe and Scandinavia as well as Asia. 
Of the eleven species that have been identified, five live 
in Europe. Wood mice are similar in appearance to 
house mice but have bigger ears, longer hind legs, and 
their eyes protrude more noticeably. Their bodies 
range in size from 3-5 in (8-13 cm), and their tails are 
usually the same lengths as their bodies. Their soft hair 
comes in a variety of colors. 


Nocturnal animals, wood mice live anywhere 
there is sufficient ground cover in which to hide from 
predators and to get food—particularly, on the edge of 
forests. Making their nests under tree roots, these mice 
leave their nests in the evenings and, in pairs, forage 
for seeds, berries, grubs, and other insects. If the 
weather is mild, these mice can breed rapidly, some- 
times having four litters each year with an average of 
five young. 


Spiny mice 


Another interesting genus of Old World mice in 
the spiny mouse (Acomys spp.). As the name implies, 
their backs are covered with spiny, bristle like hairs. 
These mice live throughout the dry environments of 
northern India and Africa; specifically, they live in 
deserts, prairies, and savannas. One species lives on 
the island of Crete in the Mediterranean Sea. They 
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normally eat dried plants, small insects and spiders, 
and have even been discovered eating the dried 
remains of Egyptian mummies. 


Like their fur, their tails are spiny. Notably, like 
lizards, their tails can be broken from their bodies 
rather easily. When a predator catches this mouse, it 
is often very surprised when it is left with only the 
animal’s tail. Unlike lizards, however, the spiny mice 
can never grow tails to replace the ones they lose. 


The breeding behavior of spiny mice and their 
maturity level at birth are significantly different from 
other species of mice. Spiny mice are pregnant for five 
or six weeks, rather than the three to four week period 
experienced by other mice. During the birth, other 
female spiny mice in the group help with the delivery 
process by chewing through the umbilical cord and by 
licking the placentas from the newborns. Often, these 
“midwives” try to claim the young as their own. A few 
days later, however, the young are treated as the com- 
mon children of the community, nursed by every 
mother and accepted everywhere. Incredibly, the new 
mother is fertile again by the evening of the same day 
she delivers and is usually re-impregnated at this time. 
Unlike other mice, spiny mice are not naked, blind, 
and helpless at birth. Instead, they appear strong, 
covered with sparse hair, and their eyes are usually 
open. At three days old, they start to investigate their 
surroundings. 


Mice and humans 


House mice, as well as other species, have been 
linked to man for thousands of years. Their destruction 
of human food supplies and crops has been recorded 
in very early records. Importantly, these mice are 
also responsible for spreading a number of diseases, 
such as typhus, spotted fever, and Salmonella food 
poisoning. 


While many of their activities definitely have had 
a negative impact on humans, mice have also been 
provided a useful service. Ever since their importation 
to Europe from Japan in the mid-1900s, house mice, 
and some other species, have been used as laboratory 
animals for research in medicine and biology. In par- 
ticular, mice are used to study human genetics, to test 
the effects of various drugs, and to follow the develop- 
ment of certain viruses. Furthermore, mice are used in 
human pregnancy tests, and they help doctors better 
understand the way that cancer effects humans. 
Probably, the most commonly used species is the 
white mouse, an albino form of the house mouse. 
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Michelson-Morley experiment 


Resources 


BOOKS 

Alderton, David. Rodents of the World. New York: Facts on 
File, 1996. 

Nowak, R.M. ed. Walker’s Mammals of the World. 6th ed. 
Baltimore: John Hopkins University Press, 1999. 

Wilson, D.E. and D. Reeder, comp. Mammal Species of the 
World. 3rd ed. Washington, DC: Smithsonian 
Institution Press, 2005. 


Kathryn Snavely 


[ Michelson-Morley experiment 


In 1887, two American scientists, Polish-born 
physicist Albert Abraham Michelson (1852-1931) 
and physical chemist Edward Williams Morley 
(1838-1923), performed an experiment that was 
designed to detect the motion of Earth through a 
hypothetical medium known as the luminiferous 
ether. This ether was thought by scientists of this age 
to be present throughout space. Michelson and 
Morley made their measurements with a very sensitive 
optical instrument now called a Michelson interferom- 
eter. Their observations showed no indication of 
movement through the predicted ether. This outcome 
was unexpected and has become one of the fundamen- 
tal experimental results in support of the theory of 
special relativity, developed by German—American 
physicist Albert Einstein (1879-1955) in 1905. In 
1907, Michelson was awarded the Nobel Prize in 
physics for his work in the field of interferometry, 
but not specifically for his work with this experiment. 


The luminiferous ether 


During the 1800s, scientists had become con- 
vinced that light was composed of waves, as opposed 
to a theory that light was made up of particles pro- 
posed more than a century earlier by English physicist 
and mathematician Sir Isaac Newton (1642-1727). 
They based their belief on experiments that demon- 
strated phenomena such as interference—the change 
in intensity caused by mixing two or more beams of 
light; and diffraction—the fact that beams of light do 
not always travel in straight lines. 


But if light was a wave, what medium did it travel 
through? Earthquakes produce seismic waves that are 
transmitted by Earth’s crust and a clanging bell makes 
sound waves carried by air. Scientists were certain that 
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light had to be transmitted by something, so it was 
hypothesized that there existed a luminiferous ether. 
The term luminiferous means light-bearing, but the 
word ether was not so specific. No substance could 
be associated with the ether, especially in space where 
sunlight and starlight travel in what otherwise appears 
to be a vacuum. The ether was predicted, but had not 
been observed. 


Scientists thought that the ether should be every- 
where and that it must be stationary, at rest with 
respect to absolute space which, following Newton, 
was believed to exist independently of the objects in 
it. It was thought that by measuring the motion of 
Earth relative to the ether it would be possible to 
observe the latter. 


The Michelson interferometer 


Designing an experiment that would detect 
Earth’s movement through the ether was a formidable 
task, requiring the comparison of the speed of light, 
which was already known to be about 186,300 miles 
per sececond (300,000 km/sec) and the speed of Earth 
(almost 18 mi or 30 km per sec). Michelson, who 
excelled in the art and science of measurement, built 
an instrument to do the job. 


He made use of the interference that occurs 
between light waves. Light waves are transverse 
waves, which means that they vibrate perpendicularly 
to the direction in which they travel. If two waves of 
light of a single color (monochromatic light) arrive at a 
screen with their crests and troughs aligned, they will 
interfere constructively, adding up to make higher 
crests and lower troughs. If, on the other hand, the 
waves arrive so that crests coincide with troughs, they 
will cancel with each other, leaving the screen in 
darkness. 


In Michelson’s apparatus, monochromatic light 
from a source was sent toward a beam splitter—a 
partially silvered mirror—where half of the beam con- 
tinued on to mirror #2 while the other half was 
reflected along a perpendicular path toward mirror 
#1. A compensating plate placed in path #1 assured 
that both beams passed through equal thicknesses of 
glass. Following reflections at the mirrors the beams 
returned to the beam splitter where they joined and 
traveled to the telescope. Because the two rays are not 
exactly parallel and the wavefronts are not exactly 
plane the observer would not see all light or all dark, 
but rather a set of interference fringes—alternating 
dark and light parallel lines. 


With his interferometer Michelson would have 
been able to measure movement through the ether by 
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noting the change in the position of the fringes as the 
apparatus was rotated. To understand this, first think 
of oneself to be at rest with the interferometry. From 
the instrument’s point of view, it is the ether that 
moves, creating an ether wind, which would push 
against the light beams. If Earth moves in the direction 
of path #2, then the ether wind will be felt in the 
opposite direction. Beam #2 will act like a sailboat 
sailing first against the wind and then with it. It will 
travel slower when it opposes the ether wind but faster 
when the wind is at its back. In contrast, Beam #1 
travels perpendicular to the ether wind on both parts 
of its trip. Because the ether wind affects each beam by 
different amounts there is a difference in the times it 
takes the beams to travel along their respective paths. 
That difference shows up as a fringe pattern. 


The sole presence of the fringe pattern, however, 
does not allow measurement of Earth’s motion. That is 
accomplished by rotating the entire instrument. As the 
two beams change their orientation with respect to 
the ether wind, their travel times change. That causes 
the fringes to move or shift from their initial position. 
By measuring the fringe shift as the interferometer 
rotated, it should have been possible to measure 
Earth’s velocity through a stationary luminiferous 
ether; or, from the laboratory perspective, the velocity 
of an ether wind across a stationary interferometer. 


Michelson performed the experiment for the first 
time in Germany in 1881. Contrary to his expectations, 
no fringe shift could be observed. He repeated the 
experiment in 1887 in the United States, this time in 
collaboration with Morley. They placed their optical 
elements on a granite slab, and the slab on a vat full of 
liquid mercury. They lengthened the path each beam 
had to travel, and took good care to control the temper- 
ature in their laboratory to avoid thermal distortions. 


According to their calculations the Michelson 
interferometer should have registered a fringe shift of 
about four-tenths (0.4) of a fringe. Instead, no fringe 
shift was observed. They were forced to conclude that 
their experiment had shown that the hypothesis of a 
stationary, luminiferous ether was not correct. 


The null result 


The Michelson-Morley experiment is a perfect 
example of a null experiment, one in which something 
that was expected to happen is not observed. The 
consequences of their observations for the develop- 
ment of physics were profound. Having proven that 
there could be no stationary ether, physicists tried to 
advance new theories that would save the ether con- 
cept. Michelson himself suggested that the ether might 
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KEY TERMS 


Absolute space—The concept that space exists 
independently of the objects that occupy it. 


Diffraction—The deviation from a straight path that 
occurs when a wave passes through an aperture. 


Interference—The change in intensity caused by 
mixing two or more beams of light. 


Interference fringes—Alternating dark and bright 
lines produced by the mixing of two beams of light 
in an interferometer. 


Luminiferous ether—A hypothetical medium pro- 
posed to explain the propagation of light. The 
Michelson-Morley experiment made it necessary 
to abandon this hypothesis. 


Michelson interferometer—An instrument designed 
to divide a beam of visible light into two beams 
which travel along different paths until they recom- 
bine for observation of the interference fringes that 
are produced. Interferometers are used to make pre- 
cision measurements of distances. 


Special relativity—The part of Einstein’s theory of 
relativity that deals only with nonaccelerating 
(inertial) reference frames. 


move, at least near Earth. Others studied the possibil- 
ity that rigid objects might actually contract as they 
traveled. But it was Einstein’s theory of special rela- 
tivity that finally explained their results. 


The significance of the Michelson-Morley experi- 
ment was not assimilated by the scientific community 
until after Einstein presented his theory. In fact, when 
Michelson was awarded the Nobel Prize in physics in 
1907, the first American to receive that honor, it was for 
his measurements of the standard meter using his interfer- 
ometer. The ether wind experiment was not mentioned. 


There has also been some controversy as to how 
the experiment affected the development of special 
relativity. Einstein commented that the experiment 
had only a negligible effect on the formulation of his 
theory. Clearly, it was not a starting point for him. Yet 
the experiment has been repeated by others over many 
years, upholding the original results in every case. 
Even if special relativity did not spring directly from 
its results, the Michelson-Morley experiment has con- 
vinced many scientists of the accuracy of Einstein’s 
theory and has remained one of the foundations upon 
which relativity stands. 


See also Relativity, special. 
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Microbial genetics 


Resources 


BOOKS 

Brooker, Geoffrey. Modern Classical Optics. Oxford, 
UK: Oxford University Press, 2003. 

Chartier, Germain. Introduction to Optics. New York: 
Springer, 2005. 

Livingston, Dorothy Michelson. The Master of Light: 
A Biography of Albert A. Michelson. Chicago, IL: 
University of Chicago Press, 1973. 

Mermin, N. David. It’s About Time: Understanding Einstein’s 
Relativity. Princeton, NJ: Princeton University 
Press, 2005. 

Wilson, Jr., John H. Albert A. Michelson: America’s First 
Nobel Prize Physicist. New York: J. Messner, 1958. 


PERIODICALS 

“Special Issue: Michelson-Morley Centennial.” Physics 
Today (May 1987). 

OTHER 

American Institute of Physics. “Michelson-Morley 


Experiment.” <http://www.aip.org/history/einstein/ 
emcl.htm> (accessed March 20, 2007). 


John Appel 


Microarray see Gene chips and microarrays 


| Microbial genetics 


Microbial genetics is a branch of genetics con- 
cerned with the transmission of hereditary characters 
in microorganisms. Within the usual definition, 
microorganisms include prokaryotes like bacteria, 
unicellular or mycelial eukaryotes e.g., yeasts and 
other fungi, and viruses, notably bacterial viruses 
(bacteriophages). Microbial genetics has played a 
unique role in developing the fields of molecular and 
cell biology and also has found applications in medi- 
cine, agriculture, and the food and pharmaceutical 
industries. 


Because of their relative simplicity, microbes are 
ideally suited for combined biochemical and genetic 
studies, and have been successful in providing infor- 
mation on the genetic code and the regulation of gene 
activity. The operon model formulated by French 
biologists Frangois Jacob (1920—) and Jacques 
Monod (1910-1976) in 1961, is one well known exam- 
ple. Based on studies on the induction of enzymes of 
lactose catabolism in the bacterium Escherichia coli, 
the operon has provided the groundwork for studies 
on gene expression and regulation, even up to the 
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present day. The many applications of microbial 
genetics in medicine and the pharmaceutical industry 
emerge from the fact that microbes are both the causes 
of disease and the producers of antibiotics. Genetic 
studies have been used to understand variation in 
pathogenic microbes and also to increase the yield of 
antibiotics from other microbes. 


Hereditary processes in microorganisms are anal- 
ogous to those in multicellular organisms. In both 
prokaryotic and eukaryotic microbes, the genetic 
material is DNA; the only known exceptions to this 
rule are the RNA viruses. Mutations, heritable 
changes in the DNA, occur spontaneously and the 
rate of mutation can be increased by mutagenic 
agents. In practice, the susceptibility of bacteria to 
mutagenic agents has been used to identify potentially 
hazardous chemicals in the environment. For exam- 
ple, the Ames test was developed to evaluate the muta- 
genicity of a chemical in the following way. Plates 
containing a medium lacking in, for example, the 
nutrient histidine are inolculated with a histidine 
requiring strain of the bacterium Salmonella typhimu- 
rium. Thus, only cells that revert back to the wild type 
can grow on the medium. If plates are exposed to a 
mutagenic agent, the increase in the number of 
mutants compared with unexposed plates can be 
observed and a large number of revertants would indi- 
cate a strong mutagenic agent. For such studies, 
microorganisms offer the advantage that they have 
short mean generation times, are easily cultured in a 
small space under controlled conditions and have a 
relatively uncomplicated structure. 


Microorganisms, and particularly bacteria, were 
generally ignored by the early geneticists because of 
their small in size and apparent lack of easily identifi- 
able variable traits. Therefore, a method of identifying 
variation and mutation in microbes was fundamental 
for progress in microbial genetics. As many of the 
mutations manifest themselves as metabolic abnor- 
malities, methods were developed by which microbial 
mutants could be detected by selecting or testing for 
altered phenotypes. Positive selection is defined as the 
detection of mutant cells and the rejection of unmu- 
tated cells. An example of this is the selection of pen- 
icillin resistant mutants, achieved by growing 
organisms in media containing penicillin such that 
only resistant colonies grow. In contrast, negative 
selection detects cells that cannot perform a certain 
function and is used to select mutants that require one 
or more extra growth factors. Replica plating is used 
for negative selection and involves two identical prints 
of colony distributions being made on plates with and 
without the required nutrients. Those microbes that 
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do not grow on the plate lacking the nutrient can then 
be selected from the identical plate, which does con- 
tain the nutrient. 


The first attempts to use microbes for genetic 
studies were made in the United States shortly before 
World War H, when George W. Beadle (1903-1989) 
and Edward L. Tatum (1909-1975) employed the fun- 
gus, Neurospora, to investigate the genetics of trypto- 
phan metabolism and nicotinic acid synthesis. This 
work led to the development of the “one-gene one- 
enzyme” hypothesis. Work with bacterial genetics, 
however, was not really begun until the late 1940s. 
For a long time, bacteria were thought to lack sexual 
reproduction, which was believed to be necessary for 
mixing genes from different individual organisms—a 
process fundamental for useful genetic studies. 
However, in 1947, Joshua Lederberg (1925—) working 
with Edward Tatum demonstrated the exchange of 
genetic factors in the bacterium, Escherichia coli. 
This process of DNA transfer was termed conjugation 
and requires cell-to-cell contact between two bacteria. 
It is controlled by genes carried by plasmids, such as 
the fertility (F) factor, and typically involves the trans- 
fer of the plasmid from donor to recipient cell. Other 
genetic elements, however, including the donor cell 
chromosome, can sometimes also be mobilized and 
transferred. Transfer to the host chromosome is rarely 
complete, but can be used to map the order of genes on 
a bacterial genome. 


Other means by which foreign genes can enter a 
bacterial cell include transformation, transfection, and 
transduction. Of the three processes, transformation is 
probably the most significant. Evidence of transfor- 
mation in bacteria was first obtained by the British 
scientist, Fred Griffith (1881-1941) in the late 1920s 
working with Streptococcus pneumoniae and the proc- 
ess was later explained in the 1930s by Oswald Avery 
(1877-1955) and his associates at the Rockefeller 
Institute in New York. It was discovered that certain 
bacteria exhibit competence, a state in which cells are 
able to take up free DNA released by other bacteria. 
This is the process known as transformation, however, 
relatively few microorganisms can be naturally 
transformed. 


Certain laboratory procedures were later devel- 
oped that make it possible to introduce DNA into 
bacteria, for example electroporation, which modifies 
the bacterial membrane by treatment with an electric 
field to facilitate DNA uptake. The latter two proc- 
esses, transfection and transduction, involve the par- 
ticipation of viruses for nucleic acid transfer. 
Transfection occurs when bacteria are transformed 
with DNA extracted from a bacterial virus rather 
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than from another bacterium. Transduction involves 
the transfer of host genes from one bacterium to 
another by means of viruses. In generalized transduc- 
tion, defective virus particles randomly incorporate 
fragments of the cell DNA; virtually any gene of the 
donor can be transferred, although the efficiency is 
low. In specialized transduction, the DNA of a tem- 
perate virus excises incorrectly and brings adjacent 
host genes along with it. Only genes close to the inte- 
gration point of the virus are transduced, and the 
efficiency may be high. 


After the discovery of DNA transfer in bacteria, 
bacteria became objects of great interest to geneticists 
because their rate of reproduction and mutation is 
higher than in larger organisms; 1.e., a mutation occurs 
in a gene about one time in 10,000,000 gene duplica- 
tions, and one bacterium may produce 10,000,000,000 
offspring in 48 hours. Conjugation, transformation, 
and transduction have been important methods for 
mapping the genes on the chromosomes of bacteria. 
These techniques, coupled with restriction enzyme 
analysis, cloning DNA sequencing, have allowed for 
the detailed studies of the bacterial chromosome. 
Although there are few rules governing gene location, 
the genes encoding enzymes for many biochemical 
pathways are often found tightly linked in operons in 
prokaryotes. Large scale sequencing projects revealed 
the complete DNA sequence of the genomes of several 
prokaryotes, even before eukaryotic genomes were 
considered. 
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Microburst see Wind shear 


i Microchip 


Microchips, also termed “integrated circuits” or 
“chips,” are small, thin rectangles of a crystalline semi- 
conductor, usually silicon, that have been inlaid and 
overlaid with microscopically patterned substances so 
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Microchip 


Ant carrying integrated circuits on its back. (© Kurt Stier/Corbis.) 


as to produce transistors and other electronic compo- 
nents on its surface. It is the components on the chip, 
not the chip itself, that are micro or too small see with 
the naked eye. The microchip has made it possible to 
miniaturize digital computers, communications cir- 
cuits, controllers, and of many other devices. Since 
1971, whole computer CPUs (central processing 
units) have been placed on some microchips; these 
devices are termed microprocessors. 


Manufacture of a microchip begins with the grow- 
ing of a pure, single crystal of silicon or other semi- 
conducting element. A semiconductor is a substance 
whose resistance to electrical current is between that of 
a conductive metal and that of an insulating material 
such as glass (silicon dioxide, SiO2). This large, single 
crystal is then sawed into thin, disc-shaped wafers 4-12 
inches (10-30 cm) across and only.01—.024 in (.025—.06 
cm) thick. One side of each wafer is polished to high 
precision, then processed to produce on it a number of 
identical microchips. These are cut apart later, placed 
in tiny protective boxes or packages, and connected 
electrically to the outside world by metal pins protrud- 
ing from the packages. 
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To produce a microchip requires industrial facili- 
ties that cost billions of dollars and must be retooled 
every few years as technology advances. The basics of 
the microchip fabrication process, however, remain 
the same: By bombarding the surface of the wafer 
with atoms of various elements, impurities or “dop- 
ants” can be introduced into its crystalline structure. 
These atoms have different electron-binding proper- 
ties from the silicon atoms around them and so pop- 
ulate the crystal either with extra electrons or with 
holes, gaps that behave much like positively charged 
electrons. Holes and extra electrons confer specific 
electrical properties on the regions of the crystal 
where they reside. By arranging the doped regions 
containing holes or extra electrons and covering 
them with multiple, interleaved layers of SiO2, poly- 
crystalline silicon (silicon comprised of small, jumbled 
crystals), and metal strips to conduct current from one 
place to another, each microchip can be endowed with 
thousands or millions of microscopic devices. Such 
chips are termed integrated because the electronic 
components in them are integral parts of a single, 
solid object; this both decreases their size and increases 
their reliability. 
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The microchip was conceived simultaneously in 
1958 by US engineers Jack Kilby and Robert Noyce 
(1927-1990). In 1962, microchips were used in the 
guidance computer of the U.S. Minuteman missile 
(a nuclear-tipped intercontinental ballistic missile 
based in holes or silos in the American Midwest); 
the U.S. government also funded early microchip 
mass-production facilities as part of its Apollo pro- 
gram, for which it requiring lightweight digital com- 
puters. The Apollo command and lunar modules each 
had microchip-based computers with 32-kilobyte 
memories. 


For some 40 years, the number of electronic 
components on an individual microchip has doubled 
every few years; this trend has been described as 
Moore’s Law ever since 1965, when U.S. engineer 
Gordon Moore described the beginning of the trend. 
Engineers continually strive to fit more electronic 
components on each microchip; however, this is 
becoming steadily more difficult as device dimensions 
decrease toward the atomic scale, where quantum 
uncertainty renders traditional electronics unreliable. 
Microchip engineers predict that by about 2020, 
the exponential increases of the last few decades will 
cease. 


Since their advent, microchips have transformed 
much of human society. They permit the manufacture 
of small electronic devices containing many millions of 
components; they are essential to computers, missiles, 
“smart” bombs, satellites, communications devices, 
televisions, aircraft, spacecraft, and motor vehicles. 
Without microchips the personal computer, cell 
phone, calculator, Global Positioning System, and 
many other familiar technologies, both military and 
civil, would be impossible. As chip complexity 
increases and cost decreases thanks to improvements 
in manufacturing technique, new applications are con- 
tinually being found. 


See also Clipper chip; Computer hardware secur- 
ity; Computer keystroke recorder; Forensic science. 
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| Microclimate 


Climate is the set of characteristic temperatures, 
humidities, sunshine, winds, and other weather con- 
ditions that prevail over large areas of space for long 
periods of time. The word climate is derived from the 
Greek klima, which refers to the inclination of the sun. 
Although the sun’s inclination is a major considera- 
tion in climate, other things such as terrain, distance 
from large water bodies, elevation, mountain systems, 
and other considerations are also considered. Another 
important consideration is the scale of climate. 
Macroclimate refers to a large region. Microclimate 
refers to a climate that holds over a very small area. 
For example, a microclimate could be as small as the 
artificial area created within a greenhouse or the nat- 
ural area beneath a large redwood tree in California. 


Microclimates usually are slight modifications of 
the main background climate altered by features in the 
landscape. A forest creates a microclimate within the 
canopy of trees that is cooler, wetter, and has altered 
soil chemistry compared to the area outside the forest. 
The altered climate found within forests can support 
organisms that cannot survive in the surrounding 
grassland. Similarly a large city has altered wind 
flows due to the presence of tall buildings, increased 
overall temperatures, and a very different type of 
ground cover than the surrounding plains. All these 
factors contribute to a microclimate characteristic of 
an urban area. Microclimates frequently support 
unique ecosystems. Mountain meadows, river valleys, 
tidal marshes, and crop lands have one or several 
microclimates that help determine the amount and 
type of organisms that thrives in these locations. 


Microclimates are parts of a complex web of cli- 
mates that exist on Earth. The general global climate 
of Earth can be thought of as a collection of many 
smaller scale climates that coexist like patches in a 
quilt. These subclimates are further divided into 
smaller scale climates each with its own distinctive 
features. For example, the continent-wide climate of 
North America, called the macroclimate, is distinctly 
different than that of South America. Within the 
North American macroclimate are several distinct 
mesoclimates, which extend over distances much 
smaller than the continent. These include plains, 
mountains, and deserts. Making up each of these mes- 
oclimates are smaller climate zones called local cli- 
mates. Some distinct local climates are forests, 
croplands, and large cities. The smallest scale sub- 
climate is the microclimate defined as the climate 
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Microorganisms 


that holds over a distance (in any direction) of less 
than 328 ft (100 m). Distinct microclimates include a 
small cornfield, a forest clearing, and the canyon 
formed by several tall city office buildings. Microcli- 
mates thus form the smallest building blocks of the 
overall global climate. 


I Microorganisms 


Microorganisms are minute organisms of micro- 
scopic dimensions, too small to be seen by the eye alone. 
Bacteria, for example, are so small that approximately a 
million individual bacterial cells would fit in the space 
of the period at the end of this sentience. To be viewed, 
microorganisms must be magnified by an optical or 
electron microscope. As of 2006, only one exception is 
known. A bacterium called Thiomargarita namibienus is 
visible to the unaided eye. The bacterium is about three 
millions times bigger than the average bacterium. 


The most common types of microorganisms are 
viruses, bacteria, blue-green bacteria, some algae, 
some fungi, yeasts, and protozoans. 


Viruses, bacteria, and blue-green bacteria are all 
prokaryotes, meaning that they do not have an organ- 
ized cell nucleus separated from the protoplasm by a 
membranelike envelope. Viruses are the simplest of 
the prokaryotic life forms. They are little more than 
simple genetic material, either DNA (deoxyribonu- 
cleic acid) or RNA (ribonucleic acid), plus associated 
proteins of the viral shell (called a capsid) that together 
comprise an infectious agent of cells. Viruses are not 
capable of independent reproduction. They reproduce 
by penetrating a host cell and diverting much of its 
metabolic and reproductive physiology to the repro- 
duction of copies of the virus. 


The largest kingdom of prokaryotes is the 
Monera. In this group, the genetic material is organ- 
ized as a single strand of DNA, neither meiosis or 
mitosis occur, and reproduction is by asexual cellular 
division. Bacteria (a major division of the Monera) are 
characterized by rigid or semi-rigid cell walls, propa- 
gation by binary division of the cell, and a lack of 
mitosis. Blue-green bacteria or cyanobacteria (also in 
the Monera) use chlorophyll dispersed within the cyto- 
plasm as the primary light-capturing pigment for their 
photosynthesis. 


Many microorganisms are eukaryotic organisms, 
having their nuclear material organized within 
a nucleus bound by an envelope. Eukaryotes also 
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have paired chromosomes of DNA, which can be 
seen microscopically during mitosis and meiosis. 
They also have a number of other discrete cellular 
organelles. 


Protists are a major kingdom of eukaryotes that 
includes microscopic protozoans, some fungi, and 
some algae. Protists have flagellated spores, and mito- 
chondria and plastids are often, but not always, 
present. 


Protozoans are single-celled microorganisms that 
reproduce by binary fission and are often motile, usu- 
ally using cilia or flagellae for propulsion; some pro- 
tozoans are colonial. 


Fungi are heterotrophic organisms with chitinous 
cell walls, and they lack flagella. Some fungi are uni- 
cellular microorganisms, but others are larger and 
have threadlike hyphae that form a more complex 
mycelium, which take the form of mushrooms in the 
most highly developed species. Yeasts are a group of 
single-celled fungi that reproduce by budding or by 
cellular fission. 


Algae are photosynthetic, non-vascular organ- 
isms, many of which are unicellular, or are found in 
colonies of several cells; these kinds of algae are 
microscopic. 


Microorganisms comprise a wide range of diverse 
but unrelated groups of tiny organisms, characterized 
only by their size. As a group, microorganisms are 
extremely important ecologically as primary pro- 
ducers, and as agents of decay of dead organisms 
and recycling of the nutrients contained in their bio- 
mass. Some species of microorganisms are also impor- 
tant as parasites and as other disease-causing agents in 
humans and other organisms. 


[ Microscope 


A microscope magnifies and resolves the image of 
an object that otherwise would be invisible to the 
naked eye, or whose detail could not be resolved 
using the unaided eye. These objects include such 
items as human skin, the eye of a fly, cells of a living 
organism, microorganisms such as bacteria, protozoa 
and viruses, individual molecules, and atoms. 


Some of the above objects are large enough to be 
visible using the magnifying power of a light micro- 
scope. Examples include skin cells, parts of insects, 
and bacteria. Bacteria appear just as tiny objects. They 
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Researcher in biochemistry lab using a transmission electron 
microscope (TEM). (R. Maisonneuve. Photo Researchers, Inc.) 


are so small that they approach the detection limits of 
the light microscope. In order to make out details of 
microorganisms such as bacteria, and to be able to 
visualize viruses, much higher magnification is required. 


All light moves as a wave. The wavelength of visible 
light is too large to resolve bacterial detail to any degree. 
Viruses are invisible. An analogy would be to place a 
small pebble in the path of an oncoming wave at an ocean 
side beach. The wave will pass right over the pebble, as if 
the pebble were not there. However, if the same pebble is 
placed in a stream, where the waves are much smaller in 
size, the pebble can disrupt the wave’s path. 


The smaller wave in microscopy (the study and 
use of microscopes) is achieved by the use of electrons 
instead of visible light. The wavelength of an electron 
beam is extremely small. Thus, objects like bacteria 
and viruses can be visualized. Indeed, versions of 
microscopes that rely on electrical repulsion between 
surfaces can now visualize molecules, including the 
constituents of deoxyribonucleic acid (DNA). 


A brief history of microscopy 


The first generally accepted use of microscopy 
was through optical microscopes, which produced 
images through the use of visible light. These micro- 
scopes used drops of water captured in a small hole to 
function as a magnifying lens. Later, magnifying glasses 
consisting of a single lens that was bowed outward on 
either side (biconvex lens) were developed. The lens was 
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capable of enlarging an object up to 20 times its original 
size as seen by the naked eye. (Scientists describe the 
power of magnification by writing a number followed 
by a times sign x. Thus, a 20 times magnification would 
be expressed as 20x.) 


The first record describing an artificial lens being 
used for magnification dates from 1267. The work of 
English philosopher Roger Bacon (c. 1214-1292) enti- 
tled Perspectiva described viewing minute objects 
through a lesser segment of a sphere of glass or crystal 
to enlarge them. Spectacles were in use shortly after 
this period to correct vision and enlarge objects, but it 
was not until 1595 that the first device that could truly 
be considered a microscope was made. This micro- 
scope was prepared by optician and lens grinder 
Zacharias Jansen (1580-c.1638), along with his father 
Hans, in Holland. This was the first compound micro- 
scope in that it employed two separate lenses that 
could be moved relative to each other by the means 
of a sliding tube. This mechanism allowed the micro- 
scope to zoom (to change its magnification) from 3x 
(three times normal) to 9x (nine times normal). 


This system was eventually improved by English 
scientist Robert Hooke (1635-1703) who added a third 
lens attached to the viewing (eyepiece) lens. This 
improvement was carried out using an eyepiece from a 
telescope, an optical instrument with a longer pedigree 
than the microscope. Once the first Jansen microscopes 
had been made, word spread rapidly throughout the 
world. As a result, the seventeenth century saw many 
microscope manufacturers and users appear. It was at 
this time that the word microscope was first used by an 
Italian scientific society, which included astronomer and 
physicist Galileo Galilei (1564-1642). 


Some of the early work that was carried out using 
these primitive microscopes is still highly regarded 
today. In 1660, Italian physiologist Marcello Malpighi 
(1628-1694) was able to prove the blood circulation 
theories of English physician William Harvey (1578- 
1657) by discovering the presence of capillaries connect- 
ing arteries and veins in the body as well as identifying 
many microscopic structures in the human body. Some 
five years later, English scientist Robert Hooke (1635— 
1703) published the first pictures of the cells making up 
living organisms. Prior to these works, it had been 
assumed that the microscope was nothing more than a 
toy. During this period, some microscopes were 2 feet 
(0.6 meter) in length and illuminated by oil lamps. 


One of the early enthusiasts of microscopy was 
Dutch scientist Anton van Leeuwenhoek (1632-1723), 
full name Thonius Philips van Leeuwenhoek). During 
the sixteenth century, he constructed over 500 single 
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lens microscopes. While crude by today’s standards, 
van Leeuwenhoek’s microscopes revealed an array of 
microbial life. For example, his descriptions of organ- 
isms found in lake water were the first observations of 
the green algae called Spirogyra and another microbe 
that came to be known as Vorticella. Finally, his 
observation of animacules in tooth plaque was the 
first visual detection of bacteria. 


Various types of optical microscopes 


The familiar monocular compound optical micro- 
scopes (i.e., microscopes that have a single lens as the 
eyepiece, or ocular, lens) are being replaced in many 
laboratories with binocular styles. These microscopes 
have a single objective lens, but two ocular ones, each 
in its own eyepiece. Light coming through the objective 
lens is split into two beams by a prism. Each eye sees the 
exact same image, so there is no three dimensional effect. 


For a three-dimensional view, scientists use a ster- 
eoscopic binocular microscope. This instrument con- 
sists of two separate sets of objective lenses as well as 
two separate ocular lenses. Prisms alter the angle of 
light coming through each pair of lenses, so each eye 
sees a slightly different image. 


Living or stained specimens often yield poor 
images when viewed in bright-field illumination. To 
help with this, scientists developed a phase-contrast 
microscope that alters the phase differences (the posi- 
tion in space of the waves and troughs) in light waves 
as they pass through the specimen. This makes some 
parts of the object brighter and others darker than 
normal, allowing for a better view of the structural 
details of the object. Closely related to this type is the 
interference microscope that superimposes one field of 
view over a second to improve contrast. 


Another optical version of a microscope is called the 
dark field microscope. This microscope has proven to be 
particularly useful for biological studies. The dark-field 
microscope uses a specialized illumination technique that 
capitalizes on indirect illumination to enhance contrast in 
specimens. An opaque disk is set in a condenser under the 
stage of the microscope (the solid support that the object 
being studied rests on). The disc is also known as the stop. 
The stop prevents light from shining directly on the speci- 
men. Instead, light passes around the stop and is reflected 
off the condenser’s walls. 


All the microscopes described so far produce 
black and white images. To observe color in cells, 
scientists use polarizing microscopes. The microscope 
aligns the vibrations of a light wave by directing it 
through a specially cut prism. If two beams of polar- 
ized light are transmitted through the cell, as in a 
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differential polarization microscope, researchers can 
make quantitative measurements of things such as cell 
depth and the quantity of certain cell constituents. 


Electron microscope 


Prior to 1930, all microscopes were optical. In 
1931, German physicist Ernst Ruska (1906-1988) 
developed the electron microscope that used a beam 
of moving electrons to illuminate an object instead of 
light. Magnetic lenses or electric coils produce mag- 
netic fields to deflect the electrons in the same manner 
that glass lenses bend light rays. The specimen has to 
be in a vacuum, however, because electrons cannot 
travel through air. Electron microscopes give point- 
to-point resolutions of less than 0.2 nanometers 
(where one nanometer is equal to one-billionth of a 
meter). This high resolution permits the direct visual- 
ization of many molecules and some atoms. 


The transmission electron microscope (TEM) 
images specimens a fraction of a micrometer or less 
in thickness. In a TEM, the beam passes through the 
specimen so that some of the electrons are absorbed 
and some scattered. The remaining electrons are 
focused onto a fluorescent screen or special photo- 
graphic plates via the use of magnetic lenses. The 
resulting image is in black and white. 


In the scanning electron microscope (SEM), a nar- 
rowly focused electron beam is scanned over the surface 
of a solid object and used to build up an image of the 
details of the surface structure through reflection. 
Researchers use this type to study minute details on a 
surface of an object. These microscopes created 3-D 
(three-dimensional) images that are magnified up to 
50,000x. 


Although there are several other special types of 
electron microscopes, perhaps the most valuable is the 
electron-probe microanalyzer, which allows a 
researcher to make a chemical analysis of the compo- 
sition of materials. This type of microscope uses the 
incident electron beam to excite the emission of char- 
acteristic x-ray radiation by the various elements com- 
posing the specimen. Spectrometers built into the 
instrument detect and analyze the x rays. Viewing the 
resulting image, the researcher can easily correlate the 
structure and composition of the material. 


Other types of microscopes 


Scanning-tunneling microscopes do not look like 
conventional microscopes at all. These are used to 
resolve individual atoms, identifying details down to 
one-tenth of an angstrom (where one angstrom equals 
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0.1 nanometer) in height and less than two angstroms 
in width. Instead of lenses or mirrors, this microscope 
sports a tungsten rod with a tip is made up of a 
pyramid of atoms and three pieces of piezoelectric 
crystal, which compress and stretch in response to 
changes in the voltage of an electric charge. Electrons 
tunnel, or flow, through the vacuum or water from the 
tungsten tip to the atoms on an object’s surface, creat- 
ing a current that reacts with the crystal. Its inventors, 
German physicist Gerd Karl Binnig (1947—) and Swiss 
physicist Heinrich Rohrer (1933-), won the Nobel 
Prize in Physics, in 1986, for this development. They 
shared the prize with Ruska. 


In 1986, the atomic force microscope (AFM) deb- 
uted. The AFM produces three-dimensional images of 
surfaces both in air and under liquids at a resolution of 
nanometers, or billionths of a meter. In its contact 
mode, the AFM lightly touches a tip at the end of a 
50 to 300 micrometer long leaf spring (the cantilever) 
to the sample. As the tip is scanned over the sample, a 
detector measures the vertical deflection of the canti- 
lever, yielding the precise height of the sample at local 
points. The deflections of the cantilever are monitored 
by a laser beam that is reflected off the cantilever and 
into a position-sensitive detector. If the tip and sample 
are coated with two types of molecules, an AFM can 
measure force of attraction or repulsion between 
them, potentially at the level of a single hydrogen 
bond. Since its invention, the atomic force microscope 
has permitted high-resolution imaging at the subnan- 
ometer level. More recently, scientists introduced the 
microscope to a liquid environment and the resolution 
improved to the atomic level. 
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| Microscopy 


Microscopy is the science of producing and 
observing images of objects that cannot be seen by 
the unaided eye. A microscope is an instrument the 
produces the image within microscopy. The primary 
function of a microscope is to resolve, that is 
distinguish, two closely spaced objects as separate. 
The secondary function of a microscope is to magnify. 
Microscopy has developed into an exciting field 
with numerous applications in biology, geology, 
chemistry, physics, and in various other areas of 
technology. 


The light microscope 


The most common, inexpensive, and easy to use 
microscope is the light microscope, which produces a 
magnified image of the object by bending and focusing 
light rays. The light microscope uses a variety of glass 
lenses to produce a magnified image that is focused 
before the eye. The magnifying properties of a 
converging lens, like that which is used in a typical 
magnifying glass or camera. Light from the object is 
bent, or refracted, as it passes through the lens 
producing an image that is inverted and magnified. 
In the simplest compound microscope, two converg- 
ing lenses are used. The image from the first lens 
(objective) becomes the object for the second lens (eye- 
piece). The final image is much larger than either lens 
could produce independently. With a little effort, one 
can reproduce this effect by using two magnifying 
glasses. 


The wavelength of visible light ultimately limits the 
resolving power of the light microscope. Therefore, two 
objects separated by distances significantly less than 
about 0.4 micrometers (the smallest wavelength of visi- 
ble light) cannot be distinguished as separate. This is 
because the light microscope produces its images by 
reflecting from or transmitting visible light through a 
specimen. An analogy can be made to ocean waves at 
the beach, with wavelengths of a few meters. If two 
people were wading into the surf only a few inches 
apart (a separation much less than the wavelength of 
the ocean waves), it would be impossible to distinguish 
them as separate by analyzing the ocean waves that 
reflected from them. Despite these limitations, the res- 
olution of the light microscope is sufficient to produce 
excellent images of many of the important cell struc- 
tures and organelles, and consequently still has many 
applications, chiefly in biology. 
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A scanning electron microscope at the Billancourt Centre, Boulogne, France. This system is used in the testing of Renault 
Sport’s motor racing engines. The samples on screen are the fracture faces of components subjected to a tensile strength test. 
(Philippe Plailly. Eurelious/Science Photo Library, National Audubon Society Collection/Photo Researchers, Inc.) 


listory of lig 
Since the time of the Romans, it was realized that 
certain shapes of glass had properties that could mag- 
nify objects. By the year 1300, these early crude lenses 
were being used as corrective eyeglasses. It was not 
until the late 1500s, however, that the first compound 
microscopes were developed. 


There are several different forms of microscopes 
available to the researcher in a modern laboratory but 
all owe their origin to the microscopes that used optical 
lenses to enlarge objects. The first record describing an 
artificial lens being used for magnification dates from 
1267. The work of English philosopher Roger Bacon 
(c. 1214-1292) entitled Perspectiva described viewing 
minute objects through a lesser segment of a sphere of 
glass or crystal to enlarge them. Spectacles were in use 
shortly after this period to correct vision and enlarge 
objects, but it was not until 1595 that the first device 
that could truly be considered a microscope was made. 
This microscope was prepared by lens grinder 
Zacharias Jansen (1580—c.1638), along with his father 
Hans, in Holland. This was the first compound 
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microscope in that it employed two separate lenses 
that could be moved relative to each other by the 
means of a sliding tube. This mechanism allowed the 
microscope to zoom (to change its magnification) from 
3x (three times normal) to 9x (nine times normal). 


This system was eventually improved by English 
scientist Robert Hooke (1635-1703) who added a 
third lens attached to the viewing (eyepiece) lens. 
This improvement was carried out using an eyepiece 
from a telescope, an optical instrument with a longer 
pedigree than the microscope. Hooke also was the first 
to publish results on the microscopy of plants and 
animals. Using a simple two-lens compound micro- 
scope, he was able to discern the cells in a thin section 
of cork. Once the first Jansen microscopes had been 
made, word spread rapidly throughout the world. Asa 
result, the seventeenth century saw many microscope 
manufacturers and users appear. It was at this time 
that the word microscope was first used by an Italian 
scientific society, which included Italian astronomer 
and physicist Galileo Galilei (1564-1642) as a 
member. 
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An atomic force micrograph of the surface of a thin 
copolymer film. The atomic force microscope (AFM) is 
capable of atomic-scale resolution, and works by drawing a 
very fine probe across the surface of the sample. The vertical 
motion of the probe is converted into electronic signals 
which are then processed to give the type of surface map 
seen here. The advantage the AFM has over the scanning 
tunneling microscope is that it works for samples that are not 
electrical conductors. (Philippe Plailly. National Audubon 
Society Collection/Photo Researchers, Inc.) 


Some of the early work that was carried out using 
these primitive microscopes is still highly regarded 
today. In 1660, Italian physiologist Marcello 
Malpighi (1628-1694) was able to prove the blood 
circulation theories of English physician William 
Harvey (1578-1657) by discovering the presence of 
capillaries connecting arteries and veins in the body 
as well as identifying many microscopic structures in 
the human body. Some five years later, English scien- 
tist Robert Hooke (1635-1703) published the first 
pictures of the cells making up living organisms. 
Prior to these works, it had been assumed that the 
microscope was nothing more than a toy. During this 
period, some microscopes were 2 feet (0.6 meter) in 
length and illuminated by oil lamps. 


The most famous microbiologist was Antoni van 
Leeuwenhoek (1632-1723) who, using just a single lens 
microscope, was able to describe organisms and tissues, 
such as bacteria and red blood cells, which were previ- 
ously not known to exist. In his lifetime, Leeuwenhoek 
built over 400 microscopes, each one specifically 
designed for one specimen only. The highest resolution 
he was able to achieve was about 2 micrometers. 


By the mid-nineteenth century, significant 
improvements had been made in the light microscope 
design, mainly due to refinements in lens grinding 
techniques. However, most of these lens refinements 
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were the result of trial and error rather than inspired 
through principles of physics. Ernst Abbé (1840-1905) 
was the first to apply physical principles to lens design. 
Combining glasses with different refracting powers 
into a single lens, he was able to reduce image distor- 
tion significantly. Despite these improvements, the 
ultimate resolution of the light microscope was still 
limited by the wavelength of light. To resolve finer 
detail, something with a smaller wavelength than 
light would have to be used. 


Electron microscopy 


In the mid-1920s, French physicist Louis Victor 
de Broglie (1892-1966) suggested that electrons, as 
well as other particles, should exhibit wave like prop- 
erties similar to light. Experiments on electron beams a 
few years later confirmed de Broglie’s hypothesis. 
Electrons behave like waves. Of importance to micro- 
scopy was the fact that the wavelength of electrons is 
typically much smaller than the wavelength of light. 
Therefore, the limitation imposed on the light micro- 
scope of 0.4 micrometers could be significantly 
reduced by using a beam of electrons to illuminate 
the specimen. This fact was exploited in the 1930s in 
the development of the electron microscope. 


There are two types of electron microscope, the 
transmission electron microscope (TEM) and the 
scanning electron microscope (SEM). The TEM trans- 
mits electrons through an extremely thin sample. The 
electrons scatter as they collide with the atoms in the 
sample and form an image on a photographic film 
below the sample. This process is similar to a medical 
xX ray where x rays (very short wavelength light) are 
transmitted through the body and form an image on 
photographic film behind the body. By contrast, the 
SEM reflects a narrow beam of electrons off the sur- 
face of a sample and detects the reflected electrons. To 
image a certain area of the sample, the electron beam is 
scanned in a back and forth motion parallel to the 
sample surface, similar to the process of mowing a 
square section of lawn. The chief differences between 
the two microscopes are that the TEM gives a two- 
dimensional picture of the interior of the sample while 
the SEM gives a three-dimensional picture of the sur- 
face of the sample. Images produced by SEM are 
familiar to the public, as in television commercials 
showing pollen grains or dust mites. 


For the light microscope, light can be focused and 
bent using the refractive properties of glass lenses. To 
bend and focus beams of electrons, however, it is 
necessary to use magnetic fields. The magnetic lens 
that focuses the electrons works through the physical 
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A typical compound microscope. (Carolina Biological Supply Company/Phototake NYC.) 


principle that a charged particle, such as an electron, 
which has a negative charge, will experience a force 
when it is moving in a magnetic field. By positioning 
magnets properly along the electron beam, it is possi- 
ble to bend the electrons in such a way as to produce a 
magnified image on a photographic film or a fluores- 
cent screen. This same principle is used in a television 
set to focus electrons onto the television screen to give 
the appropriate images. 


Electron microscopes are complex and expensive. 
To use them effectively requires extensive training. 
They are rarely found outside the research laboratory. 
Sample preparation can be extremely time consuming. 
For the TEM, the sample must be ground extremely 
thin, less than 0.1 micrometer, so that the electrons will 
make it through the sample. For the SEM, the sample 
is usually coated with a thin layer of gold to increase its 
ability to reflect electrons. Therefore, in electron 
microscopy, the specimen can’t be living. Today, the 
best TEMs can produce images of the atoms in the 
interior of a sample. This is a factor of a 1,000 better 
than the best light microscopes. The SEM, on the 
other hand, can typically distinguish objects about 
100 atoms in size. 
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Scanning tunneling microscopy 


In the early 1980s, a new technique in microscopy 
was developed which did not involve beams of elec- 
trons or light to produce an image. Instead, a small 
metal tip is scanned very close to the surface of a 
sample and a tiny electric current is measured as the 
tip passes over the atoms on the surface. The micro- 
scope that works in this manner is the scanning tun- 
neling microscope (STM). When a metal tip is brought 
close to the sample surface, the electrons that surround 
the atoms on the surface can actually “tunnel 
through” the air gap and produce a current through 
the tip. This physical phenomenon is called tunneling 
and is one of the amazing results of quantum physics. 
If such phenomenon could occur with large objects, it 
would be possible for a baseball to tunnel through a 
brick wall with no damage to either. The current of 
electrons that tunnel through the air gap is very much 
dependent on the width of the gap and therefore the 
current will rise and fall in succession with the atoms 
on the surface. This current is then amplified and fed 
into a computer to produce a three dimensional image 
of the atoms on the surface. 
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Without the need for complicated magnetic lenses 
and electron beams, the STM is far less complex than 
the electron microscope. The tiny tunneling current 
can be simply amplified through electronic circuitry 
similar to what is used in other electronic equipment, 
such as a stereo. In addition, the sample preparation is 
usually less tedious. Many samples can be imaged in 
air with essentially no preparation. For more sensitive 
samples that react with air, imaging is done in vacuum. 
A requirement for the STM is that the samples be 
electrically conducting, such as a metal. 


Recent developments in microscopy 


There have been numerous variations on the types 
of microscopy outlined so far. A sampling of these is: 
acoustic microscopy, which involves the reflection of 
sound waves off a specimen; x-ray microscopy, which 
involves the transmission of x rays through the speci- 
men; near field optical microscopy, which involves 
shining light through a small opening smaller than 
the wavelength of light; and atomic force microscopy, 
which is similar to scanning tunneling microscopy but 
can be applied to materials that are not electrically 
conducting, such as quartz. 


Microscopy is a fascinating subject that has quite 
literally given scientists and educators a whole new 
view of the world. In the over 400 years since the 
field began, massive advances have been made, both 
in terms of what is technically possible and also in 
what can be discovered using a microscope. During 
the last 50 years of the twentieth century, the reliance 
on light and light microscopes has been reduced in 
favor of ones that are more powerful. The twenty- 
first century has opened up even more ways of looking 
more closely at the world. Current advances in micro- 
scopy include new techniques such as multi-photon 
fluorescence and computerized wide-field deconvolu- 
tion microscopy. A major advance has come to scien- 
tists at the University of St. Andrews, in Scotland, who 
are developing what they call a super-microscope for 
use with leading-edge research in such diseases as 
cancer and Alzheimer diesase. The biophotonics 
microscope will allow one instrument to perform mul- 
tiple functions in cellular research; such activities as 
imaging, organizing, separating, and making holes 
into cells as small as one-hundredth of a millimeter. 


One of the most amazing recent developments in 
microscopy involves the manipulation of individual 
atoms. Through a novel application of the STM, scien- 
tists at International Business Machines Corporation 
(IBM) were able to arrange individual atoms on 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Compound microscope—A light microscope that 
uses two or more glass lenses to produce an image. 


Electron—A negatively charged particle, ordinarily 
occurring as part of an atom. The atom’s electrons 
form a sort of cloud about the nucleus. 


Glass converging lens—A circular disk with one or 
two convex curved surfaces used in focusing (con- 
verging) light or producing magnified images. 
Magnetic lens—A magnet used to focus an electron 
beam for producing magnified images in an elec- 
tron microscope. 


Micrometer—One millionth of a meter, or 0.001 
millimeter (one thousandth of millimeter). 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


X ray—Short wavelength light between wavelengths 
of 0.01 and 0.00001 micrometer. 


a surface and spell out the letters “IBM.” This has 
opened up new directions in microscopy, where the 
microscope is both an instrument with which to 
observe and to interact with microscopic objects. 
Future trends in microscopy will most likely probe 
features within the atom. 
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I Microtechnology 


Microtechnology is the use of compact, or very 
small, technical devices. Microtechnology embraces 
microcomputer parts, space microdevices, microsur- 
gery, and microelectronics. Both microfilm and micro- 
fiche, which store information on film, are also 
examples of microtechnology; microfiche generally 
stores more than microfilm. The term micro, derived 
from the Greek word mikros, meaning small, is used to 
describe something that is unusually small. 


Technology is the application of inventions and dis- 
coveries to meet needs or obtain goals. Microtechnology 
has the advantages of taking up less space, using less 
construction material, and costing less money. Initial 
manufacturing of such small components requires inven- 
tion or reapplication of existing technology, a trained 
manufacturer, and precise manufacturing conditions. 
The resulting smaller equipment is less expensive to trans- 
port and store; this aspect of microtechnology makes it 
ideally suited for use, for example, in outer space. 


Microtechnology has emerged in various techno- 
logical fields since about 1920. Advances in scientific 
knowledge and applications of that knowledge make 
microtechnology possible. Specific concepts and 
inventions have provided the necessary basis for micro- 
technology. These significant inventions include: the 
microscope, electricity, computers, and lasers. For 
example, microscopes allow technicians to view minute 
regions of computer microprocessors and components 
of other microdevices. Microscopes also enable sur- 
geons to view aspects of a patient’s body at a resolution 
not possible for the naked human eye. 


Computer microtechnology 


Not long after the computer was invented, engineers 
began to make improvements that increased computer 
functions and decreased computer size. Today’s 
computers contain many microcomputer components— 
the primary one is the microprocessor, a type of micro- 
chip. A microprocessor contains the entire computer 
central processing unit on a single chip. 


Microchips come in a range of sizes and generally are 
smaller than 0.08 sq in (2 sq mm). They are made of a slice 
of semiconducting material such as silicon or germanium 
and have specific electrical characteristics. The first micro- 
chips were made in the early 1960s. Some microchips are 
microprocessors; others can be memory or interface 
microchips. The microprocessor chip communicates 
with memory and interface chips within the computer 
through buses, or series of wires, that relay information. 
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Microcomputers are embedded in and control 
numerous modern devices such as automobiles, digital 
watches, telephones, and video cameras. The micro- 
electronic circuits of these embedded computers are 
called integrated circuits. The miniature onboard cir- 
cuitry is housed in the chips. 


Lasers 


Computer microtechnology also uses laser technol- 
ogy. Lasers (the name is an acronym for light amplifi- 
cation by stimulated emission radiation) are focused 
beams of light, amplified among opposing mirrors. 
American physicist Theodore Harold Maiman (1927-) 
is considered the first person to have invented an 
operable laser; which he did in 1960. Directed light 
has extraordinary specificity; a laser light can drill over 
100 holes into the head of a pin. Lasers are used to 
guide missiles, align walls and ceilings of buildings 
under construction, print, and detect minuscule move- 
ments of Earth’s continents in the phenomenon of 
continental drift. All lasers have three major compo- 
nents: a light source, opposing mirrors that intensify 
the light beam, and an amplifying medium. Lasers are 
classified according to their amplifying medium and 
are generally of four types: semiconductor, solid state, 
gas, or dye. A laser beam can be directed through the 
ground and around corners. Laser light is used in 
communication because it can be conducted along 
glass fiberoptic cables, without much signal loss. 


Laser microtechnology has many applications. 
Machines can use laser light to read or scan informa- 
tion. Bar code scanners in grocery stores routinely 
register product identification and cost with laser 
scanners. Lasers are also used to cut materials such 
as cloth and to weld metals. In addition, lasers (partic- 
ularly CO, lasers) are used in medicine. Lasers are 
used surgically and for specific medical applications 
like shattering gallstones. Laser beams guide weapons, 
such as missiles, that contain laser designators that can 
detect and follow the laser light path. Some lasers are 
as small as a grain of sand. 


Scientific and medical microtechnology 


Several micro-technological applications exist 
in both science and medicine. Scientists use micro- 
scopes, micropipettes, microtomes, microelectrodes, 
and microcapsules in research. Surgeons use micro- 
scopes, micromanipulators, and microinstruments in 
microsurgery. 


Scientists use microscopes to observe objects less 
than 0.004 in (0.1 mm) in diameter. Scientists can also 
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make thin slices of microscopic substances, including 
living material, with a microtome. Micropipettes are 
miniature pipettes (hollow needles) used to inject sub- 
stances into something else, such as a _ cell. 
Microelectrodes can measure an electrical charge 
across a cellular membrane; microelectrodes are also 
used to detect intracellular ionic flow that can signify 
other important changes in cells. Microcapsules 
release their contents at set temperatures and pressures 
and can be used in chemical, physical, and biochemical 
experiments to supply a substance at a set point. 


In medical microsurgery, surgeons observe a 
patient’s tissues through a microscope to make highly 
precise alterations to areas such as the eyes (cataract 
removal or corneal transplant), ears (middle ear bone 
replacement), larynx, blood vessels, cervix, fallopian 
tubes (obstruction removal), vas deferens (vasectomy 
reversal), and severed appendages and _ nerves. 
Microsurgery can be accomplished either with delicate 
surgical instruments held by the surgeon while viewing 
the surgical area under the microscope or by a micro- 
manipulator using microinstruments. A micromani- 
pulator is a human-guided or programmed machine 
(much like a robot) that manipulates microinstru- 
ments to perform surgical procedures. Lasers are 
invaluable to medical microsurgery because they can 
be used to make extremely precise surgical cuts. Laser 
surgery is also used to remove some skin lesions. 


Space microtechnology 


Any device sent into outer space must have certain 
characteristics. It must be able to withstand the stress of 
propulsion into space. It must also be able to use power 
efficiently. In addition, it must be able to operate under 
thermal extremes. It is also very favorable for such devices 
to be as small and lightweight as possible. Several space 
microdevices have been created that meet these criteria. 
Miniature gas chromatographic ionization detectors, ion 
mobility spectrometers, x-ray diffraction devices, and flu- 
orescence instruments are all in various stages of develop- 
ment. Each of these devices plays an important role in 
exobiology, the science of extraterrestrial environments 
that may support life. 


A number of space microdevices have microme- 
chanical functions; they either sense or respond to 
detected conditions such as the presence of a chemical 
or heat. Ionization detectors can identify the chemical 
composition of a foreign sample. Model ionization 
detectors weigh only 0.008 to 0.06 oz (1 to 2 g), and 
are sensitive enough to detect compounds at 10° mol/ 
sec. A miniature stable isotope laserdiode spectrome- 
ter has also been designed to determine sample ratios 
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KEY TERMS 


Exobiology—The science of extraterrestrial life 
forms and environments that may support life. 


Laser—A minute, focused beam of light that can be 
adapted to many uses. An acronym for Light 
Amplification by Stimulated Emission Radiation. 


Microchip—A chip of semiconducting material 
containing an electrical circuit that can process or 
store information. 


Microelectronics—Highly miniaturized electronic 
circuitry. 

Microprocessor—A microchip that houses a com- 
puter’s entire central processing unit, the speed of 
which is limited by the conducting material com- 
prising the chip. 

Microsurgery—Surgery performed with visual assis- 
tance of a microscope that can also use micromani- 
pulation of microinstruments. 


of carbon and oxygen isotopes. These advances in 
miniature space technology could help decrease the 
size and weight of the space vehicle’s payload (cargo 
not required for basic travel operations). 


Micromachines with thousands of other uses are 
on the drawing board, in the laboratory, and soon to 
be part of daily lives. For years, intricate miniatures 
have been the pride of craftspeople that used intricate 
watches and toys to display their finesse. The twenti- 
eth century developments of silicon chips and elec- 
tronics are now allowing tiny twenty-first century 
machines with science fictionlike capabilities. The 
first micromachine to catch the public’s eye was prob- 
ably the electric motor developed by engineers at the 
University of California in 1988 the motor was half as 
wide as a human hair. In 1996, the Japanese followed 
with a complete car, a replica of a 1936 Toyota sedan, 
which was the size of a grain of rice and had 24 moving 
parts. Micromachines have three dimensions (as 
opposed to the flat, essentially two-dimensional 
chips) and usually consist of a sensor, actuator, and 
motor or pump. They are called MEMS, an acronym 
for micro-electrical mechanical systems. MEMS have 
endless practical uses and are already employed to 
sense when to deploy airbags in automobiles and to 
measure blood pressure from inside intravenous tubes 
(IV) in hospitals. 


Micro-air vehicles, or MAVS, are bug-sized devi- 
ces that fly and are also called entomopters. Despite 
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the cute images they conjure, MAVS might have 
potential as miniature spy planes in hotel rooms, as 
flying cameras in any number of applications includ- 
ing security systems, and as collectors of air samples in 
contaminated areas or following explosions. After dis- 
asters like earthquakes, MAVS may be dispatched in 
buildings to search for survivors without imperiling 
rescuers. The cousins of MAVS are MARVS, or mini- 
ature autonomous robotic vehicles. MARVS can also 
be sent on dangerous missions to inspect for chemical 
or nuclear weapons, detect leaks, or search for land 
mines. MARVS navigate on tiny wheels, so obstacles 
like paperclips or pencils are major. Other hazards 
that face these tiny devices and their creators are static 
electricity that can paralyze gears, oils and residues 
that clog motors, and droplets of rain that impact the 
machines like bombs. But MEMS are inexpensive to 
mass produce, and they do not experience the prob- 
lems of larger machines like metal fatigue. 


See also Nanotechnology. 
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Louise Dickerson 


| Microwave communication 


Microwaves are radio signals with a very short wave- 
length. Microwave signals can be focused by antennas just 
as a searchlight concentrates light into a narrow beam. 
Signals are transmitted directly from a source to a receiver 
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A microwave communications tower in Munich, Germany. 
(Tony Craddock. National Audubon Society Collection/Photo 
Researchers, Inc.) 


site. Reliable microwave signal range does not extend very 
far beyond the visible horizon. 


If microwave signals were visible to the eye, cities 
would be seen to be crisscrossed by microwave transmis- 
sions carrying important signals. Any type of information 
that can move over telephone wires or coaxial cables can 
be transmitted over a microwave circuit as efficiently as 
through the wires and cables they supplement. 


Microwaves and power 


The ability to focus microwave signals into narrow 
beams results in very high antenna gain. Antenna gain 
increases the effective-radiated power of a microwave 
signal much as the reflector in a flashlight produces a 
tight beam of light powerful enough to illuminate dis- 
tant objects. The most common microwave-antenna 
focuses the signal by reflecting it from a parabolically- 
curved reflecting surface sometimes called a dish. 
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High antenna gain means that microwave trans- 
mitters need not be extremely powerful to produce a 
strong signal. A transmitter rated at 10 watts or less, 
using an antenna that concentrates the signal toward 
its target, can produce a received signal as strong as if 
thousands of watts were scattered in all directions. 


Microwave transmitters 


The lower-powered microwave signals used by 
communication transmitters are usually produced by 
solid-state devices. The Gunn diode is an example. 
When supplied with voltage from a well-regulated 
power supply these devices reliably produce a few 
watts of microwave signal. 


Spatial diversity 


A sharply defined beam of microwave transmis- 
sions means that separate signals can use the same 
range of frequencies without mutual interference if the 
paths are carefully planned. Lower radio-frequency 
assignments can accommodate fewer users because 
longer-wavelength signals cannot be confined to a 
narrow beam. A relative immunity to interference 
allows each microwave signal to use a very wide band- 
width. Wider bandwidths are required when more 
information per second is transmitted. 


It is common practice to locate microwave 
receivers and transmitters atop high buildings when 
hilltops or mountain peaks are not available. The 
higher the antennas are raised, the further will be the 
distance to the radio horizon. It takes many ground- 
based relay “hops” to carry a microwave signal across 
a continent. Since the 1960s the United States has been 
spanned by a network of microwave relay stations. 


Satellites and microwaves 


Earth satellites relaying microwave signals from 
the ground have increased the distance that can be 
covered in one hop. Microwave repeaters in a satellite 
in a stationary orbit 22,300 mi (35,881 km) above 
Earth is high enough to reach one third of Earth’s 
surface. Microwave signals can be relayed by just one 
satellite repeater when that satellite is simultaneously 
above the horizon for both Earth-bound transmitter 
and the receiver. 


Microwave propagation 


Microwave signals usually travel from transmitter 
to receiver along nearly straight-line paths. There are 
occasional exceptions. The same atmospheric conditions 
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that cause optical mirages can cause microwave-fading 
problems. 


Microwave signals bend slightly when passing 
obliquely through layers of different air density. A 
microwave signal can be trapped beneath a temper- 
ature inversion, causing a strong signal to fade when 
the signal cannot reach a receiver atop a mountain 
peak. Atmospheric ducting can cause a microwave 
signal to follow the curvature of Earth so that it 
reaches far beyond the horizon. Radar signals at 
microwave frequencies may reveal the presence of sur- 
face ships at distances of hundreds of miles but be 
unable to display radar returns from aircraft in flight. 
This happens unpredictably but the problems usually 
persist for only short periods. 


Microwave signals are reflected by flat surfaces. 
Plane reflectors may be used to bounce a microwave 
signal around a hill or a building that would otherwise 
block its path. Flat reflectors are often placed at the top 
of tall microwave-relay towers. Parabolic dish antennas 
at ground level face skyward, directed toward the 
reflectors that bounce their signals to the horizon. 


A passive microwave reflector needs little main- 
tenance and requires no power. Their principle draw- 
back is that the strength of the microwave signal drops 
off as the inverse fourth power of the total distance 
when it has been reflected from a passive repeater, 
greatly increasing the path loss. Doubling the total 
distance reduces received-signal power by one 
sixteenth. 


All wave-based phenomena interact strongly with 
objects having a size comparable to a wavelength. 
Raindrops and hailstones are similar in size to the 
wavelength of higher-frequency microwaves. A rain- 
storm can block microwave communication produc- 
ing a condition called rain fade. Weather radar 
deliberately uses shorter-wavelength microwaves to 
increase interaction with rain. 


Microwave path loss 


Microwave communications systems must be 
carefully engineered if they are to provide reliable 
communications. Engineers can predict the signal 
loss in decibels (dB) for a given signal path. They are 
then able to specify the transmitter power, total 
antenna gain, and receiver sensitivity required for the 
circuit. Additional signal or gain can be specified to 
protect against most fades. 


As an example, suppose that a proposed path fora 
microwave relay system between a radio-station stu- 
dio and a remote transmitter site is predicted to have a 
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KEY TERMS 


Bandwidth—Range of frequencies available for a 
dedicated purpose. 


Coaxial cable—A concentric cable, in which the 
inner conductor is shielded from the outer conduc- 
tor; used to carry complex signals. 


Decibel—A unit of measurement of the intensity of 
sound, abbreviated dB. 


Ducting—Trapping a radio signal so it follows 
Earth’s curvature. 


Inversion—An atmospheric condition in which air 
temperature increases with increasing altitude, 
instead of the usual decrease. 


Parabolic—Shape based on the parabola, a conic 
section from mathematics. 


Passive reflector—Surface used to reflect a signal. 
Propagation—Basis for the transmission of a signal. 


Radar—A method of detecting distant objects 
based on the reflection of radio waves from their 
surfaces. 


Spatial diversity—Reduction of interference by 
maintaining physical separation. 


circuit loss of 110 dB. If the system design provides a 
safety cushion of 30 dB against the possibility of rain 
fade, the total gains and losses in the system must 
equal at least +140 dB. If the calculations fall short 
of this target by 10 dB, for example, the engineer can 
increase the power of the transmitter by a factor of 10, 
or increase the gain of one or both of the other anten- 
nas by 10 dB, or increase the receiver sensitivity, by 10 
dB. Any combination of improvements that will add 
to 10 dB will provide the desired performance. 


Microwave communication is nearly 100% reli- 
able, in part because the circuits have been engineered 
to minimize fading and in part because computer- 
controlled networks often reroute signals through a 
different path before a fade becomes noticeable. 
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Microwave radiation see Electromagnetic 
spectrum 


Mid-ocean ridge see Plate tectonics 


E Migraine headache 


Migraine is a type of headache marked by severe 
head pain lasting several hours or more. 


Migraine is an intense, often debilitating type of 
headache. Migraines affect as many as 24 million peo- 
ple in the United States, and are responsible for bil- 
lions of dollars in lost work, poor job performance, 
and direct medical costs. Approximately 18% of 
women and 6% of men experience at least one 
migraine attack per year. More than three million 
women and one million men have one or more severe 
headaches every month. Migraines often begin in ado- 
lescence, and are rare after age 60. 


Two types of migraine are recognized. Eighty per- 
cent of migraine sufferers experience “migraine with- 
out aura,” formerly called common migraine. In 
“migraine with aura,” formerly called classic 
migraine, pain is preceded or accompanied by visual 
or other sensory disturbances, including hallucina- 
tions, partial obstruction of the visual field, numbness 
or tingling, or a feeling of heaviness. Symptoms are 
often most prominent on one side of the body, and 
may begin as early as 72 hours before the onset of pain. 


Causes and symptoms 
Causes 


The physiological basis of migraine has proved 
difficult to uncover. Genetics appear to play a part 
for many, but not all, people with migraine. There are 
a multitude of potential triggers for a migraine attack, 
and recognizing one’s own set of triggers is the key to 
prevention. 


Physiology 


The most widely accepted hypothesis of migraine 
suggests that a migraine attack is precipitated when 
pain-sensing nerve cells in the brain (called nocicep- 
tors) release chemicals called neuropeptides. At least 
one of the neurotransmitters, substance P, increases 
the pain sensitivity of other nearby nociceptors. 


Other neuropeptides act on the smooth muscle 
surrounding cranial blood vessels. This smooth 
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Phase 1 (The Prodrome): up to 24 hours prior to the headache 
Roughly half of all migraine sufferers experience this stage, 

which is characterized by symptoms of heightened or dulled 
perception, irritability or withdrawal, and food cravings. 


Phase 2 (The Aura): up to 1 hour prior 

to the headache 

One out of five migraine sufferers experience 
this stage of visual disturbances. There may 
be flashing lights, shimmering zig-zag lines, 
and luminous blind spots, as well as 
non-visual sensations like numbness and 
pins and needles in the hands. 


Phase 3 (The Headache): 4-72 hours long 

Characterized by: 

* Severe aching, often pulsating or throbbing 
pain on one or both sides of the head 

* Intolerance of light (photophobia) 

* Intolerance of noise (phonophobia) 

+ Nausea and vomiting 


* Sensitivity to movement 


«And less commonly, speech difficulties 


Phase 4 (The Postdrome): up to 24 hours after the headache 
Most migraine sufferers experience aching muscles and feel 

tired and drained after the headache, although some few go 
through a period of euphoria. 


The phases of a typical migraine headache. (Hans & Cassidy. Courtesy of Gale Group.) 


muscle regulates blood flow in the brain by relaxing or 
contracting, thus dilating (enlarging) or constricting 
the enclosed blood vessels. At the onset of a migraine 
headache, neuropeptides are thought to cause muscle 
relaxation, allowing vessel dilation and increased 
blood flow. Other neuropeptides increase the leakiness 
of cranial vessels, allowing fluid leak, and promote 
inflammation and tissue swelling. The pain of 
migraine is thought to result from this combination 
of increased pain sensitivity, tissue and vessel swelling, 
and inflammation. The aura seen during a migraine 
may be related to constriction in the blood vessels that 
dilate in the headache phase. 


Genetics 


Susceptibility to migraine may be inherited. A child 
of a migraine sufferer has as much as a 50% chance of 
developing migraine. If both parents are affected, the 
chance rises to 70%. However, the gene or genes 
responsible have not been identified, and many cases 
of migraine have no obvious familial basis. It is likely 
that whatever genes are involved set the stage for 
migraine, and that full development requires environ- 
mental influences as well. 
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Triggers 


A wide variety of foods, drugs, environmental 
cues, and personal events are known to trigger 
migraines. It is not known how most triggers set off 
the events of migraine, nor why individual migraine 
sufferers are affected by particular triggers but not 
others. 


Common food triggers include: 
- cheese 
- alcohol 
- caffeine products, and caffeine withdrawal 
- chocolate 
- intensely sweet foods 
- dairy products 
- fermented or pickled foods 
- citrus fruits 
- nuts 


- processed foods, especially those containing nitrites, 
sulfites, or monosodium glutamate (MSG) 


Environmental and event-related triggers include: 
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- stress or timepressure 
- menstrual periods, menopause 
- sleep changes or disturbances, oversleeping 
- prolonged overexertion or uncomfortable posture 
- hunger or fasting 
- odors, smoke, or perfume 
- strong glare or flashing lights 
Drugs that may trigger migraine include: 
- oral contraceptives 
- estrogen replacement therapy 
- nitrates 
- theophylline 
+ reserpine 
- nifedipine 
- indomethicin 
- cimetidine 
- decongestant overuse 
- analgesic overuse 


- benzodiazepine withdrawal 


Symptoms 


Migraine without aura may be preceded by eleva- 
tions in mood or energy level for up to 24 hours before 
the attack. Other pre-migraine symptoms may include 
fatigue, depression, and excessive yawning. 


Aura most often begins with shimmering, jagged 
arcs of white or colored light progressing over the 
visual field in the course of 10-20 minutes. This may 
be preceded or replaced by dark areas or other visual 
disturbances. Numbness and tingling is common, 
especially of the face and hands. These sensations 
may spread, and may be accompanied by a sensation 
of weakness or heaviness in the affected limb. 


The pain of migraine is often present only on one 
side of the head, although it may involve both, or 
switch sides during attacks. The pain is usually throb- 
bing, and may range from mild to incapacitating. It is 
often accompanied by nausea or vomiting, painful 
sensitivity to light and sound, and intolerance of 
food or odors. Blurred vision is common. 


Migraine pain tends to intensify over the first 30 
minutes to several hours, and may last from several 
hours to a day or longer. Afterward, the affected 
person is usually weary, and sensitive to sudden head 
movements. 
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Diagnosis 


Migraine is diagnosed by a careful medical his- 
tory. Lab tests and imaging studies such as computed 
tomography (CT scan) or magnetic resonance imaging 
(MRI) scans have not been useful for identifying 
migraine. However, for some patients, those tests 
may be needed to rule out a brain tumor or other 
structural causes of migraine headache. 


Treatment 


Once a migraine begins, the person will usually 
seek out a dark, quiet room to lessen painful stimuli. 
Several drugs may be used to reduce the pain and 
severity of the attack. 


Nonsteroidal anti-inflammatory drugs (NSAIDs) 
are helpful for early and mild headache. NSAIDs 
include acetaminophen, ibuprofen, naproxen, and 
others. A recent study concluded that a combination 
of acetaminophen, aspirin, and caffeine could effec- 
tively relieve symptoms for many migraine patients. 
One such over-the-counter preparation is available as 
Exedrin Migraine. 


More severe or unresponsive attacks may be 
treated with drugs that act on serotonin receptors in 
the smooth muscle surrounding cranial blood vessels. 
Serotonin, also known as 5-hydroxytryptamine, con- 
stricts these vessels, relieving migraine pain. Drugs that 
mimic serotonin and bind to these receptors have the 
same effect. The oldest of them is ergotamine, a deriv- 
ative of acommon grain fungus. Ergotamine and dihy- 
droergotamine are used for both acute and preventive 
treatment. Derivatives with fewer side effects have 
come onto the market in the past decade, including 
sumatriptan (Imitrex). Some of these drugs are avail- 
able as nasal sprays, intramuscular injections, or rectal 
suppositories for patients in whom vomiting precludes 
oral administration. Other drugs used for acute attacks 
include meperidine and metoclopramide. 


Continued use of some anti-migraine drugs can 
lead to “rebound headache,” marked by frequent or 
chronic headaches, especially in the early morning 
hours. Rebound headache is avoided by using anti- 
migraine drugs under a doctor’s supervision, with the 
minimum dose necessary to treat symptoms. Patients 
with frequent migraines may need preventive therapy. 


Alternative treatments 


Alternative treatments are aimed at prevention of 
migraine. Migraine headaches are often linked with food 
allergies or intolerances. Identification and elimination 
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of the offending food or foods can decrease the frequency 
of migraines and/or alleviate these headaches altogether. 
Herbal therapy with feverfew (Chrysanthemum parthe- 
nium) may lessen the frequency of attacks. Learning to 
increase the flow of blood to the extremities through 
biofeedback training may allow a patient to prevent 
some of the vascular changes once a migraine begins. 
During a migraine, keep the lights low; put the feet in a 
tub of hot water and place a cold cloth on the occipital 
region (the back of the head). This draws the blood to the 
feet and decreases the pressure in the head. 


Prognosis 


Most people with migraines can bring their attacks 
under control through recognizing and avoiding trig- 
gers, and by use of appropriate drugs when migraine 
occurs. Some people with severe migraines do not 
respond to preventive or drug therapy. Migraines usu- 
ally wane in intensity by age 60 and beyond. 


Prevention 


The frequency of migraine may be lessened by avoid- 
ing triggers. It is useful to keep a headache journal, 
recording the particulars and noting possible triggers 
for each attack. Specific measures that may help include: 


- Eating at regular times, and not skipping meals. 

- Reducing the use of caffeine and pain-relievers. 

- Restricting physical exertion, especially on hot days. 
- Keeping regular sleep hours, but not oversleeping. 

- Managing time to avoid stress at work and home. 


Some drugs can be used for migraine prevention, 
including specific members of these drug classes: 


- Beta blockers 

- Tricyclic antidepressants 

- Calcium channel blockers 

- Anticonvulsants 

« Prozac 

- Monoamine oxidase inhibitors (MAO) 
- Serotonin antagonists 


For most patients, preventive drug therapy is not 
an appropriate option, since it requires continued use 
of powerful drugs. However, for women whose 
migraines coincide with the menstrual period, limited 
preventive treatment may be effective. Since these 
drugs are appropriate for patients with other medical 
conditions, the decision to prescribe them for migraine 
may be influenced by expected benefit elsewhere. 
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l Migration 


Migration is the act of moving from one place to 
another, and is often associated with seasonal move- 
ments of animals between their breeding territory and a 
wintering range. This activity is most readily observed 
in birds, but has been documented in many other ani- 
mals as well, including insects, fish, whales, and other 
mammals. Migration is a complex behavior that 
involves timing, navigation and other survival skills. 


Types of migration 


The migration behaviors of different species of 
animals can be categorized as either complete, partial, 
differential, or irruptive. In complete migration, all of 
the members of a population will travel away from 
their breeding habitat at the end of that season, often 
to a wintering site hundreds or even thousands of 
kilometers away. The arctic tern (Sterna paradisaea) 
is an example of a complete migrant. Individuals of 
this species travel from the arctic to the antarctic and 
back again during the course of a year, a round-trip 
migration of more than 18,600 mi (30,000 km). 
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In other species, some individuals will remain at 
the breeding ground year round, while other members 
of the same species migrate away. These species are 
called partial migrants. American robins (Turdus 
migratorius), considered indicators of spring in some 
areas, are year-round residents in others. 


Differential migration occurs when all the mem- 
bers of a population migrate, but not necessarily at the 
same time or for the same distance. The differences are 
often based on age or sex. Herring gulls (Larus argen- 
tatus), for example, migrate a shorter and shorter dis- 
tance as they grow older. Male American kestrels 
(Falco sparverius) spend more time at their breeding 
grounds than do females, and when they do migrate, 
they do not travel as far. 


Irruptive migration occurs in species which do not 
migrate at all during some years, but may do so during 
other years, when the winter is particularly cold or 
food particularly scarce. For example, some popula- 
tions of blue jays (Cyanocitta cristata) are believed to 
migrate only when their winter food of acorns is 
scarce. 


Directions of migration 


Migration is usually thought of as a southward 
movement in autumn and a return northward in the 
spring. These migrations, termed latitudinal migra- 
tions, are the most common type, but there are several 
other directions in which migratory animals may 
travel. A mirror image of latitudinal migration, often 
called austral migration, occurs in the Southern 
Hemisphere. These migrations tend to be shorter 
than those in the Northern Hemisphere, mainly 
because of the scarcity of land in the cold regions of 
the Southern Hemisphere. 


Some birds, such as prairiefalcons (Falco mexica- 
nus), travel east to west and back. These movements, 
called longitudinal migrations, are probably related 
to seasonal changes in the choice of prey and its 
location. 


Elevational migration occurs in many animals 
that live on mountains. A short migration to lower 
elevations in winter will accomplish the same as a 
much longer southerly migration, since valleys have 
warmer climates than do mountaintops. A form of 
elevational migration also occurs in zooplankton, 
tiny animals that drift with the currents in the open 
ocean. In the summer, when tiny plants are abundant, 
the zooplankton live near the ocean surface, feeding 
on the plants. In the winter, they migrate 1,090 yd 
(1,000 m) deeper and do not feed at all. 
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Migration pathways 


Migratory animals travel along the same general 
routes each year. Several common “flyways” are used 
by North American birds on their southward journey. 
The most commonly used path includes a 496-682 mi 
(800-1,100 m) flight across the Gulf of Mexico. In 
order to survive this arduous journey, birds must 
store extra energy in the form of fat. All along the 
migration route, but particularly before crossing a 
large expanse of water, birds will rest and eat, some- 
times for days at a time. The recommencement of the 
journey will begin only when a certain amount of body 
fat is reached. 


The requirement of stopover sites in addition to 
breeding and wintering sites makes migratory animals 
particularly susceptible to habitat loss, and thus many 
migrants are among our most endangered species. 


Although most migrants travel at night, a few 
birds prefer daytime migrations. The pathways used 
by these birds tend to be less direct and slower than 
those of night migrants, primarily because of differ- 
ences in feeding strategies. Night migrants can spend 
the day in one area, foraging for food and building up 
energy reserves for the night’s non-stop flight. 
Daytime migrants must combine travel with foraging, 
and thus tend to keep to the shorelines, which are rich 
in insect life, capturing food during a slow but ever- 
southward journey. 


Advantages of migration 


Despite the dangers of long-distance travel, many 
different animals have developed migration strategies, 
presumably as a defense against the greater dangers of 
environmental uncertainty and competition. The 
breeding range of migratory animals is likely to cover 
a region whose environment becomes increasingly 
inhospitable after the breeding season is over (i.e. 
there is less food available in the winter), so it is 
advantageous to travel elsewhere. The wintering 
ranges will have food available year-round, but also 
many more animals competing for that food, as well as 
increased competition for shelter in which to raise 
their young. Hence the advantage of returning to the 
breeding grounds, where competition is less severe. 


Navigation 


Perhaps the most remarkable aspect of migration 
is the navigational skills employed by the animals. 
Birds such as the albatross (Diomedea sp.) and lesser 
golden plover (Pluvialis dominica) travel hundreds of 
miles over the featureless open ocean, yet unerringly 
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KEY TERMS 


Habitat—The place that an animal lives, which 
provides everything necessary for the animal’s 
survival. 


Navigation—The process of finding one’s way to a 
known destination across unfamiliar terrain. 


home in on the same breeding grounds year after year. 
Salmon (Oncorynchus sp.) migrate upstream from the 
sea to the very same freshwater shallows in which they 
were hatched. Monarch butterflies (Danas plexippus), 
which began life in the United States or Canada, travel 
to the same wintering grounds in southern California 
or Mexico that had been used by ancestors many 
generations removed. 


How are these incredible feats of navigation accom- 
plished? Different animals have been shown to use a 
diverse range of navigational aids, involving senses often 
much more acute than our own. Sight, for example, may 
be important for some animals’ navigational skills, 
although it may often be secondary to other senses. 
Salmon can smell the water of their home rivers, and 
follow this scent all the way from the sea. Pigeons also 
sense wind-borne odors and may be able to organize the 
memories of the sources of these smells in a kind of 
internal map. It has been shown that many animals have 
the ability to sense the magnetic forces associated with the 
north and south poles, and thus have their own built-in 
compass. This magnetic sense, along with the sense of 
smell, are believed to be the most important factors 
involved in animal migration, but researchers are contin- 
ually discovering new and unusual navigational systems 
throughout the animal kingdom. 
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| Mildew 


Mildews are whitish fungi that grow on moist 
surfaces. Some mildews are parasites growing on the 
surface of plant foliage or fruits. Other mildews grow 
on the moistened surfaces of materials made from 
plant or animal tissues, such as wood, paper, clothing, 
or leather. 


The downy mildews are in the fungal family 
Peronosporaceae. These fungi can only exist as para- 
sites, and under conditions favorable to their growth 
they can be important plant pathogens. Heavily 
infested leaves have whitish mycelium emerging 
through the small pores on their surface known as 
stomata, and through other exterior lesions. It is this 
downy mycelium that gives the fungus its common 
name. Various species are economically important, 
for example, Plasmopara viticola is a downy mildew 
of cultivated grapes (Vitis vinifera). 


The powdery mildews are in the family of fungi 
known as the Erysiphaceae. These can be important 
parasites of grasses and other plants, especially under 
humid conditions. Severely infested plants can have a 
whitish or grayish bloom of mycelium and spores over 
much of their above-ground surfaces. One of the most 
important species is the powdery mildew of grasses 
(Erysiphe graminis), which affects a wide range of 
grasses grown as food for humans or as fodder for 
livestock. 


When they are perceived to be pests, mildews are 
sometimes treated with a pesticide called a mildewcide. 
Commonly used chemicals for this purpose include 
benzoic acid, formaldehyde, cresols, phenols, sulfur 
powder, and organic compounds containing mercury, 
lead, zinc, or copper. Infestations of mildews on 
books, walls, and other organic-rich surfaces can 
sometimes be treated by wiping with a dilute solution 
of domestic bleach (sodium hypochlorite). 


See also Fungicide. 


| Milkweeds 


Milkweeds are various species of perennial plants 
in the family Asclepiadaceae, a mostly tropical group 
that contains more than 1,800 species. Most species in 
this family are herbaceous, but others are woody 
climbers, shrubs, or small trees. The foliage and 
stems of milkweeds are often succulent, and when 
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Milkweed in seed. (JLM Visuals.) 


they are broken they weep a white, milky latex from 
which the common name of these plants is derived. 


The most common milkweeds in North America 
are species in the genus Asclepias such as A. syriaca, 
the common milkweed. This species is the principal 
food of one of North America’s best-known butterflies, 
the monarch or milkweed butterfly (Danaus plexip- 
pus). The monarch lays its eggs on A. syriaca and 
other species of milkweeds, and its larvae feed on their 
foliage. The monarch is a brightly orange-colored 
butterfly that flies slowly and might seem to be an 
easy prey for insect-eating birds and other predators. 
However, the adult and larval monarchs taste terrible 
because they contain chemicals obtained from the 
milkweeds while feeding. As a result, the monarch is 
avoided as food by most predators. An unrelated but- 
terfly, the viceroy (Limenitis archippus), tastes fine 
but it is rarely eaten by most predators because it 
closely resembles the monarch in shape, color, and 
behavior. The milkweed-tainted monarch is the 
model in this system, while the viceroy is the mimic. 
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Some milkweeds have very attractive flowers and 
may be grown as ornamentals. The orange-colored 
flowers of the butterfly weed (A. tuberosa) are a 
beautiful aspect of the taller-grass prairies of North 
America, and this species is sometimes grown in 
gardens. 


The latex of milkweeds and other species in the 
family Asclepiadaceae can be used to make a natural 
rubber. During World War II (1939-1945), when sup- 
plies of rubber from Asia were not readily available in 
North America, research was undertaken to see whether 
this strategically important material could be obtained 
from milkweeds under cultivation. However, the 
yields of rubber were too small to make this enterprise 
worthwhile. 


Some people like to gather the young, partially 
developed shoots or the seed pods of milkweeds in the 
late springtime before they have developed to the stage 
that they contain much of the milky latex. The shoots 
or pods are steamed, dressed with butter, and eaten as 
a tasty and nutritious vegetable. 


t Milky Way 


The Milky Way galaxy, sometimes simply called 
the galaxy, is a barred spiral galaxy that formed as part 
of the Local Group, which is an association of approx- 
imately 25 galaxies. The word milky came from the 
band of white light that early astronomers saw in the 
sky on clear nights. Greek philosopher Democritus (c. 
450-c. 370 BC) is generally considered the first astron- 
omer to have explained that the Milky Way consisted 
of a band of stars. Based on research performed in 
2005, the age of the Milky Way is estimated to be 
about 13.6 billion years. 


On a clear, moonless night, away from the bright 
lights of the city, the Milky Way galaxy is visible—a 
fuzzy, milky band stretching across the sky. The Milky 
Way is a galaxy, a vast spinning carousel of a few 
hundred billion stars. The solar system is located 
about half way between the center and the edge of 
this 120,000-light-year diameter pancake shaped 
galactic disk. (A light-year is the distance that light 
travels within a vacuum in one year.) The visible Milky 
Way is simply the light from billions of faint stars 
blending into a fuzzy band across the sky. 


In the northern hemisphere summer, the Milky 
Way passes through the constellations Scorpius and 
Sagittarius in the south and heads north through 
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A fish-eye lens view of the southern Milky Way from the constellation Sagittarius (left) through Scorpius, Centaurus, and Crux 
(the Southern Cross), to Carina (right). The Milky Way is intersected by dark lanes and clouds of dust, which obscure the stars 
beyond. The photo was taken from Ayers Rock, Australia. (Fred Espenak. Photo Researchers, Inc.) 


Aquila and Cygnus. In winter, the Milky Way slips 
between the hunting dogs, Canis Major and Minor, 
over the head of Orion the hunter, and through the feet 
of Gemini, the twins. In spring and summer, the Milky 
Way passes through the constellations Cassiopeia and 
Perseus. 


History 


In the minds of the ancient Greeks, the Milky Way 
clashed with the perfection expected in the heavens, 
and as such they thought it had to be an atmospheric 
phenomenon. The first hint of the true nature of the 
Milky Way came in 1610 when Italian astronomer and 
physicist Galileo Galilei (1564-1642) examined it with 
his telescope, and realized that the Milky Way was 
composed of an uncountable number of faint, individ- 
ual stars. 


In 1785, astronomer, German-born English 
astronomer William Herschel (1738-1822) pioneered 
the technique of star counts in an attempt to deduce 
the structure of the Milky Way. Herschel pointed his 
telescope in various directions in the sky and counted 


the number of stars he could see in a standard size field 
of view. If he saw more stars in a given direction, 
Herschel assumed that the Milky Way extended far- 
ther in that direction. Herschel correctly concluded 
that the Milky Way was a disk shape, but he mistak- 
enly concluded that Earth was at the center of that 
disk. The star counting technique he used was mis- 
leading. It did not work because the galaxy is so vast 
that the interstellar dust—dust between the stars— 
blocks out light from the more distant stars. While 
Earth is at the center of the small part of the galaxy 
mapable by the star counting method, the galaxy 
extends beyond the region Herschel could map. 
Consequently, astronomers must find beacons enough 
brighter than individual stars to be seen from the edges 
of the galaxy. 


In 1917, American astronomer Harlow Shapley 
(1885-1972) mapped the extent of the galaxy by count- 
ing globular clusters rather than stars. Globular clus- 
ters are collections of roughly 100,000 stars. They can 
be seen from the distant reaches of the Milky Way. 
Just as Polish astronomer Nicolaus Copernicus (1473- 
1543) before him concluded that Earth is not the 


Milky Way 


center of the solar system, Shapley proved that the 
solar system was not at the center of the galaxy. 
Since Shapley’s time, astronomers have refined his 
technique and discovered new ways to deduce the 
size, structure, and contents of the Milky Way. 


Structure of the Milky Way 


The problem astronomers face trying to deduce 
the structure of the Milky Way from their location 
within it is analogous to the problem faced by the 
Amazon Indians trying to map the rain forest while 
confined to its boundaries: it is simply too vast. To 
map the rainforest today mappers can simply fly over 
the rain forest in a plane; yet, astronauts cannot yet fly 
out of the galaxy in a spaceship to map its structure. 
Astronomers must find other methods. 


Clues to the structure of the Milky Way galaxy 
can be found by examining other galaxies similar to it. 
The Milky Way has a disk structure with two spiral 
arms winding out from the center in the plane of the 
disk. The center, or nucleus, contains a small bulge. 
Surrounding this disk shape is a spherical halo com- 
posed of globular clusters similar to those used by 
Shapley to deduce Earth’s location within the Milky 
Way. 

Astronomers map the spiral arm structure of the 
Milky Way using ordinary optical light and looking 
for objects commonly found in spiral arms of other 
galaxies. To map the largest region possible astrono- 
mers use bright objects. These objects, known as spiral 
arm tracers, include O and B spectral class stars, O and 
B associations, HII regions, and Cepheid variable 
stars. 


Astronomers put stars into different spectral 
classes. The O and B spectral classes are the two with 
the brightest and most massive stars. O and B associ- 
ations are loose clumps of roughly a few dozen or so O 
and B stars. HII regions are clouds of ionized hydro- 
gen surrounding very recently formed O or B stars. 
Cepheid variable stars vary in brightness in a partic- 
ular way. The first member of this class was discovered 
in the constellation Cepheus, hence the name. These 
stars are one of the fundamental yardsticks used by 
astronomers to measure distances in the universe, so 
they can be used to find the distance to the spiral arm 
containing them. These spiral arm tracers allow us to 
map the spiral arm structure of the Milky Way. 
Astronomers can only map a small part, however, as 
interstellar dust blocks the optical light from the more 
distant parts of the galaxy. 


Astronomers use radio waves to map the far 
reaches of the Milky Way because the interstellar 
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dust does not block radio waves as much as optical 
light. Spiral arms also contain interstellar gas com- 
posed mostly of hydrogen atoms. This interstellar 
gas is so thin (on average slightly less than one hydro- 
gen atom per cubic centimeter of space) that it would 
be an excellent vacuum on Earth, but interstellar space 
is so vast that the interstellar gas still adds up to many 
hydrogen atoms. These hydrogen atoms emit radio 
waves with a wavelength of 8 in (21 cm) that can 
penetrate the interstellar dust. The 21-cm radio 
waves allow astronomers to map the spiral arm struc- 
ture of even the distant parts of the Milky Way. 


Using these and other techniques, astronomers 
have deduced the structure, size, and content of the 
Milky Way. The Milky Way consists of a fairly flat 
disk about 120,000 light years in diameter and 1,000 
light years thick. (A light year is about 6 trillion miles.) 
The edge of the galaxy has a fuzzy rather than a sharp 
boundary, so the size estimates depend on what one 
calls the edge. 


The flat disk consists of a complex spiral pattern, 
rather than the two graceful arms found in some gal- 
axies. In addition to the spiral arm tracers mentioned 
previously, the disk and spiral arms contain young 
stars of all spectral classes, galactic clusters composed 
of several hundred young stars, and interstellar clouds 
of gas, molecules, and dust where new stars form. 
There is some recent evidence that the spiral arms do 
not begin at the center of the galaxy but at either end of 
a central bar structure like those found in barred spiral 
galaxies. The sun and solar system are located on a 
spiral arm about 25,000 light years from the center. 


The nucleus of the galaxy is surrounded by a 
nuclear bulge that is 12,000 light-years in diameter 
and 10,000 light-years thick. Surrounding this disk is 
a spherical halo, composed primarily of globular clus- 
ters. The halo may be as much as 300,000 light-years in 
diameter and contains a considerable amount of 
unseen dark matter, perhaps as much as several times 
the amount of mass that astronomers can see. The 
extent of the dark matter is difficult to determine 
because it is not clearly defined or measurable. Some 
astronomers suggest that the dark matter portion of 
the halo may extend as far as half the distance to the 
Andromeda galaxy. 


In 1997, astronomers discovered an astounding 
sight—a fountain of hot gas and antimatter shooting 
some 3,500 light-years out of the nucleus of the Milky 
Way perpendicular to the disk. The discovery was 
made by the Compton Gamma Ray Observatory, 
which registered the massive flow of gamma rays emit- 
ted by the antimatter. Astronomers were unclear 
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whether the antimatter jets are continuous or whether 
they are merely observing an antimatter cloud slowly 
separating from the rest of the galaxy. 


The fountain appears to primarily contain posi- 
trons, rather than more massive antimatter particles or 
atoms. Positrons can be created by heated gas spira- 
ling into a black hole, or by the explosions of super- 
novas and white dwarf stars, leading astronomers to 
speculate that the fountain is caused by massive star 
formation near the black hole that is thought to exist 
at the Milky Way’s center, or the explosion of young 
massive stars. In 2005, a black hole was discovered to 
be traveling at twice the escape velocity of the galaxy 
as it exited the Milky Way. Scientists think that such a 
black hole may help to support the theory that a black 
hole exists in the center of the Milky Way galaxy. 


How many stars are there in the Milky Way? The 
spinning provides clues to the answer. The Milky Way 
spins because the individual stars in the galaxy are 
orbiting the center of the galaxy. Just as the sun’s 
gravity causes the planets to orbit the sun, the cumu- 
lative gravitational effect of the stars in the Milky Way 
cause the stars farther out to orbit the center of the 
Milky Way. The amount of gravitational force and 
hence the orbital properties depend on the mass. 


Astronomers can therefore study the orbital 
motions of the outer stars in the Milky Way to find 
the mass of the Milky Way. As of 2005, the estimated 
mass of the Milky Way within a diameter of 120,000 
light-years is about 600 hundred billion to 3 trillion 
times the mass of the sun. Because the sun is a fairly 
average star, the Milky Way contains roughly two to 
four hundred billion stars. The orbital motions of the 
sun are such that it moves around the center of the 
galaxy at about 220 km/s and takes about 250 million 
years to orbit the galactic nucleus once. 


Formation of the Milky Way 


The nucleus and halo of our galaxy contain older 
stars from the first batch to form. The globular clus- 
ters in the halo are anywhere from 10 to 17 billion 
years old and are among the oldest objects in the 
galaxy. These older stars are called population II 
stars. The disk and spiral arms consist of younger, 
second to third generation stars (population I) as 
well as interstellar gas and dust. This difference in 
location between the older and younger stars in the 
Milky Way suggests something about the origin and 
evolution of the Milky Way. The older population II 
stars are distributed spherically in the halo, suggesting 
that when the galaxy first formed it had a spherical 
shape. The youngest stars are found in the flat disk, 
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suggesting that the Milky Way has gradually flattened 
into a disk shape. Why? It is spinning. As the galaxy 
spins around, it flattens out. 

However, the history of the Milky Way may not 
be so simple. Detailed studies of the globular clusters 
in the halo and the different ages of stars in the halo 
and disk reveal some anomalies. For example, the 
contents of the halo do not always orbit in the same 
direction that the disk does. In addition, portions of 
the halo have very different ages. From this evidence, 
astronomers have concluded that the Milky Way may 
have formed as the result of a merger of smaller sys- 
tems such as globular clusters or dwarf elliptical 
galaxies. 


Nucleus of the Milky Way 


What is in the nucleus of the Milky Way? If 
astronomers look with optical telescopes, they see 
nothing. The interstellar dust obscures the optical 
light. The center of the Milky Way does, however 
contain very strong sources of radio waves, infrared 
light, and x rays. One such source, called Sagittarius 
A*, appears to lie at the precise center of the galaxy, 
the point about which the entire system rotates. 


The vast energy omitted by Sagittarius A* comes 
from a region that is less than one light-day in diameter 
(about the size of the solar system) compared to over 
120,000 light-years for the entire galaxy. There is more 
energy produced in a very small volume of space than 
astronomers can easily explain. There is certainly not 
enough room in this volume to contain enough stars to 
explain the energy production. What produces so much 
energy in such a small region of space? Most astrono- 
mers think that there is a supermassive black hole with 
the mass of a million suns, in the core of the Milky Way. 
Black holes are so highly compressed that a supermas- 
sive black hole capable of explaining the energy output 
of the Milky Way’s core would still have a small volume. 


Quasars and other active galaxies also emit far 
more energy than can easily be explained from a 
small region in their nuclei. An active galaxy is a 
galaxy with at least 100 times the energy output of 
the Milky Way. Quasars are among the most energetic 
and distant types of active galaxy. These galaxies are 
also thought to contain supermassive black holes in 
the nucleus, even more energetic than the one in the 
nucleus of the Milky Way. The nucleus of the Milky 
Way may be a quieter version of the nucleus of an 
active galaxy or a quasar. 


There are many mysteries concerning the Milky 
Way galaxy, including the antimatter fountains, the 
nature of the energetic activity at its core, the 
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KEY TERMS 


Cepheid variable star—A type of star that varies in 
brightness as the star pulsates in size. Cephied var- 
iables are important distance yardsticks in estab- 
lishing the distance to nearby galaxies. 

Disk—The flat disk-shaped part of the Milky Way 
galaxy that contains the spiral arms. 

Galactic cluster—A cluster of roughly a few hun- 
dred young stars in a loose distribution. Also called 
an open cluster. 

Galaxy—A large collection of stars and clusters of 
stars, containing anywhere from a few million to a 
few trillion stars. 

Globular cluster—A cluster of roughly 100,000 
older stars in a compact spherical distribution. 
Halo—A spherical distribution of older stars and 
clusters of stars surrounding the nucleus and disk 
of our galaxy. 

Light-year—The distance light travels in one year, 
roughly 9.5 trillion kilometers or 6 trillion miles. 


Milky Way—The galaxy in which Earth is located. 
Nucleus—The central core of a galaxy. 

Spiral arms—The regions where stars are concen- 
trated that spiral out from the center of a spiral 
galaxy. 

Spiral galaxy—A galaxy in which spiral arms wind 
outward from the nucleus. 


unknown composition of the dark matter in the halo, 
and the uncertain process by which it formed. 
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l Miller-Urey experiment 


A classic experiment in molecular biology and 
genetics, the Miller-Urey experiment, established that 
the conditions that existed in Earth’s primitive atmos- 
phere were able to produce amino acids, the subunits 
of proteins (complex carbon-containing molecules 
required by all living organisms). The Miller-Urey 
experiment fundamentally established that Earth’s 
primitive atmosphere was capable of producing the 
building blocks of life from inorganic materials. 


In 1953, University of Chicago researchers 
Stanley L. Miller and Harold C. Urey set up an exper- 
imental investigation into the molecular origins of life. 
Their innovative experimental design consisted of the 
introduction of molecules thought to exist in early 
Earth’s primitive atmosphere into a closed chamber. 
Methane (CHy4), hydrogen (H2), and ammonia (NH3) 
gases were introduced into a moist environment above 
a water-containing flask. To simulate primitive light- 
ning discharges, Miller supplied the system with elec- 
trical current (sparks). 


After a few days, Miller observed that the flask 
contained organic compounds and that some of these 
compounds were the amino acids that serve as the essen- 
tial building blocks of protein. Using chromatological 
analysis, Miller continued his experimental observations 
and confirmed the ready formation of amino acids, 
hydroxy acids, and other organic compounds. 


Although the discovery of amino acid formation was 
of tremendous significance in establishing that the raw 
materials of proteins were easy to obtain in a primitive 
earth environment, there remained a larger question as to 
the nature of the origin of genetic materials—in partic- 
ular, the origin of DNA and RNA molecules. 


Continuing on the seminal work of Miller and 
Urey, in the early 1960s Juan Oro discovered that the 
nucleotide base adenine could also be synthesized 
under primitive Earth conditions. Oro used a mixture 
of ammonia and hydrogen cyanide (HCN) in a closed 
aqueous enviroment. 


Oro’s findings of adenine, one of the four nitro- 
genous bases that combine with a phosphate and a 
sugar (deoxyribose for DNA and ribose for RNA) to 
form the nucleotides represented by the genetic code: 
(adenine (A), thymine (T), guanine (G), and cytosine 
(C). In RNA molecules, the nitrogenous base uracil 
(U) substitutes for thymine. Adenine is also a funda- 
mental component of adenosine triphosphate (ATP), 
a molecule important in many genetic and cellular 
functions. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Illustration showing apparatus used in the Miller-Urey 
experiment to duplicate conditions on primordial Earth. 
(Francis Leroy, Biocosmos/Science Photo Library. Photo 
Researchers, Inc.) 


Subsequent research provided evidence of the for- 
mation of the other essential nitrogenous bases needed 
to construct DNA and RNA. 


The Miller-Urey experiment remains the subject of 
scientific debate. Scientists continue to explore the nature 
and composition of earth’s primitive atmosphere and 
thus, continue to debate the relative closeness of the 
conditions of the Miller-Urey experiment (e.g., whether 
or not Miller’s application of electrical current supplied 
relatively more electrical energy than did lightning in the 
primitive atmosphere). Subsequent experiments using 
alternative stimuli (e.g., ultraviolet light) also confirm 
the formation of amino acids from the gases present in 
the Miller-Urey experiment. During the 1970s and 1980s, 
astrobiologists and astrophyicists, including American 
physicist Carl Sagan, asserted that ultraviolet light bom- 
barding the primitive atmosphere was far more energetic 
that even continual lightning discharges. Amino acid 
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formation is greatly enhanced by the presence of an 
absorber of ultraviolet radiation such as the hydrogen 
sulfide molecules (H2S) also thought to exist in the early 
earth atmosphere. 


Although the establishment of the availability of 
the fundamental units of DNA, RNA and proteins 
was a critical component to the investigation of the 
origin of biological molecules and life on earth, the 
simple presence of these molecules is a long step from 
functioning cells. Scientists and evolutionary biolo- 
gists propose a number of methods by which these 
molecules could concentrate into a crude cell sur- 
rounded by a primitive membrane. 


Scientific opinion about whether Miller-Urey 
assumptions about the chemical makeup of the early 
Earth’s atmosphere were correct has seesawed over the 
decades. Most recently, in 2005, several independent 
studies concluded that the Miller-Urey assumptions 
were probably approximately correct. 


See also Astrobiology; Evolution, convergent; 
Evolution, divergent; Evolution, evidence of; 
Evolution, parallel; Evolutionary change, rate of. 
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Millet see Grasses 


[ Millipedes 


Millipedes are long, cylindrical, segmented, 
many-legged terrestrial arthropods in the class 
Diplopoda, in total comprising about 10,000 species. 
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Mimicry 


The common name of these animals is derived from 
the Latin word for “thousand legs,” although most 
species actually have fewer than 200 legs, and some 
as few as about 60. 


Millipedes have an elongate, almost cylindrical 
body form, with two short legs on each segment, except 
for the first three, anterior (head), segments, which do 
not have legs. Most species of millipedes have small, 
compound eyes, consisting of bundles of optical units 
known as simple eyes, or ocelli. Millipedes have a pair 
of large chewing mandibles at the head end, which they 
use to break up their food—usually decaying vegetation 
or the flesh of dead animals. 


Millipedes are slow-moving, deliberate animals 
which usually live in damp and dark places, often under 
some sort of cover. Some species of millipedes feed on 
living plants, and when these animals are abundant they 
can cause significant damage. For example, Oxidus gra- 
cilus, acommon millipede found in greenhouses, is some- 
times considered to be a pest. A few species of millipedes 
are predators of other invertebrates. 


When millipedes are disturbed, some species curl 
up into a tight spiral, with their head in the center. 
Some species also exude a foul, dark fluid from pores 
in the sides of their body when they are disturbed. This 
excretion can kill some types of insects when they are 
closely confined with these millipedes. 


Millipedes have internal fertilization, with the 
male using specialized, modified legs on its seventh 
body segment to pass sperm to the female. Openings 
of the reproductive tracts of both sexes are located at 
the front of the body, between the second and third 
pairs of legs. Millipedes lay clutches of small, whitish 
eggs in damp places. The newly hatched millipedes 
have only three pairs of legs, with the other parts 
being added as the animals grow and molt. 


The largest species of millipede in North America 
is Narceus americanus, a dark brown animal with nar- 
row, red, transverse rings on its body, occurs in moist 
coniferous forests of the west coast. This beautiful 
millipede can reach an impressive body length of 4 
inches (10 cm), while species of millipedes in the 
tropics can reach the length of a foot (30 cm). 


I Mimicry 


Mimicry may broadly be defined as imitation or 
copying of an action or image. In biological systems, 
mimicry specifically refers to the fascinating resemblance 
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ofan organism, called the “mimic,” to another somewhat 
distantly related organism, called the “model.” The set of 
mimic and model species involved is often referred to as a 
mimicry complex. Usually through escape from preda- 
tion, the mimicry of a trait or traits helps the mimic to 
survive. This, coupled with the fact that the resemblance 
traits are genetically based, implies that mimicry com- 
plexes have been shaped by natural selection. There are 
two major types of mimicry, Batesian and Miillerian, 
named after the naturalists that first theorized them 
upon their observations of butterflies. There are a few 
other types that are not as prevalent, such as aggressive 
mimicry. 


Batesian mimicry 


In 1862, H.W. Bates presented an hypothesis 
explaining the similar color patterns in several species 
sets of tropical butterflies in different families. His 
hypothesis was one of the early applications of 
Charles Darwin’s theory of natural selection. Bates 
reasoned that an edible butterfly species that was sus- 
ceptible to predation would evolve, due to selection by 
a bird predator, to look like an unpalatable, or dis- 
tasteful model species. If the mimic was rarer than the 
model, then birds would encounter the distasteful 
model more frequently, and would learn to avoid all 
butterflies that looked like the distasteful ones. In fact, 
the relative rarity of the model was to Bates a prereq- 
uisite for such a phenomenon to evolve. As mimicry 
theory has progressed, mathematical models show 
that relative abundances of models and mimics, as 
well as relative palatability of the two species, will 
determine the outcome. 


Miillerian mimicry 


In the 1870s, Fritz Muller theorized a different 
type of mimicry. His idea, also based on sets of butter- 
fly species, was that several species, all somewhat dis- 
tasteful, would evolve to look like each other. Such an 
evolutionary strategy would, in effect, reduce preda- 
tion on any of the species because the predator would 
learn to avoid a single color pattern, but since all of 
them had the same pattern, they would all be safe from 
predation. The rarer form, say species 1, would even- 
tually converge to look like the more common form, 
species 2, as the individuals that looked too different 
from species 2 would be rapidly selected out by pred- 
ators. Since species 2 was more common, the predator 
would have had more experience with it and would 
have had more opportunity to learn to avoid it than 
with species 1, the rare species. Individuals of species 
1 that resembled species 2 would benefit from the 
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KEY TERMS 


Aggressive mimicry—A type of evolved mimicry in 
which the result of the mimicry is predation by the 
mimic on a naive “dupe.” 


Batesian mimicry—A type of mimicry in which a 
palatable species has evolved to look like an unpa- 
latable one in order to escape predation. 


Miillerian mimicry—A type of mimicry in which 
two or more species evolve toward a similar 
appearance so that learned avoidance by a preda- 
tor will result in fewer deaths for any given species. 


predator’s learned avoidance of species 2, and thus 
would proliferate. The species would evolve to share 
a similar pattern as relative frequencies shifted. If the 
two species were equal in abundance, Miiller rea- 
soned, it would not be possible to distinguish mimic 
from model, as both had converged on a common 
phenotype, or appearance. 


Aggressive mimicry 


A less common but equally fascinating type of 
mimicry involves not only a model and a mimic, but 
a “dupe” species that is tricked by the mimicry. In the 
previously noted types of mimicry, the dupe is the 
predator who is tricked out of a potential food source, 
but in aggressive mimicry, the word is especially 
appropriate as being duped lethal. In aggressive mimi- 
cry, the mimic is a predator who imitates, usually in 
behavior, a model species in order to draw in a dupe, 
who then becomes prey. An example of this occurs in 
spiders of the family Mimetidae (mimic), who 
attempting to draw in spiders of other species (dupe) 
as prey items, produce vibrations on the webs of the 
dupe that mimic the prey items (model) of the dupe. 
When the dupe is tricked, and approaches what it 
thinks is food, the mimic attacks it and eats it. Bolus 
spiders are another type of aggressive mimic. They 
produce chemicals that mimic the sex pheromones of 
particular moth species. When male moths approach 
what they perceive to be a female in order to mate with 
her, they are caught by the bolus spider and become 


prey. 
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l Mineralogy 


Mineralogy is the branch of geology concerned with 
the study of minerals. A mineral is a naturally occurring, 
homogeneous solid with a definite chemical composition 
and a highly ordered atomic structure. A homogeneous 
substance is one that can be divided into repeating units 
that are exactly the same. A mineral, by definition, cannot 
bea liquid or a gas. The chemical composition of a mineral 
is definite, meaning a particular mineral is always com- 
posed of the same ratio of elements, and this composition 
can be shown using a chemical formula. The atoms in a 
mineral are arranged in a highly ordered fashion, called a 
crystal lattice structure. 


Minerals and history 


Minerals have been an important part of our society 
since the time of prehistoric man. Early humans made 
tools out of minerals such as quartz. Pottery has been 
made of various clays since ancient times. Sodium chlor- 
ide, also known as the mineral halite, has been used in 
food preservation techniques for millions of years. Mining 
of useful minerals out of ores became widespread hun- 
dreds of years ago and continues to supply raw materials 
necessary for modern society. 


Branches of mineralogy 
Crystallography 


There are several different branches of mineralogy 
and mineralogists can focus on very specific studies, 
from crystal structure to classification or chemical 
composition. Crystallography, for example, is the 
study of the crystal lattice structure of minerals. The 
atoms in a mineral are arranged in a highly ordered 
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fashion. This ordered arrangement produces crystals 
of definite size and shape. A particular mineral sample 
is made up of repeating crystal units. Each crystal that 
makes up the mineral has the same shape. There are six 
basic shapes a mineral crystal can have. The shape of 
the crystal, as well as how tightly packed the atoms are 
in the crystal, help determine the physical properties of 
the mineral. Crystals that are allowed to grow with 
plenty of open space will form nearly perfect struc- 
tures, and those that form in more cramped conditions 
will display imperfections in the crystal shape. 


Crystal and conformational chemistry 


Crystal chemistry is the branch of mineralogy that 
deals with how the chemical composition of a mineral 
relates to its crystal structure. The chemical bonds 
formed between atoms determine the crystal shape as 
well as the chemical and physical properties of the 
mineral. There are three different types of chemical 
bonds present in minerals—ionic, covalent, and metal- 
lic. In ionic bonding, an atom with a positive charge 
binds to an atom with a negative charge through elec- 
trostatic attraction. Minerals with ionic bonds tend to 
be poor conductors of heat and electricity, have low 
melting points, and are brittle. Halite and fluorite are 
both minerals formed by ionic bonds. In covalent bond- 
ing, electrons are shared between two atoms. This type 
of bonding is stronger than ionic bonding, which means 
minerals with covalent bonds have higher melting 
points and are harder than those with ionic bonds. 


These minerals are also poor conductors of heat 
and electricity and are brittle. Examples of covalently 
bonded minerals include quartz and diamond. 
Metallic bonding occurs between atoms of metals. In 
this type of bond, the outer electrons of the atom are 
free to move, and are shared between all of the other 
atoms in the substance. This special structure is the 
reason metals are good conductors of heat and elec- 
tricity, are malleable, soft, and have lower melting 
points. Copper, silver, and gold are all minerals 
formed by metallic bonding. 


Physical mineralogy 


Physical mineralogy is concerned with the physical 
properties and descriptions of minerals. Minerals can 
be described using several physical attributes, including 
hardness, specific gravity, luster, color, streak, and 
cleavage. 


The hardness of a mineral can be determined by a 
scratch test. The scratch test establishes how easily a 
mark can be made on a mineral sample using different 
materials. Ifa mark is made easily, the mineral is not very 
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hard. If no mark can be made, then the mineral is quite 
hard. The hardness is then measured on a scale of 1-10, 
called Mohs’ hardness scale, named after the Austrian 
scientist F. Mohs, who developed this procedure. If a 
fingernail can scratch a particular mineral, it would have 
a hardness of 2.5. If a penny can scratch it, its hardness is 
around 3. If a mineral can be scratched by glass, its 
hardness is 5.5. If it can be scratched by unglazed porce- 
lain, it has a hardness between 6 and 6.5, and if a steel file 
can leave a mark, it has a hardness of 6-7. Talc is the 
softest mineral with a hardness rating of 1, while dia- 
mond is the hardest, rated 10. More sophisticated tests 
are available, but the Mohs scale remains useful because 
it can be used in the field with easily available items and 
does not require any special equipment. 


The specific gravity of a mineral is the ratio of the 
mass of a particular volume of the mineral to that of 
the same volume of water. All minerals have a specific 
gravity greater than 1. 


The luster of a mineral is the appearance of its 
surface when light is reflected off of it. Minerals can 
have metallic or nonmetallic luster. Minerals with 
metallic luster look shiny like a metal. Nonmetallic 
minerals can have various appearances, such as vitre- 
ous (glassy), greasy, silky, brilliant (like a diamond), or 
pearly. 

The color of a mineral sample cannot be used to 
definitively identify the mineral because of impurities 
that may be present, however, the color can narrow 
down the identity of a mineral to a few choices. The 
streak of a mineral is the color of its powdered form. 
Rubbing the mineral across an unglazed porcelain 
square, called a streak plate, can best show streak 
color. A mineral will have a characteristic streak 
color, although more than one mineral may have the 
same color. Therefore, streak is not a definitive iden- 
tification tool, although it may be used to verify the 
identity of a mineral of suspected composition. 


A mineral exhibits cleavage when it breaks along a 
certain direction or plane, producing a flat surface 
along the break. When a mineral shatters, rather 
than breaks along planes, it exhibits fracture. 
Cleavage is characteristic of particular minerals such 
as feldspar, while minerals such as quartz show frac- 
ture. Each of these physical properties can be used to 
determine the chemical identity of an unknown min- 
eral, and together are the focus of the branch of min- 
eralogy called physical mineralogy. 


Other branches 


Descriptive mineralogists use the properties dis- 
cussed in physical mineralogy to name and classify 
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KEY TERMS 


Atom—The smallest particle of an element that 
retains the properties of that element. All matter is 
composed of atoms. 


Brittle—The tendency of a material to shatter or 
break when pounded. 


Chemical properties—The properties of a sub- 
stance that can only be observed by the substance 
going through a chemical reaction, for example, 
flammability or chemical reactivity. 


Conductor—A substance that allows heat or elec- 
tricity to flow through it easily. 


Electron—A negatively charged particle, ordinarily 
occurring as part of an atom. The atom’s electrons 
form a sort of cloud about the nucleus. 


Electrostatic attraction—The force of attraction 
between oppositely charged particles, as in ionic 
bonding. 

Malleable—The ability to be pounded into shapes. 
Sodium chloride—Table salt. 


Volume—The amount of space that a material body 
occupies. 


new minerals. Determinative mineralogy is the branch 
of mineralogy that deals with identifying unknown 
minerals, also using the physical properties of miner- 
als. Other branches of mineralogy include chemical 
mineralogy (identifying minerals to determine the 
chemical composition of Earth’s crust), optical miner- 
alogy (using light to determine the crystal structure of 
minerals), x-ray mineralogy (using x-ray diffraction 
techniques to determine the crystal structure of min- 
erals), and economic mineralogy (the study of new, 
economically important uses for minerals). All of the 
branches of mineralogy together describe the physical 
and chemical properties of minerals and their uses. 


Mineralogy is an important discipline for several 
reasons. The study of the composition of Earth’s crust 
gives scientists an idea of how the earth was formed. 
The discovery of new minerals could provide useful 
materials for industry. The study of the chemical prop- 
erties of minerals could lead to the discovery of new 
uses for Earth’s mineral resources. Mining ores for 
their mineral components provides the materials for 
lasers, buildings, and jewelry. Each of the branches of 
mineralogy contributes to the indispensable knowl- 
edge base of minerals and their uses. 
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| Minerals 


In ordinary usage, minerals are the natural, non- 
living materials that compose rocks and are mined 
from Earth. Examples are metals, gemstones, clays, 
and ores. 


The scientific definition of a mineral is more lim- 
ited. To be considered a mineral, a substance must be 
solid under ordinary conditions, thus excluding petro- 
leum and water. Minerals must be single, homogene- 
ous (uniform) substances. Therefore quartz is a 
mineral, but rocks such as granite, which contain 
quartz mixed together with other minerals, are not 
considered minerals. Minerals must have definite 
chemical formulas, allowing only slight variations. 
Therefore, a sample of a particular mineral will have 
essentially the same composition no matter where it is 
from—Earth, the moon, or beyond. Minerals must be 
of nonbiological, or inorganic, origin, which excludes 
coal and peat. Finally, the atoms of which minerals are 
made must be arranged in an orderly pattern; that is, 
minerals must be made of crystals. To summarize the 
scientific definition, a mineral is a naturally occurring, 
inorganic, homogenous solid with a definite range 
of chemical composition and an ordered atomic 
arrangement. 


With these restrictions, almost 4,000 different 
minerals are known, with several dozen new minerals 
identified each year. Every mineral possesses a combi- 
nation of chemical composition and crystal structure 
that makes it unique, and by which it is classified 
(grouped with similar minerals) and identified. These 
minerals make up the solid Earth, the moon, and even 
meteorites. However, only 20 or so minerals compose 
the bulk of Earth’s crust, that is, the part of solid Earth 
accessible to human beings, extending from the sur- 
face downward to a maximum depth of about 55 mi 
(90 km). These minerals are often called the rock- 
forming minerals. 
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The ten most abundant elements in the Earth’s crust 


Weight of 


Element % Earth’s crust 


oxygen 49.2 
silicon Out 
aluminum Us) 
iron 47 
calcium 3.4 
sodium 2.6 
potassium 2.4 
magnesium 1.9 
hydrogen 0.87 
titanium 0.58 


Table 1. The Ten Most Abundant Elements in Earth’s Crust. 
(Thomson Gale.) 


Chemical bonding and crystal structure 


Mineralogists group minerals according to the 
chemical elements they contain. Elements are substan- 
ces that cannot be broken down into simpler substan- 
ces through chemical means. Over 100 of these are 
known, of which 88 occur naturally. However, most 
occur only in extremely small traces. Only 10 elements 
account for nearly 99% of the weight of Earth’s crust. 
Oxygen is the most plentiful element, accounting for 
49.2% of the weight of Earth’s crust. Next is silicon, 
which accounts for 25.7% of its weight. Table 1 lists 
the 10 most abundant elements in Earth’s crust. Most 
minerals are compounds; that is, they contain two or 
more elements. Only a few minerals, known as native 
elements, contain atoms of just a single element. 


Chemical bonding 


In molecules, elements are not merely mixed 
together, but are joined by chemical bonds. Chemical 
bonds in minerals are of four types: covalent, ionic, 
metallic, or Van der Waals, with covalent and ionic 
bonds most common. Two or more of these bond 
types can and do coexist in most minerals. 


Covalent bonds are very strong bonds formed 
when atoms share electrons with neighboring atoms. 
Sulfur, and both of carbon’s natural forms, graphite 
and diamond, are covalently-bonded minerals. So is 
quartz, which contains only silicon and oxygen. 


Ionic bonds are strong bonds formed when elec- 
trons are transferred from one element to another. 
Since electrons carry a negative electrostatic charge, 
the element that acquires extra electrons becomes a 
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negatively charged ion, an anion. The element that 
gave off the electron becomes a positively charged 
ion, a cation. The attraction between opposite charges 
binds anions and cations together in ionic compounds. 
Most metals (the elements iron, nickel, lead, alumi- 
num, etc.) exist in nature as cations, rather than as 
electrically neutral atoms. Their mineral compounds 
are, therefore, usually ionic. This is true whether they 
are joined with one non-metal, as in oxides (oxygen), 
or with two, as in sulfates (sulfur and oxygen) and 
carbonates (carbon and oxygen). 


Metallic bonds are generally weaker than either 
covalent or ionic bonds, which explains why metalli- 
cally bonded minerals (true metals), like silver, gold, 
and copper, can be worked—for example, hammered 
into flat sheets or drawn into thin wires. In metallic 
bonds, electrons move about the crystal constantly 
flowing between adjacent atoms, redistributing their 
charge. Because of this flow of electrons, true metals 
are also good electrical conductors. 


Van der Waals bonds are very weak bonds formed 
by residual charges from the other types of chemical 
bonds. Graphite is probably the best example of the 
nature of Van der Waals bonds. The atoms in graph- 
ite’s carbon layers are covalently bonded, but a weak 
residual charge attracts the layers to one another. Van 
der Waals bonds make graphite a very soft mineral, 
excellent for use in pencil lead. 


Crystal structure 


The faces and angles of natural crystals result from 
the orderly arrangements of the atoms and molecules that 
make up a crystal. The relation between crystal shape and 
microscopic structure was suggested in the seventeenth 
century by Robert Hooke and Christian Huygens. It 
was confirmed in the twentieth century with the develop- 
ment of x-ray diffraction, a technique that uses x rays to 
examine the atomic structures of materials. 


In modern terms, a solid substance is considered to 
be crystalline if its atoms or molecules are arranged in 
an orderly pattern that repeats at regular intervals. 
Therefore metals are crystalline, although the individ- 
ual crystals making up a lump of gold are too small to 
see with the naked eye. By contrast, atoms making up 
glass do not have any orderly atomic arrangement. 
Therefore, glass, even it if is carved into the shape of 
a crystal, is not a crystalline material. Natural glasses 
such as obsidian (volcanic glass) are not minerals. Non- 
crystalline solids are called amorphous (without form). 


Although there are thousands of different miner- 
als, the shapes of their crystals can be described using 
just six basic geometric forms. These are called crystal 
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Representative minerals 


Group and 
constituent elements 


Native elements 


Silicates 
Silicon and Oxygen 


Oxides 
Oxygen 


Sulfides 
Sulfur 


Halides 
Halogens 


Sulfates 
Sulfur and Oxygen 


Phosphates 
Phosphorus and Oxygen 


Carbonates 
Carbon and Oxygen 


Borates 


Mineral 


Graphite 
Sulfur 
Silver 


Asbestos 
Kaolinite 
Muscovite (Mica) 
Quartz sand 

Talc 


Hematite 
Corundum 


Pyrite 
Galena 


Halite 
Gypsum 
Barite 
Apatite 


Trona 


Borax 


Other elements 


carbon 
sulfur 
silver 


magnesium 
aluminum, hydrogen 


potassium, aluminum, hydrogen 
magnesium 

iron 

aluminum 

iron 

lead 

sodium, chlorine 


calcium, hydrogen 
barium 
calcium, fluorine, hydrogen 


sodium, hydrogen 


sodium, boron, hydrogen 


Important or representative uses 


PENCIL “lead,” LUBRICANT 
Sulfuric acid, match heads 
PHOTOGRAPHY, JEWELRY 


FLAME-PROOF fabric 

Clay for PORCELAIN, GLOSSY COATING 
for paper 

Electric and heat INSULATION, 
decorative “GLITTER” 

Main ingredient in GLASS 

COSMETICS. 


Ore of iron, IRON and STEEL 
GRINDING tools, Gems (ruby, sapphire) 


Ore, source of SULFUR, “marcasite” JEWELRY 
Ore of LEAD 


TABLE SALT, source of sodium for lye, 
improves workability of molten GLASS 


PLASTER 
LUBRICANT for oil well drilling 


source of phosphorus for FERTILIZER 


source of sodium added to GLASS to improve 
workability melt 


CLEANSER, source of element BORON to 


Boron and Oxygen 


Table 2. Representative Minerals. (Thomson Gale.) 


systems. To determine what crystal system a mineral 
belongs to, it is necessary to obtain a well-formed 
specimen, and then observe the number and shape of 
the faces and the angles at which they meet. This task 
may be complicated by the fact that each crystal sys- 
tem includes several different forms, and a single crys- 
tal may combine several forms in its shape. 


For example, consider the isometric system. This 
is the most symmetrical system, meaning that it has the 
greatest amount of sameness in its faces and angles. In 
fact, the basic geometric shape of the isometric system 
is a cube, having all sides of equal length and with all 
angles equal to 90°. Halite crystals, which are cubic, 
are easily recognized as belonging to the isometric 
system. However, 15 forms are possible within the 
isometric system. Isometric mineral crystals include 
the octahedral (eight-sided) spinels, and the dodeca- 
hedral (12-sided) garnets. A single crystal combining 
several forms can look almost spherical. 


Mineral groups 
Naming mineral groups 


Anions, because of their extra electrons, tend to be 
much larger than cations. Ionic crystals therefore are 
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improve heat resistance of GLASS 


built mainly of stacks of anions, with the much smaller 
cations filling spaces between them. Minerals more 
closely resemble each other in structure or behavior 
if minerals with the same anions (rather than cations) 
are compared. That is why minerals are generally 
grouped according to their anions, even if the cations 
may be of greater practical interest. For example, ore 
minerals are mined for the metals (cations) they con- 
tain, which can be changed from ions to neutral atoms 
of pure metal by a chemical process called smelting. 
Nevertheless, ore minerals (for example, oxides or 
sulfides) are grouped according to their non-metal 
elements. 


Silicate minerals and the role of structure 


Oxygen and silicon together make up almost three 
fourths of the mass of Earth’s crust. The silicate min- 
erals, a group containing silicon and oxygen atoms, 
are the most abundant minerals and are the major 
component of nearly every kind of rock. Silicate com- 
pounds make up over 90% of the weight of Earth’s 
crust. Most silicate minerals contain other elements in 
their formulas; therefore, there is a great variety of 
silicate minerals. In some rocks such as granite, the 
different silicate minerals can be seen as the small 
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interlocking crystals of various colors. In other rocks, 
the mineral grains may be too small to distinguish, but 
they are usually silicates. 


Regardless of composition, all silicates have the 
same basic building unit, the silica tetrahedron. This 
consists of a silicon atom bound covalently to four 
oxygen atoms. The oxygen atoms occupy the corners 
of a geometrical shape called a tetrahedron. The sili- 
con atom is at its center. The entire unit bears a neg- 
ative electrical charge, enabling it to form compounds 
with cations. 


Silica tetrahedra can join together by sharing oxy- 
gen atoms. The simplest result is two tetrahedra joined 
at one point or six tetrahedra forming a ring. Ribbons 
or sheets of silica tetrahedra can be millions of units 
long. If all four oxygen atoms are shared with neigh- 
bors, the tetrahedra form rigid networks that extend 
over the entire crystal. Such large silicates are inor- 
ganic polymers, large molecules built up of a great 
many similar small units. (The only other element 
known to form polymers is carbon, and carbon- 
based polymers are the basis of living things.) The 
arrangements of tetrahedra affect the properties of 
the silicate minerals. Garnets are very dense and 
hard, because their tetrahedra stand alone, bound by 
strong ionic charge to nearby cations. Beryl forms 
long, six-sided crystals, which may be colored by 
traces of metal to form precious emeralds and aqua- 
marines. On the atomic level, beryl contains rings of 
six tetrahedra, the rings stacked one upon the other 
with their holes aligned. In muscovite, the tetrahedra 
are arranged in sheets, with alternating layers of alu- 
minum and potassium atoms between them. The result 
is flat, flaky crystals, which can easily be separated by 
hand. 


Non-silicate minerals 


The so-called non-silicate minerals consist of a 
variety of different mineral groups each named for a 
particular anion. Only a few of these minerals contrib- 
ute much volume to Earth’s crust, but many of them 
are very important minerals for manufacturing and 
other industrial uses. Most mineralogists recognize 
10 or so major non-silicate groups and a variable 
number of lesser groups. Table 2 lists several of the 
major non-silicate groups. 


Native elements 


A few minerals, called native elements, contain 
only one element. These include the so-called native 
metals gold, silver and copper, which occur in lumps, 
veins, or flakes scattered in rocks. Diamond and 
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graphite are both naturally occurring forms of pure 
carbon. Sulfur, a yellow non-metal, is sometimes 
found pure in underground deposits formed by hot 
springs. Although not common, these minerals are 
economically important in part because of their rarity. 


Physical traits and mineral identification 


Despite their great variety and complexity, an 
unknown mineral sample can often be identified by 
observing or testing for a few simple physical traits. 
A mineral’s physical traits are a direct result of its 
chemical composition and crystal form. Therefore, if 
enough physical traits are recognized, any mineral can 
be identified. These traits include hardness, color, 
streak, luster, breakage or cleavage, specific gravity, 
and other properties. The results of tests are compared 
with tables of known minerals until a match is found. 


Hardness 


A mineral’s hardness is defined as its ability to 
scratch another mineral. This is usually measured 
using a comparative scale devised about 200 years 
ago by Friedrich Mohs. The Mohs scale lists 10 com- 
mon minerals, assigning to each a hardness rating, 
from one (talc) to 10 (diamond). A mineral can scratch 
all those minerals having a lower Mohs hardness num- 
ber. For example, calcite (hardness three) can scratch 
gypsum (hardness two) and talc (hardness one), but it 
cannot scratch fluorite (hardness four). 


Color and streak 


Although some minerals can be identified by their 
color, this property can be misleading because mineral 
color is often affected by traces of impurities. Streak, 
however, is a very reliable identifying feature. Streak 
refers to the color of the powder produced when one 
mineral is scratched by another, harder mineral. 
Fluorite, for example, comes in a great range of colors, 
yet its streak is always white. 


Luster 


Luster refers to a mineral’s appearance when light 
reflects off its surface. There are various kinds of 
luster, all having descriptive names. Thus, metals 
have a metallic luster, quartz has a vitreous, or glassy 
luster, and chalk has a dull, or Earthy luster. 


Cleavage and fracture 


Some minerals, when struck with force, will 
cleanly break parallel to planes of weakness in their 
atomic structure. This breakage is called cleavage. 
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KEY TERMS 


Compound—A pure substance that consists of two or 
more elements, in specific proportions, joined by chem- 
ical bonds. The properties of the compound may differ 
greatly from those of the elements it is made from. 


Crystal—A solid, homogeneous body composed of a 
single element or compound having a fixed and 
regular internal atomic arrangement that may be 
expressed by external planar faces. 


Crystal system—One of six mathematical models 
used to classify all mineral crystals. 


Deposit—An accumulation of minerals or other 
Earth materials that has economic value. 


Earth’s crust—The outermost layer of solid Earth, 
situated over the mantle and divided into continental 
and oceanic crust. 


Muscovite cleaves in one direction only, producing 
thin flat sheets. Halite cleaves in three directions, all 
perpendicular to each other, forming cubes. A miner- 
al’s cleavage directions may reveal the crystal system 
to which it belongs. 


However, most minerals fracture rather than 
cleave. Fracture is breakage that does not follow a 
flat surface. Some fracture surfaces are rough and 
uneven. Others show smooth, concentric depressions, 
called conchoidal fractures. Conchoidal fracture typi- 
cally occurs in glasses, which are non-crystalline sol- 
ids. However, it also occurs in many common 
crystalline minerals, for example garnet and quartz. 


Specific gravity 


Two minerals can look alike, yet a piece of one 
may be much heavier than an identical-sized piece of 
the other. The heavier one has a higher specific grav- 
ity. When pure, each mineral has a predictable specific 
gravity. Therefore, this property is a very reliable 
information about a mineral’s identity. A mineral’s 
specific gravity can be thought of as a ratio of its 
weight to that of an equal volume of water. For exam- 
ple, the specific gravity of gold is 19.3 (19.3 times that 
of water), while quartz is 2.65. 


To determine a mineral’s specific gravity, it is 
necessary to weigh a sample (using grams), then meas- 
ure its volume (in cubic centimeters). The weight div- 
ided by volume is the density. To calculate specific 
gravity, divide the mineral’s density by that of water. 
Because the density of water is one gram per cubic 
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Element—A pure substance that can not be changed 
chemically into a simpler substance. 


Mineral—A naturally occurring solid substance of 
nonbiological origin, having definite chemical com- 
position and crystal structure. 


Ore—A mineral compound that is mined for one of 
the elements it contains, usually a metal element. 


Rock—A naturally occurring solid mixture of 
minerals. 


Silicate—A mineral containing the elements silicon 
and oxygen, and usually other elements as well. 


X-ray diffraction—A method using the scattering of 
x rays by matter to study the structure of crystals. 


centimeter, specific gravity and density are equal (pro- 
vided all measurements are made using the metric 
system.) 


Other identifying properties 


Some minerals have unusual properties that fur- 
ther aid identification. Fluorescent minerals viewed 
under ultraviolet light glow with various colors. 
Phosphorescent minerals glow in the dark after expo- 
sure to ordinary light. Triboluminescent minerals give 
off light when crushed or hit. Several minerals con- 
taining iron, nickel, or cobalt are magnetic. Over 100 
minerals contain uranium, thorium, or other radio- 
active elements and are therefore radioactive. These 
are only a few of the unique properties that can be used 
to identify minerals. Finally, an experienced mineral- 
ogist will take into account the location in which an 
unknown mineral is found. The nature of the sur- 
rounding rocks and the presence of other minerals 
and elements all provide clues to help in identification. 


Minerals and their uses 


Minerals are important materials in our techno- 
logical civilization, and a single mineral may have 
many unrelated uses. 


The mineral corundum provides a good example. 
Corundum is an extremely hard substance. Small bits 
of corundum are part of the rock called emery, which 
has been used since ancient times as an abrasive, to cut 
and grind metal and stone. Pure corundum is still used 
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for this purpose today. Another property of corun- 
dum is that it remains solid and stable at very high 
temperatures, well past the melting point of iron. 
Therefore, masses of small corundum crystals pressed 
together are shaped into alumina firebricks, crucibles, 
and other apparatus to use in furnaces. Corundum is 
also the basis of several gemstones. 


Pure corundum is colorless. However, as is the 
case with many other minerals, trace amounts of 
metal in the stone impart brilliant colors. Rubies are 
corundum colored red by traces of chromium. 
Sapphires come in shades of blue, yellow, green and 
violet; these varieties of corundum contain traces of 
iron, titanium or other elements. 


Finally, corundum is indirectly a major source of 
aluminum metal. The ore of aluminum, called bauxite, 
is a mixture of several minerals containing aluminum 
together with oxygen and hydrogen. The first step in 
releasing the aluminum from the other elements is to 
convert the bauxite to corundum. 


Table 2 lists a wide variety of familiar materials 
and the minerals that compose them. These and most 
other minerals will find even wider usage in the future 
as research in the field of materials science continues. 


See also Element, chemical; Industrial minerals; 
Mining; Precious metals; Van der Waals forces. 
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l Mining 


Mining is the process by which ores or related 
materials are extracted from Earth. Ore is defined as 
a rock or mineral, generally metallic, which can be 
mined, processed, transported, and sold at a profit. 
Therefore, the classification of an Earth material as 
ore depends as much on economics and technology as 
geology. Non-metallic substances that are commonly 
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Dragline loading coal into a dump truck at Atlantic Richfield’s 
Black Thunder strip mine in Gillette, Wyoming. (© Jonathan 
Blair/Corbis.) 


mined but not considered to be ores include coal, 
phosphate, and sand and gravel. The term ground- 
water mining is sometimes used to describe the with- 
drawal of groundwater from an aquifer more rapidly 
than it is recharged by infiltration or underground 
flow from adjacent areas. 


Mining can occur either at Earth’s surface in strip 
mines or open pit mines, or beneath the surface in 
underground mines. The method used depends on 
the depth, lateral extent, and economic value of the 
rock being mined. The deepest underground mine on 
Earth, which is 2.4 mi (3.8 km) deep, is a South African 
gold mine. The open-pit Bingham Canyon Mine near 
Salt Lake City, Utah, is more than 2.5 mi (4 km) wide 
and more than 0.6 mi (1 km) deep. It is the largest 
man-made excavation on Earth. Excavation of the pit 
began in 1906 and has continued into the early twenty- 
first century, producing primarily copper with smaller 
amounts of gold, silver, and molybdenum. 


History of mining 


Many metals occur in their native state or in read- 
ily accessible ores. Thus, the extraction and working of 
metals dates much further back in time than does the 
mining industry. Some of the earliest known mines 
were those developed by the Greeks in the sixth cen- 
tury BC. As were mines for many centuries thereafter, 
the workers in these mines were slaves and prisoners of 
war. By the time the Roman Empire reached its peak, 
it had established mines throughout the European 
continent, in the British Isles, and in parts of North 
Africa. The first scientific description of mining oper- 
ations was the book De Re Metallica by the Saxon 
physician Georgius Agricola (1494-1555). De Re 
Metallica, which remained an authoritative reference 
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for nearly 200 years, was translated from Latin to 
English by mining engineer and former United States 
president Herbert Hoover (1874-1964) and his wife 
Lou Henry Hoover (1874-1944). 


Surface mining 


Surface mining is less expensive and safer than 
underground mining. About 90% of the rock and 
mineral resources mined in the United States 
and more than 60% of the nation’s coal is produced 
by surface mining techniques. Coal mining accounts 
for about half of all surface mining, extraction of 
sand, gravel, stone, and clay for another 35%, phos- 
phate rock for about 5%, and all metallic ores, for 
about 13%. 


There are four kinds of surface mines: open-pit 
mines, strip mines, mountaintop mines, and alluvial 
(or placer) mines. Open-pit mines consist of deep cone- 
shaped holes or pits that are excavated in rock that is 
first loosened by blasting. In order to prevent the sides 
of the pit from collapsing, open-pit mines must be 
continually widened as they are deepened. Open-pit 
mines are used when the ore is of low grade, meaning 
that the amount of metal per cubic meter or kilogram 
of rock is small, and disseminated, meaning that the 
metals are distributed throughout large volumes of 
rock rather than being concentrated in veins. The 
size of open-pit mines, which often take decades to 
excavate, makes it uneconomical to reclaim the pits by 
filling them with rock. 


Strip mines consist of shallow excavations, typi- 
cally 109 yd (100 m) or less, that are used to mine 
tabular bodies of rock such as coal. Soil and rock 
above the mined material, known as overburden, are 
removed and set aside. Because the strip mines consist 
of shallow excavations, the overburden can be eco- 
nomically replaced, re-contoured to resemble the orig- 
inal topography, and replanted. 


Mountaintop mining came into widespread use in 
Appalachian coal fields following the 1997 passage of 
the Surface Mining Control and Reclamation Act by 
the United States Congress. Mountaintop mining is 
similar to strip mining in that the overburden above a 
tabular coal deposit is removed. Instead of being 
stockpiled and used to restore the original topogra- 
phy, however, the overburden is used to fill adjacent 
valleys. Although mountaintop mining is an inexpen- 
sive method of mining coal in mountainous areas, the 
filling of valleys can have negative environmental 
impacts. Mountain-top mining in Appalachia was 
the subject of lawsuits, many of them alleging viola- 
tions of the Clean Water Act by mining companies 
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engaged in mountain-top mining, during the early 
twenty-first century. 


Alluvial mining is a form of surface mining used to 
recover heavy minerals such as gold from sand and 
gravel beds, including stream beds, known as placer 
deposits. In some cases these deposits can be removed 
mechanically by agitating the sand and gravel in sim- 
ple pans. A more sophisticated and efficient way of 
separating placer minerals from the sand and gravel is 
a sluice box, a long, shallow box with wooden separa- 
tors placed along its bottom. As sand and gravel is 
shaken in the sluice box, lighter sand grains are 
washed away and heavier metals are left behind. 
A particularly destructive form of alluvial mining 
is hydraulic mining, in which pressurized water is 
used to wash away large amounts of sand and gravel. 
Dredges are used in other large-scale alluvial mining 
operations. 


Underground mining 


Underground mining involves the excavation of 
tunnels and rooms beneath Earth’s surface. Compared 
to surface mining, underground mining is expensive 
and dangerous. Therefore, it is used primarily in sit- 
uations where high-value ores such as gold are con- 
centrated in narrow veins or other unusually rich 
deposits. Unlike surface mines, underground mines 
can also be excavated beneath bodies of water. Salt 
mines more than 328 yd (300 m) deep, for example, 
extend beneath Lake Erie near Cleveland, Ohio, and 
Detroit, Michigan. 


The vocabulary of underground mining has devel- 
oped over several centuries. Shafts are vertical passages 
excavated downward from Earth’s surface, whereas 
raises and winzes are vertical passages excavated upward 
and downward, respectively, between horizontal work- 
ings beneath the surface. An adit is a horizontal passage 
excavated into a hillside, whereas an incline is a sloping 
passage excavated inward from a hillside. Horizontal 
underground passages following the trend of the ore 
body are known as drifts. An open room beneath the 
surface is a stope and its roof is known as the back. 


Underground mines are excavated using a variety 
of methods. Room-and-pillar mining is the excavation 
of large open rooms supported by pillars. Coal and rock 
salt (halite) are commonly mined using room-and-pillar 
methods. Longwall mining is a form of underground 
mining widely used in the coal industry. A coal seam is 
completely removed using specialized machines, leaving 
no support and allowing the overlying rock to slowly 
subside as the seam is mined. Open-stope mining, in 
contrast, consists of rooms without any supporting 
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KEY TERMS 


Adit—A horizontal passage constructed into a 
hillside to gain access to underground mineral 
deposits. 


Overburden—Material that must be removed in 
order to gain access to an ore or coal bed. 


Panning—The process of separating metallic nug- 
gets and flakes from sand and gravel by shaking 
them in a pan filled with water. 


Placer—An accumulation of metallic flakes or nug- 
gets, typically gold, in sand and gravel deposited by 
running water. 


Raise—Vertical passages extending upward from a 
level in a subsurface mine. 


Room-and-pillar—A technique for mining certain 
kinds of minerals, especially coal, in which vertical 
shafts of the mineral are left in place to support the 
roof of the mine. 


Shaft—A vertical tunnel constructed downward 
from the surface to gain access to underground 
mineral deposits. 


Sluice box—A device used to separate metals and 
metallic ores from sand and gravel. 


Stope—An open room produced by the removal of 
ore and in which mining is occurring. 


Subsidence—A sinking or lowering of Earth’s surface. 


Winze—A vertical passage extending downward 
from a level in a mine. 


pillars. It is employed if the ore body is small or the rock 
is strong enough to withstand collapse into the stope. 
Sublevel caving and block caving involve the excavation 
of vertical chutes and horizontal passages beneath an 
ore body, which is then allowed to collapse into the 
openings under its own weight. Gloryhole mining is a 
term used to describe caving methods that result in the 
formation of a crater or depression on the surface above 
the mine. 


Certain water-soluble minerals can be removed 
from the Earth by dissolving them with hot water 
piped into the ground under pressure. This practice is 
known as solution mining. The minerals dissolve in the 
hot water and then are carried to the surface. In the 
Frasch process, a system of pipes is sunk into a known 
deposit of sulfur at some depth under ground. Steam 
forced into one pipe melts the sulfur, which is then 
extracted in a liquid form through a second pipe. 
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i Mink 


Minks are carnivores in the family Mustelidae, 
which also includes badgers, weasels, marten, and otters. 
Mink are closely related to the weasels and ermine, and 
are included in the same genus (Mustela spp.). 


Mink have a long, compact body, with relatively 
short legs, webbed toes, and a long, bushy tail. Minks 
are larger and stouter than other animals in the weasel 
group. Male minks are considerably larger than 
females, typically weighing about 4.4 Ib (2 kg). 


Minks are semiaquatic animals. They have a 
highly varied diet, commonly feeding on small fish, 
aquatic and terrestrial invertebrates, amphibians, rep- 
tiles, small mammals, and birds. Minks are excellent 
swimmers, and can catch many types of aquatic prey. 
Minks are most active at dusk, night, and dawn. Their 
most usual habitat is riparian, that is, they live in the 
shrubby or forested habitats found in the vicinity of 
streams, rivers, and lakes. Mink also occur in the 
vicinity of marine habitats. Mink are solitary animals, 
except for groups consisting of a female and her recent 
young. A typical mink territory is several hectares in 
area. 


The fur of minks is short, thick, soft, and lustrous, 
and is highly prized by the fur trade. Mink are extir- 
pated or rare in many parts of their original range 
because of overtrapping for the fur trade. Today, 
most furs are obtained from mink that have been 
bred and raised on fur farms specifically for their 
pelts. Because of its superior pelage, the American 
mink is the preferred species for raising on fur farms. 
The natural color of wild minks is dark brown, but 
cultivated varieties are available in white, black, silver- 
blue, and blue pelages. In recent years, fur farms have 
been the target of animal-rights activists, who object 
to these animals being raised and killed only to use 
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The American mink (Mustela vison) hunts for food both on the land and in the water. (© Joe McDonald/Corbis.) 


KEY TERMS 


Riparian—A moist habitat that occurs in the vicin- 
ity of streams, rivers, ponds, and lakes. 


their fur in the fashion industry. In a few cases, notably 
in England, activists released thousands of captive- 
reared animals from mink farms. 


Species of minks 


The American mink (Mustela vison) occurs 
throughout most of North America, except for parts 
of the arid Southwest. This species lives in the vicinity 
of a wide range of aquatic habitats. Mink make their 
dens in hollows in fallen logs and under stumps, and in 
burrows taken over from a muskrat or beaver. 


The natural range of the Eurasian mink (Mustela 
lutreola) extends through much of central Europe, 
Ukraine, Belarus, and western Russia, with a disjunct 
population in France. This species has become widely 
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extirpated from much of its natural range, through a 
combination of habitat changes and excessive trapping. 


The recently extinct sea mink (Mustela macrodon) 
was a relatively large species that occurred along 
marine shores in parts of northeastern North 
America. This species was initially rare, and it was 
quickly made extinct by overexploitation for its fur. 
Studies of its skeletal materials, which showed that the 
sea mink was a distinct species, were not actually con- 
ducted until after this animal had become extinct. The 
sea mink was about twice the size of the American 
mink, with a relatively large skull, and other special 
characters. The species appears to have disappeared 
from New England in the 1860s or so, and the last 
known animal was killed on Campobello Island, New 
Brunswick, in 1894. 
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| Minnows 


Minnows are a diverse group of about 1,600 spe- 
cies of small exclusively freshwater fish in the family 
Cyprinidae. The most familiar of these fish are carp, 
minnows, tenche, and barbs. Species in the minnow 
family occur in Africa, Asia, Europe, and North 
America. In addition, some cultivated and game spe- 
cies have also been introduced to South America, New 
Guinea, Australia, and New Zealand. The greatest 
numbers of species of Cyprinidae occur in tropical 
Africa and in South and Southeast Asia. 


Most species of minnow have a laterally com- 
pressed body, a terminal mouth, and relatively large, 
shiny scales. Minnows also have pharyngeal teeth in 
their throat, which are used to grind their food against 
a hard pad at the base of the skull. Male minnows are 
often smaller than females, and many species develop 
beautiful colors during the spawning season. 


Most species of minnows are planktivorous, eat- 
ing small crustaceans, insects, and other aquatic ani- 
mals floating in the surface waters. Some of the larger 
species, such as carp, are omnivorous, eating both 
aquatic plants and animalmatter. 


Minnows are important in food webs because they 
are situated at middle trophic levels. They consume 
autotrophs and are prey for many species of predatory 
fish and other animals. Minnows that are food for 
economically important sportfish are sometimes 
referred to as forage fish. Some North American spe- 
cies of minnows are also valuable as baitfish for sport 
fishing and are sold in large numbers for this purpose. 


Some of the larger species in the Cyprinidae are 
cultivated as food in many parts of the world. The 
most important species in aquaculture is the common 
carp (Cyprinus carpio), along with the grass carp 
(Ctenopharyngodon idella), bighead carp (Aristichtys 
nobilis), and silver carp (Hypophthalmichtys molitrix). 
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Enormous quantities of these fishes are grown in some 
parts of the world as food for humans, especially in Asia. 


Several other species in the Cyprinidae are com- 
monly kept as pets, either in indoor bowls or tanks, or 
in outdoor pools. The goldfish (Carassius auratus) is 
probably the world’s most common pet fish. The koi 
is a golden-colored variety of the common carp that is 
often kept as a pet, especially in Japan. Many varieties 
of goldfish and koi have been developed by fish 
breeders. Some of these fish have bizarre shapes and 
behaviors, which would be totally maladaptive in wild 
fish, but are prized as unusual traits by many aficio- 
nados of these pet fish. 


The minnow family in North America 


About 200 species of fish in the minnow family are 
native to North America, with about 100 of them 
included in a single genus, Notropis, most of which are 
commonly called shiners. Minnows native to North 
America are all small species, while several larger, 
Eurasian species have been introduced to North 
America and now occur in self-sustaining populations. 


The most widespread native species is the com- 
mon or silver shiner (Notropis cornutus), which is 
ubiquitous in surface waters east of the Mississippi in 
the United States and is also widespread in eastern 
Canada. This species is important as a forage fish 
and as a baitfish. 


The pearl or northern dace (Semotilus margarita) 
is a widespread species that is especially important in 
brown-colored, boggy waters. The fallfish GS. corpo- 
ralis) occurs in northeastern North America, and can 
grow as large as 18 in (45 cm), and is sometimes eaten 
by people. 


The golden shiner (Notemigonus crysoleucas) 
occurs throughout the Great Lakes and Hudson Bay 
drainage, and is an important forage fish and common 
baitfish. The fathead minnow (Pimephales promelas) 
has a similar distribution and is also used as a baitfish. 


The stoneroller (Campostoma anomalum) extracts 
nutrients out of the copious quantities of mud that it 
ingests. The stoneroller has an enormously long intes- 
tine that coils 15 times around its air bladder. 


In addition to the various native members of the 
minnow family, several species have been introduced 
to North America. The most familiar introduced spe- 
cies is the common carp (Cyprinus carpio). This fish 
originated in Europe and Asia, and it was released to 
many North American lakes in the hope of establish- 
ing a food resource for immigrants. Unfortunately, the 
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KEY TERMS 


Aquaculture—The cultivation of fish as an agricul- 
tural crop for consumption by humans. 


Bait fish—Small fish that are used as live bait to 
catch larger fish. 


Food web—The feeding relationships within an 
ecological community, including the interactions 
of plants, herbivores, predators, and scavengers. 


Forage fish—Small fish that are eaten by larger, 
more economically important fish. 


Omnivore—An animal that eats a wide variety of 
foods, including plant and animal matter. 


Planktivore—A fish that feeds on small plants and 
animals that float in the water column. 


common carp has caused some important ecological 
damage in many of the water bodies where it has 
become established, resulting in the displacement of 
native species of fish and other animals and damage to 
aquatic vegetation. 


The goldfish (Carassius auratus) has also been 
introduced to many ponds and lakes in North 
America, either deliberately as an ornamental fish, or 
more-or-less accidentally when unwanted pet goldfish 
were released into nearby ponds. Like the common 
carp, introduced populations of goldfish cause impor- 
tant ecological damage in many of the places where 
they have become established. 
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[ Minor planets 


Minor planets are small celestial bodies within the 
solar system that are orbiting the sun. They are smaller 
than the eight major planets (Mercury, Venus, Earth, 
Mars, Jupiter, Saturn, Uranus, and Neptune) but 
larger than meteoroids. In addition, comets are dis- 
tinct from minor planets because comets possess a 
coma (an atmosphere) and sometimes a tail caused 
by expelling of ice gases by solar radiation. Though 
distinct from minor planets, comets are sometimes 
considered a subset of the minor planet group. 


There are many thousands of minor planets—also 
termed miniplanets, planetoids, or asteroids—within 
the solar system. They vary in size from a foot or so in 
diameter to hundreds of miles in diameter. The major- 
ity of asteroids, the main-belt asteroids, circle the sun 
in a donut-shaped region between the orbits of the 
planets Jupiter and Mars. Several other asteroid fam- 
ilies have been identified, including a large population 
of objects beyond the orbit of Neptune termed the 
Kuiper belt and approximately 70 objects, the Plutinos, 
which circle the sun on remote, elliptical orbits resem- 
bling Pluto’s. 


Controversy has raged among planetary astrono- 
mers in recent years over whether Pluto itself should be 
counted as a large asteroid rather than as a true planet. 
There is also a significant population of asteroids hav- 
ing orbits which cross, or come near to crossing, that of 
Earth; these are termed near-Earth asteroids (NEAs). 


The Fate of Pluto 


Before the 1990s, only nine planets were known: 
Mercury, Venus, Earth, Mars, Jupiter, Saturn, Uranus, 
Neptune, and Pluto. The planets varied in size and 
characteristics. Mercury, Venus, Earth, and Mars 
were classified as terrestrial planets while Jupiter, 
Saturn, Uranus, and Neptune were considered gas 
planets. Pluto was not included in either group due 
to its small size and location within the Kuiper Belt 
(a ring of millions of frozen, rocky objects between the 
orbit of Neptune and reaching out past Pluto’s orbit). 
For the most part, the differences did not necessitate a 
formal definition. Pluto, itself, remained a planet 
because of such planetlike features as a spherical 
shape, atmosphere, internal rocky core structure with 
extended ice layers, and moons. It also remained a 
planet for over 75 years—since its discovery by 
American astronomer Clyde Tombaugh (1906-1997) 
in 1930—due simply to the fact that it was always 
called a planet. However, the scientific community 
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began questioning its status near the end of the twen- 
tieth century. 


Early in the 1990s, many tiny bodies beyond the 
orbit of Neptune (what are called trans-Neptunian 
objects) were discovered. These icy bodies were similar 
in composition and size to Pluto. In addition, hundreds 
of exoplanets (planets orbiting stars other than the sun) 
were found to exist. These discoveries added a wide 
variety of sizes and characteristics when describing plan- 
ets. Some bodies were as large as stars, while others were 
as small as the moon. Some small stars, called brown 
dwarfs and looking like planets, were discovered 
orbiting larger stars. Finally, in 2005, a body called 
2003UB3,3—which was larger than Pluto—was found 
outside Neptune’s orbit. Astronomers decided it was 
time to define planet. 


Consequently, on August 24, 2006, members of 
the International Astronomical Union (IAU) at its 
General Assembly in Prague, Czech Republic, passed 
Resolution 5A. (The IAU is an organization whose 
mission is to promote astronomy through interna- 
tional cooperation. It also officially names celestial 
bodies) According to the IAU, a planet is any “celes- 
tial body that (a) is in orbit around the sun, (b) has 
sufficient mass for its self-gravity to overcome rigid 
body forces so that it assumes a hydrostatic equili- 
brium (nearly round) shape, and (c) has cleared the 
neighborhood around its orbit.” 


Because of this definition, Pluto is disqualified 
from being a planet due to its highly elliptical orbit 
that overlapped Neptune’s orbit. Instead, Pluto is rec- 
ognized by the JAU as a dwarf planet (or minor 
planet), which is defined as “a celestial body that (a) 
is in orbit around the sun, (b) has sufficient mass for its 
self-gravity to overcome rigid body forces so that it 
assumes a hydrostatic equilibrium (nearly round) 
shape, (c) has not cleared the neighborhood around 
its orbit, and (d) is not a satellite.” The largest dwarf 
planet in the solar system is 2003UB3,3. 


The discovery of asteroids 


The first asteroid was discovered serendipitously 
by Italian astronomer Giuseppe Piazzi (1746-1826) on 
the night of January 1, 1801. This asteroid, subse- 
quently called Ceres after the Roman goddess of 
corn and harvests, has a diameter of 584 mi (940 km) 
and is the largest asteroid in the solar system. The next 
three largest asteroids, Pallas, Juno, and Vesta, were 
discovered in 1802, 1804, and 1807. 


The number of cataloged asteroids has grown 
dramatically since 1801 and, according to the Minor 
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Planet Center, operated by Smithsonian Astrophysi- 
cal Observatory at Harvard University, it is estimated 
(as of October 2006) that more than 136,500 minor 
planets larger than 0.62 mi (1 km) in diameter exist 
within the solar system. Astronomers have also found 
that the number of asteroids increases dramatically 
with decreasing diameter; that is, there is just one 
known asteroid larger than 560 mi (900 km) across, 
namely Ceres, but there are three larger than 280 mi 
(450 km), 22 larger than 140 mi (225 km), and so on. 
Despite their large numbers, however, the combined 
mass of all the asteroids is estimated to be just 0.04% 
the mass of Earth. 


The low collective mass of the asteroids within the 
solar system suggests that, rather than being the rem- 
nants of a disrupted planet (as was once theorized), 
they are in fact left-over building blocks from the 
formation of the planets. Asteroidlike objects were, 
theory holds, among the first structures to form in 
the solar system some 4.6 billion years ago, and some 
astronomers have suggested that the planets were 
formed through the collision and accretion of these 
primordial chunks of rock (planetesimals). Astrono- 
mers have also suggested that a planet did not form in 
the region presently occupied by the main-belt aste- 
roids because of the disruptive gravitational influence 
of Jupiter. 


Main-belt asteroids 


Main-belt asteroids revolve around the sun on 
nearly circular orbits. It takes a main-belt asteroid 
2.8 to 8.0 years to complete one circuit around the 
sun. Images obtained by NASA’s space probe Galileo 
confirmed the long-held belief that asteroids are irreg- 
ularly shaped objects. Galileo imaged the asteroid 
Gaspra in October 1991 and found it to be a highly 
cratered, 11.2 x 5.6 mi(18 x 9 km) rocky body. When 
Galileo flew past the asteroid Ida in August 1993 it 
imaged an elongated, 31.2 x 9.3 mi (55 x 15 km) 
object sporting many scars and impact craters. The 
irregular shapes of these asteroids reflect an extensive 
history of collisions (and insufficient mass to shape 
themselves into spheres by gravitational force). 
Perhaps the most surprising of Galileo’s discoveries 
during the Ida encounter, however, was the detection 
of a small moonlet, 0.62 mi (1 km) in diameter, orbit- 
ing the asteroid. Galileo was sent into the atmosphere 
of Jupiter on September 21, 2003, where it sent back 
much information before being destroyed. 


The main-belt region is not evenly populated with 
asteroids, and several zones have been found in which 
virtually no asteroids reside (Fig. 1). American astron- 
omer Daniel Kirkwood (1814-1895) first noticed these 
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Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


empty regions, or gaps, in 1866. Now called Kirkwood 
gaps, these asteroid-devoid zones are located near 
orbits for which the time to complete one circuit 
around the sun is a simple fraction (e.g., 1/2, 2/3, 3/4) 
of Jupiter’s orbital period. For example, given that 
Jupiter orbits the sun once every 11.86 years, an aste- 
roid belt gap is expected at a distance of 3.3 astronom- 
ical units (AU) from the sun, where any orbiting 
body would have a period of 5.93 years, one-half 
that of Jupiter. Such a gap does indeed exist. These 
Kirkwood gaps are produced by orbital resonance 
with Jupiter. When the orbital period of an asteroid 
is a simple fraction of Jupiter’s, it will experience 
strong, evenly spaced, frequently repeated tugs from 
Jupiter’s gravitational field, like a child being pushed 
on a swing. Over time, these periodic tugs will alter the 
asteroid’s orbit, and the orbits of other, similarly 
placed asteroids, ultimately clearing out a gap at that 
particular distance from the sun. When no gravita- 
tional resonance exists, an asteroid’s orbit tends to be 
stable. 


Asteroids are classified according to their color 
and reflection spectra. An asteroid’s color is deter- 
mined by measuring how bright it appears through 
several specially constructed filters that pass only 
well-defined wavelengths of light. The color, indicated 
by a quantity called the color index, is essentially a 
measure of how well the asteroid reflects sunlight at 
different wavelengths. An indication of an asteroid’s 
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surface composition can be gleaned by measuring its 
reflection spectrum. Most asteroids are classified as 
C-type or S-type (Table 1). 


The C-type asteroids have a bluish color, and their 
reflection spectra indicate the presence of carbonaceous 
material at their surfaces. The S-type asteroids, on the 
other hand, are more reddish in color and their reflec- 
tion spectra indicate that presence of surface silicate 
material. Other classifications include M-type, indicat- 
ing the presence of surface metals, and R-type, indicat- 
ing a deep, dark red color. Observations have revealed 
that the S-type asteroids tend to reside in the inner main 
belt, near the orbit of Mars. The C-type asteroids, in 
contrast, tend to reside toward the outer edge of the 
main belt nearer to Jupiter’ s orbit. The S-type asteroids 
are thought to be the primary source of stony and 
stony-iron meteorites, while the M-type asteroids are 
the most likely source of the iron meteorites. 


Beyond the main belt 


Not all asteroids reside in the main belt. The asteroid 
Hidalgo, discovered by American astronomer Walter 
Baade (1893-1960) in 1920, for example, travels along 
an orbit which takes it from the inner edge of the main 
belt (2.0 AU from the sun) to beyond the orbit of Saturn 
(9.7 AU). Likewise, the strange asteroid Chiron, discov- 
ered by Polish-American astronomer Charles T. Kowal 
(1940-) in 1977, moves along an orbit that brings it no 
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Properties of first 20 asteroids to be discovered 


Name Classification 


Orbital period (yr) Diameter (km) Year of discovery 


Ceres 
Pallas 

Juno 

Vesta 
Astraea 
Hebe 

Iris 

Flora 

Metis 
Hygiea 
Parthenope 
Victoria 
Egeria 
Irene 
Eunomia 
Psyche 
Thetis 
Melpomene 
Fortuna 
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Massalia 


4.60 
462 
4.36 
3.63 
4.13 
3.78 
3.69 
3.27 
3.69 
5.55 
3.84 
3.56 
4.14 
4.16 
4.30 
5.00 
3.88 
3.48 
3.82 
3.74 


940 1801 
588 1802 
248 1804 
576 1807 
120 1845 
204 1847 
208 1847 
162 1847 
158 1848 
1849 
1850 
1850 
1850 
1851 
1851 
1852 
1852 
1852 
1852 
1852 


Table 1. Properties of the First 20 Asteroids to be Discovered. (Thomson Gale.) 
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Figure 2. (Hans & Cassidy. Courtesy of Gale Group.) 
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(Western group) 


closer than 8.5 AU to the sun, but takes it all the way out 
to the orbit of Uranus (18.9 AU). Chiron is unusual 
because it occasionally shows cometlike behavior, 
emitting thin gases through evaporation from its sur- 
face. It is probably a former member of the Kuiper 
belt, ejected from its earlier orbit by random gravita- 
tional interactions with other asteroids and with the 
outer planets. 


The Trojan asteroids are an interesting group 
since they orbit the sun at a distance of 5.2 AU—the 
same distance as the planet Jupiter. These asteroids 
move in a special way, and keep a near constant angle 
of 60° between themselves, Jupiter, and the sun (Fig. 2). 
This relative configuration of objects was shown to 
be gravitationally stable by French mathematician 
Joseph Louis Lagrange (1736-1813) in 1772, and the 
Trojans, with one group trailing and the other group 
leading Jupiter, occupy the so-called fourth and fifth 
Lagrange points. Several hundred Trojan asteroids 
have now been identified, the largest of which have 
diameters of 93 to 124 mi (150 to 200 km). The best- 
studied Trojan asteroid, 624 Hektor, is unusual in that 
it appears to be nearly twice as long as it is wide. It has 
been suggested that 624 Hektor is in fact a binary 
asteroid, with the two components revolving around 
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Estimated number of near-earth asteroids in the size 
range from 10 meters to 10 kilometers 


Number Time between 
of objects Earth impacts (yr) 


10 100 million 
1000 1 billion 10 million 
100,000 10,000 10,000 
10,000,000 100 10 


Asteroid 
diameter (km) 


Impact energy 
(kilotons of TNT) 


10 billion 


Table 2. Estimated Number of Near-Earth Asteroids in the 
Size Range From 10 Meters to 10 Kilometers. (Thomson Gale.) 


The 10 largest terrestrial impact craters 


Crater Diameter Age 
name Country (km) (million years) 


Sudbury 
Chicxulub 
Acraman 
Vredefort 


Canada 200 1850 
Mexico 180 65 
Australia 160 570 
South Africa 1970 
Russia 100 35 
Manicouagan Canada 100 212 
Puchezh-Katunki Russia 80 

Kara Russia 65 73 
Siljan Sweden 55 

Canada 54 


Popigai 


Charlevoix 


Table 3. The 10 Largest Terrestrial Impact Craters. (Thomson 
Gale.) 


each other in near contact. (Several other asteroids 
have been found to be double.) 


The collision threat 


Three main NEA groups have been identified: the 
Aten group, the Apollo group, and the Amor group. 
An NEA is assigned to one of these groups depending 
on how nearly it approaches Earth’s orbit and whether 
it makes its closest approach near perihelion (the aste- 
roid’s point of nearest approach to the sun) or aphe- 
lion (its point of greatest distance from the sun). The 
Aten asteroids, for example, make their closest 
approach to Earth’s orbit when they are at aphelion; 
the Amors when they are near perihelion. 


The NEAs have received considerable attention in 
recent times—including several popular science- 
fiction books and movies—because such asteroids 
occasionally collide with Earth. A truly catastrophic 
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collision with an asteroid larger than 6.2 mi (10 km) in 
diameter occurs on average once every 100 million 
years; asteroids on the order of 0.62 mi (1 km) in 
diameter strike the Earth every few hundred thousand 
years; and asteroids in the 200- to 300-m range strike 
the Earth about every 60,000 years. Following a man- 
date from the U.S. Congress, NASA has been per- 
forming a systematic sky-search for NEAs with 
diameters | km and greater since 1998. The goal is to 
find 90% of all NEAs 1 km and larger by 2008; nearly 
4,000 such NEAs had been discovered from January 
1980 to December 2005. Only one of these objects 
seems to have any chance of actually striking Earth, 
and the probability of it colliding with Earth (in the 
year 2880) is estimated at about | in 300. However, 
many NEAs probably remain to be discovered, and a 
body much smaller than 1 km in diameter could still 
destroy much of human civilization. 


A number of schemes to divert any asteroid that 
might be found to be on a collision course with Earth 
are being discussed. Some of these schemes include: the 
detonation of nuclear weapons near the asteroid, the 
focusing of sunlight on it using large, space-based mir- 
rors, and the attachment of rockets or mass drivers to 
its surface. However, no general agreement has yet been 
reached on the best method. Planning is complicated by 
the fact that some asteroids may turn out to be loose 
assemblages of floating rubble rather than large, solid 
rocks; if so, diverting them would be more difficult. 


Impact craters 


An impact crater is an oval or near-circular depres- 
sion on the surface of a planet, moon, asteroid, or other 
celestial body. On Earth, 150 to 200 impact craters and 
impact structures have been scrutinized sufficiently to 
prove their origin. Several hundred other possible 
impact features also have been identified. Also called 
simply a crater or an impact basin, it is typically the 
most common type of landform seen on the surface of 
most of the rocky and icy planets and satellites in the 
solar system. Impact craters form when a minor plane- 
tary body strikes the surface of a larger body or major 
planet. A physical scar is excavated on the surface and 
much energy is dispersed in the process. The largest of 
the impact craters on Earth is the Sudbury crater in 
Canada. Meteor Crater, also, called Barringer Crater, 
was the first impact crater discovered by scientists on 
Earth. The sizes of the known terrestrial craters vary 
from approximately 100 ft (30 m) in size to 200 mi 
(320 km) or more in diameter (Table 3). 


The last globally catastrophic collision between 
Earth and an asteroid probably took place 65 million 
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Mint family 


KEY TERMS 


Astronomical unit (AU)—The average distance 
between the Sun and the Earth. One astronomical 
unit, symbol AU, is equivalent to 92.9 million mi 
(149.6 million km). 


Cretaceous-Tertiary boundary—In the geological 
column of sediments, the transition from sediments 
of the Cenozoic era to those of the Mesozoic era. 
A thin layer of iridium-rich material at this boun- 
dary was probably laid down by the asteroid that 
created the Chixulub crater in Mexico. 


years ago at the end of the Cretaceous period. It now 
seems reasonably likely that the extinction of many 
species, including the great dinosaur extinction that 
occurred at the Cretaceous-Tertiary boundary, was 
caused by the impact of an asteroid approximately 
6.2 mi (10 km) in diameter. The submerged remnants 
of the giant impact crater produced in this terminal 
Cretaceous collision were recently discovered on the 
coast of the Yucatan peninsula in Mexico. The crater, 
Chixulub (pronounced CHIKS-a-lub), is approxi- 
mately 112 mi (180 km) in diameter and has long 
been buried under coastal sediments. 


NEAR-Shoemaker 


In February 2000, asteroid studies took a remark- 
able jump forward when the Near Earth Asteroid 
Rendezvous (NEAR)-Shoemaker spacecraft, first of 
NASA’s Discovery series of relatively low-cost space 
probes, went into orbit around the asteroid 433 Eros, 
an S-class asteroid about 8 x 8 x 21 mi(13 x 13 x 33km) 
in size. NEAR-Shoemaker, the first spacecraft ever to 
orbit an asteroid, had already flown by the C-class, 
main-belt asteroid 253 Mathilde in 1997, taking high- 
resolution images. After studying Eros from a safe 
distance for several months NEAR-Shoemaker exe- 
cuted a low-altitude flyby in October 2000, imaging 
the asteroid’s surface at a resolution of about 1 yard 
per pixel. The spacecraft observed a stony, potato- 
shaped body about the size of Manhattan that was 
covered with regolith (impact-churned rock) similar to 
that observed on the moon. On February 12, 2001, its 
planned goals all accomplished, NEAR-Shoemaker 
was directed to touch down gently on the surface of 
Eros. Not only did the probe take some 69 close-up 
images during its final approach, including a final 
image covering an area only 19 ft (6 m) across, but 
also, it survived the touchdown. (This was surprising 
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because, as a purely interplanetary probe, it had not 
been designed to survive any form of direct contact 
with an asteroid.) 


Analysis of x rays emitted by Eros during a solar 
flare and observed by NEAR-Shoemaker showed that 
the asteroid’s composition closely resembled that of 
the chondritic meteorites, which are considered rem- 
nants of the early solar system. This has bolstered the 
theory that the asteroids, too, are primordial leftovers 
that have never been part of any planet. 


See also Astroblemes; Meteors and meteorites. 
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tl Mint family 


The mint family (Labiatae or Lamiaceae) is a large 
group of dicotyledonous plants occurring worldwide 
in all types of climates except in extreme arctic and 
antarctic conditions. There are about 3,000 species in 
the mint family and 200 genera. The most diverse 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Basil (Ocimum basilicum). (JLM Visuals.) 


groups are the genus Salvia with 500 species, Hyptis 
with 350 species, and Scutellaria, Coleus, Plectranthus, 
and Stachys, each with 200 species. 


Some species in the mint family are economically 
important and are grown as herbs used to flavor foods 
and beverages or for the production of essential oils 
that are used as fragrances in perfumery. Some species 
are also grown as showy or fragrant ornamentals in 
gardens. 


Biology of mints 


Most species in the mint family are annuals or 
herb like perennials, and a few species are shrubs. 
Most species of mints have aromatic glands and 
hairs on their stems and foliage, and when the leaves 
are crushed strongly scented vapors are released. The 
stems of mints are commonly four-sided in cross 
section, and most species have oppositely arranged 
leaves. 


The flowers of mints are bilaterally symmetric. 
Because they are mostly pollinated by insects, mints 
have relatively brightly colored, nectar-rich flowers 
usually grouped into a larger inflorescence The lower, 
fused petals of the flower provide a platform for polli- 
nators to land on called a lip (or in Latin, /abia, from 
which the family name Labiatae is derived). Most spe- 
cies in the mint family have bisexual flowers, containing 
both male (staminate) and female (pistilate) organs. 
The fruits are small, one-seeded nutlets. 


Native mints of North America 


Many species in the mint family are native to 
natural plant communities of North America. Many 
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additional species have been introduced from Eurasia 
and elsewhere, especially species that are grown in 
agriculture or horticulture, and some of these have 
escaped from gardens and become naturalized in 
appropriate habitats in North America. 


Some of the more interesting and attractive 
groups of native species include the skullcaps 
(Scutellaria) spp., physostegias (Physostegia) spp., 
hemp-nettles (Stachys) spp., sages (Salvia) spp., 
horse-mints or bergamots (Monarda) spp., bugle-weeds 
(Lycopus) spp., and true mints (Mentha) spp. 


Economic products obtained from mints 


A number of herbs are derived from aromatic 
species in the mint family, sometimes as cultivars 
that have been selectively bred to enhance the aro- 
matic qualities of the plants. The most commonly 
known of these herbs are derived from several herba- 
ceous, perennial species in the genus Mentha, origi- 
nally native to Eurasia but now cultivated widely in 
suitable, usually temperate climates. The common 
mint (Mentha arvensis), spearmint (M. spicata), and 
peppermint (M. piperita) are all used to flavor can- 
dies, chewing gum, toothpaste, and tea, and are some- 
times used to prepare condiments to serve with meats 
and other foods. All of these species can be grown on 
heavy, wet soils that are unsuitable for most other 
crops. Peppermint is generally harvested in large- 
scale agriculture by mowing, its water content is par- 
tially dried, and the aromatic oils are extracted for use 
as flavorings and scents. Other species of mints are 
grown and harvested in similar ways. 


The hoarhound (Marrubium vulgare) of Europe and 
Asia is another species used to flavor candies. Common 
sage (Salvia officinalis) is used to flavor foods, tooth- 
paste, and mouthwash. Sweet marjoram (Origanum 
majorana) is used to flavor some types of cooked 
meats, stews, and other foods, as are basil (Ocimum 
basilicum), rosemary (Rosmarinus officinalis), summer 
savory (Satureja hortensis), thyme (Thymus vulgaris), 
hyssop (Hysoppus officinalis ), clary (Salvia sclarea), and 
balm (Melissa officinalis ). 


Various species in the mint family contain aro- 
matic essential oils that can be extracted and used to 
scent potpourri and other decorations or as fragrances 
in the mixing of perfumes. Lavender (Lavandula offi- 
cinalis) is a Mediterranean shrub that is commonly 
used for these purposes. Lavender is an important 
ingredient of eau de cologne and lavender water, and 
it is commonly dried and put into small bags called 
sachets and used to scent clothing cupboards and 
drawers. Other species of the mint family from which 
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KEY TERMS 


Bilateral symmetry—tn reference to flower shape, 
this means that a vertical sectioning of the flower 
will produce two halves with symmetric features. 


Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attrib- 
utes. Cultivars are not sufficiently distinct in the 
genetic sense to be considered to be subspecies. 


Essential oil—These are various types of volatile 
organic oils that occur in plants and can be 
extracted for use in perfumery and flavoring. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure, often for 
the purpose of making the flowers more attractive 
to animal pollinators. 


Nutlet—A diminutive nut, or a small, dry, one- 
seeded fruit with a hard coat. 


essential oils are extracted include the pennyroyal 
(Hedeoma pulegioides), rosemary, sage, and thyme. 


Catnip (Nepeta cataria) is a species that felines 
find intriguing, and they will contentedly smell this 
species and play with toys stuffed with its dry foliage. 


Mints as ornamental plants 


Some species in the mint family are commonly 
grown indoors or in gardens as leafy ornamentals. 
One of the more popular groups of foliage plants is the 
various species and varieties of coleus (Coleus spp.,) 
bee-balm (Monarda fistulosa), bergamot (Monarda 
didyma), garden sage (Salvia splendens), and common 
sage (Salvia officinalis ). 


Many people cultivate their own herb gardens of 
various species in the mint family that are used as 
flavorings. This is done to ensure a continuous and 
fresh supply of these flavorful herbs for use in aro- 
matic, epicurean cooking. Recently, people have also 
began to grow these plants indoors under artificial 
sources of light so that they will continue to have 
access to fresh edible mints during the winter. 


Mints as weeds 


Many species in the mint family are grown in gar- 
dens and in agriculture, and these have been transported 
around the world for cultivation in suitable climates. 
In some cases, these species have escaped from cultiva- 
tion and have become minor weeds of agriculture, 
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lawns, and disturbed areas. Examples of such weeds in 
North America include catnip, ground-ivy (Glechoma 
hederacea), heal-all (Prunella vulgaris), hemp-nettle 
(Galeopsis tetrahit), henbit (Lamium amplexicaule), and 
motherwort (Leonurus cardiaca). 
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tl Mir Space Station 


The longest continuous presence of humans in 
space began in 1989, with the Soviet launch of a 20.4 
ton cylinder that formed the core of the space station 
called Mir. In Russian, mir means world and peace. By 
1996, six modules had been linked to complete the 
sprawling station, which has been likened to a space- 
borne assembly of tinkertoys. To build Mir, the 
Russians drew from lessons learned with the Salyut 
stations of the 1970s and 1980s. The stations were 
simple and robust, but compact and with limited life- 
spans. Engineered from the beginning for expansion, 
Mir was designed for regular resupply, and with nearly 
self-contained oxygen, power, and water generation 
capabilities. 


Designed for five years in orbit, the station 
remained space borne until deliberately deorbited in 
a spectacular reentry on March 23, 2001. 


During its operational lifespan the station pro- 
vided a zero-gravity laboratory for humankind, and 
saw the dawn of true international cooperation in 
planning joint space missions. Mir outlasted its 
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creators. Launched by the Soviet Union, it was deorb- 
ited by the Russian Federation space program. 


Design and construction 


The heart of the station was a 20.4-ton core mod- 
ule, placed in orbit on February 19, 1986. The core 
module included two axial docking ports, but its most 
important features were the four radial berthing ports 
that permitted the attachment of expansion modules, 
some of which were linked to other modules. 


With solar arrays generating more than 10 kilo- 
watts (KW) of power, the core module provided basic 
life support and command services. The 43-ft-long 
(13-m) module consisted of a 10-ft (3-m) diameter 
cylinder attached to a 13-ft- (3.9-m) diameter cylinder 
by a tapered segment. One side of the module housed 
living quarters, while the other contained the space 
station operations, communications, and command 
center. Although the zero gravity environment made 
orientation irrelevant, the module was still outfitted 
with an up/down configuration—fluorescent lights on 
the ceiling and green paint on the walls—to make the 
cosmonauts (Russian astronauts) feel more at home. 


The next component connected to the station was 
the Kvant module, launched into orbit in 1987, and 
attached to one of the axial ports of the core module. 
Divided into pressurized and non-pressurized areas, 
the 19-ft (5.7-m) long, 13-ft (3.9-m) diameter module 
was originally designated as the astrophysics labora- 
tory. Kvant also provided nearly 7 KW of power from 
solar cells, and incorporated a gyroscope-based 
assembly that operated from solar energy to orient 
the Mir complex in space without the use of precious 
fuel. At the far end of the module was a docking area 
for the unmanned Progress drones that arrived from 
the Earth at intervals to fit the station with supplies; 
once emptied, then refilled with trash and waste, the 
drones were released to fall back toward the planet, 
burning on re-entry. 


Launched in 1989, the Kvant II module was 
attached to one of the radial berthing ports on the 
core module. The 45-ft (13.6-m) long, 14-ft (4-m) 
diameter module produces 7 KW of power from 
solar cells and featured three pressurized segments. 
The main compartment contained instrumentation 
and apparatus such as an oxygen generation system 
and another that converted humidity in the Mir 
atmosphere into drinking water. A second compart- 
ment contained a toilet and shower facility. Through a 
complex series of filtration and processing steps, a unit 
on the module cleaned and recycled water from the 
sanitary facilities for reuse. Kvant II also featured a 
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compartment with an extra-vehicular activity (EVA) 
airlock that allowed cosmonauts to exit the complex 
for spacewalks. 


Launched in 1990, the Kristall module was ini- 
tially berthed at a radial port opposite K vant I; it was 
later moved to a different radial port 90° from its 
initial position. Although it is mainly used for storage, 
the 45-ft (13.7-m) long, 14-ft (4.3-m) wide module also 
offered astronauts a small taste of home with a green- 
house designed to allow botanists to study the effects 
of zero-gravity conditions on plant growth. Kristall 
featured a retractable solar array that generated 
between 5.5 and 8.4 KW of power. When the space 
shuttle began operations with Mir in 1995, the docking 
module that allowed the ship to mate with the station 
was attached at the far end of the Kristall module. 


In May 1995, the Spektr module flew into orbit 
and was docked in Kristall’s old position, at the radial 
port opposite Kvant II. More than 42 ft (12.7 m) long 
and 14 ft (4.3-m) wide, the module was designed for 
remote sensing studies of the Earth, and provided 
living quarters for visiting astronauts from the 
United States and the European community. The 
module also produced significant amounts of power 
from four 370 ft? (33.3 m?) solar arrays. Severely 
damaged in a 1997 docking mishap, the module 
remained useless thereafter. 


The final unit segment of Mir was the Priroda 
module, placed in orbit in 1996—ten years after the 
core module, and five years beyond the planned life- 
time of the station. The 42-ft (12.8-m) long, 14-ft (4.3-m) 
wide module incorporated optical systems to study the 
Earth’s resources. Lacking solar arrays, however, 
Priroda was unable to generate its own power, relying 
instead on batteries or on the Mir power network. 


Collaboration 


In 1994, the United States made an historic $400 
million deal with Russia to place six American astro- 
nauts on Mir for durations of up to six months. 
Ostensibly an arrangement designed to prepare 
American crews for duty on the International Space 
Station (ISS) by exposing them to long periods in 
orbit, the deal also had political implications. With 
the collapse of the Russian economy, the Russian 
space program was in jeopardy, and with it, Russia’s 
commitment to provide crucial elements for the ISS, 
such as the habitat module. Although NASA officials 
insisted the Mir deal brought important experience 
and data to the ISS program, many viewed it as a 
thinly disguised subsidy for the Russian space 
program. 
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Mirrors 


Despite the wear and tear of more than a decade in 
space, the station functioned surprisingly well until 
1997, the year that contained a number of mishaps. 
In February, an oxygen canister burst into flames, 
filling the living module with smoke. When the cosmo- 
nauts, turned to extinguish the flames, they discovered 
that the launch restraints on the firefighting equip- 
ment had never been removed, and spent valuable 
time searching in near darkness for tools to free them 
prior to extinguishing the flames. 


In subsequent weeks, the main carbon dioxide 
removal system failed. Then, the cooling system mal- 
functioned, leaking coolant into the air and forcing the 
shutdown of the drinking-water reclamation system 
due to contamination. Temperatures in the modules 
remained at 96°F (36°C) for weeks. 


In June, the station suffered the most dangerous 
setback. During the test of a new docking system, an 
unmanned rocket collided with the Spektr module, 
piercing the hull and crumpling solar panels. During 
the scramble to seal off the module, the astronauts 
were forced to disconnect cables that snaked from 
Spektr’s solar panels into the other modules of the 
station, leaving Mir with only partial power. Days 
later, the steering units broke down, and then a 
power surge knocked out a computer. The cosmo- 
nauts were forced to use precious fuel from the 
Soyuz escape pod to reposition the station, turning 
the solar panels toward the sun. 


In July, the cooling system failed again, then the 
main computer crashed, an event that would repeat 
itself time and time again in coming months. In 
September, the U.S. Space Command center sent out 
a warning that a military satellite was in an orbit that 
would pass dangerously close to Mir. About the same 
time as the warning was received, the main computer 
on the station failed, leaving the cosmonauts aboard 
to simply watch tensely from the Soyuz escape pod as 
the MSTI-1 satellite passed 1,000 yd (910 m) away. 


As the month dragged on, the station suffered 
repeated computer failures, as well as failure of the 
carbon dioxide removal system and leaks of mysteri- 
ous brown fluid. Amid reports that the Russians 
were ignoring scheduled parts replacements as a cost- 
cutting measure, concern for the safety of American 
astronauts aboard the station mounted. The four year 
collaboration ended in mid-1998, as the seventh 
American astronaut came back to the Earth. 


With the launch of the ISS approaching, and the 
continued problems at Mir, the Russians initially 
announced plans to intentionally de-orbit the station 
in September 1999, dropping it into the sea. As the 
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appointed date drew near, however, the space agency 
seemed less and less inclined to terminate the station. 
Privately held RKK Energia actually owned and 
maintained Mir. It pledged to dig up the $100 million 
annually required to keep the station in orbit. 
Eventually, the effort to maintain the station became 
resource exhausting and a decision to make a con- 
trolled deorbit was inevitable. 


Almost 100 cosmonauts/astronauts spent time on 
the space station during its lifetime, and countless 
experiments provided data to help scientists better 
understand the effects of the space environment on 
humans and materials. The ISS has and will continue 
to benefit from the lessons learned with Mir. 


See also Space probe; Spacecraft, manned. 
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[| Mirrors 


A mirror is any device that has a highly reflective 
surface, such as glass or polished metal. As such, the 
surface is one that is so smooth that it is able to reflect 
light without diffusing it so that a clear image is 
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produced from anything placed in front of it. Mirrors 
are used commonly for personal grooming devices, 
telescopes, lasers, and optical equipment. Mirrors are 
also made to reflect other wavelengths of electromag- 
netic radiation besides light. 


Mirrors were made in ancient times by the Greeks, 
Egyptians, and Romans. They were mentioned in the 
writings of the Bible. Silver (Na) was often polished to 
make instruments that the ancient Romans used to 
produce reflections. German chemist Justus von 
Liebig (1803-1873) experimented with making glass 
with a solution of silver in 1836. Eventually, the techni- 
que was perfected into what is today called the modern 
mirror. By the beginning of the eighteenth century, 
mirrors were mass produced in England, which devel- 
oped into industries in the United States and other 
European countries. Eventually, industries were formed 
around the world. On November 27, 1996, within the 
journal Science, scientists at Massachusetts Institute 
of Technology reported that they had made what is 
considered a perfect mirror—a mirror that reflected 
100% of the light that struck its surface. 


Any reflective material can act as a mirror, 
because it will throw back enough light to form an 
image of its surroundings. The surface may be a plane, 
concave or convex. Planar or flat mirrors present a 
virtual image that reverses the object being reflected. 
Curved surfaces act more like lenses, without the aber- 
rations to which glass lenses are prone. Nowadays 
such surfaces can be made from glass, metal, or plastic, 
often with a thin metal coating. Prisms can also act as 
mirrors. 


Mirrors create virtual images, which can be easily 
seen in hallway mirrors (for example), but they also 
produce a real image, which may not be detectable 
with diffuse lighting. If one places a single, bright 
filament bulb in front of a mirror, a reflection can be 
cast on a screen held between the two, a little above the 
bulb. The image of the bulb may seem to disappear 
once the screen is removed. If one keeps looking at the 
space it once occupied and move away from the direct 
path of the light, however, one will be able to see the 
real image floating in that space. 


Convex spherical mirrors, or fish-eyes, are used as 
rearview mirrors on cars or trucks. These form only a 
virtual image within the body of the mirror. A concave 
version is more common on magnifying makeup mir- 
rors. Conic mirrors are parabolic or elliptic in shape, 
and will reflect perfect images from a certain distance 
only. Mirrors are also used as solar collectors and to 
focus military searchlights. In a Newtonian telescope, 
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a conic mirror reflects an image backwards onto a 
retractable plane mirror, so the observer does not 
block any of the incoming light rays. Cassegrain tele- 
scopes are made from a pair of mirrors, one hyperbolic 
and the other paraboloid. The Cassegrain system pro- 
vides a long focal length without taking up much 
space. Both these telescopes aid the detection of very 
distant stars. 


In the age of NASA’s Hubble Space Telescope, 
the mirrors for such giant structures often use as much 
as 20,000 Ib (9,000 kg) of a Pyrexlike glass called 
borosilicate. Such a vast stretch of material, 7 yd (6.5 m) 
across, cannot be ground normally. Surface irregular- 
ities could too easily develop. Instead, the material is 
melted and whirled in a huge circular furnace until it 
settles into shape. Afterwards the exterior is polished 
by a computer-programmed machine, to avoid human 
error as much as possible. 


Mirrors have not changed structurally in thou- 
sands of years, since the ancient Egyptians used the 
first known metal hand mirrors. The so-called true 
mirror, which reflects a person’s image without invert- 
ing it the way an ordinary looking-glass does, is 
actually made of two plane mirrors joined at a 90° 
angle to reflect a fused image. One can still make a 
mirror for a small telescope by grinding two flat discs 
of glass together until the top piece becomes concave 
and the lower one convex. Both discs can then be 
finished separately with minute polishing. 


See also Lens. 


[ Miscibility 

Miscibility means how completely two or more 
liquids dissolve in each other. It is a qualitative rather 
than a quantitative observation—such as, miscible, 
partially miscible, or not miscible. (To state exactly 
how miscible two liquids were, a scientist would use 
the larger concept of solubility, usually in a specific 
weight or volume per liter of solution.) Two com- 
pletely miscible liquids will form a homogeneous (uni- 
form) solution in any amount. Water and ethyl 
alcohol, for example, are completely miscible whether 
the solution is 1% water and 99% ethyl alcohol, 50% 
of both, or 1% ethyl alcohol and 99% water. When 
first mixed, miscible liquids often show oily bands— 
called striations—in the bulk of the solution; these 
disappear when mixing is complete. 
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Mistletoe 


Like any other solubility phenomenon, miscibility 
depends on the forces of attraction between the mole- 
cules of the different liquids. The rule of thumb /ike 
dissolves like means that liquids with similar molecular 
structures, in particular similar polarity, will likely 
dissolve in each other. (Polarity means the extent to 
which partial positive and negative charges appear on 
a molecule, because of the type and arrangement of its 
component atoms.) Both water and ethyl alcohol have 
very polar hydroxyl groups (-OH) on their molecules, 
and therefore both undergo the strong intermolecular 
attraction known as hydrogen bonding. Hexane, on 
the other hand, is not miscible with water because its 
molecular structure contains no polar groups of any 
kind that would be attracted to the water molecules. 


There are several fundamental rules governing the 
miscibility of liquids in other liquids. First, the solu- 
bility of liquids in liquids increases with increasing 
temperature. Second, the more similar two com- 
pounds are in terms of polarity, the more likely that 
one is soluble in the other; i.e., polar compounds dis- 
solve in polar compounds, and non-polar compounds 
dissolve in non-polar compounds. (Polar molecules 
dissolve in polar molecules because the dipole of one 
attracts the dipole end of the other.) Thus, benzene 
and carbon tetrachloride, being both non-polar, dis- 
solve in each other, but neither will appreciably dis- 
solve in water, which is polar. 


Both alcohols and ethers with up to three or four 
carbons are miscible in water because the OH groups in 
these molecules form hydrogen bonds with the water 
molecules. Alcohols and ethers with higher molecular 
weights are not miscible in water, however, because the 
water molecules cannot surround those molecules. The 
molecule 1-heptanol, for example, consists of an alkyl 
chain of seven carbons and an OH group. The OH 
group forms hydrogen bonds with water molecules, 
but the alkyl portion of the molecule exerts no attrac- 
tion on the water molecules. This part of the molecule is 
called hydrophobic, meaning water-hating. Because this 
part of the molecule cannot be surrounded by water, 
1-heptanol is immiscible in water. 


In aqueous solutions, globular proteins usually 
turn their polar groups outward toward the aqueous 
solvent, and their non-polar groups inward, away 
from the polar molecules. The non-polar groups prefer 
to interact with each other, and exclude water from 
these regions, leading to immiscibility. This type of 
interaction is usually weaker than hydrogen bonding, 
and usually acts over large surface areas. 


Many gases are miscible with liquids. The misci- 
bility of gases in liquids usually decreases with increasing 
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temperature, and increases with increasing pressure. 
For example, more oxygen is dissolved in the blood at 
higher than normal pressures. 


See also Qualitative analysis; Quantitative analysis. 


Missiles see Rockets and missiles 


ll Mistletoe 


Mistletoe belongs to the family Viscaceae and to 
the genus Viscum, Phoradendron, or Arceuthobium. 
Most commonly, mistletoe refers to either the Eurasian 
shrub Viscum album or one of the American species, 
such as Phoradendron flavescens. Mistletoe grows on 
the trunks and branches of a wide variety of trees. 
Mistletoe is an evergreen, and its stems have numerous 
branches. The plants have tough, oblong, green leaves, 
tiny flowers, and waxy, translucent, white berries with 
a viscous mesocarp (the portion of the berry between 
the skin and seed). 


Mistletoe is considered to be a partial parasite or 
semi-parasite because it manufactures all of its carbohy- 
drates through photosynthesis in its green leaves, but it 
depends on its host tree for water, minerals, and protein. 
There is one leafless flowering species of mistletoe of the 
genus Arceuthobium that is entirely parasitic and is dam- 
aging to conifers. A root like structure (haustorium) of 
the mistletoe penetrates into the bark of the host tree and 
absorbs water, inorganic ions, sugars, amino acids, and 
hormones from the tree’s xylem and phloem (inner and 
outer vascular parts of each stem). Dispersal of the seeds 
of these plants is primarily carried out by birds who eat 
the berries and fly to another tree, dropping the sticky 
berries onto the bark. Within days roots emerge from 
the germinating seed. 


The tradition of kissing beneath the mistletoe is 
believed to come from a Norse legend in which Balder, 
the god of Peace, was killed with an arrow made of 
mistletoe. As the story goes, the gods bring Balder 
back to life by giving mistletoe to Freya, the goddess 
of Love, who makes the plant a symbol of love. Freya 
proclaimed that anyone who passed under mistletoe 
could be kissed. The Druids used mistletoe to welcome 
the new year and for religious rites and medicinal 
purposes, such as treating sterility and epilepsy. The 
French name for mistletoe, herbe de la croix (herb 
of the cross), comes from a legend describing how 
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Mistletoe in Florida. (ULM Visuals.) 


mistletoe was once a tree that was used to make Christ’s 
cross. According to legend, after Christ’s death, mistle- 
toe was cursed to never again grow from the earth and it 
was turned into a small parasite. Mistletoe was also 
associated with magical powers in some cultures, and 
is thought to have been the Golden Bough that opened 
the door to the Underworld for Sybil and for the hero 
Aeneas in Virgil’s Aenead. 


Each species of mistletoe has unique chemical 
properties and different medicinal possibilities. 
Hundreds of years ago mistletoe was used for a variety 
of ailments and conditions. Currently, the potential 
medicinal effects of mistletoe are being tested on labo- 
ratory animals. Some research is being done to see if 
certain extracts from mistletoe can destroy cancer 
cells. Along with some potentially beneficial substan- 
ces, mistletoe contains toxic substances and therefore 
should not be eaten. 


Christine Miner Minderovic 
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I Mites 


Mites are tiny arthropods in the order Acari (or 
Acarina), which also includes the somewhat larger 
ticks. The Acari is in the class Arachnida, which also 
encompasses the spiders and scorpions. Arachnids 
have four pairs of segmented legs, a body divided 
into a cephalothorax (that is, a united head and 
thorax), and abdomen, and they have a simple respi- 
ratory apparatus consisting of tracheae and/or book 
lungs. The Acari are a diverse group of at least 30,000 
species, although the group is not yet well studied, and 
many additional species will undoubtedly be named. 


Mites typically have small or minute bodies with 
roughly oval shapes and little differentiation of the 
cephalothorax and the unsegmented abdomen. Newly 
hatched mites are known as larvae, and they have only 
three pairs of legs. After the first molt the mite has four 
pairs of legs, and the animal is known as a nymph until 
the sexually mature adult stage is achieved. 


Most species of mites are tiny creatures that live in 
organic debris of forests and grasslands where they 
feed on dead organic matter, fungal spores and 
hyphae, and plant matter. Many other species are 
predators of other mites and tiny insects such as 
springtails, or they are parasites of a wide range of 
animals. Terrestrial mites can be extremely abundant, 
and their populations may outnumber those of all 
other species of arthropods in many habitats. A few 
species of mites are aquatic, including some relatively 
large and attractive, bright-red or green-colored spe- 
cies known as water-mites commonly in the genus 
Arrenurus. 


Some species of mites are important pests of agri- 
cultural plants. Certain species of spider mites or red 
mites (family Tetranychidae) are important pests of 
fruit trees grown in orchards, field crops, and green- 
houses. Mite infestations may be managed by apply- 
ing toxic chemicals such as pesticides, by reducing the 
amount of organic debris that is present in their hab- 
itat, or by encouraging species of mites that are pred- 
ators of the injurious species. 


Some mites physically affect domestic animals 
and humans. The chicken mite (Dermanyssus gallinae ) 
is a serious, highly infectious, blood-sucking parasite 
of chickens and other fowl. The sheep scab mite 
(Psoroptes ovis) is a pest of sheep and other livestock. 
Scabies is an itchy skin condition caused by infesta- 
tions of various species of itch or scab mites (family 
Sarcoptidae) that burrow into the skin. Many animals 
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Mitochondrial DNA analysis 


A scanning electron micrograph (SEM) of a dust mite. (Dennis Kunkel. Phototake NYC.) 


are afflicted by mange, a skin condition caused by 
species of mange mites (family Psoroptidae). Chiggers 
or harvest mites (family Trombiculidae) are another 
group of itch-causing skin parasites which can some- 
times be vectors of human diseases in the tropics such 
as scrub typhus. 


House-dust mites in the genus Dermatophagoides 
(family Acaridae) are common in homes and are an 
important cause of the allergies that many people 
develop to house dusts. 


fl Mitochondrial DNA analysis 


In human cells, DNA is found in both the nucleus 
and the mitochondria. The mitochondrion is an 
organelle responsible for the molecular products that 
provide the energy to the cell. There is a single nucleus 
in human cells and it contains two copies of DNA, one 
originating from the father and one from the mother. 
In contrast, there may be hundreds or thousands of 
mitochondria in human cells and the DNA ina single 
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mitochondrion may be copied numerous times. 
Nuclear DNA is much longer than mitochondrial 
DNA, also written mtDNA, however the fact that 
there are so many more copies of mtDNA makes it 
extremely useful in cases in which there is only a small 
sample or the sample has been degraded. In addition, 
some biological materials such as hair shafts, teeth, 
and bones do not contain any cell nuclei, but mito- 
chondria may be present and mitochondrial DNA 
analyses can be performed. 


When a sperm fertilizes an egg, the DNA-containing 
head of the sperm fuses with the egg, but the tail and 
midsection are left on the outside of the egg. The 
mitochondria of a sperm are found in the tail and 
midsection as these parts require energy in order to 
propel the sperm. Because the mitochondria of the 
sperm never reach the inside of the egg, all the mito- 
chondria in the embryo come from the egg. As a result 
the mitochondrial DNA in a child is identical to that 
of the mother. Mitochondrial DNA is therefore use- 
ful for proving maternal relationships in forensic 
investigations. 


The DNA molecule is made up of a sequence of 
four different smaller molecules called nucleotides: 
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DNA Analyst Jacqueline Raskin, MS, performs an Amplification Set-Up at the Armed Forces DNA Identification Laboratory in 
Rockville, Maryland, December 1996. Researchers are using DNA testing to identify the remains of soldiers through a special 
kind of DNA called, mitochondrial DNA. Pentagon scientists say this remarkable link is gradually revolutionizing the process of 
identifying unknown soldiers from the battlefields of Vietnam, Korea and World War Il. (Chuck Kennedy/Getty Images.) 


adenine (A), guanine (G), cytosine (C) and thymine 
(T). DNA is a double stranded molecule and its 
nucleotides always associate themselves with a com- 
plementary nucleotide; if adenine is on one of the 
strands, thymine is across from it on the other strand. 
Similarly, if cytosine is on one strand, guanine will be 
found across from it on the other strand. Because the 
nucleotides of DNA are found in pairs on the two 
strands, the nucleotide sequence is also called a 
sequence of base pairs (bp). 


Mitochondrial DNA is approximately 16,569 
base pairs long and the genome is usually found in a 
ring-like conformation. There are two major parts of 
the molecule. A coding region accounts for the major- 
ity of the molecule and the DNA from this section 
codes for biochemical products related to providing 
energy to the cell. The other section of the mtDNA is 
called the control region and it is responsible for 
regulating the production of the gene products from 
the coding region. Within the control region there 
are two regions that have been found to contain a 
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disproportionate number of variations in humans. 
These regions are called Hypervariable Region | and 
Hypervariable Region 2, or HV1 and HV2. HVI1 is 
approximately 342 bp and HV2 is approximately 268 bp. 


There are five major steps to mtDNA analysis. 
First, the sample is visually examined, cleaned, and 
prepared. Cleaning is extremely important because 
extraneous cells from handling can easily contaminate 
a sample. Usually the sample is immersed in detergent 
and an ultrasonic bath. Teeth and bones are sanded 
and cross-sectioned. In teeth, the dentin and pulp are 
used in the analysis. In all cases, the sample is ground 
to a powder and then placed in an extraction solution 
to release the cellular material, including the mtDNA, 
from the cells. 


The second step involves extracting the mtDNA 
from the cellular material. This is accomplished by 
adding to the solution a mixture of chemicals that 
separate DNA from other organic molecules and 
then spinning the mixture in an ultracentrifuge. The 
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mtDNA is concentrated in the top layer and then 
purified. The third step involves a technique called 
PCR, polymerase chain reaction, which uses carefully 
regulated cycles of heating and cooling to produce 
many copies of the mtDNA. This process is called 
amplification. After amplification, the mtDNA prod- 
uct is purified and quantified to ensure that the PCR 
yielded the expected quantity of mtDNA. The final 
step in mtDNA analysis is sequencing the amplified 
mtDNA. This is done using a technique similar to 
PCR, but special fluorescently labeled nucleotides 
that terminate the growth of a strand are added to 
the solution. This technique is referred to as Sanger’s 
method and the result is many strands of DNA that 
vary in length by one nucleotide. This collection of 
DNA is then sorted by length, using a technique called 
gel electrophoresis. A fluorescence detector then reads 
the labels at the end of each strand of DNA and com- 
puter software reconstructs the mtDNA sequence. 
Finally, a DNA examiner edits and verifies the sequence. 


When performing mitochondrial DNA analysis, 
about 610 bp are sequenced and compared to a stand- 
ard. Any nucleotides in the sample sequence that differ 
from this standard are listed by location and 
nucleotide. 


The FBI has been using mtDNA to solve crimes 
since 1996. By 2006, they established the National 
Missing Persons DNA Database to gather informa- 
tion on missing persons for the law enforcement com- 
munity. A database of mitochondrial DNA can also 
be accessed through the FBI’s CODIS (Combined 
DNA Index System) software. Mitochondrial DNA 
has been used successfully in a broad range of instan- 
ces such as solving missing persons cases and identify- 
ing human remains and disaster victims. 


See also DNA databanks; DNA recognition 
instruments; Organelles and subcellular genetics. 


Juli Berwald 


| Mitosis 


Mitosis is a process that sorts and evenly distrib- 
utes a cell’s genetic instructions to the nuclei of two 
daughter cells during cell division. Mitosis distributes 
identical DNA instructions to new cells when the old 
cell divides. 
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Growth is based on cell division and mitosis. 
Some cells in the body—such as nerve and skeletal 
muscle cells—cannot divide, and they stay with us 
for life. But most tissues of the body grow and replace 
themselves by cell division. These cells go through a 
cell cycle from the time they are formed until the time 
when they divide. During the period of mitosis, the 
nucleus and cytoplasm divide to form two new cells. 
The rest of the cell cycle is known as interphase. 


In the nucleus of a cell, DNA comprises a code 
carrying all the instructions that the cell needs to live. 
In the nuclei of eukaryotic cells, the DNA molecules, 
coiled like microscopic spaghetti, form compact, 
bulky structures called chromosomes. Under the light- 
microscope, chromosomes have the appearance of 
solid, flexible rods. Early microscopists applied the 
word chromosome, meaning “colored body,” to struc- 
tures that took up basic red or purple dyes in the 
nucleus of a dividing cell. Humans have 23 chromo- 
somes, but other organisms, like the fruit fly, have as 
few as four, and others, such as the dog, as many as 39. 


As chromosomes uncoil at the beginning of inter- 
phase, the thin threads of DNA, termed chromatin, 
become invisible to an observer looking through a 
light microscope. Each chromosome then makes a 
copy of itself, stringing together basic units available 
in the cytoplasm according to its own sequence. Now 
two identical DNA strands, called sister chromatids, 
are attached to each other by a structure known as a 
centromere. The DNA begins to twist and coil, curling 
more and more tightly. 


At this point, the cell begins to assemble the scaf- 
folding it needs for moving the chromosomes to oppo- 
site ends of the cell. In animal cells, the two centrioles— 
small cylinders containing tiny tubular elements—rep- 
licate. The cells of higher plants do not have centrioles. 


Mitosis is a continuous process, but for conven- 
ience, scientists divide it into four stages: prophase, 
metaphase, anaphase, and telophase. 


Prophase 


The cell enters prophase as the long tangled DNA 
molecules, or chromatin, coil into the compact bodies 
of chromosomes. This coiling process is comparable to 
taking a thin strand 656 feet (200 m) long and coiling it 
into a cylinder 1 mm wide by 8 mm long. A structure 
called the kinetochore is formed on each chromatid at 
the outer face of the centromere region (see Figure 1). 
The nuclear membrane breaks down. 


During prophase, the cells’ cytoskeleton or struc- 
tural framework made of the protein tubulin breaks 
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PHASES OF MITOSIS 


Interphase 


Anaphase 


Prophase 


Metaphase 


Telophase 


Figure 1. Stages of mitosis. (Hans & Cassidy. Courtesy of Gale Group.) 


down into subunits. From these subunits, a bridge of 
microtubules called the spindle apparatus forms 
between the two pairs of centrioles as they move 
apart. When the centrioles reach opposite ends of the 
cell, they extend microtubules in all directions. Like a 
boat moored to a dock with multiple lines, the cen- 
triole anchors itself to the cell membrane. This 
arrangement of microtubules—called an aster because 
of its star-like pattern—is thought to mechanically 
strengthen the spindle apparatus. Mitosis does not 
appear to depend upon the presence of centrioles, 
however. Destroying centrioles in animal cells with a 
laser beam does not prevent mitosis. Plant cells 
equipped with rigid cell walls, but neither centrioles 
nor asters, also grow by mitotic division. 


As prophase continues, a set of microtubules 
grows from the kinetochore of each sister chromatid. 
The microtubules extending from each chromatid 
become attached to opposite poles of the spindle. 


Metaphase 


In the second stage of mitosis, called metaphase, 
the pairs of sister chromatids line up in the center of 
the cell like couples taking their place on a dance floor. 
The centromeres of the chromosomes appear to be 
aligned within an imaginary plate midway between 
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the centrioles and dissecting the cell at right angles to 
the spindle. Responding to some unknown cue, the 
centromeres divide in unison, freeing the sister chro- 
matids to separate in the next phase. 


Anaphase 


As if following a neatly choreographed dance, the 
sister chromatids separate, rapidly moving toward 
the pole to which their microtubule is attached. The 
cell appears “stretched” as the spindle fibers slide past 
one another, elongating the spindle apparatus and 
further separating the poles. Shortening of the micro- 
tubules by removal of tubulin units pulls the chromo- 
somes closer and closer to the pole. The movement of 
sister chromatids to opposite sides of the cell com- 
pletes the equal division and distribution of genetic 
material. 


Telophase 


During telophase, or the “cleanup” stage of mito- 
sis, the spindle apparatus is broken down, and the 
tubulin subunits stand ready to form the cytoskeleton 
of a new cell. The chromosomes, now clustered in two 
groups around the poles, uncoil into tangled threads 
again, and a new nuclear envelope forms around them. 
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KEY TERMS 


Centriole—An arrangement of microtubules found 
in most animal cells and in cells of some lower plants 
and fungi. 


Centromere—A constricted region of the chromo- 
some joining two sister chromatids. The centromere 
is composed of highly repeated DNA sequences 
approximately 220 units in length. 


Chromatin—The name given to loose tangle of DNA 
strands in the nuclei of cells during periods when they 
are not dividing. As a cell prepares to divide, chro- 
matin strands condense into compact chromosomes. 
Chromosomes—Structures in the eukaryotic cell 
nucleus consisting of heavily coiled DNA and pro- 
teins and carrying genetic information. 
Cytokinesis—The physical division of the cytoplasm 
of a eukaryotic cell to form two daughter cells, each 
housing a newly formed nuclei. 

Cytoskeleton—A network of assorted protein fila- 
ments attached to the cell membrane and to various 
organelles that makes up the framework for cell 
shape and movement. 

DNA—Strands of DNA, or deoxyribonucleic acid, 
are like long sentences of words composed of a four 
letter alphabet of nucleotide base pairs: A (adenine); 
T (thymine); G (guanine); and C (cytosine). The 


At this point, each new nucleus contains one copy of 
each chromosome. Mitosis is complete. 


Cytokinesis 


Cell division is not finished, however. During 
cytokinesis, the cytoplasm of a cell is physically div- 
ided to form two daughter cells housing the newly 
formed nuclei. In addition to dividing up the cyto- 
plasm, cytokinesis distributes cellular organelles 
equally to the daughter cells. The binding of some 
molecules or organelles to the chromosomes or spindle 
microtubules ensures that each daughter cell will 
receive a fair share of cytoplasmic components. 


A belt of microfilaments constricts the cell, pinch- 
ing it in two. In plants, a cell plate forms, growing 
outward until it reaches the cell membrane and fuses 
with it. Cellulose is laid down on the new membranes, 
forming a strong new cell wall. 


See also Meiosis. 
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“words” contain the instructions for sequences of 
amino acids making up proteins. 


Eukaryotic cell—A cell whose genetic material is 
carried on chromosomes inside a nucleus encased 
inamembrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. In con- 
trast, the more primitive prokaryotic cells are smaller 
than eukaryotes, and have no nucleus, distinct 
organelles, or cytoskeleton. 


Kinetochore—A disk of protein bound to the centro- 
mere to which microtubules attach during mitosis, 
linking each chromatid to the spindle. 


Microtubule—A hollow protein cylinder, about 25 
nanometers in diameter, composed of subunits of the 
protein tubulin. Microtubules grow in length by the 
addition of tubulin subunits at the end and are short- 
ened by their removal. 


Nucleotide—The “letters” or basic units of DNA, 
containing a phosphate group, a 5-carbon sugar, 
and a ring-shaped nitrogenous base. 


Spindle apparatus—An axis of microtubules formed 
between centrioles in animal cells that aids the equal 
distribution of chromosomes to new cells being 
formed. 


Resources 


BOOKS 

Arms, Karen, and Pamela S. Camp. Biology. 3rd ed. 
Philadelphia: Saunders College Publishing, 1987. 

Beck, William S., Karel F. Liem, and George G. Simpson. 
Life, an Introduction to Biology. 3rd ed. New York: 
HarperCollins, 1991. 

Campbell, N., J. Reece, and L. Mitchell. Biology. Sth ed. 
Menlo Park: Benjamin Cummings, Inc. 2000. 

Starr, Cecie, and Ralph Taggart. Biology, The Unity and 
Diversity of Life. Belmont, CA: Wadsworth Publishing 
Company, 1992. 


OTHER 

Cells Alive! “Mitosis: An Interactive Animation” <http:// 
www.cellsalive.com/mitosis.htm> (accessed December 
4, 2006). 

University of Arizona, Department of Biochemistry and 
Molecular Biophysics: The Biology Project. “The Cell 
Cycle and Mitosis Tutorial” <http://www.biology. 
arizona.edu/Cell_bio/tutorials/cell_cycle/cells3.html> 
(accessed December 4, 2006). 


Elaine Friebele 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


| Mixture, chemical 


A chemical mixture is a collection of molecules 
or atoms of different types. A mixture is distin- 
guished from a pure substance, which has constant 
composition (is composed of a only one type of mol- 
ecule or atom), and a unique set of physical properties 
(no matter how large or small a sample is observed). 
The properties of a mixture depend not only on the 
types of substances that compose it, but also on their 
relative amounts; the composition of a mixture is not 
constant. The separation of mixtures is big business, 
and separation science is a subdivision of chemistry. 


Heterogeneous mixtures are non-uniform, with 
the components jumbled irregularly together; fre- 
quently the substances making up the mixture can be 
seen as bits of different textured or colored material. 
Homogeneous mixtures, on the other hand, look uni- 
form. The molecules or atoms making up a homoge- 
neous mixture are distributed evenly, all in the same 
phase. (Homogeneous mixtures can sometimes be mis- 
taken for pure substances because of their uniform 
appearance.) Saltwatersolution is a homogeneous 
mixture, for example, but salt mixed with sand is a 
heterogeneous mixture. 


Mixtures are separable into their component ele- 
ments or compounds (at least theoretically) by purely 
physical processes. For example, if iron filings and 
sulfur powder are mixed together, they constitute a 
chemical mixture. This particular mixture is easy to 
separate by applying a magnet to draw out the iron- 
utilizing magnetic force is a physical process. If the 
iron filings and sulfur powder are heated, however, 
they undergo a chemical reaction to form a com- 
pound, iron sulfide, which does not respond to a mag- 
net. Pure iron sulfide is homogeneous (uniform in 
appearance and properties), shows constant composi- 
tion (a consistent ratio of iron to sulfur throughout 
any sample of it, large or small), consists of molecules 
all of one type, is no longer separable into two separate 
substances without another chemical reaction, and is 
thus no longer a mixture. 


See also Compound, chemical; Element, chemical. 
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A Mobius strip 


Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


l Mobius strip 


A MObius strip is a twisted surface in space that is 
made by starting with a strip of paper, twisting one end 
through 180°, then joining it to the opposite end. That 
is, using the rectangular strip of paper shown in Figure 1, 
AC is joined to DB so that the point A coincides with 
the point D and the point C coincides with the point B. 


The result is a one-sided surface. That is, any point P 
on it can be joined to its opposite, Q (or to any other 
point) by a path that does not cross the edge of the 
surface. This can be verified by running a finger or pencil 
along the Mébius strip, which is named after the nine- 
teenth century mathematician, August Mobius. 


Ifa MObius strip is cut lengthwise along the center 
(inserting the scissors directly into the middle of the 
strip, not cutting in from the edge), the result will be a 
single two-sided loop with two twists. Re-cutting this 
loop produces two interlocking twisted loops (neither 
of them a MObius strip). 


Ifa original Mébius strip is cut lengthwise about a 
third of the way in from the edge, two interlocking 
loops are produced, one of them a Mobius strip and 
the other a two-sided loop. 


The MObius strip geometry is used in some con- 
veyor belt systems (the idea being to extend belt life by 
distributing wear over both sides of the belt). It is 
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mostly useful as a teaching tool in topology, the math- 
ematical study of the properties of shapes and surfaces. 


Resources 


BOOKS 


Pickover, Clifford A. The Mobius Strip: Dr. August Mobius’s 
Marvelous Band in Mathematics, Games, Literature, 
Art, Technology, and Cosmology. New York: Thunder’s 
Mouth Pres, 2006. 


Roy Dubisch 


l Mockingbirds and thrashers 


Mockingbirds, thrashers, and catbirds are 35 spe- 
cies of medium-sized birds that are sometimes known 
as mimid thrushes or mimids, in the family Mimidae. 
This is an American family of birds, occurring widely 
from southern Argentina and Chile, through to 
southern Canada. The usual habitat of mimids is 
brushlands, forest edges, shrubby riparian areas, and 
recently disturbed forests. 


Mimids range in body length from 7.9-11.8 in 
(20-30 cm), and are slender-bodied, with short, 
rounded wings, a long tail, and long legs. The beak is 
rather heavy and downward curving, and in some 
species is quite long and strongly decurved. 


Mimids have a rather subdued plumage, with most 
species colored in brown or gray hues, often with a light 
throat or underparts, and sometimes with a spotted or 
streaked breast. Some species are solidly colored, while 
others have patterns, especially of white on the wings 
and tail. The sexes do not differ significantly in size or 
coloration. 


Mimids feed on invertebrates, berries, and seeds. 
They forage on the ground, or in shrubs. They are not 
social birds, and do not gather into flocks. 


Mimids are highly territorial during the breeding 
season, sometimes attacking nearby dogs, cats, other 
birds, and even people who stray too close to their 
defended area. Mimids are loud and delightfully ver- 
satile singers. Some species are excellent mimics, and 
incorporate aspects of the songs of other species into 
their own individualistic, highly varied renditions. 


Mimids build their rather bulky, cup-shaped, 
grass-lined, twiggy nests in shrubs, or sometimes on 
the ground. They lay 2-6 eggs, which are incubated by 
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the female, although the male helps in rearing the 
young. 


The best-known mimid in North America is the 
northern mockingbird (Mimus polyglottos), an acclaimed 
songster of shrubby and suburban habitats that breeds 
over most of the United States and Mexico, some 
Caribbean islands, and southern Canada. 


The brown thrasher (Toxostoma rufum) is a com- 
mon, rufous-backed bird with a white, spotted breast. 
This species occurs widely in temperate regions of east- 
ern North America. The sage thrasher (Oreoscoptes 
montanus) is a common species of dry habitats in 
southwestern North America. Some other thrashers 
have considerably longer and more decurved beaks, 
especially the California thrasher (Toxostoma redivi- 
vum) and LeConte’s thrasher (7. lecontei), both of 
which occur in the southwestern United States. 


The catbird (Dumetella carolinensis) is a gray-bod- 
ied, black-capped bird, with rusty-brown under the 
tail coverts (that is, where the tail joins the body). 
This species breeds from southern Canada through 
most of the United States, and winters as far south as 
Panama. The catbird is named after its alarm call, which 
sounds remarkably like a mewing cat. The bird’s song is 
much more melodious. 


Bill Freedman 


fi Mode 


In statistics and mathematics, the mode of a set of 
numbers is the number that occurs most frequently 
within that set. There may be no modes within a set of 
numbers, only one mode, or more than one mode. In 
the set {1, 4, 5, 7}, there are no modes because each 
number occurs with the same frequency. However, in 
the set {1, 4, 4, 5, 6}, the number 4 is the only mode. 
The modes of the set {1, 1, 1, 3, 5, 5, 5, 6, 6, 6} are 1, 5, 
and 6 because each number occurs three times within 
the set. 


The mode provides one way to summarize a set of 
numbers without looking at all of the numbers in the 
set. For instance, if a group of students take a test and 
the modes for the test are 96%, 97%, and 100%, the 
teacher probably knows that the test was very easy 
because these three test scores occurred the most fre- 
quently in the class. This conclusion may or may not 
be true, but it provides the teacher with an quick and 
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A curve-billed thrasher (Toxostoma curvirostre) perched near its nest in a cactus at the Arizona Sonora Desert Museum, 
Arizona. (Robert J. Huffman. Field Mark Publications.) 


easy assessment of how difficult or easy the test was for 
the students. 


The mode is one of the measures of central ten- 
dency, the others being the mean and the median. 
Although mode is sometimes similar to mean and 
median, it can be very different from them depending 
on the set of numbers used. The mean is the average of 
a set of numbers. For the set of numbers {1, 4, 4, 5, 6}, 
the mean is calculated by 1 + 4+ 4+ 5 + 6)/4 = 20/ 
4 = 5. The median is the value of the middle member 
of a set of numbers when those members are arranged 
in order. For the example used earlier, {1, 4, 4, 5, 6}, 
the median is 4 because there are two numbers to its 
left and two other numbers to its right. Thus, it is the 
middle number of a set of numbers that are arranged 
in order. In this particular case, the mode is the num- 
ber 4, the mean is 5, and the median is 4. Mode is the 
same as median, but different from mean. 


Modem, wireless see Wireless 
communications 
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| Modular arithmetic 


Modular arithmetic derives from the concept of 
congruence modulo m, written symbolically as 


a=b (mod m) 


where a and b are any integers and m is a positive 
integer greater than 1. This means that a - b is divisible 
by m. For example, 


36=16 (mod 5) 


since 36 - 16 = 20is divisible by 5. Likewise 11=38 
(mod 9) because 11-38 = -27 is divisible by 9. 


The concept of congruence was first used by Carl 
Friedrich Gauss (1755-1855). Gauss was a mathema- 
tician as well as a master of astronomy, physics, geod- 
esy, and statistics. He lived in Germany and for many 
years was director of the university observatory in 
G6ttingen. 


Many of the properties of equality are also true 
for congruences. For example, consider modulo 5. 
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Mohs’ scale 


Since 5 = 0 (mod 5), 6 = 1 (mod 5), 7 = 2 (mod 5), etc., 
we need only consider the set, called a complete residue 
set. Then, for example, 
1+ 2 = 3,3 + 4 = 2 [since 7=2 (mod 5)], and 
2 x 3 = 1 [since 6=1 (mod 5)]. 
Indeed, we can produce tables for addition and 
multiplication. Where we note that not only do we have 


at+b=b+t+aandaxb=bxa 


for all a and b in the set (addition and multiplica- 
tion are commutative), but less obviously, we have 
associatively 
a+(b+c)=(at b) + candax (bx c)= 
(ax b) xc 


and distributivity 
ax(b+c)=axbt+axc 


again for all a, b, c in the set. Furthermore, we 
have an additive identity, 0,suchthata+0=O+a 
for all ain the set and a multiplicative identity, 1, such 
that a x | = | x aforain the set. We can also see that 
we have both additive and multiplicative inverses. 
That is, for any a in we have a b such that 


at+b=b+a=0 
and ac such that 
axc=cxa=1 
for any ain {1, 2, 3, 4}. Specifically we have 
1+4=0,2+3=0,3+2=0,and4+1=0 
and 
Ixl=1,2x3=1,3x2=land4x4=1 
A system in which an addition and a multiplica- 
tion are defined and for which the commutative, asso- 
ciative, and distributive properties hold, where there 
exist identities for addition and multiplication, where 
every element has an additive inverse, and every non- 
zero element has a multiplicative inverse, is called a 
field. Other examples of fields are the set of rational 
numbers and the set of real numbers. Since the number 


of elements in our set is finite, we have an example of 
finite field. 


Do these results hold for an J complete residue 
set? Indeed they do, except for the existence of 
multiplicative inverses. Thus, if we consider the 
complete residue system mod 4 (0, 1, 2, 3) we see 
that there is no multiplicative inverse for 2 since 
2x0=0,2x1=2,2 x 2 = 0[(because 4=0 (mod 4)] 
and 2 x 3 = 2. 


In order for multiplicative inverses to exist in a 
complete residue system mod m, it is necessary and 
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sufficient for m to be a prime, or a number whose only 
divisors are | and m. Thus 2, 3, 5, 7, 11, and 13 are all 
primes but 4, 6, 8 and 9 are not. 


The concept of congruence can be used to establish 
a rule for deciding whether a number is divisible by 9. A 
number is divisible by 9 if and only if the sum of its 
digits is divisible by 9. Thus, for example, 243,648 is 
divisible by 9 because 2 + 4+ 3+6+4+ 8 = 27 
is divisible by 9 whereas 243,649 is not because 28 is 
not divisible by 9. A proof of this fact depends upon 
the fact that 10=1 (mod 9). 


Modulation see Radio 


i Mohs’ scale 


Mohs’ scale, sometimes also called Mohs’ hard- 
ness scale or Mohs’ scale of mineral hardness, provides 
an index and relative measure of mineral hardness 
(i.e., resistance to abrasion). The scale characterizes 
mineral harness by deciding a harder mineral’s ability 
to scratch a softer mineral. It is one of several meas- 
ures of hardness used in materials science. 


In 1812, German geologist Frierich Mohs (1773- 
1839) devised a scale with specimen minerals that 
offered comparison of hardness qualities that allows 
the assignment of a Mohs hardness number to a min- 
eral. Mohs’ scale utilizes ten specific representative 
materials that are arranged numerically from the soft- 
est (1) to the hardest (10). The reference minerals are 
(1) talc, (2) gypsum, (3) calcite, (4) fluorite, (5) apatite, 
(6) orthoclase feldspar, (7) quartz, (8) topaz, (9) corun- 
dum, and (10) diamond. 


Two mnemonics developed over the years to help 
students memorize these standard materials are: “To 
Get Candy From Aunt Fanny, Quit Teasing Cousin 
Danny” (using feldspar rather than orthoclase) and 
“The Girls Can Flirt And Other Queer Things Can 
Do” (using orthoclase instead of feldspar). 


The softest mineral, talc, can be used in body 
powder. The hardest, diamond, is used in drill bits to 
cut through the most dense crustal materials. Mohs’ 
scale is a relative index scale, meaning that a determi- 
nation of Mohs’ hardness number for a mineral is 
based upon scratch tests. For example, gypsum 
(Mohs’ hardness number = 2) will scratch talc 
(Mohs’ hardness number = 1). Talc, however, will 
not scratch gypsum (2). Glass is assigned a Mohs 
hardness number of 5.5 because it will scratch apatite 
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(Mohs’ hardness number = 5) but will not scratch 
orthoclase feldspar (Mohs’ hardness number = 6). 


Scratch tests are a common method used to iden- 
tify mineral hardness relative to Mohs’ scale. Streak 
tests are often carried out on streak plates. Mineral 
hardness is a fundamental property of minerals and 
can be used to identify unknown minerals. In the 
absence of comparative minerals, geologists often resort 
to common objects with a relatively well-established 
Mohs’ hardness number. In addition to glass (5.5), 
copper pennies measure 3.5, and the average human 
fingernail averages a Mohs’ hardness of 2.5. 


The Mohs’ scale is a comparative index rather than 
a linear scale. In fact, Mohs’ scale has a near logarithmic 
relationship to absolute hardness. At the lower, softer 
end of the scale, the difference in hardness is close to 
linear, but at the extremes of hardness, there are much 
greater increases in absolute hardness; e.g., a greater 
increase in the hardness between corundum (9) and 
diamond (10) than between quartz (7) and topaz (8). 


Hardness is a property of minerals derived from 
the nature and strength of chemical bonds in and 
between crystals. The number of atoms and the spatial 
density of bonds also influences mineral hardness. 
Weak van der Waals bonds hold softer minerals 
together. The hardest minerals tend to be composed 
of dense arrays of atoms covalently bonded together. 


Hardness characteristics—especially in calcite 
crystals—may vary as a property dependent upon the 
direction of the scratch (1.e., ability to show evidence 
of a particular Mohs’ number if scratched along one 
face or direction as opposed to a different hardness 
number if scratched in a different direction). 


See also Chemical bond; Mineralogy. 


Molarity see Concentration 


| Mold 


Molds are microscopic fungi. Even though they 
can approximate bacteria in size, molds are eukaryotic 
organisms. That is, their genetic material is enclosed 
within a specialized membrane that lies in the interior 
of the organism. 


Molds are present in virtually every environment 
that has been examined. Molds grow indoors and out- 
doors and, depending on the species, can grow year- 
round, even in winter. In the natural environment, 
molds are important and desirable because they hasten 
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the decomposition of organic material such as fallen 
leaves and dead trees. Indoors, however, mold growth 
is undesirable. For humans, molds that grow indoors 
can be of particular concern because they can cause 
allergic reactions in those people who are sensitive to the 
compounds produced by the molds. The most com- 
mon indoor molds are: Cladosporium, Penicillium, 
Alternaria, Aspergillus, and Mucor. 


Molds reproduce by releasing spores (essentially 
packets that contain the genetic material necessary for 
the formation of a new mold). These spores can float 
through the air and, if landing in a hospitable environ- 
ment, can germinate to form a new mold. One of the 
essential components of a hospitable environment is 
moisture. The many types of mold all require a moist 
surface for growth. 


The Mucor mold, when grown within a closed 
environment, has mycelia that are thickly covered 
with small droplets of what appears to be water. The 
droplets are, in fact, dilute solutions of secondary 
metabolites (compounds produced by the mold during 
the breakdown and use of nutrients). 


Some of the products of mold metabolism have 
great importance. For example, a mold called 
Rhizopus produces fumaric acid, which can be used 
in the production of the drug cortisone. Other molds 
can produce alcohol, citric acid, oxalic acid, or a wide 
range of other chemicals. Some molds can cause fatal 
neural diseases in humans and other animals. Moldy 
bread is nonpoisonous. Nevertheless, approximately 
one hundred million loaves of moldy bread are dis- 
carded annually in the United States. The molds typ- 
ically cause spoilage rather than rendering the bread 
poisonous. 


The presence of other molds can be cause for 
concern. Some molds growing on food are believed 
to cause cancer, particularly of the liver. Another 
curious effect of mold is related to old green wallpaper. 
In the nineteenth century, wallpaper of this color was 
prepared using compounds of arsenic, and when 
molds grow on this substrate they have been known 
to release arsenic gas. 


Some molds are important crop parasites of spe- 
cies such as corn and millet. A number of toxic molds 
grow on straw and are responsible for diseases of live- 
stock, including facial excema in sheep, and slobber 
syndrome in various grazing animals. Some of the 
highly toxic chemicals are easy to identify and detect, 
while others are not. Appropriate and sensible storage 
conditions (i.e., those not favoring the growth of 
fungi) are an adequate control measure in most 
cases. If mold is suspected, then the use of anti fungal 
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agents (fungicides) or destruction of the infected straw 
are the best options. 


The first poison to be isolated from a mold is 
aflatoxin. This and other poisonous substances pro- 
duced by molds and other fungi are referred to as 
mycotoxins. Some mycotoxins are deadly to humans 
in tiny doses, others will only affect certain animals. 
Aflatoxin was first isolated in 1960 in Great Britain. It 
was produced by Aspergillus flavus that had been 
growing on peanuts. In that year, aflatoxin had been 
responsible for the death of 100,000 turkeys. It was the 
massive financial loss from these deaths that led to the 
research that discovered aflatoxin. 


From the beginning of the twentieth century, sci- 
entists had tentatively linked a number of diseases 
with molds, but had not been able to isolate the com- 
pounds responsible. With the discovery of aflatoxin, 
scientists were able to provide proof of the undesirable 
effects of a mold. 


The ability of particular mold can produce a 
mycotoxin does not mean that the toxin will be pro- 
duced. For example, Aspergillus flavus has been safely 
used for many centuries in China in the production of 
various cheeses and soy sauce. Aspergillus flavus and 
related species are relatively common, and will grow 
on a wide variety of substrates, including various 
foodstuffs and animal feeds. However, the optimum 
conditions for vegetative growth are different from 
those required for the production of aflatoxin. The 
mycotoxin in this species is produced in largest quan- 
tities at high moisture levels and moderate temper- 
atures on certain substrates. For a damaging amount 
of the toxin to accumulate, about ten days at these 
conditions may be required. Aflatoxin can be pro- 
duced by Aspergillus flavus growing on peanuts. 
However, the aflatoxin is not produced when the 
mold grows on cereal grains such as wheat, corn, and 
barley. 


Aflatoxin production is best prevented by using 
appropriate storage techniques. 


Other molds can produce other mycotoxins, 
which can be just as problematical as aflatoxin. The 
term mycotoxin can also include substances responsi- 
ble for the death of bacteria, although these com- 
pounds are normally referred to as antibiotics. 


History of beneficial molds 


Certain types of cheeses are ripened by mold 
fungi. Indeed, the molds responsible for this action 
have taken their names from the cheeses they affect. 
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Camembert is ripened by Penicillium camemberti and 
Roquefort is by Penicillium roquefortii. 


The Penicillium mold has another important use, 
namely the production of antibiotics. Two species 
have been used for the production of penicillin, the 
first antibiotic to be discovered: Penicillium notatum 
and Penicillium chrysogenum. The Penicillium species 
can grow on different substrates, such as plants, cloth, 
leather, paper, wood, tree bark, cork, animal dung, 
carcasses, ink, syrup, seeds, and virtually any other 
item that is organic. 


A unique characteristic of Penicillium species is 
their capacity to survive at low temperatures. The 
growth rate of Penicillium is greatly reduced, but not 
to the extent of its competition, so as the temperature 
rises the Penicillium is able to rapidly grow over new 
areas. However, this period of initial growth can be 
slowed by the presence of other, competing microor- 
ganisms. Most molds will have been killed by the cold, 
but various bacteria may still be present. By releasing a 
chemical into the environment capable of destroying 
these bacteria, the competition is removed and growth 
of the Penicillium can carry on. This bacteria killing 
chemical is what we now recognize as penicillin. The 
anti-bacterial qualities of penicillin were originally 
discovered in 1929 by Sir Alexander Fleming. 


Since Fleming’s pioneering observations, the careful 
selection of the Penicillium cultures has increased the 
yield of antibiotic many hundred fold since the first 
attempts of commercial scale production during the 
1930s. 


Other molds are used in various industrial processes. 
For example, Aspergillus terreus is used to manufacture 
icatonic acid, which is used in plastics production. Other 
molds are used in the production of alcohol. For exam- 
ple, Rhizopus, which can metabolize starch into glucose, 
directly ferments the glucose to give alcohol. Other molds 
are used in the manufacture of cheeses, flavorings and 
chemical additives for foods. 


In times past, the involvement of mold in cheese 
making was more happenstance than by design. Often, 
a cheese was simply left in a place where mold production 
was likely to occur. However, in modern production 
cheeses are inoculated with a pure culture of the mold 
(some past techniques involved adding a previously 
infected bit of cheese). Some of the mold varieties used 
in cheese production are domesticated, and are not found 
in the wild. In cheese production, the cultures are fre- 
quently checked to ensure that no mutants have arisen, 
which could produce unpleasant flavors. 


See also Infection; Poisons and toxins. 
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KEY TERMS 


Mold spores—Packets that contain the genetic 
material necessary for the formation of anew mold. 


Mycotoxin—A poisonous substance produced by a 
fungus. 
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| Mole 


In chemistry, a mole is 6.022137 x 10°? particles, 
usually atoms or molecules. This number, usually short- 
ened to 6.02 x 107°, is known as Avogadro’s number in 
honor of Count Amedeo Avogadro (1776-1856), an 
Italian professor of chemistry and physics at the 
University of Turin who was the first person to distin- 
guish in a useful way between atoms and molecules. 


A standard unit for counting numbers of particles 
is needed in chemistry, because atoms and molecules 
react with one another particle by particle. The 
amount of a chemical reaction—how much of the 
chemicals are used up or produced—is determined by 
the numbers of particles that are reacting. Weighing 
the chemicals would not reveal meaningful informa- 
tion without a way to translate weights into numbers 
of atoms or molecules. 


The mole is the translation factor between weights 
and numbers of particles. One mole of any substance 
weighs a number of grams that is equal to the atomic 
or molecular weight of that substance. Thus, if the 
atomic weights of iron and silver are 55.85 and 107.9, 
respectively, then 1.95 oz (55.85 g) of iron and 3.78 oz 
(107.9 g) of silver each contains 6.02 x 1077 atoms. 
Putting it the other way, a mole of iron (that is, 6.02 x 107° 
atoms of iron) would weigh 1.95 oz (55.85 g), while a 
mole of silver would weigh 3.78 oz (107.9 g). 
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Iron and silver are elements, and are made up of 
atoms. Sodium chloride (table salt) and sucrose (cane 
sugar), on the other hand, are compounds, and are 
made up of molecules. Nevertheless, the mole still 
works: a mole of salt or sugar means 6.02 x 107° 
molecules of them. The molecular weights of salt 
and sugar are 58.45 and 342.3, respectively. Thus, 
2.05 oz (58.45 g) of salt and 11.98 oz (342.3 g) 
of sugar contain the same number of molecules: 
6.02 x 107°. 


Robert L. Wolke 


| Mole-rats 


Mole-rats are small, fossorial rodents, which 
means they spend their entire lives underground in a 
sealed burrow system. Native to Africa, these little 
animals are found from the southernmost tip of the 
continent to about 10 degrees north of the equator. 
Mole-rats make up the family Bathyergidae, which 
includes at least 14 species in five genera (not to be 
confused with an unrelated family Spalacidae, con- 
taining a single genus living in eastern Europe and 
the eastern Mediterranean region). As a group, bath- 
yergid mole-rats have the greatest diversity of both 
body size and social structure of any subterranean 
rodent. The species in three genera (Bathyergus, 
Georychus, and Heliophobius) are completely solitary. 
The species in the other two genera (Cryptomys and 
Heterocephalus) are social. The most social of all is 
also the smallest: weighing in at around 0.8 oz (23 g), 
the naked mole-rat (Heterocephalus glaber). It lives in 
highly cooperative groups, sharing food, living quar- 
ters, and care of the young. At the other end of the 
spectrum is the solitary Cape dune mole-rat, in which 
adult males may weigh up to 63 oz (1.8 kg). 


Physical attributes 


Mole-rats are well-adapted to life underground. 
Their eyes are much reduced, as is the visual center in 
the brain, suggesting that sight does not play much of 
a role in their dark, subterranean environment. In fact, 
it is not clear whether some mole-rat species can per- 
ceive light at all; most keep their eyes closed while 
going about their underground business, opening 
them only when alarmed. Their ears are also tiny, 
but their hearing is acute. Mole-rats communicate 
using a wide array of chirps, trills, and other vocal- 
izations, as well as by drumming with their hind feet 
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Mole-rats 


A mole rat (Cryptomys hottentotus) from southern Africa. 
(Tom McHugh. National Audubon Society Collection/Photo 
Researchers, Inc.) 


on the floor of the burrow. Their senses of smell and 
touch are also well developed, and are used to help 
identify and communicate with one another. 


First-time viewers may find the mole-rat’s 
appearance a bit odd: they have short limbs, a cylin- 
drically shaped body, and very loose skin with 
numerous folds. Long hairs, called vibrissae, stand 
out from the skin of the head and body, providing 
sensory information. The incisor teeth protrude 
prominently from the mouth, and the lips close 
behind the teeth to keep out dust and soil. Some 
mole-rat species actually dig their tunnels using 
their incisor teeth; other species dig using strong 
front legs armed with sturdy claws. Most mole-rats 
have a short tail, but naked mole-rats have a tail up to 
half of their body length, used to help guide the 
animal as it runs backwards along tunnels. Perhaps 
because of their tail, naked mole-rats can navigate as 
quickly and easily in the reverse direction as forward; 
if two animals meet in a tunnel, one of them may back 
up some distance before coming to a place it can turn 
around and face forward again. 


Large, prominent teeth are also important in 
food-gathering, as the primary food source of mole- 
rats is underground roots, tubers, and corms, which 
can be quite tough. Mole-rats occasionally eat above- 
ground shoots that are pulled underground from 
below; the animals almost never venture into the 
open air above. Tunnels used for food-collecting are 
dug up to the level where food is found; the main 
burrow system may lie several feet deeper in the 
ground. Collected food items are stored in a special 
food chamber, located off the main burrow. 
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Living environment 


In addition to a food chamber, the burrow system 
also features chambers used for nesting and as a com- 
munal toilet. In addition, mole-rats dig deep, blind- 
ended tunnels they may use to escape enemies or to 
cool themselves; these tunnels may also function as 
drains in the event of flooding. Normally, the burrow 
system is not open to the surface, but is tightly sealed 
to provide protection against weather, extremes of 
temperature, and predators. Openings are necessary 
during tunnel excavation, in which a digging mole-rat 
loosens the soil with teeth or forelegs, pushes it 
beneath its body, and kicks it behind. When enough 
soil has accumulated in this way, the mole-rat backs 
up in the tunnel, pushing the soil behind it; the soil is 
directed out a side tunnel to the surface, where it is 
kicked out. With some species, the soil becomes com- 
pacted in being pushed on its way out, and may be seen 
emerging from the ground in a compacted core, like 
toothpaste being squeezed from the tube. With the 
naked mole-rat, the dry soil is vigorously ejected in a 
fine spray, creating the characteristic soil “volcanoes” 
that erupt at the excavation hole. An open hole, how- 
ever, 1s an invitation to predators. Mole snakes have 
been observed to enter these excavation tunnels, and 
larger predators (herons, storks, skunks and weasels, 
for instance) may wait by a fresh opening for the 
digger to return with its next load of soil. 


Social life 


Little is known about courtship and mating in 
these animals, or about how new burrow systems 
become established. Individuals of solitary species will 
defend a territory, fighting viciously with any others it 
may encounter (perhaps under a rich food patch). 
Male-female pairs will tolerate each other in the same 
burrow for a day or so to accomplish mating, but they 
soon separate. The solitary female cares for the young 
until weaning, at about eight weeks; after this, antago- 
nism and aggression build and the young disperse. 


Biologists are especially interested in the highly 
social naked mole-rat, because it is one of the rare 
mammals that exhibits eusociality. Eusocial animals, 
such as many bees and wasps, live in colonies where 
only one or a very few individuals produce all the 
offspring, and the rest serve as sterile helpers; thus, 
we observe a division of labor. In naked mole-rats, one 
large female, known as the queen, is the only female to 
undergo reproductive cycling (i.e., to have an active 
estrus cycle) and produce offspring. In addition, a 
colony generally contains only 1-3 breeding males; 
reproduction in all other individuals is effectively 
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suppressed, apparently by means of aggressive behav- 
ior and olfactory cues from the breeding adults, who 
appear to carefully sniff and monitor the physiological 
condition of the others. Non-reproductive adults carry 
out the tasks of tunnel digging and maintenance, for- 
aging for and storing food, and caring for the young, 
which of course are not their own. If the queen should 
die, violent fights may erupt as potential successors try 
to assert themselves over their competitors. Ferocious 
defensive behavior has also been observed when the 
burrow systems of two separate colonies become 
linked by a common opening; mole-rats will fight to 
the death in defense of their home burrow. 


Eusociality presents a problem to evolutionary 
theorists, which was recognized by Charles Darwin. 
How could an animal evolve by means of natural 
selection (in which organisms with particular traits 
survive and reproduce better than their competitors), 
if they forsake their own reproduction and devote 
themselves to helping others reproduce? How can a 
trait spread, if its bearer fails to produce offspring? 
Darwin’s answer was that if an individual contributes 
enough to the reproduction of closely related individ- 
uals who carry but do not necessarily express the trait, 
it can spread by natural selection. This is known as 
inclusive fitness. This explanation appears to work for 
naked mole-rats, in which the non-reproductive work- 
ers help the related queen produce offspring, who go 
on to recreate the same social structure at home or in 
another burrow. Evidently, this system suits them 
well; perhaps this kind of social group can collect 
more food than a single animal foraging alone. 
Perhaps the danger of traveling above ground means 
staying at home is more desirable than emigrating; 
suppressed reproduction may be necessary to keep 
colony numbers down and avoid starvation. It may 
be that their highly social population structure has 
enabled naked mole-rats to inhabit the hot, arid 
regions in Africa, where the solitary species are not 
found. 
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fl Molecular biology 


Molecular biology is an_ interdisciplinary 
approach to understanding biological functions and 
regulation at the level of molecules such as nucleic 
acids, proteins, and carbohydrates. Following the 
rapid advances in biological science brought about 
by the development and advancement of the Watson- 
Crick model of DNA (deoxyribonucleic acid) during 
the 1950s and 1960s, molecular biologists studied gene 
structure and function in increasing detail. In addition 
to advances in understanding genetic machinery and 
its regulation, molecular biologists continue to make 
fundamental and powerful discoveries regarding the 
structure and function of cells and of the mechanisms of 
genetic transmission. The continued study of these 
processes by molecular biologists and the advancement 
of molecular biological techniques requires integration 
of knowledge derived from physics, microbiology, 
mathematics, genetics, biochemistry, cell biology and 
other scientific fields. 


Molecular biology also involves organic chemis- 
try, physics, and biophysical chemistry as it deals with 
the physicochemical structure of macromolecules 
(nucleic acids, proteins, lipids, and carbohydrates) 
and their interactions. Genetic materials including 
DNA in most of the living forms or RNA (ribonucleic 
acid) in all plant viruses and in some animal viruses 
remain the subjects of intense study. 


The complete set of genes containing the genetic 
instructions for making an organism is called its 
genome. It contains the master blueprint for all cellu- 
lar structures and activities for the lifetime of the cell 
or organism. The human genome consists of tightly 
coiled threads of deoxyribonucleic acid (DNA) and 
associated protein molecules organized into structures 


2813 


ASojO1g AejNIajow 


Molecular biology 


called chromosomes. In humans, as in other higher 
organisms, a DNA molecule consists of two strands 
that wrap around each other to resemble a twisted 
ladder whose sides, made of sugar and phosphate 
molecules are connected by rungs of nitrogen-contain- 
ing chemicals called bases (nitrogenous bases). Each 
strand is a linear arrangement of repeating similar 
units called nucleotides, which are each composed of 
one sugar, one phosphate, and a nitrogenous base. 
Four different bases are present in DNA adenine 
(A), thymine (T), cytosine (C), and guanine (G). The 
particular order of the bases arranged along the sugar- 
phosphate backbone is called the DNA sequence; the 
sequence specifies the exact genetic instructions 
required to create a particular organism with its own 
unique traits. 


Each time a cell divides into two daughter cells, its 
full genome is duplicated; for humans and other com- 
plex organisms, this duplication occurs in the nucleus. 
During cell division the DNA molecule unwinds and 
the weak bonds between the base pairs break, allowing 
the strands to separate. Each strand directs the syn- 
thesis of a complementary new strand, with free 
nucleotides matching up with their complementary 
bases on each of the separated strands. Nucleotides 
match up according to strict base-pairing rules. 
Adenine will pair only with thymine (an A-T pair) 
and cytosine with guanine (a C-G pair). Each daughter 
cell receives one old and one new DNA strand. The 
cell’s adherence to these base-pairing rules ensures 
that the new strand is an exact copy of the old one. 
This minimizes the incidence of errors (mutations) 
that may greatly affect the resulting organism or its 
offspring. 

Each DNA molecule contains many genes, the 
basic physical and functional units of heredity. A gene 
is a specific sequence of nucleotide bases, whose 
sequences carry the information required for con- 
structing proteins, which provide the structural com- 
ponents of cells and as well as enzymes for essential 
biochemical reactions. 


The chromosomes of prokaryotic microorgan- 
isms differ from eukaryotic microorganisms, in terms 
of shape and organization of genes. Prokaryotic genes 
are more closely packed and are usually is arranged 
along one circular chromosome. 


The central dogma of molecular biology states 
that DNA is copied to make mRNA (messenger 
RNA), and mRNA is used as the template to make 
proteins. Formation of RNA is called transcription 
and formation of protein is called translation. 
Transcription and translation processes are regulated 
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at various stages and the regulation steps are unique to 
prokaryotes and eukaryotes. DNA regulation deter- 
mines what type and amount of mRNA should be 
transcribed, and this subsequently determines the 
type and amount of protein. This process is the funda- 
mental control mechanism for growth and develop- 
ment (morphogenesis). 


All living organisms are composed largely of pro- 
teins, the end product of genes. Proteins are large, 
complex molecules made up of long chains of subunits 
called amino acids. The protein-coding instructions 
from the genes are transmitted indirectly through mes- 
senger ribonucleic acid (mRNA), a transient interme- 
diary molecule similar to a single strand of DNA. For 
the information within a gene to be expressed, a com- 
plementary RNA strand is produced (a process called 
transcription) from the DNA template. In eukaryotes, 
messenger RNA (mRNA) moves from the nucleus to 
the cellular cytoplasm, but in both eukaryotes and 
prokaryotes mRNA serves as the template for protein 
synthesis. 


Twenty different kinds of amino acids are usually 
found in proteins. Within the gene, sequences of three 
DNA bases serve as the template for the construction 
of mRNA with sequence complimentary codons that 
serve as the language to direct the cell’s protein- 
synthesizing machinery. Cordons specify the insertion 
of specific amino acids during the synthesis of protein. 
For example, the base sequence ATG codes for the 
amino acid methionine. Because more than one codon 
sequence can specify the same amino acid, the genetic 
code is termed a degenerate code (i.e., there is not a 
unique codon sequence for every amino acid). 


Areas of intense study by molecular biology 
include the processes of DNA replication, repair, and 
mutation (alterations in base sequence of DNA). 
Other areas of study include the identification of 
agents that cause mutations (e.g., ultra-violet rays, 
chemicals) and the mechanisms of rearrangement 
and exchange of genetic materials (e.g. the function 
and control of small segments of DNA such as plas- 
mids, transposable elements, insertion sequences, and 
transposons to obtain recombinant DNA). 


Recombinant DNA technologies and genetic 
engineering are an increasingly important part of 
molecular biology. Advances in biotechnology and 
molecular medicine also carry profound clinical and 
social significance. Advances in molecular biology 
have led to significant discoveries concerning the 
mechanisms of the embryonic development, disease, 
immunologic response, and evolution. 
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fl Molecular formula 


The molecular formula specifies the actual num- 
ber of atoms of each element in a molecule. It is a 
shortened (abbreviated) way of describing molecules 
and compounds. Special notations are used to indicate 
what elements make up molecules and compounds, 
and what atoms make up elements. All chemists are 
well versed in understanding molecular formulas in 
order to perform their jobs. The symbols for the ele- 
ments are found in the periodic table, which was 
developed around 1870 by Russian chemist Dmitri 
Mendeleev (1834-1907). 


The conventional form for writing a molecular 
formula is to write the symbol for each element fol- 
lowed by a subscript indicating the actual number of 
those atoms present in a molecule. When only one 
atom of an element is present, the subscript is omitted. 
For example, the molecular formula for water, HO, 
specifies that there are two hydrogen atoms and one 
oxygen atom present in each molecule of water. 


It is important to remember that the molecular 
formula—in contrast to the simpler empirical formula 
that specifies only the relative number of atoms or 
moles present in a compound—identifies the actual 
number of atoms present in a molecule. 


For example, the molecular formula for glucose 
(a sugar important in many biological reactions), 
C6H20¢ specifies that in each molecule of glucose 
there are 6 carbon atoms, 12 hydrogen atoms, and 6 
oxygen atoms. In contrast, the empirical formula for 
glucose, CHO, specifies only that there are two 
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hydrogen atoms for every carbon atom and one oxy- 
gen atom for every carbon atom in one molecule of 
glucose. If dealing with moles of glucose, the empirical 
formula for glucose, CH20, specifies only that there 
are two moles of hydrogen atoms for every mole of 
carbon atoms and one mole of oxygen atoms for every 
mole of carbon atoms in a mole of glucose. 


More information is required to construct a 
molecular formula than is required to obtain the 
empirical formula of a substance. The empirical for- 
mula can be obtained from the elemental analysis of a 
substance. To obtain the molecular formula, the total 
molecular mass must be determined experimentally. 
The molecular formula is then determined from both 
the empirical formula and the molecular mass of a 
substance. 


The molecular formula of a compound is always 
an integer multiple (e.g., 1, 2, 3,...) of the empirical 
formula. If the empirical formula of a compound is 
known, the molecular formula can be determined by 
the experimental determination of the molecular 
weight of the compound. 


There are two steps to determining the molecular 
formula once the molecular weight of a compound has 
been determined experimentally. 


The first step is to divide the experimentally deter- 
mined molecular weight of the compound by the 
molecular weight of the empirical formula in order to 
determine the integer multiple that represents the 
number of empirical formula units in the molecular 
formula. In the second step, the molecular formula is 
obtained by multiplying the subscripts of the empirical 
formula by the integral multiple of empirical formula 
units. 


For example, there are many carbohydrates or 
saccharides that have the empirical formula CH,O. 
They also have a molecular formula, which is an inte- 
ger multiple of CH,O. As a group be generally 
described by the formula (CHO), where 7 is an inte- 
ger representing the number of empirical formula 
units in the molecular formula of the carbohydrate. 


The molecular weight of a carbohydrate (simple 
sugars), for example, with an empirical formula of 
CH;0 is experimentally determined by combustion 
analysis to be 180 g/mole. An integer multiple of six 
(6) is obtained by dividing the experimentally deter- 
mined molecular weight of 180 g/mole by 30g/mole 
(the theoretical weight of the empirical formula unit). 
This means that there are 6 empirical formula units in 
the molecular formula. When the subscripts of the 
empirical formula are then multiplied by the integer 
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multiple of six (6) the result yields a molecular formula 
of glucose (CgH120¢). 


In converse, a molecular formula may be reduci- 
ble to a simple or empirical formula if all its subscripts 
are divisible by a common denominator. For example, 
nicotine has a molecular formula of Cjp)H,4N> that 
can be divided to obtain the empirical formula of 
5sHJN. 


Some experimental methods can be used to deter- 
mine the molecular formula (i.e., the actual number of 
atoms that exist in a molecule). X-ray determination 
can, for example, allow the actual determination of the 
positions of atoms in some solids and, thus, allow 
direct evidence of the molecular formula. 


There are compounds that have the same molec- 
ular and empirical formula. For example, methane has 
both an empirical formula and a molecular formula of 
CH4. The simplest whole number ratio of hydrogen 
atoms to carbon atoms is four hydrogen atoms to 
every carbon atom. Because CH, is also the molecular 
formula this specifies that in a molecule of methane, 
four hydrogen atoms are bonded to a single carbon 
atom. 


The empirical formula for water, H,O, is also the 
correct molecular formula for water. The molecular 
formula for water specifies that two hydrogen atoms 
are bound to a single oxygen atom. 


Compounds may also share an empirical formula 
but dramatically differ in their molecular formulae. 
For example, acetylene and benzene both have an 
empirical formula of CH. Acetylene has a molecular 
formula of C,H» while benzene, has a molecular for- 
mula of CeHe. 


Some materials do not actually exist as isolated 
molecules so it is technically impossible to give a 
molecular formula for such substances. For example, 
table salt (NaCl) does not exist as a molecular sub- 
stance but rather as an ionic bonded crystal lattice. 
Regardless, the terms molecular mass and molecular 
formula are often casually (but now incorrectly) 
applied to these ionic substances. The reason for this 
confusion in terminology is that the term molecule 
originally was defined to be any aggregate of atoms 
bonded (by either ionic or covalent bonds) together in 
close enough order to be considered as a discrete phys- 
ical structure. In this regard, a molecule was consid- 
ered to be a unit of—or the smallest particle of—a 
compound that retained the chemical properties of 
the substance. 


Ionic compounds, however, are composed of ions, 
not covalently bonded atoms. For ionic compounds 


2816 


formula mass should be used instead of molecular 
mass and empirical formula, simplest formula or for- 
mula unit should be used instead molecular formula. 


Substances can be molecular (linked together by 
covalent bonds) or ionic (associated by ionic electrical 
attraction). Molecular substances are described by 
their molecular formula (e.g., H1O or CH. Ionic sub- 
stances are described by the formula unit (e.g., NaCl 
or MgF;). When dealing with ionic compounds, the 
smallest whole-number subscripts are always used. 


The molecular formula does not provide informa- 
tion on which atoms are arranged in a molecule. The 
structural formula is needed to determine the actual 
arrangement of the atoms in a molecule. Methyl alco- 
hol, for example, consists of a carbon atom that has 
three hydrogen atoms and one oxygen atom bonded to 
it. The oxygen atom is, in turn, bonded to a fourth 
hydrogen atom. The molecular formula is CH4O does 
not convey this specificity of arrangement as does the 
structural formula, CH3OH. 


Like the molecular formula, the structural for- 
mula of a substance gives the exact number of atoms 
of each element per molecule. In addition, however the 
structural formula depicts how the atoms are bonded 
to each other. As a result, the structural formula is 
essential for the determination of molecular shape and 
the properties associated with particular molecular 
geometric arrangements. 


Just as there are substances with the same empiri- 
cal formula that differ in their molecular formula, 
there are substances that have the same empirical 
and molecular formula. The only way to differentiate 
these substances is by determining the structural for- 
mula for each substance. For example, Cis dibromoe- 
thene and Trans dibromoethene have the same 
empirical formula (CHBr) and the same molecular 
formula (C,H»Brz) and must be distinguished by a 
unique structural formula. 


See also Atomic number; Atomic theory; Chemical 
bond; Chemical evolution; Chemical reactions; Equation, 
chemical; Molecular geometry. 
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l Molecular geometry 


The arrangement of atoms within a molecule 
determines not only the shape of the molecule, but 
also many of its physical properties. In many cases, 
dealing with molecules of biological significance, the 
spatial arrangement of atoms determines whether or 
not the molecule—or the compound containing the 
molecule—is biologically active (e.g., whether a drug 
containing a particular molecule will be effective). 


Predictable rules 


For more than one century, scientists have 
intensely studied the geometry of compounds. Swiss 
chemist Alfred Werner (1866-1919) won the Nobel 
Prize in 1913 for his pioneering work predicting the 
shapes of molecules. Since those early studies, scien- 
tists have developed rules and guidelines based upon 
physical laws that predict molecular shapes. 


The rules and principles of molecular geometry 
accurately predict the shapes of simple molecules 
such as methane (CHy4), water (H20), and ammonia 
(NH3). As molecules become increasingly complex, 
however, it becomes very difficult, but not impossible, 
to predict and describe complex geometric arrange- 
ments of atoms. The number of bonds between 
atoms, the types of bonds, and the presence of lone 
electron pairs on the central atom in the molecule 
critically influence the arrangement of atoms in a mol- 
ecule. In addition, use of valance shell electron pair 
repulsion theory (VSEPR) allows chemists to predict 
the shape of a molecule. 


VSEPR theory and bond angles 


In accord with VSEPR theory, molecules are 
arranged so as to minimize repulsion between electrons. 
Because they are all negatively charged, electrons repel 
one another. Because of this electrical repulsion, the 
atoms of a covalently bonded molecule assume a 
shape around the central atom that maximizes the dis- 
tance between the outermost or valence electrons. This 
means that repulsion between electrons in a molecule is 
at a minimum when the angles between the bonds 
(bond angles) allow for the greatest separation of the 
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valence electrons. Bond angles are calculated using the 
central atom as the vertex of the bond angle. 


In attempting to predict molecular shapes, it is 
often useful to consider the oversimplified view of 
molecules with independent electron orbitals (e.g., s 
and p orbitals). In the case of methane (CHy), the 
greatest distance in space that can separate the four 
carbon-hydrogen bonds around the central carbon 
atom occurs when the bonds are pointed at the corners 
of a tetrahedron. When the bonds are pointed toward 
the corners of a tetrahedron the bond angles are 109.5° 
and the molecule is said to be a tetrahedral molecule. 


If three atoms are bonded to a central atom and all 
of the bonds lie in the same plane, then the three bond 
angles must be 120° apart. Such a planar molecule is 
termed a trigonal planar molecule. 


If only two atoms are bonded together, as is the 
case with molecular oxygen (O;), the resulting bond 
angles must be 180° and the molecule is described as a 
linear molecule. 


Bonds and electron pairs 


Identifying types of bonds and lone pairs of elec- 
trons is also critical in accurately predicting the shape 
of a molecule. Electron pairs assume the position of 
bonds about a central atom and, because of their 
charge density, can actually take up more space than 
the electrons in a covalent bond. The molecular shape 
of ammonia (NHs3) provides an example of the influ- 
ence of electron pairs. In each molecule there are three 
hydrogen atoms bonded to the central nitrogen atom. 
In addition, the central nitrogen atom also carries a 
lone electron pair. As with the case of methane, these 
four sets of electron pairs (three pairs participating in 
covalent nitrogen-hydrogen bonds and the one lone 
pair on the nitrogen atom) experience minimum elec- 
trical repulsion when arranged so that their bond 
angles approximately point toward at the four corners 
of a tetrahedron. The lone electron pair, however, has a 
higher charge density (charge per unit of space) and 
therefore exerts a greater electrical repulsion. The net 
effect of this increased repulsion by the lone pair means 
that, in the presence of a lone pair of electrons, the 
other bonds are forced to crowd together a bit to make 
additional space available to the lone electron pair. As 
a result, in ammonia the bond angles between the 
central nitrogen atom and the three hydrogen atoms 
are about 107° and the molecule becomes a pyramidal 
molecule (1.e., the bonds between the central nitrogen 
and the three surrounding hydrogen atoms are pointed 
at the corners of the base of a triangular pyramid). It is 
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Molecular Geometry 


@o—___-® 
Ho 

Hydrogen (g) 

Linear 

Bond Angle = 180° 


nH, 1 cH, 4 
Ammonia Methane 
Pyramidal Tetrahedron 
Bond Angles = 107° 


Bond Angles = 109.5" 


BrF, 

Boron Triflouride 
Trigonal Planar 
Bond Angles = 120° 


H»0 

Water 

Bent 

Bond Angles = 105° 


CO denotes unshared electron pair 


An understanding of molecular geometry can be key in determining chemical reactivity or in determining the functional 
relationships of biological molecules. Basic molcular forms are shown above. Identifying the presence of unshared pairs of 
electrons—and the space-occupying, bond-bending stronger “concentration” of negative electrical charge associated with 
those unshared pairs—is key to predicting the overall molecular structure. For example, water is a bent molecule because the 
oxygen atom has two unshared pairs of valence elections. The bent shape is important in determining the bonding relationships 
between water molecues that are critical in determing the physical characteristics (e.g., melting point, boiling point, surface 
tensions) that make water the universal solvent and make life on Earth possible. (K. Lee Lerner and Argosy. The Gale Group.) 


sometimes useful to envision the lone electron as point- 
ing toward the apex of the pyramid. 


Water (H2O) has two oxygen-hydrogen covalent 
bonds. In addition, there are two electron pairs on the 
central oxygen molecule. In the same way that the lone 
electron pair on nitrogen distorts the bond angles in 
ammonia, the lone electron pairs on the oxygen atom 
in a water molecule force the two covalent bonds 
between oxygen and hydrogen to assume a bond 
angle of approximately 105° to form what is termed 
a bent molecule. Bent molecules such as water produce 
polar molecules if, as in the case of water, the bonded 
atoms have different electronegativity values. 


Limitations of rules and exceptions 


This simplified view of molecular geometry has 
limitations. Whenever there is more than one electron 
in an atom (i.e., all atoms heavier than hydrogen), the 
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electron orbitals interact or hybridize. For example, 
the presence of a s orbital electron makes a p orbital 
electron somewhat s -like in shape (electron cloud 
density) and, in turn, presence of the p orbital electron 
makes an s orbital electron more p -like. Hybrid orbi- 
tals are named by combining the names of the partic- 
ipating orbitals. An s orbital and three p orbitals will 
hybridize to form an sp’ orbital that has the character- 
istics of both s and p orbitals. 


The carbon atom at the center of a methane (CH4) 
molecule spreads out its four valence electrons into 
four sp° orbitals pointed at the corners of a tetrahe- 
dron with bond angles of 109.5°. 


In the case of ammonia, the five valence electrons 
surrounding nitrogen—two electrons occupying the 
outermost 2s orbital and three electrons in three 2p 
orbitals—hybridize to form four sp” orbitals that, if 
equal, would separate themselves in three dimensional 
space by pointing at the corners of a tetrahedron. One 
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KEY TERMS 


Bond angles—The angles between chemical bonds 
as measured from a central atom (the angle vertex). 


Molecular geometry—The three dimensional 
arrangement of atoms within a molecule. 


VSEPR therory—tThe valance shell electron pair 
repulsion theory (VSEPR) is a theory of electron 
spacing and distribution used to predict bond 
angles in a molecule. 


of these orbitals, however, contains the lone electron 
pair, and the three remaining sp’ orbitals make addi- 
tional space available by pointing at the corners of a 
pyramid with a triangular base. 


See also Biochemistry; Biophysics; Chemical bond; 
Chemistry. 
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I Molecular weight 


Molecular weight (MW) is the sum of the atomic 
weights of the atoms in a molecule. (Although molec- 
ular weight is often used, the more accurate terminol- 
ogy is molecular mass.) A molecule can be viewed as 
an entity of one or more different atoms bound 
together by some kinds of mutual interactions. As an 
example, the molecular weight of water, H5O, is calcu- 
lated as (2 x 1.00797) + (1 x 15.9994) = 18.0153, 
where 1.00797 and 15.9994 are the atomic weights of 
hydrogen (H) and oxygen (O) atoms, respectively. In 
general, molecular weight can be determined by either 
chemical methods or mass spectrometry. 
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The first direct approach to determining molecu- 
lar weight was proposed by two French scientists in 
1819, Pierre Louis Dulong (1785-1838) and Alexis- 
Thérése Petit (1791-1820). They suggested that the 
amount of heat required to raise the temperature of 
an atom of a solid material by a given amount should 
be independent of the type of atom, with the result that 
the gram atomic weight should be inversely propor- 
tional to the material’s specific heat. Although the law 
of Dulong and Petit proved a fair approximation for 
many elements, it was far from exact for many others, 
and it was not at all helpful in determining the atomic 
weights of gaseous elements. 


In 1811, the Italian physicist Lorenzo Romano 
Amadeo Carlo Avogadro di Quaregua e di Cerreto 
(1776-1856), known to posterity as Avogadro, con- 
cluded that equal volumes of all gases at the same 
temperature and pressure contain the same number 
of molecules. Unfortunately, Avogadro’s ideas had 
little influence on the work of his contemporaries, 
and it was not until 1860 that another Italian scientist, 
Stanislao Cannizzaro (1826-1910), pointed out that 
Avogadro’s hypothesis could be used as a basis for 
determining atomic and molecular weights. 


The classical method of determining the molecu- 
lar weight of a gas is to use density data. Experimen- 
tally, a few milliliters of a volatile liquid are placed in a 
stoppered flask containing a small orifice. The flask is 
then heated to a temperature above the boiling point 
of the liquid. As the liquid evaporates, its vapor repla- 
ces the air in the flask. The flask is then allowed to 
cool, and the vapor condenses as air re-enters the 
flask. The mass of the vapor is then calculated, and 
used in conjunction with the ideal gas law to determine 
the molecular weight of the liquid. This method works 
quite well for many gases and volatile liquids, but it 
cannot be used for substances that decompose on 
heating, such as urea. 


To know more about molecular weights, one must 
first become familiar with the concept of atomic 
weights. Because an element (e.g., carbon, oxygen, 
sulfur, etc.) often exists as a mixture of two or more 
(stable and unstable forms) natural isotopes that have 
the same number of protons but differ in the number 
of neutrons, atomic masses of these isotopes are 
slightly different from each other. In this case, atomic 
masses are averaged and the ratio of the resultant 
value to some standard is defined as the atomic weight 
of the element. 


In 1961, the '*C isotope of carbon was adopted as 
the atomic weight standard with a value of 12.00000 d, 
where d is dalton, the unit of mass for nuclides, named 


2819 


}Y4SIaM JeINDIj|OW 


Molecule 


after English chemist and physicist John Dalton 
(1766-1844). The dalton is, therefore, defined as 
exactly one-twelfth (1/12th) of the mass of the neutral 
carbon (C) atom. According to this, the atomic weight 
of oxygen is 15.9994 + 0.0001, and + 0.0001 is due to 
natural variations in the isotopic composition of the 
oxygen element. For an oxygen molecule, O2, the 
molecular weight is then given by 2 x 15.9994 = 
31.9988, or 32 for all practical purposes. Strictly 
speaking, molecular weights are dimensionless, but in 
many cases, people do not distinguish them from 
molecular masses and use gram/mole as the unit. 


Because molecules range in size from monatomic, 
diatomic, triatomic, to polyatomic, molecular weights 
can be as small as 4.0026 for gaseous helium (He), 
2.0159 for hydrogen (H2), and 44.01 for carbon diox- 
ide (CO3), or as large as several hundred thousand in 
proteins. For many macromolecules formed by poly- 
reactions, for instance, a solution of polystyrene in 
benzene, the masses of the individual polymer mole- 
cules are distributed over a range of values. Thus, 
scientists have to use an average value to describe 
their molecular weight. The easiest way to do that is 
simply to take the number average, i.e., Waverage = N 
(n; + w;/n;), where one add the products of each 
molecular weight (w;) and the number of molecules 
(n;) having that wi, divide it by the total number of 
molecules in the solution and finally multiply it by the 
Avogadro number N. 


Depression of the melting point of a pure substance 
by adding a second compound and elevation of the 
boiling point of a liquid due to dissolving nonvolatile 
substances can be used to determine the molecular 
weight of the added compound or the dissolved sub- 
stances. In the latter case, for instance, one has the 
temperature elevation AT = bm, where m is the total 
molality (e.g., moles of solute per 1,000-gram solvent) 
of solutes and b is a constant characteristic of the 
solvent (e.g., 0.51 for H2O and 2.6 for CsHg). As long 
as the weight ratio of solute to solvent is known, scien- 
tists can determine the molecular weight of the solute. 


If scientists would like to obtain molecular 
weights directly and accurately, mass spectrometry is 
a good approach. Its principle can be explained in the 
following way: molecules of interest are bombarded by 
energetic electrons, ionized, and broken up into many 
fragments of particular values of the charge-to-mass 
ratio, q/m. By applying an electrical potential and/or a 
magnetic field, ions are deflected according to their 
individual m/q values and either displayed on a photo- 
graphic plate at different positions (an old method, 
also known as mass spectrograph) or detected 
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KEY TERMS 


Avogadro’s number N—The number of molecules 
present in one mole of whatever the compound is 
always equal to 6.0221415 x 107%. It was named 
for the Italian physicist Amedeo Avogadro. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Mass number A—It is equal to the sum of the num- 
ber of protons (i.e., the atomic number, given the 
symbol Z) and the number of neutrons in atoms. 


Nuclides—lt is used to describe the kind of matter 
involving nuclei with given values of mass number 
A and atomic number Z. 


electronically. In other words, ions are differentiated 
because of the difference in their individual energy and 
angular spread as they travel. Of two ions, either with 
the same charge or with the same mass, the lighter one 
or the one with greater charge will be deflected by the 
larger amount. By analyzing recorded mass spectra, 
information on the exact molecular weight and the 
structural units of the investigated molecules can be 
further derived. 
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| Molecule 


It was not until knowledge about atoms and ele- 
ments was gained that the make-up of the millions of 
different substances around scientists was understood. 
All the scientific knowledge known today indicates 
that these different substances are made from only 92 
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Figure 1. Various ways of depicting molecules. (Argosy. The Gale Group.) 


different kinds of atoms that make up the naturally 
occurring elements. 


These atoms are able to join together in millions of 
different combinations and arrangements to form all 
the substances in the universe. A molecule is formed 
when two or more of the same or different kinds of 
atoms join together. The newly formed substance is 
called a compound. Although the identity of the ele- 
ments stays the same because the number of protons is 
the same, the physical and chemical properties of the 
compound are different from the properties of the 
elements from which they formed because the arrange- 
ment of the outermost electrons is different. 


History 
For centuries chemists and physicists believed that 


it was possible to transmute one element, such as lead, 
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into another, such as gold. When the corpuscular 
theory of matter was developed and accepted (which 
could explain but not predict chemical changes in 
terms of transmutations), this belief was strengthened. 
By the middle of the eighteenth century, however, 
virtually all chemists and physicists believed that 
transmutations of matter into other kinds of matter 
were not possible. But lack of knowledge about the 
elements, the basic building blocks of all matter, hin- 
dered any real understanding of the nature of matter 
and the formation of new substances. 


During the period between 1789 and 1803, French 
chemist Antoine-Laurent Lavoisier (1743-1794) 
defined the elements as substances that could not be 
separated by fire or some other chemical means and 
British chemist John Dalton (1766-1844) defined 
atoms as small, indestructible and invisible particles. 
These ideas cleared the way for understanding the 
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Ethyl alcohol 
CzHgO 


Methyl ether 
CzH,gO 


Figure 2. Models of various elements. (Hans & Cassidy. 
Courtesy of Gale Group.) 
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Figure 3. Structural formulas help differentiate between 
substances that share identical molecular formulas, such as 
ethyl alcohol and methyl ether. (Hans & Cassidy. Courtesy of 
Gale Group.) 


makeup of all the substances in the universe. Dalton 
assumed that each kind of element had its own kind of 
atom, which was different from the atoms of all other 
elements. He also assumed that chemical elements 
kept their identity during all chemical reactions. 


During the early nineteenth century, chemical 
experiments centered mainly around taking measure- 
ments of substances involved in chemical reactions 
both before and after the reaction. It was found that 
elements always reacted to form a new substance in the 
same ratio. If different ratios of the reacting substan- 
ces were used, different substances were produced. 
Dalton’s atomic theory went on to say that chemical 
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compounds are the new substances that form when 
atoms combine with each other; that a specific com- 
pound always has the same kinds of atoms in the same 
ratio; and that chemical reactions do not involve a 
change in the atoms themselves but in the way they 
are arranged. 


In 1809, French chemist Joseph-Louis Gay-Lussac 
(1778-1850) and others began doing numerous experi- 
ments with gases by measuring the amounts of the gases 
that actually reacted. They found that two volumes of 
hydrogen reacted with one volume of oxygen to form 
two volumes of water. They also found that one volume 
of hydrogen gas reacted with one volume of chlorine 
gas to form two volumes of hydrogen chloride gas. 
In 1811, Italian physicist and chemist Amedeo 
Avogadro (1776-1856) hypothesized that equal vol- 
umes of different gases, when at the same temperature 
and pressure, contained the same number of particles. 
These experimental results and theories eventually led 
to the determination of the number of atoms in the 
substances. The name molecule was later assigned to 
particles made up of more than one atom, which may be 
of the same or different atoms. 


Formation 


Of all the naturally occurring substances around 
us every day, there are only 92 that cannot be chemi- 
cally changed to simpler substances. Two or three of 
these substances are so rare in nature that their natural 
occurrence is questionable. There are also 19 other 
known substances (and several others at various stages 
of discovery and confirmation) that are artificially 
made in sophisticated instruments like cyclotrons. 
Together, these 111 pure substances are called ele- 
ments. The atoms of the 92 naturally occurring ele- 
ments are the building blocks for all of the substances 
in the universe. 


When atoms join together in various combina- 
tions of kind and number, they form molecules. 
When molecules are made from two or more different 
kinds of atoms, the substances are called compounds. 
If molecules are made from only one kind of atom, the 
substances are elements. New combinations of the 
atoms produce new molecules and therefore different 
substances. 


Special kinds of chemical formulas, called molec- 
ular formulas, are used to represent the kinds of atoms 
and the number of each kind of atom in a molecule. 
The simplest molecules are composed of just two 
atoms (usually a single atom is not referred to as a 
molecule), which may be the same or different. Oxygen 
gas (O2), hydrogen gas (H;), and nitrogen gas (N2), are 
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Figure 4. The electron sea model, (a) represents an alkali 
metal with one valence electron and (b) represents an alkaline 
earth metal with two valence electrons. (Hans & Cassidy. 
Courtesy of Gale Group.) 


made up of molecules composed of just two atoms of 
oxygen, hydrogen, or nitrogen respectively. Since 
these substances are composed of only one kind of 
atom, they are elements. Carbon monoxide (CO) is a 
gas with molecules composed of one atom of carbon 
and one atom of oxygen and carbon dioxide (CO,) is a 
gas with molecules composed of one atom of carbon 
and two atoms of oxygen. Water molecules (HO) are 
composed of one atom of oxygen and two atoms of 
hydrogen. These substances are compounds because 
the molecules that make it up have two kinds of atoms. 
Many molecules, especially those in living things such 
as sugar, fat, or protein molecules and molecules of 
deoxyribonucleic acid (DNA) or ribonucleic acid 
(RNA), are much larger and more complex. 


It is possible for all the different substances in the 
universe to be produced from only 92 naturally occur- 
ring elements because there are endless ways to com- 
bine these 92 kinds of atoms, which are the building 
blocks for all molecules. The 26 letters of the alphabet 
can be compared to the 92 different kinds of atoms. 
Different words can be formed in many different ways: 
by using different letters, such as dog and dig and 
dodge and dug and dugout; or by using the same 
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letters with different arrangements, such as dog and 
God and good; or mate and tame and meat, or met 
and meet and teem. Because of all these possibilities, 
the 26 letters of the alphabet form all the millions of 
words of the English language. Similarly, new sub- 
stances form when different kinds or different num- 
bers of atoms join, or when the same kinds of atoms 
join in different arrangements. And, just like the letters 
of the alphabet, the 92 naturally occurring elements 
form all the millions of different substances in the 
entire universe including all the various metals, plas- 
tics, materials for building, fabrics, all parts of all 
living things, etc. It is the kind, number, and arrange- 
ment of atoms within the molecule that determines 
what the substance is. 


Characteristics 


All molecules have a definite mass and size that 
are dependent on the atoms from which the molecule is 
made. The mass is equal to the sum of the masses of all 
the individual atoms in the molecular structure. The 
size is not only dependent on the atomic components 
of the molecule, but also on the arrangement of the 
atoms within the molecule and how tightly they are 
joined together. 


When atoms join other atoms to form molecules, 
the chemical and physical properties of the com- 
pounds are different from those of the elements from 
which they were formed. These include such things as 
color, hardness, conductivity, state (solid, liquid, gas), 
etc. When letters are used to form new words, such as 
dog, God and good from the letters g, 0, and d, the 
meanings of the new words cannot be discovered by 
observing or studying either the letters g, 0, and d, or 
the other words. The new words formed have new and 
different meanings. This is also true when new mole- 
cules form. The properties of the new substances can- 
not be found by studying the properties of the 
elements from which they formed or the properties of 
other similar molecules. 


The molecular formula for sugar is C6H)20.¢, 
which indicates that a sugar molecule is made up of 
six atoms of carbon, 12 atoms of hydrogen, and six 
atoms of oxygen. Carbon is an element that is black 
and often is found in powder form. It is well known as 
the major component of coal or the black that appears 
on burnt toast. Pure hydrogen is a the lightest gas 
known and pure oxygen is a gas present in the air 
and needed for living things to breathe and for fires 
to burn. When these three substances chemically com- 
bine in the ratio of CsH,2O¢ to form sugar, which is a 
white, crystalline solid that has a sweet taste and is 
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soluble in water, the properties of the sugar are unlike 
those of the pure elements from which it was formed. 
However, if sugar is reacted under extreme conditions 
(a chemical change), the original substances, carbon, 
hydrogen, and oxygen could be recovered. 


Hydrogen and oxygen atoms can join to form 
water molecules. Once again, the properties of water 
(often used to extinguish fires) are completely different 
from the properties of oxygen gas (needed to support 
burning). These same two elements, hydrogen and oxy- 
gen, also form another common substance, hydrogen 
peroxide, with a molecular formula of HO. Hydrogen 
peroxide, in its undiluted form, can cause serious 
burns. When diluted, it is often used for bleaching 
and as an antiseptic in cleansing wounds. These proper- 
ties are completely different from the properties of the 
elements from which it is made, hydrogen and oxygen, 
as well as from the similar molecule, water. One could 
not boil potatoes in H,O, instead of HO without 
deadly effects. The properties of hydrogen peroxide 
differ greatly from those of hydrogen, oxygen, and 
water because each of the substances has its own spe- 
cific number, kind, and arrangement of atoms. 


While the molecular formula gives the basic infor- 
mation about what atoms are joined together and how 
many of each kind of atom, this formula does not give 
the whole story. The arrangement of the atoms within 
the molecule must also be considered since different 
arrangements of the same atoms within a molecule 
produce different substances. The molecular formulas 
for ethyl alcohol (formed from the fermentation of 
grains and fruits and present in all wines and liquors) 
and for methyl ether (sometimes used in refrigeration 
but not the same ether used as an anesthetic) are 
identical, C,H.O. However, the chemical properties 
are very different. This is because the atoms are 
arranged differently within the molecule. Molecular 
formulas cannot convey this information. Different 
kinds of formulas, called structural formulas, are 
needed to show molecular arrangements. In the case 
of ethyl alcohol, the oxygen atom is joined to a carbon 
atom and to a hydrogen atom. However, in the case of 
methyl ether, the oxygen atom is joined to two carbon 
atoms. This different arrangement of atoms within the 
molecule is responsible for imparting different chem- 
ical properties to the compound. Thus, the new chem- 
ical properties are not only dependent on how many of 
each kind of atom have joined together, but on how 
these atoms are arranged within the molecule. 


Much of the research in the field of chemistry 
today involves the formation of new substances by 
trying to change atoms within a molecule or the 
arrangement of the same atoms. This latter is a 
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particularly important area when the arrangement of 
the atoms is changed from what is called a right- 
handed molecule to a left-handed molecule or vice- 
versa. Molecules such as these behave as they do 
because of their shape, much like gloves fit either the 
right or the left hand because of their shape. Some of 
the current research on new fat-free commercial prod- 
ucts, such as ice cream or cooking oil, involves right- 
or left-handed versions of the original fat molecules. 
These mirror images of the original molecules cannot 
be absorbed or used by the body because of the differ- 
ent shape of the molecule. Yet because they are often 
so similar, enough of the original properties of the fat 
remain intact to make it useful as a substitute. So far, 
the taste and their inability to withstand high temper- 
atures in cooking are problematic. 


Similarly, many powerful drugs in use today have 
both right- and left-handed versions. Most drugs con- 
tain both forms of the molecules because this mixture is 
cheaper and easier to produce. However, often only one 
version gives the desired effect while frequently the 
other produces unwanted side effects. Although it is 
chemically much more difficult and more expensive to 
produce drugs of only one handedness, patients needing 
these drugs are finding the purer, single-handed version 
much easier to tolerate. Drug companies are beginning 
to pay attention and research is being done to produce 
drugs of only one handedness at a reasonable cost. 


Molecular bonding 


When compounds are formed, the identity of the 
atoms, which is associated with the number of protons 
in the nucleus, does not change. For example, oxygen 
atoms are still oxygen atoms whether they are part of 
oxygen gas molecules, water molecules, carbon diox- 
ide molecules, etc., because the number of protons is 
unchanged. 


But unlike mixtures, where two or more substan- 
ces are mixed together but there is little or no inter- 
action among the atoms of the various substances, 
there is interaction among the atoms within molecules. 
New compounds are formed when the atoms within 
the molecule form a chemical bond. These bonds are a 
sort of glue that holds the atoms together within the 
molecule. Bonds involve only the outermost electrons 
of the atoms, that is, those in the highest shell or 
energy level. It is this change in electron arrangements 
that is responsible for the new properties observed 
when compounds are formed. There are two major 
types of bonds, ionic and covalent. 


An ionic bond forms when the outermost elec- 
trons are transferred from one atom to another. One 
atom loses one or more electrons and another atom 
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KEY TERMS 


Atom—Small, indestructible particles, composed of 
protons, neutrons, and electrons, from which all ele- 
ments are made. 


Chemical bond—The force or glue that holds atoms 
together in chemical compounds. 


Compound—A pure substance that consists of two or 
more elements, in specific proportions, joined by 
chemical bonds. The properties of the compound 
may differ greatly from those of the elements it is 
made from. 


Covalent bond—A chemical bond formed when two 
atoms share a pair of electrons with each other. 


Element—A pure substance that can not be changed 
chemically into a simpler substance. 


gains these electrons. Sodium metal is a soft, shiny, 
and very reactive metal that is stored under kerosene 
to keep it from reacting with the oxygen in the air. 
Sodium atoms have only one electron at the highest 
energy level. They would be more stable if they got rid 
of this electron. Chlorine is a very poisonous green gas 
involved in the purifying process of swimming pools 
and responsible for the characteristic smell around 
them. Chlorine has seven electrons at the highest 
energy level. It would be much more stable with eight 
electrons at this level. When sodium and chlorine 
come in contact with each other, there is an instanta- 
neous reaction. Neutral atoms of sodium metal give up 
one electron with their negative charge and form par- 
ticles, called ions, with net charges of +1. Neutral 
atoms of chlorine gain negatively-charged electrons 
from sodium atoms and form particles, also called 
ions, with net charges of -1. 


Throughout these changes, the number of protons 
and neutrons in the nucleus and all of the innermost 
electrons around the nucleus stay the same. Only an 
insignificant amount of the mass of the atom is associ- 
ated with electrons, so the mass of the atom also stays 
essentially the same. However, a chemical change has 
occurred and the original properties of the atoms have 
changed because of the new arrangement of the elec- 
trons. The newly formed sodium ion and the chloride 
ion are electrically attracted or bonded to each other 
because opposite charges attract each other. The sub- 
stance formed is ordinary table salt, which is a white, 
salty, crystalline solid, properties that are very different 
from the original elements of sodium and chlorine. The 
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lonic bond—The attractive forces between positive 
and negative ions that exist when electrons have 
been transferred from one atom to another. 


Metallic bond—The forces that exist between the 
atoms in metals due to mobile electrons moving 
throughout the structure. 


Molecular formula—Shorthand method for repre- 
senting the composition of molecules using symbols 
for the type of atoms involved and subscripts for the 
number of atoms involved. 


Molecule—Particles formed when two or more 
atoms join together to form new substances. 


Structural formula—The chemical representation of 
a molecule that shows how the atoms are arranged 
within the molecule. 


bond that formed is called an ionic bond and sodium 
chloride is called an ionic compound. An ionic bond is 
formed when the glue between atoms is the force of 
attraction between opposite charges. In fact, salt crys- 
tals are formed by the very neat and orderly arrange- 
ment of alternating sodium and chloride ions. Ionic 
bonds are most often formed between atoms of metals 
and atoms of non-metals. 


Often, the outermost electrons of an atom are 
shared with the outermost electrons of another atom. 
Electrons move around the nucleus of an atom at very 
high speeds and, when electrons are shared between 
two atoms, the nuclei move so close together that the 
shared electrons spend part of their time near both 
nuclei simultaneously. This sharing of electrons by 
the nuclei of two atoms simultaneously is the glue 
that is holding them together within the molecule. 
This type of bond is called a covalent bond. 
Electrons that are shared can be contributed by either 
or both atoms involved in the bond formation. 


Carbon atoms have four outermost electrons and 
need eight to be more stable. If one carbon atom 
shares each of its outermost electrons with a hydrogen 
atom, which needs only two electrons to become more 
stable, a molecule of methane is formed. The formula 
for the new substance formed is CHy. Methane is often 
called marsh gas because it forms in swamps and 
marshes from the underwater decomposition of plant 
and animal material. It is widely distributed in nature 
and about 85% of natural gas is methane. 


When things are shared, like sharing the sofa with 
a friend, they are not always shared equally. This is also 
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true of electrons involved in covalent bonds. At times, 
the electrons involved in bonding are shared equally 
between the nuclei of two atoms and the bond is called 
a pure covalent bond. More often, however, the shar- 
ing is unequal and the electrons spend more time 
around the nucleus of one atom than of the other. 
The bond formed is called a polar covalent bond. 
Usually covalent bonds (both pure covalent and polar 
covalent) form when atoms of non-metallic elements 
bond to atoms of other non-metallic elements. 


The glue or bonding that holds atoms of metals 
close to each other is usually referred to as a metallic 
bond. It is formed because the outermost electrons of 
the metal atoms form a sort of sea of electrons as they 
move freely around the nuclei of all the metal atoms in 
the crystal. These mobile electrons are responsible for 
the electrical and heat conductivity of the metals. 


See also Compound, chemical; Element, chemical; 
Formula, chemical; Formula, structural. 
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| Moles 


Moles are small burrowing animals of the order 
Insectivora, mammals with teeth designed for crushing 
the outer shells of insects. The true moles and desmans 
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(water-living moles) make up the family Talpidae, 
which inhabit most of North America and northern 
Eurasia. The similar golden moles of Africa, south of 
the Sahara, make up the family Chrysochloridae. 


Moles vary from 1-3 in (24-75 mm) in length, plus 
a pink, naked tail that may be equally long, but is 
usually short. An adult male weighs more than 3.5 oz 
(100 g) and adult females less than that. A mole must 
eat its own weight in food each day or die, because its 
body has no fat preservation system. 


Moles are thoroughly adapted for a life of digging. 
They have streamlined bodies, with nothing that 
might interfere with burrowing. Their front feet 
appear to come straight out of their bodies and are 
angled outward so that as they dig through soil, using 
first one hand, then the other, they appear to be swim- 
ming the breaststroke. Their flexible snouts are also 
used in digging, and their similarly tapered hind ends 
can easily move through soil. Unlike most mammals, 
whose hair lies toward the back of the body, a mole’s 
fur can lie equally well in either direction as the animal 
moves in either direction. The fur is very soft. 


Their functioning eyes reveal only light and dark. 
Instead they rely primarily on their senses of smell and 
touch. The surface of the muzzle is covered with thou- 
sands of tiny sensory organs that allow it to analyze 
even the most delicate touch. These organs, called 
Eimer’s organs, identify food and digging sites. Their 
faces and forelimbs are also covered with special sen- 
sory hairs, called vibrissae. 


The presence of moles is generally revealed by the 
presence of mounds of loosened soil called molehills. 
As they burrow, they toss the soil backward, and it 
eventually piles up on the surface. Surface burrows, 
which are visible from above, are dug in newly turned 
farm fields and very light soil, where the worms and 
other invertebrates the moles eat are near the top. 
Deep burrows, the digging of which produce mole- 
hills, are dug in heavier, drier soil where the inverte- 
brates have moved downward to find moisture. These 
deep burrows may last many years and even many 
generations. They need to be rebuilt only if acciden- 
tally damaged. A mole marks a tunnel as its territory 
by giving off a strong odor from its scent gland. If the 
scent wears off and is not refreshed by the animal— 
perhaps because it has fallen prey to an owl—other 
animals may move into the burrow. 


A mole’s entire life centers around its burrow. 
Certain areas of a mole’s burrow are used to store 
food, such as earthworms that have had their heads 
bitten off. In the center of the burrow is a nest lined 
with grasses and other dry material, such as scraps of 
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Common Eurasian mole (Talpa europaea). (J-C Carton. Bruce Coleman, Inc.) 


paper hauled in from the surface. Every mole sleeps in 
its nest, but a female also raises her young in it until 
they have been weaned. 


Moles breed in early spring, and two to eight 2-in- 
long (50-mm) young are born in late spring. They are 
born blind, hairless, and red-colored, weighing about 
0.1 oz (3.5 g). They are out on their own by early fall. 
Though many die during their migration to find their 
own burrowing grounds, moles often live for six or 
seven years. They are capable of breeding when they 
are about a year old. 


The nose of the strange star-nosed mole (Condylura 
cristata) of eastern North America is divided into 22 
rubbery lobes, or tentacles, that make the black-furred 
animal look as if it has a pink flower on its nose. Each 
tentacle is covered with a large number of Eimer’s 
organs. The star-nosed mole also has an unusual tail. 
Longer than most the tails of most moles, it acts as a fat- 
storage organ during the breeding season. These are the 
only moles that live in pairs, with the male helping to 
raise the young. Their fur is waterproof, which lets them 
dig into saturated soil, as well as swim in search of tiny 
crustaceans to eat. 
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The little American shrew-mole (Neurotrichus gibb- 
sii) of the West Coast looks like a mole but has fur more 
like a shrew’s, which doesn’t change direction. This is the 
smallest American mole, averaging only 2.5-3 in (6-7 cm) 
in body length. Oddly enough, its closest relative lives 
straight across the Pacific in Japan. Shrew-moles, though 
they burrow like other moles, leave their shallow burrows 
to search for food among the litter on a forest floor. 


The common, or eastern, American mole is 
Scalopus aquaticus. Despite its webbed back feet and 
its scientific name, the common American mole is not a 
water-living animal. It has the widest range of any 
American mole, from Mexico to New England to 
Florida. Other western moles of California include the 
broad-footed mole (‘Scapanus latimanus), the coast mole 
(S. orarius), and Townsend’s mole (S. townsendii). 


There are about 13 species of Old World moles, all 
in genus Talpa. The European mole (T. europaea) 
resides in most of Europe and over into central 
Russia. European moles have been known to turn 
their molehills into mountains, or at least “fortresses,” 
by building quite large structures above ground. 
Fortresses are found only in areas that flood regularly. 
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Moles don’t eat bulbs of flowering plants as many 
gardeners who have watched their flowers die believe. 
Instead, other creatures such as meadow mice move 
into mole burrows, from which they can reach those 
succulent plant parts. Moles are now generally left 
alone except on golf courses. Their very soft skins 
were often collected at the end of the nineteenth cen- 
tury for use in high-quality clothing. 


Desmans 


The two species of desmans make up a separate 
subfamily from the true moles. One (Galemys pyrenai- 
cus) lives in the Pyrenees, the other (Desmana 
moschata) in Russia, both by fast-flowing rivers. 
Desmans are swimmers. They swim with the aid of a 
flattened, rudderlike tail, powerful legs, and long back 
feet. Their fingers and toes are also webbed. 


Desmans are much larger than moles, sometimes 
reaching 16 in (41 cm) including their tails. Their long, 
flexible snouts contain nostrils that can be closed 
tightly against the water by special valves. Their ears 
can also be closed. Their fur is especially soft, and the 
Russian desman has long been killed for its market- 
able fur. Two or more desmans will share their bur- 
rows, located in the banks of a river. 


Golden moles 


The family of golden moles is made up of about 20 
species that live in Africa, south of the Sahara. They 
are not necessarily golden in color, though they do 
often have a colorful, lustrous sheen to their coats. 
They are tailless and, unlike true moles, blind. They 
are born with the remnants of useless eyes, which 
develop hairy coverings as they mature. The end of a 
golden mole’s nose is leathery to aid in burrowing 
through the soil, though the primary digging is done 
by heavy, sharp claws. 


Grant’s desert golden mole (Eremitalpa granti) of 
the Namib Desert has only dry sand to dig through. Its 
meandering burrow collapses behind it as it continu- 
ally digs. Only if rain has fallen recently does the 
burrow hold its shape for any length of time. Other 
golden moles live in moister places where their bur- 
rows hold their shape. 


The large golden moles of South Africa 
(Chrysospalax) do not rely solely on ground inverte- 
brates for food. They go to the surface at night to feed, 
hunting especially for giant worms. The surface may 
bring danger, however, and a golden mole that finds 
itself in danger may collapse dramatically, pretending 
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to be dead. The Cape golden mole of Uganda 
(Chrysochloris stuhimanni) lives at fairly high alti- 
tudes, up to 10,000 ft (3,050 m). 
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[| Mollusks 


Mollusks (phylum Mollusca) are the second larg- 
est group of invertebrates (arthropods are the largest), 
with over 100,000 species. They are characterized by a 
head with sense organs and mouth, a muscular foot, a 
hump containing the digestive and reproductive 
organs, and a covering of tissue (the mantle) that 
usually secretes a hard, protective shell. Among the 
more familiar mollusks are snails, whelks, conchs, 
clams, mussels, scallops, oysters, squid, and octo- 
puses. Less conspicuous, but also common, are chi- 
tons, cuttlefish, limpets, nudibranchs, and slugs. 


The largest number of species of mollusks are in 
the class Gastropoda, which includes snails with a 
coiled shell, and others lacking a shell. The next largest 
group consists of the bivalves (class Bivalvia), the 
chitons (class Amphineura), and octopus and squid, 
(class Cephalopoda). The other classes of mollusks are 
the class Scaphopoda (consisting of a few species of 
small mollusks with a tapered, tubular shell) and the 
class Monoplacophora, a class once regarded as 
extinct, but now known to have a few living species 
restricted to the ocean depths. 


Mollusks are ancient. Fossil shells recognizable as 
gastropods and bivalves are present in rocks from the 
Cambrian period, about 570 million years ago. Present 
classifications based on the evolutionary relationships 
of mollusks are derived from studies of embryonic 
development, comparative anatomy, and genetic 
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sequences. The findings suggest that mollusks are 
related to sipunculid, annelid, and echiurid worms. 


Mollusks provide a clear example of a phenom- 
enon called adaptive radiation (adaptation followed 
by spread in the particular niche). The gastropods and 
bivalves that were originally marine, subsequently 
radiated into freshwater habitats. Without much 
change in gross appearance, these animals developed 
physiological mechanisms to retain salts within their 
cells and prevent excessive swelling from water intake 
in freshwater. Several groups of freshwater snails then 
produced species adapted to life on land. Gills adapted 
for the extraction of oxygen from water were trans- 
formed in land snails into lungs that extract oxygen 
from air, and the ammonia excretion typical of aquatic 
mollusks became uric acid excretion typical of birds 
and reptiles. A small squid, Onycoteuthis, moves so 
rapidly through the water that it often becomes air- 
borne. It does not nest in trees, but it may help to 
explain why some authors ascribe to the squid Loligo 
a “parrot beak” and a “gizzard.” Restaurant menus 
often include bivalve mollusks (oysters on the half- 
shell, steamed mussels, fried clams), cephalopod mol- 
lusks (fried squid), or gastropod snails (escargots). 
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| Momentum 


Momentum of an object, in general, is the ten- 
dency of that object to continue to move in its direc- 
tion of travel, which is a conclusion of English 
physicist and mathematician Sir Isaac Newton’s 
(1642-1727) first law of motion. It is, thus, a property 
of motion, which in classical physics is a vector (direc- 
tional) quantity that in closed systems is conserved 
during collisions. In Newtonian physics, momentum 
is measured as the product of the mass and component 
velocity of a body. For massless particles (e.g., 
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photons) moving at the speed of light (v=c) the 
momentum (p) is equal to Planck’s constant divided 
by the wavelength. 


The first formal definitions and measurement of 
momentum date to the writing of French mathemati- 
cian and philosopher René Descartes (1596-1650). 
Descartes intended momentum to a quantifiable and 
measurable concept related to what he termed the 
“amount of motion.” 


Measurement of momentum often concentrates 
on rates of change in the momentum of bodies. In 
accord with the law of inertia, a body with no net 
force acting upon it experiences no change in momen- 
tum and therefore measurement of momentum reflects 
that momentum is conserved. Whenever a net force is 
applied to a body the change in momentum is propor- 
tional to the force applied. However, the conservation 
of momentum dictates that the momentum of the 
agent applying force to the body must correspond- 
ingly decrease so that the measured momentum of 
the combined systems remains unchanged. 


Modern devices used to measure momentum of 
subatomic particles often employ tracking devices 
located in strong magnetic fields. The paths of particles 
moving through these fields reveal their charge and 
momentum. The direction of deflection reveals the par- 
ticles change and the momenta of particles can be cal- 
culated from the fact that the paths of particles with 
greater momentum deviate less than those of lesser 
momentum (1.e., those particles with higher momentum 
tend to travel along straighter or less bent paths). 


Quantum theory dictates that the measurement of 
certain pairs of properties of particles, including position 
and momentum are limited by the Heisenberg uncer- 
tainty principle first advanced by German physicist 
Werner Heisenberg (1901-1976). In essence, although it 
is possible to measure either position or momentum the 
pair cannot be measured simultaneously. The more exact 
the determination of position, the more uncertain 
becomes the measurement of momentum. 


Although the uncertainty principle is not relevant to 
the measurement of momentum of large objects, it places 
severe constraints on measurements of momentum of 
subatomic particles. Accordingly, quantum theory places 
a limitation on the experimental measurement of 
momentum. The more accuracy required in the determi- 
nation of position, the less the accuracy possible with 
regard to the determination of momentum. For example, 
in attempting to make an accurate determination of the 
position of an electron it is necessary to bombard the 
electron with photons. In doing so the collisions between 
the photons and the electron alter the momentum of the 
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electron and therefore introduce uncertainty in the meas- 
urement of the momentum of the electron. 


Moreover, there are important philosophical ram- 
ifications to the measurement of momentum, In the 
Copenhagen interpretation of quantum mechanics, 
reality is dependent upon the observer’s measurement. 
Essentially, the Copenhagen interpretation dictates 
that in the measurement of momentum or position of 
a two-particle system, the measurement of momen- 
tum or position of one particle gives reality to the 
momentum or position of the second particle. In this 
theoretical interpretation, conflicting realities result 
when there is an attempt to measure the momentum 
of one particle and the position of the other. Because 
time-ordering of the measurements is dependent 
upon the inertial frame, varying reference frames 
yield differing realities and give rise to a problem in 
nonlocality related to the instantaneous propagation 
of information related to the measurement across and 
real space. 


The momentum of an object is the mass of the 
object multiplied by the velocity of the object. The 
mass will often be measured in kilograms (kg) and 
the velocity, in meters per second (m/s), so the momen- 
tum will be measured in kilogram-meters per second 
(kg-m/s), which are contained within the international 
system of units (SI). Because velocity is a vector quan- 
tity, meaning that the direction is part of the quantity, 
momentum is also a vector. Just like the velocity, to 
completely specify the momentum of an object one 
must also give the direction. 


A force multiplied by the length of time that the 
force acts is called the impulse. According to the 
impulse momentum theorem, the impulse acting on 
an object is equal to the change in the object’s momen- 
tum. Notice the word change. The impulse is not 
equal to the object’s momentum, but the amount the 
momentum changes. (This impulse momentum theorem 
is basically a disguised form of Newton’s second law.) 
The force used to figure out the impulse here is the total 
sum of all the external forces acting on an object. 
Internal forces acting within an object do not count. 


The consequences of this impulse momentum the- 
orem are rather profound. If there are no external 
forces acting on an object, then the impulse (force 
times time) is zero. The change in momentum is also 
zero because it is equal to the force. Hence, if an object 
has no external forces acting on it, the momentum of 
the object can never change. This law is the law of 
conservation of momentum. There are no known 
exceptions to this fundamental law of physics. Like 
other conservation laws (such as conservation of 
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energy), the law of conservation of momentum is a 
very powerful tool for understanding the universe. 


See also Laws of motion. 
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! Monarch flycatchers 


The monarch or old-world flycatchers are about 
400 species of arboreal, insectivorous songbirds that 
make up the family Muscicapidae. There are three sub- 
families in this group: the monarch and paradise fly- 
catchers (Monarchinae), the fantails (Rhipidurinae), 
and the typical flycatchers (Muscicapinae). Some tax- 
onomists consider these to be separate families, but 
they are treated as a single group here, referred to as 
muscicapid flycatchers. 


Species in this group occur in Africa, Europe, 
Asia, and Australasia. Their usual habitats are forests, 
more-open woodlands, riparian zones, and some types 
of agricultural areas. Most species are tropical, but 
some migratory species occur in temperate regions. 


Muscicapid flycatchers are small birds, with a typ- 
ical body length of 4.7-5.5 in (12-14 cm), and rather 
short wings and legs. Their beak is strong and flat- 
tened, and broad at the base, so their gape is large. 
They have well-developed bristles at the base of their 
bill. These are known as rictal bristles, and are a com- 
mon feature of birds that catch insects while flying. 
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Muscicapid flycatchers typically feed by pursuing 
and catching flying insects, using short, aerial sallies 
from a favorite, exposed perch. This type of feeding 
strategy is called, appropriately enough, “fly-catching.” 
Many species of muscicapid flycatchers have a rather 
subdued coloration of grays, black, and whites. Others, 
however, are quite brightly colored, with blues, reds, 
chestnuts, and other showy hues. The males of some 
species have elongated tail feathers, which can be sev- 
eral times longer than the body of the bird. 


Muscicapid flycatchers are territorial. The males 
typically defend a breeding area by singing, even though 
the renditions of most species are relatively quiet and 
uninspired (only to the human ear, of course). They 
build a cup-shaped nest in a tree, or sometimes in a 
cavity, and lay two to seven spotted eggs. Nest building 
and incubation may be carried out by both parents, or 
only by the female in many species. Both parents share 
the duties of rearing the young birds. 


The pied flycatcher (Ficedula hypoleuca) is a wide- 
spread species in Europe and western Asia, migrating 
to Africa for the non-breeding season. Male pied fly- 
catchers are striking, black-and-white birds, while the 
females are a more subdued gray. 


The males of paradise flycatchers (Terpsiphone 
spp.) are attractive birds with very-long plumes 
extending from the center of their tail. The paradise 
flycatcher (Terpsiphone paradisi) occurs in south and 
Southeast Asia. This lovely bird has a black head with 
a crest, a white belly, a chestnut back, and two long, 
chestnut plumes extending from the tail. This species 
also occurs in a white-bodied, black-headed phase. 


The male of the flame robin (Petroica phoenicea) of 
southeastern Australia and Tasmania is an extremely 
attractive, black-backed, red-bellied bird. 


Fantails are active birds that have a pleasing habit 
of spreading the tail as a visual display. The friendly 
fantail (Rhipidura albolimbata) is a common, tame, 
inquisitive bird that occurs widely in montane forests 
of New Guinea. 


Bill Freedman 


l Mongooses 


Mongooses are African and Asian carnivores of 
the family Herpestidae. They are small, long, slender 
mammals, some of which are most widely known for 
their willingness and skill in attacking and killing 
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poisonous snakes. In the past, members of the mon- 
goose family have been included with the weasels 
(family Mustelidae), and sometimes the mongooses 
are included with civets and genets (family 
Viverridae). 


The largest mongoose is the white-tailed mon- 
goose (Ichneumia albicauda) of southern Africa and 
Arabia. From head to tail, it is about 40 in (1 m) long 
and weighs about 9 Ib (4 kg). Two species of dwarf 
mongooses (Helogale spp.) live in the savannas of the 
region around Ethiopia. They may be only one foot 
(30 cm) long, including the tail. 


Mongooses tend to stand on their hind legs to 
survey their surroundings. They use their tails, which 
may be as thick at the base as their body, for balance. 
The front arms hang loosely as they look around. 


Although they are carnivores, many mongooses 
also eat plants and fruit. Most, however, prefer meat 
in some variety, either insects, small reptiles, or small 
rodents and birds. They also eat birds’ eggs when 
available, which they break by rolling them against 
rocks, usually backward between their legs. Marsh 
mongooses (Atilax paludinosus) of rivers in sub- 
Saharan Africa also break crab shells in the same 
way. One Asian species is so adept at eating crabs 
that it is called the crab-eating mongoose (Herpestes 
urva). Atilax will also eat crocodile eggs. Mongooses 
that kill snakes do so by wearing out the snake. They 
have great agility and energy and can keep going long 
after the snake is worn to exhaustion. 


Most members of the mongoose family are soli- 
tary, living alone and usually hunting at night. Some, 
however, are quite colonial. Rarely would you see, for 
example, just one of the mongooses called meerkats 
standing alone. Instead, a whole row of these curious 
creatures will be standing on their hind legs, looking 
like 15 in (38-cm) tall, furry, scraggly little men guard- 
ing the openings to their rocky dens. The gray meer- 
kat, also called the suricate (Suricata suricatta), lives in 
Angola, Namibia, and South Africa. It has distinct 
rings around its eyes. In the same region is the red 
meerkat, or yellow mongoose (Cynctis penicillata). 
Sometimes the two species will share burrows. 
Meerkats have frequently been tamed, and in captivity 
will eat a considerable amount of fruit. 


Mongooses that live in colonies work together to 
defend themselves against a larger animal that may be 
attacking one of the group or trying to invade their 
den. Some of them, especially the banded mongoose 
(Mungos mungo) of most of sub-Saharan Africa, also 
hunt in packs. While looking for the beetles they like, 
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Mongooses 


A dwarf mongoose feeding at a termite mound. (Nigel J. Dennis. The National Audubon Society Collection/Photo Researchers, Inc.) 


they communicate with continuous low-pitched calls. 
The banded mongoose is somewhat thicker through 
its striped body than most mongooses. All mongooses 
leave scented trails from glands on the cheeks and 
around the anus. 


Among the solitary mongooses, a dominant male 
chooses the females he wants to mate with. The mother 
then raises the babies herself. There is usually only one 
young at a time, though some species produce up to 
four. Most offspring are born blind and just lightly 
furred after a gestation period that varies from 6-17 
weeks, depending on the species. Colony-living species, 
however, have a quite different child-care method. The 
care of the offspring is the joint responsibility of all the 
adults, which take turns babysitting while other mem- 
bers of the pack are out feeding. Successful hunters 
bring food back to the babies and may take time to 
play with them before going off again. The number of 
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litters a mongoose might have each year depends on the 
weather and the food supply. 


Some mongoose species 


The most common mongoose is the small Indian 
mongoose (Herpestes javanicus). This animal is not 
only widespread in its own homeland, but it has been 
introduced to other places because of its skill at killing 
rats. It is now found in the West Indies and the 
Hawaiian Islands for that reason. However, these 
introduced mongooses cause great ecological damage, 
and are largely or partly responsible for the extinction 
or endangerment of numerous species of amphibians, 
reptiles, birds, and small mammals. 


The Liberian mongoose (Liberiictis kuhni) was not 
discovered by the outside world until 1958. At the time, 
it was a favorite food of native peoples in Liberia, in 
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tropical western Africa. It has not been seen often since, 
and is considered endangered by the IUCN. 


There are four species (one each in four genera) of 
mongoose on the island of Madagascar, off eastern 
Africa. They are in a separate subfamily because they 
have a slightly different ear structure than the African 
and Asian species. They are also probably the only 
mongooses that live in pairs. One species, the ring- 
tailed mongoose (Galidia elegans) is more comfortable 
in trees than on the ground, although it also swims. 
Two species have more definite lengthwise stripes on 
them than other mongooses. The Malagasy narrow- 
striped mongoose (Mungotictis decemlineata) and 
Malagasy broad-striped mongoose (Galidictis fasciata) 
are striped in black and beige. The Madagascar mon- 
gooses are endangered species, mostly because of hab- 
itat loss and hunting. 
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l Monitor lizards 


Monitor lizards include 60 living species of large 
lizards in the genus Varanus, family Varanidae. 
Monitors inhabit tropical and subtropical regions of 
Africa, Asia, and Australia. Monitors are among the 
most advanced of the lizards, in terms of achieving an 
active, predaceous lifestyle. 


The largest species of monitor, and the world’s 
largest lizard, is the extremely impressive Komodo 
dragon (Varanus komodoensis), which can achieve a 
length of 9.8 ft (3 m) and a weight of 300 Ib (135 kg). 
The Komodo dragon is an endangered species, occur- 
ring only on a few, small Indonesian islands. An even 
larger monitor lizard, known as Megalania, was about 
twice as long as the Komodo dragon, and is known 
from fossils collected in Australia. The smallest species 
is the short-tailed monitor (Varanus brevicauda) of 
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western Australia, only 7.9 in (20 cm) long and weigh- 
ing 0.7 oz (20 g). 


Biology of monitors 


Monitor lizards have a massive body and power- 
ful legs. Most species have strong claws on their feet, 
and all but the largest monitors can climb well. The tail 
is long and powerful, usually about twice as long as the 
body, and can be flailed as a potent weapon. Monitors 
grow throughout their life, so the oldest individuals in 
a population are also the largest ones. 


Monitors have a long, specialized tongue with a 
bifurcated tip that is highly sensitive to smell and taste. 
The tongue is extended to pick up scent chemicals, and 
is then retracted into the mouth where the scents are 
analyzed using an organ on the roof of the mouth. 


Monitor lizards grow replacement teeth in the 
gaps between their mature teeth. They have at least 
29 vertebrae above their hips. Nine of these are neck 
vertebrae, supporting the unusually long neck of these 
lizards. Their powerful jaws are hinged in the middle, 
allowing them to swallow large prey. The head of 
monitors is tapered, and there are distinct ear holes. 


Monitors are active predators, hunting during the 
day. They stalk a wide range of animals and eat car- 
rion and eggs as well. Monitors ingest their prey whole 
if it is small enough, but they can also dismember large 
prey items so they can be swallowed. 


Monitors, like all lizards, are poikilothermic or 
“cold-blooded.” They are most energetic after they 
have been heated by the morning sun, since their 
muscles work much more efficiently and easily when 
they are warm. Monitors can run quickly to chase 
down prey. When doing so they lift their body and 
tail clear off the ground. 


Monitors also swim well, and may seek water as a 
refuge when threatened. They can walk underwater, 
and can use their tongue to smell underwater. 


When threatened, monitors can be formidably 
aggressive animals. They can inflict painful bites and 
scratches, and the largest species are capable of killing 
a human. However, monitors can be readily tamed in 
captivity. 


Species of monitors 


The Nile monitor (Varanus niloticus) is a wide- 
spread, rather aquatic species found in Africa. The 
Bengal monitor (V. bengalensis) is widely distributed 
in southern Asia, occurring from Iran and Afghanistan, 
to Java in Indonesia. This species is a relatively 
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Monitor lizards 


Two Komodo dragons (Varanus komodoensis). (Will & Deni Mcintyre. The National Audubon Society Collection/Photo Researchers, Inc.) 


terrestrial monitor, and in some parts of its range it may 
become dormant during periods of extended drought. 
The two-banded monitor (V. salvator) is a large, highly 
aquatic species that can attain a length of almost 10 ft (3 
m), and ranges from Bengal and Ceylon through south- 
east Asia. The giant monitor (V. giganteus) can reach a 
length of 7.9 ft (2.4m), and is one of seventeen species of 
monitors that occur in Australia. 


The most impressive species of monitor, and the 
largest living lizard, is the Komodo dragon (V. komo- 
doensis) of Komodo Island and a few other tiny islands 
east of Java in Indonesia. This powerful predator is 
capable of killing large animals, such as pigs, goats, 
and deer. The Komodo dragon has rarely been known 
to kill inattentive or unlucky humans. The Komodo 
dragon feeds on carrion when it is available. It is an 
endangered species, with a population of only a few 
thousand individuals. The Komodo dragon has been 
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protected from hunting by the government of 
Indonesia. However, this animal is still significantly 
threatened by loss of its habitat, and by diminishment 
of its natural foods of deer and pigs by human hunters. 


Monitors and people 


Monitors are hunted in many places for their 
meat, skin, and eggs. A preparation of the fat of 
monitors is used in traditional Chinese medicine, and 
monitors may be hunted for this trade anywhere that 
they occur. Monitors are also threatened by losses of 
their natural habitat in many places. Some popula- 
tions of the Indian monitor (V. indicus) have been 
decimated by poisoning when they attempt to eat the 
cane toad (Bufo marinus). The cane toad excretes a 
highly toxic chemical from large glands on the sides of 
its neck, which poisons native predators that attempt 
to eat the toad. The cane toad has been widely 
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introduced in the tropics in misguided attempts to 
achieve a measure of biological control over some 
types of insects that are agricultural pests. Some spe- 
cies of predatory birds have also been decimated by 
the cane toad, and so likely have other species of 
monitors in addition to the Indian monitor. 
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Monkeys 


Monkeys are tree-dwelling mammals that, along 
with prosimians, apes, and humans, make up the order 
Primata of the primates. The primate suborder 
Anthropoidea includes two different infraorders: the 
Platyrrhini, comprised of New World monkeys, mar- 
mosets and tamarins; and the Catarrhini, the Old 
World monkeys, apes, and humans. 


The major division between New World and Old 
World monkeys, in addition to their distribution, is 
that the New World monkeys have three premolars 
and the Old World only two. Platyrrhini, literally 
translated from the Greek, means “broad flat nose.” 
New World monkeys have rounded nostrils set fairly 
far apart and face outward. The Old World monkeys, 
in contrast, have narrow nostrils with only a thin 
membrane between them, and they tend to face down- 
ward. Catarrhini, literally means “downward nose.” 
Note that the term New World monkey includes the 
marmoset/tamarin group as well as species in family 
Cebidae. New World monkeys often have a prehen- 
sile, or grasping, tail while Old World monkeys lack a 
prehensile tail. Old World monkeys typically sleep 
sitting upright on narrow branches, and this group 
usually has ischial callosities, which are hard, hairless 
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pads on their posterior. New World monkeys, on the 
other hand, tend to sleep stretched out on a branch, 
and lack these callosities. The Old World monkeys 
have a fully opposable thumb. This wide separation 
of the thumb from the rest of the fingers allows them 
to pick up small objects and to grasp tree branches 
firmly. The thumbs of the smaller New World mon- 
keys are not fully opposable. 


Primates such as gibbons, that swing by their arms 
(brachiate) to move among trees, have arms that are 
longer than their legs. Primates that leap from tree to 
tree, such as prosimians, have legs that are longer than 
their arms. Most monkeys fit in a third category of 
quadrupedal (four-footed) ground runners that have 
arms and legs of equal length, which allows them to 
run along branches on all-fours. 


Old World monkeys (family Ceropithecidae) live 
in sub-Saharan Africa and in India and Southeast 
Asia, and include langurs, macaques, guenons, 
baboons, mandrills, colobus and leaf monkeys, and 
mangabeys. Most monkeys are forest dwellers but a 
few species, such as baboons, live in open savanna or 
rocky highlands. 


The only European monkey is the Babary “ape,” 
which is actually a macaque monkey (Macaca sylvanus). 
Originally from the Atlas Mountains of North Africa, it 
has taken up residence on the peninsula of Gibraltar, off 
southern Spain. Another macaque (M. fuscata) lives on 
the two main islands of Japan, at higher latitudes than 
any other monkey. 


New World monkeys are found from southern 
Mexico to southern Brazil, and are grouped into two 
separate families. Marmosets and tamarins are in the 
family Callitrichidae, while the capuchins, titis, night 
monkeys (or douroucoulis), sakis, howlers, wooly 
monkeys, and spider monkeys are included in the 
family Cebidae. The cebid monkeys are sometimes 
referred to as “capuchin-like monkeys” for lack of a 
better non-scientific term to separate them from the 
marmosets and tamarins. 


Monkeys are social creatures that usually depend 
on their group to help educate infants, protect the 
members, and find mates. A group may be as small as 
three (a male, a female, and a single offspring) or as 
large as 200 individuals in some species. Such large 
groups contain several males, many females, and 
many young. 


Male monkeys tend to be somewhat larger than 
females, and the males of many species have greatly 
enlarged canine teeth. Some species of monkeys 
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KEY TERMS 


Binocular—Using two eyes set so that their fields of 
vision overlap, giving the ability to perceive depth. 
Brachiate—To swing from tree limb to tree limb 
hand over hand. 

Convergent evolution—An evolutionary pattern by 
which unrelated species that fill similar ecological 
niches tend to develop similar morphologies and 
behavior. Convergence occurs in response to sim- 
ilar selection pressures. 

Diurnal—Refers to animals that are mainly active 
in the daylight hours. 

Ischial callosity—A hard hairless pad of skin, or 
callus, located on the lower part of the buttocks, 
or ischium. 

Nocturnal—Active in or related to nighttime. 


Prehensile—Grasping, as the specialized tail in 
many monkeys. 

Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


exhibit distinct sexual dimorphism (different appear- 
ance for male and female), while others are similar. 


It was long thought that Old World and New 
World monkeys had evolved separately and that 
their similarities were the result of their occupying 
similar habitats, a process called convergent evolu- 
tion. However, more recent genetic studies have 
revealed that Old World and New World monkeys 
evolved from a common Old World ancestor in 
Africa, about 65 million years ago. The ancestors of 
the New World monkeys probably reached South 
America from Africa during the late Eocene, when 
the two continents were closer together than they are 
today. It has been postulated that the monkeys were 
carried on floating islands of fallen trees and debris 
across the ocean to South America, where they estab- 
lished themselves in the rainforest and subsequently 
evolved into many different species. 


Many species of monkeys are now endangered as 
a result of the loss of their habitat into agricultural and 
other land-uses by humans. They are also widely over- 
hunted as a source of food. Many of these species will 
become extinct if their habitat is not effectively con- 
served, and the hunting is not stopped. 
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, Monochromatic light 


Technologies using monochromatic light have a 
wide range of application, from astrophysics and 
astronomy to forensic science. The term monochro- 
matic derives from the Greek words monos, meaning 
one or sole, and chromos, meaning color. Monochro- 
matic light, or one-color light, is essentially electro- 
magnetic radiation derived from photon emissions 
from atoms. Photons propagate, or travel, as energy 
wave fronts of different lengths and levels of energy. 
Energy levels determine the frequency of light, and the 
length of a wave determines its color. The bands of 
light wavelengths that humans can see are called visi- 
ble light. 


Visible light includes red light (in the lower energy 
level of the electromagnetic spectrum) and violet light 
in the higher visible energy level of the electromagnetic 
spectrum. As light propagates through different 
media, it interacts with atoms present in molecules, 
such as atmospheric gases, water, and organic matter. 
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These interactions are known as atomic transitions, 
and consist of emission or absorption of specific wave- 
lengths (or energy packages). The particular structure 
of isotopes (atoms or molecules of one element of the 
periodic table) as well as the structure of complex 
molecules (containing more than one element) defines 
their physical-chemical properties. Such properties 
will determine which wavelengths are absorbed and 
which ones are emitted. Absorption and emission of 
light by atoms occur in energy packages known as 
quanta. Absorption occurs when light excites atoms, 
making electrons suddenly jump to specific outer 
orbits. This is not a progressive movement between 
orbits, but a sudden change of energy state by which a 
given energy quanta is absorbed. 


Emissions occur in the inverse manner, resulting 
in the release of the absorbed quanta. Monochromatic 
light and laser technologies take advantage of these 
atomic transitions as well as another atomic property 
known as ground state energy. Ground state energy 
refers to the tendency of electrons to return to the 
lowest energy level, therefore undergoing spontaneous 
emission of the energy quanta. 


A monochromatic light beam is characterized by 
its brightness or light intensity, direction of propaga- 
tion, and color (all visible characteristics) and by its 
state of polarization (an invisible characteristic). 
Light waves oscillate, or swing back and forth, per- 
pendicularly to the direction of propagation. For 
example, if a light wave is propagating horizontally, 
it is oscillating vertically. The best example of mono- 
chromatic light is a laser beam. A laser light results 
from one atomic transition with a specific single 
wavelength, which results in a monochromatic light 
beam. 


When a monochromatic light is directed to a sub- 
stance or material, it induces transitions which are 
characteristic to the chemical properties of the constit- 
uent elements of such material. Optical spectroscopy 
instruments record the peaks and troughs of the result- 
ing wave lights in a spectrometer that measures the 
changes in frequency and intensity of these transitions. 
The resulting wave patterns indicate the chemical 
composition of the sample. Scanning monochroma- 
tors are optical instruments that disperse light, permit- 
ting the scanning of forensic samples or evidence, 
using one wavelength (or light color) at a time, and 
scan for the entire spectral range. Battery powered 
ultraviolet monochromatic devices are used to scan 
for evidence not easily detected by the naked eye at 
crime scenes. They allow hidden bloodstains, fibers, 
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fingerprints, and lesions that are just beneath the skin 
on corpses to be visualized by the examiner. 


Credit cards, currency, and important documen- 
tation are often marked with imprinted holograms on 
security stamping foils, which are created by mono- 
chromatic laser beams. Security standard holography 
represents the first generation of a security technology 
known as optically variable devices (OVDs). Other 
non-holographic OVDs technologies exist, and are 
detectable in marked materials with ultraviolet light 
devices. 


See also Alternate light source analysis; Crime 
scene investigation; fluorescent light; Forensic science; 
Incandescent light; Light. 
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| Monoculture 


Monoculture refers to the practice of cultivating 
an agricultural species under conditions where other 
species are absent or virtually absent. This is done in 
order to lessen the intensity of competition on growth 
of the desired crop species. 


Selective breeding 


The most extreme form of monoculture involves 
the cultivation of a single genotype of a crop species, to 
the exclusion of other genotypes and other species. 
Genetic monocultures may be grown in cases where 
plant breeders have developed strains of plants that 
are optimally adapted for growth under specific envi- 
ronmental conditions. In this type of monoculture, 
species are propagated asexually using cuttings, root 
grafts, or tillers. Examples of agricultural species that 
can be propagated asexually and therefore can poten- 
tially be grown as genetic monocultures include: 
(1) sugarcane (Saccharum officinarum), which can be 
cultivated from rhizome cuttings, (2) bananas (Musa 
sapientum), which can be propagated from tillers, 
(3) tea (Thea sinensis), which can be grown from stem 
cuttings, (4) strawberries (Fragaria x ananassa), which 
can be cultivated using runners, and (5) apples (Malus 
pumila), cherries (Prunus avium), and other trees of the 
rose family, which can be propagated using root 
grafts. 
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A wheat field near Greeley, Colorado. (National Aububon Society Collection/Photo Reseerchers, Inc.) 


In comparison, planting a single species of seed 
results in a crop with more genetic variability than 
would be found in a monoculture. However, in some 
agricultural crops the seeds they may be derived from 
very closely-related or inbred strains of a species. 


Tightly controlled environment 


Usually, monoculture is practiced as a compo- 
nent of an intensively managed system, in which 
many environmental factors are controlled to opti- 
mize growth conditions for the crop. For example, 
other plant species are considered weeds, and are 
removed by hand weeding, manual cultivation, or 
through the use of a herbicide to which the desired 
crop species is tolerant, but the weeds are not. In 
addition, crops grown in monoculture are usually 
spaced optimally in order to decrease the competition 
among individual plants. The system may also be 
fertilized with inorganic nutrients so that nutrient 
availability does not limit productivity. The mono- 
culture may be irrigated to decrease the impor- 
tance of water limitations, protected with insecticides 
against insects, and treated with fungicides to reduce 
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the incidence of diseases. All aspects of the monocul- 
tural system are designed toward the optimization of 
crop yield, to the degree that can be economically and 
ecologically achieved. 


Bill Freedman 


t Monomer 


A monomer is a molecule or compound, usually 
containing carbon, with a relatively low molecular 
weight and simple structure; monomers form the fun- 
damental building blocks of polymers, synthetic res- 
ins, and elastomers. Thus, vinylidene chloride is the 
monomer from which polyvinylidene chloride is made, 
and styrene is the monomer from which polystyrene 
resins are produced. 


One of the simplest monomers, ethylene, consists 
of two carbon atoms (represented by C) linked by a 
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double bond, with two hydrogen atoms (represented 
by H) connected to each carbon. 


CH, = CH, 


In ethylene the carbon-hydrogen bonds are single 
covalent bonds, while the carbon-carbon bond is a 
double covalent bond. In the presence of heat, light, 
and an appropriate catalyst the ethylene molecule can 
be excited into a reactive state in which the carbon- 
carbon double bond is dissociated. 


—CH,—CH)- 


If two excited molecules come into contact, it is 
possible to link the ethylene molecules with single 
covalent bonds between molecules. When this process 
repeats itself, on the order of thousands of times, a 
chain is produced with a carbon backbone and a for- 
mula H-(CH,—CH>),—H 


The building unit or monomer in this case is ethyl- 
ene. After n units of ethylene have been linked, the 
reaction may be terminated by the addition of a hydro- 
gen to each end of the polyethylene chain. Such poly- 
merizations are referred to as addition polymerization, 
in contrast to condensation polymerization in which 
molecules with diverse end groups react to give chains 
composed of units of varying size and chemical com- 
plexity. Nylon 66 is the condensation product of two 
monomers: adipic acid and hexamethylenediamine. 


There are a number of other polymers formed by 
addition polymerization from compounds much like 
ethylene 


CH, =CRH 


where R may be a halide, a benzene ring, etc. 
These are called vinyl compounds. Table 1 lists some 
of the frequently encountered vinyl monomers. 


The dienes constitute another class of addition 
polymers. Dienes monomers have the following 
generic structure: 

CH, = CR-—CH=CH), 

Table 2 lists some of the common diene monomers. 

The vinylidenes constitute yet another class of 
polymers. Vinylidenes have monomers with the fol- 
lowing generic structure 

CX,=CR, 
Table 3 lists some of the common vinylidene 


monomers. 


When monomers of different kinds are united by 
addition polymerization, the product is known as a 
copolymer. Table 4 identifies some copolymers. 
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Selected vinyl monomers 


Name Use of polymer 


Plastic 
“Vinyl” 
Propylene Rope 


Ethylene 
Vinyl chloride 
Vinyl acetate Latex paints 
Orlon® 


Drinking cups 


Acrylonitrile 
Styrene (vinyl benzene) 
Vinyl alcohol Fiber 


Table 1. Selected Vinyl Monomers. (Thomson Gale.) 


Selected diene monomers 


Name Use of polymer 


Butadiene Tires 
lsoprene Natural rubber 


Chloroprene Neoprene 


Table 2. Selected Diene Monomers. (Thomson Gale.) 


Selected vinylidiene monomers 


Name Use of polymer 


Plastic 
Telfon® 
Elastomer 


Vinylidene fluoride 
Tetrafluoroethylene 
Isobutene 


Table 3. Selected Vinylidiene Monomers. (Thomson Gale.) 


Common copyolymes 


Name Use of polymer 


Ethylene-propylene-diene monomer (EPDM) Elastomer 
Styrene-butadiene-rubber (SBR) 


Acrylonitrile-butadiene-rubber (NBR) 


Tire rubber 
Elastomer 
Plastic 


Acrylonitrile-butadiene-styrene (ABS) 


Table 4. Common Copyolymes. (Thomson Gale.) 
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Monosodium glutamate (MSG) 


The Polymer Handbook (J. Brandrup and E.H. 
Immergut, eds., 3rd. ed., Wiley Interscience, New 
York, 1990) lists hundreds of other monomers in com- 
mercial use. The number of polymers that can be 
produced synthetically from monomers would seem 
to be limited only by the imagination and ingenuity 
of the chemist. 


See also Polymer. 


l Monosodium glutamate 


(MSG) 


Monosodium glutamate (MSG), a flavor enhancer 
for food, is the sodium salt of the naturally occurring 
amino acid, glutamic acid. It is a compound repre- 
sented by the formula C;sHgNNaQOy, - HO. Glutamic 
acid, first isolated in 1886, became an important 
industrial chemical when its sodium salt was found 
to enhance the flavor of certain foods. The elements 
that make up the MSG molecule can exist in two 
different forms, known as isomers, and only one 
form has the flavor enhancing effect. It is believed by 
some that MSG is responsible for a disease known as 
Chinese restaurant syndrome (symptoms that some 
people experience after eating Chinese foods), how- 
ever current evidence has failed to establish a link 
between the two. 


The identification of MSG began with the isola- 
tion of glutamic acid from a mass of wheat protein, 
called gluten, in 1886. The chemical structure of glu- 
tamic acid, a naturally occurring amino acid, was later 
identified in 1890. The flavor enhancing ability of 
MSG was discovered by Japanese chemist Ikeda 
Kibunae (1864-1936). From a kelplike seaweed, 
which was traditionally used to add flavor to 
Japanese food, he isolated MSG and patented a 
method for its production in 1908. Commercial pro- 
duction of this flavor-enhancing agent soon followed 
and Japan’s first major chemical industry was born. 


In 1968, the safety of MSG came into question 
when a largely anecdotal report was published that 
suggested MSG caused a disease commonly referred 
to as Chinese restaurant syndrome (CRS). This dis- 
ease was said to produce symptoms of burning, numb- 
ness, fever, and tightness in the upper body. Although 
many subsequent studies failed to show any link 
between MSG and these symptoms, the safety of 
MSG as a food additive continues to be questioned 
by some. 
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The three methods for producing MSG that are 
most often employed are vegetable protein hydrolysis, 
microbial fermentation, and organic synthesis. 
Obtaining MSG by the hydrolysis of vegetable pro- 
teins is the oldest method of production. In this 
method, waste protein, such as wheat gluten and beet 
sugar molasses, is placed in water and heated in the 
presence of an acid. Under these conditions, the pep- 
tide bonds—chemical bonds that connect the amino 
acids in the proteins—are broken. Each individual 
amino acid can then be isolated by a method known 
as crystallization. Glutamic acid crystals can be con- 
verted to the MSG by reacting them with sodium 
hydroxide. Another method of production requires 
the use of microorganisms that are capable of produc- 
ing MSG. Bacteria such as Micrococcus glutamicus 
have the ability to convert some carbohydrates into 
amino acids. Glutamic acid is one of these amino 
acids, and it can be isolated, and then converted to 
MSG by partial neutralization. MSG can also be pro- 
duced synthetically by an organic reaction based on 
acrylate. 


Characteristics of MSG 


At room temperature, MSG (C;sHgsNNaO4. H2O) 
is a salt, which typically exists as a white, odorless 
crystalline powder that is soluble in water and alcohol. 
It does not have a melting point per se, but it decom- 
poses when it is heated. When crystals of MSG are 
created in a water solution, they develop in the shape 
of rhombic prisms. 


The molecules of MSG can exist in two different 
forms known as isomers. These isomers are chemically 
identical, but physically different because their molec- 
ular structures are dissimilar. In fact, the elements on 
the two MSG isomers, known as stereoisomers, are 
arranged in such a way that if they were placed next to 
each other, they would appear as mirror images. The 
isomers of MSG have different physiological effects, 
and only one of them, known as the L form, has flavor 
enhancing properties. 


Although MSG is tasteless by itself, it is a flavor 
enhancer that can be used to improve the taste of meat, 
fish, fowl, vegetables, and soup. It is said to provide a 
unique flavor that is neither bitter, sour, sweet, nor 
salty. Typically employed at concentrations of 0.2 to 
0.9%, it is used extensively by the food industry in 
canned, frozen, and dried foods and Oriental food. It 
has also been used, with sugar, to improve the palat- 
ability of bitter drugs. 


A 1995 report from the Federation of American 
Societies for Experimental Biology (FASEB), an 
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KEY TERMS 


Chinese restaurant syndrome (CRS)—A disease 
that involves symptoms of burning and numbness, 
believed to be caused by MSG in Oriental food. 


Gluten—A mass of waste protein obtained from 
wheat or corn that is used as a raw material for 
producing MSG. 


Hydrolysis—A chemical reaction that involves 
breaking down the structure of a protein by the 
addition of water. 


Isomers—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Neutralization—A chemical reaction between an 
acid and a base that results in the formation of a salt 
and water. 


independent association of scientists, reaffirmed 
an earlier statement by the Food and Drug 
Administration (FDA) that MSG is a safe ingredient 
for most consumers when eaten at moderate levels. 
Two groups of people, according to the FASEB 
study, may be prone to difficulties with MSG. These 
groups include people who eat large quantities of 
MSG and people with severe or poorly controlled 
asthma. Between 1995 and 2005, there has been 
much controversy in the use of MSG: whether it is 
safe or not. As of 2006, there are no FDA require- 
ments for the labeling or identification of MSG within 
processed foods. Many companies voluntarily place 
MSG-free, or similar statements, on foods that do not 
contain MSG. 


Resources 
OTHER 


Australian Glutamate Information Service. “MSG.” 
<http://www.msg.org.au/> (accessed October 17, 
2006). 

International Glutamate Information Service. “Glutamate 
Facts, Information and On-Line Services.” 
<http://www.glutamate.org/> (accessed October 17, 
2006). 

Mayo Clinic. “Monosodium glutamate (MSG): What is it 
and is it harmful?.” <http://www.mayoclinic.com/ 
health/monosodium-glutamate/AN01251> (accessed 
October 17, 2006). 


Perry Romanowski 
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| Monotremes 


The order Monotremata (one-holed creatures) is 
comprised of two families, the Ornithorhynchidae, 
including the platypus, and the Tachyglossidae, 
including the long- and short-beaked spiny anteaters 
or echidnas. Monotremes are found only in Australia, 
Tasmania, and New Guinea. Monotremes are a deriv- 
ative of an ancient mammal stock but there is no direct 
evidence of what it might have been. 


Monotremes are not closely related to marsupials 
or placental mammals, but rather they evolved from a 
distinct group of reptilian ancestors. Despite sharing 
some reptilian features, monotremes possess all the 
major mammalian characteristics: air breathing, endo- 
thermy (i.e., they are warm-blooded), mammary 
glands, a furred body, a single bone in the lower jaw, 
and three bones in the middle ear. 


Monotremes have a reptilian like shoulder girdle 
with distinct coracoid bones and a T-shaped intercla- 
vicle. Other reptilian like skeletal features are present, 
including certain ribs and vertebral processes, as well as 
epipubic or “marsupium” bones. These bones are rudi- 
mentary and analogous to those that support a pouch 
in present-day marsupials. However, it seems more 
likely that these bones are a vestige from reptilian 
ancestors, associated with the attachment of strong 
abdominal muscles to support large hindquarters. 


Unlike higher mammals with separate reproduc- 
tive and excretory systems, monotremes have a cloaca, 
with only one external opening for excretion and 
reproduction, as in birds and reptiles. In male monot- 
remes, the penis is used only for the passage of sperm 
and not for urination as in other mammals. The over- 
all pattern of reproduction is mammalian with a brief 
vestigial period of development of the young in an 
external, soft-shelled egg. Once fertilized in the ovi- 
duct, the egg is covered with albumen and a tough, 
leathery shell forms. The egg is rounded, large- 
yolked, and compressible, rather than brittle like the 
eggs of birds. Echidnas develop a temporary pouch to 
incubate the egg and care for the young. The platypus 
does not develop a pouch and typically lays a single 
egg in a leaf nest. The mammae lack nipples, so the 
young lick milk from two lobules in the echidna’s 
pouch or from the abdominal fur of the platypus. 
A three to six month period of maternal care is typical 
for monotremes. 


Certain shrews and monotremes are the only ven- 
omous mammals. In echidnas, the poison gland is 
present, but nonfunctional. Only the male platypus is 
capable of producing the venom and conveying it to a 
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Monsoon 


KEY TERMS 


Albumen—The white of an egg. 


Cloaca—The cavity into which the intestinal, gen- 
ital, and urinary tracts open in vertebrates such as 
fish, reptiles, birds, and some primitive mammals. 


Coracoid—A bone or cartilage projecting from the 
scapula toward the sternum. 


Endotherm—An animal that uses its metabolism as 
a primary source of body heat and uses physiolog- 
ical mechanisms to hold its body temperature 
nearly constant. 


Placenta—A vascular, membranous organ that 
develops in female mammals during pregnancy, 
lining the uterine wall and partially enveloping 
the fetus, to which it is attached by the umbilical 
cord. Following birth the placenta is expelled. 


Vestige—A small degenerate or rudimentary organ 
or part existing in an organism as a usually non- 
functioning remnant of an organ or part fully devel- 
oped and functional in a preceding generation or 
earlier developmental stage. 


horny spur on the back of the ankle. Delivered by a 
forceful jab of the hindlimbs, the venom is powerful 
enough to cause agonizing pain in humans and can kill 
a dog. Although the exact nature of the venom system is 
unknown, it may have originated as a defense against 
some long extinct predator. Today, dingoes occasion- 
ally prey on echidnas, but in historical terms, dingoes 
are relatively recent arrivals in Australia. Because echid- 
nas are widely hunted as food and the platypus is quite 
sensitive to changes in its habitat, monotremes are con- 
sidered vulnerable in status. 


Betsy A. Leonard 


| Monsoon 


A monsoon is a seasonal change in the direction of 
the prevailing wind that typically brings about a 
marked change in local weather. Monsoons are often 
associated with rainy seasons in the tropics (the areas 
of Earth within 23.5° latitude of the equator) and the 
subtropics (areas between 23.5° and about 35° lati- 
tude, both north and south). In these areas, life 
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depends on the monsoon rains. A weak monsoon 
rainy season may cause drought, crop failures, and 
hardship for people and wildlife. The central role 
that monsoons play in determining climates around 
the world has made their study a high priority for 
meteorologists. 


Many parts of the world experience monsoons. 
Probably the most famous are the Asian monsoons, 
which include the distinctly different monsoons that 
affect India, north China, and Japan, and south China 
and Southeast Asia. Monsoons also affect portions of 
central Africa, where their rain is critical to supporting 
life in the area south of the Sahara Desert. Lesser 
monsoon circulations affect parts of the southwestern 
United States. These summer rainy periods bring 
much needed rain to the dry plateaus of Arizona and 
New Mexico. 


General monsoon circulation 


Monsoons, like most other winds, occur in response 
to the sun heating the atmosphere. In their simplest form, 
monsoons are caused by differences in solar heating 
between the oceans and continents, and they are most 
likely to form where a large continental land mass meets a 
major ocean basin. During the early summer, the increas- 
ing solar energy heats up the land surfaces fairly quickly. 
Water, on the other hand, heats much more slowly in 
response to the sun. The large amount of water in the 
oceans guarantees they will remain cooler than the 
nearby continents during the early summer. The rela- 
tively warm land surface will heat the air over it, causing 
it to rise, or convect. The convection of warm air produ- 
ces an area of low pressure near the land surface. 
Meanwhile, the air over the cooler ocean will be more 
dense and tend to stay at the surface or sink downwards 
from aloft. Thus during the summer, oceanic air flows 
onshore toward the low pressure over land. This onshore 
flow is continually supplied by cooler oceanic air sinking 
from higher levels in the atmosphere. 


In the upper atmosphere, the rising continental air 
is drawn outward over the oceans to replace the sink- 
ing oceanic air, thus completing the cycle. In this way a 
large vertical circulation cell is set up, driven by solar 
heating. At the surface, the result is a constant wind 
flowing from sea to land. 


The oceanic air moving onto the land is usually 
humid because of its prolonged contact with the sea 
surface. As it flows on shore the moist marine air is 
pulled upward as part of the convecting half of the 
circulation cell. The rising air cools and eventually 
forms rain clouds. Rain clouds are especially likely 
when the continental areas have higher elevations 
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(mountains, plateaus, etc.), because the humid sea air 
is forced upward over these barriers, causing wide- 
spread cloud formation and heavy rains. This is the 
reason why the summer monsoon forms the rainy 
season in many tropical areas. 


In the late fall and early winter, the situation is 
reversed. Land surfaces cool off quickly in response to 
cooler weather, but the same property of water that 
makes it slow to absorb heat, called heat capacity, also 
causes it to cool slowly. As a result, continents are 
usually cooler than the oceans surrounding them during 
the winter. This sets up a new circulation in the reverse 
direction: air over the sea, now warmer than that over 
the land, rises and is replaced by winds flowing off the 
continent. The continental winds are supplied by cooler 
air sinking from aloft. At upper atmospheric levels the 
rising oceanic air moves over the land to replace the 
sinking continental air. Sinking air prevents the devel- 
opment of clouds and rain, so during the winter mon- 
soon continental areas are typically very dry. This 
winter circulation causes a prevailing land to sea wind 
until it collapses with the coming of spring. 


The Asian monsoons 


While the thermal circulation described previ- 
ously is a central part of monsoons, it is not sufficient 
to explain the world’s most pronounced monsoons, 
those of Asia. Because they cover such a large area 
and affect over a billion people, the Asian monsoons 
have been studied for over a century to determine their 
causes and reasons for their variation. Although sci- 
entific understanding is not complete, it is clear that 
the monsoons of Asia are a complicated set of circu- 
lations, which combine the sun-driven winds with 
large scale circulations that span the entire planet. 
The extremely high mountains of the Himalayas also 
play a role in determining monsoon behavior. 


An important factor in the development of the 
Asian monsoons is the existence of jet streams. These 
are great rivers of air, that ring Earth at levels in the 
atmosphere ranging from 7-12 mi (12-20 km) above the 
surface. Jet streams are part of the global wind circula- 
tion, brought about by the large differences in temper- 
ature between the equator and the poles. Jet stream 
winds blow at several different latitudes, and play a 
major role in determining the weather beneath them. 
The monsoons of southern Asia are affected by two jet 
streams called the subtropical and the tropical jets. The 
subtropical jet is a permanent feature, flowing westerly 
(from west to east) at an altitude of about 7 mi (12 km). 
It migrates over the year in response to the seasons, 
moving northward to higher latitudes in the summer 


GALE ENCYCLOPEDIA OF SCIENCE 4 


and southward in the winter. It occasionally splits in 
two. The tropical jet is a weaker easterly (east to west) 
flow that forms near the equator at a height of nearly 12 
mi (20 km). It is found only in the summer months. 


The monsoon of India 


The interplay of jet streams and monsoon winds is 
well illustrated in the Indian monsoon. During the 
early summer months, increased solar heating begins 
to heat the Indian subcontinent, which would tend to 
set up a monsoon circulation cell between southern 
Asia and the Indian Ocean. However, the subtropical 
jet stream occupies its winter position at about 30° 
north latitude, south of the Himalayan Mountains. 
As long as the subtropical jet blows over India, it 
inhibits the development of summer monsoon. As 
summer progresses, the subtropical jet slides north- 
ward. The high Himalayas present an obstacle for 
the jet, which must flow over the mountains and 
reform over central Asia. When it finally does so, a 
summer monsoon cell develops, supported by the 
tropical jet stream overhead. The transition can be 
very fast—the Indian monsoon has a reputation for 
appearing suddenly, as soon as the subtropical jet is 
out of the way. The retarding effect of the subtropical 
jet delays the Indian monsoon by up to one month 
compared with the rest of Asia. 


During the Indian summer monsoon, winds blow 
from the southwest, bringing moist air on shore. As the 
air is forced to rise over the foothills of the Himalayas, it 
causes constant and frequently heavy rains. The town 
of Cherrapunji, India, located on the Himalayan slopes, 
receives an annual rainfall of over 36 ft (11 m), making 
it one of the wettest places on Earth. 


The summer monsoon ends as the highlands of 
Tibet begin to cool in the fall. The cooling atmosphere 
over Tibet allows the subtropical jet to reappear south 
of the Himalayas, bringing the rainy summer mon- 
soon to an end. The circulation shifts to a winter 
monsoon cell, with sinking air over India and surface 
winds that blow out to sea. The resulting winter 
weather is dry. 


The monsoons of South China and Japan 


The monsoons of China and Japan are strongly 
affected by the huge land mass of Siberia. During the 
winter, the interior of Siberia becomes extremely cold. 
Cold air is dense, so a cold area of high pressure forms, 
where the air sinks from aloft. When it reaches the sur- 
face, the air spreads outward in all directions. The result 
is a dry winter monsoon that blows from the north 
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KEY TERMS 


Circulation cell—A circular path of air, in which 
warm air rises from the surface, moves to cooler 
areas, sinks back down to the surface, then moves 
back to near where it began. The air circulation sets 
up prevailing (constant) winds at the surface and 
aloft. 


Convection—The rising of warm air from the sur- 
face of Earth. 


Heat capacity—The amount of heat required to 
raise the temperature of a substance; water has a 
high heat capacity, while land surfaces (soil, rock, 
etc.) and air have much lower heat capacities. 


Jet stream—High speed winds that circulate 
around Earth at altitudes of 7-12 mi (12-20 km) 
and affect weather patterns at the surface. Two 
important jet streams are the subtropical jet, flow- 
ing from west to east, and the weaker tropical jet, 
which flows from east to west. 


Monsoon—A seasonal change in the direction of 
the prevailing wind, often associated with a rainy or 
a dry season. 


Subtropics—Regions between 23.5 and about 35 
degrees latitude, in both the northern and southern 
hemispheres, which surround the tropics. 


Tropics—The region around Earth’s equator span- 
ning 23.5° north latitude to 23.5° south latitude. 


through south China and Southeast Asia. The same 
circulation affects northern China, Japan and Taiwan, 
where the prevailing wind is from the northwest. 
Although originally dry, the northwest winds pass 
over the sea and pick up moisture. When the winds 
arrive at the islands of Japan and Taiwan, they are 
forced up over the land. As a result, the western slopes 
of these islands experience a rainy winter monsoon. 


During the summer, strong heating in the interior 
of Siberia sets up the summer circulation, giving south 
China, Indonesia, and Southeast Asia humid south- 
erly winds from the equator. Japan experiences winds 
from the south or southeast, which bring in moisture 
from the north Pacific Ocean. 


When the monsoon fails 


The importance of monsoons is demonstrated by 
the experience of the Sahel, a band of land on the south- 
ern fringe of the Sahara Desert. This area would also be 
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arid if it were not for the seasonal monsoon, the rains 
from which normally transform it to a grassland suit- 
able for grazing livestock. The wetter southern Sahel 
can support agriculture, and many residents migrated to 
the area during the years of strong monsoons. 
Beginning in the late sixties, however, the annual mon- 
soons began to fail. The pasture areas in the northern 
Sahel dried up, forcing nomadic herders and their live- 
stock southward in search of pasture and water. The 
monsoon rains did not return until 1974. In the inter- 
vening six years, the area suffered devastating famines 
and loss of life, both human and animal, and placed 
extreme stress on the countries of central Africa. 


Because of their tremendous effect on many tropical 
areas, atmospheric scientists continue to study the forma- 
tion and variability of monsoons. Monsoon variations are 
still not entirely understood, making the prediction of the 
monsoon a distant goal. However, researchers have 
shown that monsoons are affected by El Nifio, the 
changes in winds and seawater that occur in the tropical 
Pacific Ocean. Research continues into modeling mon- 
soon circulations with complicated computer simulations. 


See also Atmospheric circulation; Storm. 
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ll Moon 


The moon (sometimes referred to as Luna), 
Earth’s only natural satellite, is a roughly spherical, 
rocky body that orbits the Earth at an average dis- 
tance of 238,000 mi (382,942 km). Its diameter is about 
one-fourth Earth’s diameter. Compared to moons of 
other planets, this is a large relative size. The diameters 
of other moons within the solar system are a much 
smaller fraction of their planets’ diameter. 


The mass of the moon is only about one-eightieth 
(1/80th) the mass of Earth, so the force of gravity is 
smaller. On the moon, the acceleration due to gravity 
is only one-sixth that of Earth’s gravity. Accordingly, 
masses weigh one-sixth as much on the moon when 
compared to weights on Earth. For example, an 
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The first footprint on the moon’s surface, made by astronaut 
Neil A. Armstrong on July 20, 1969, shows the fineness of the 
lunar soil. The soil is produced when moon rock is weathered 
by impacting meteors, solar winds, and extreme temperature 
changes. In many areas the soil appears to be a few meters 
thick. (U.S. National Aeronautics and Space Administration 
[NASA].) 


astronaut that weighs 180 lbs (81.6 kg) on Earth, 
would weigh 30 Ibs (27.2 kg) on the moon. The astro- 
nauts who landed there could leap high and long with 
very little effort because of the reduced gravitational 
force. This is, also, why the moon has no atmosphere. 
The escape velocity of the moon, which is related to 
the mass of the planet, is very low—about the same as 
the velocity due to collisional motion in an atmos- 
pheric gas mixture—so any atmosphere that might 
have once formed would have easily escaped the pull 
of the moon’s gravity. 


The view of the moon from Earth remains the 
same (viewing the same face all of the time) because 
it rotates on its axis at the same rate that it travels 
around Earth—once every 29.5 days. This is no mere 
coincidence. The side of the moon facing the Earth is 
attracted more strongly by Earth’s gravitational force 
than the opposite side. The force of gravity depends on 
the mass of the two interacting objects (here the Earth 
and the moon), and the moon has a mass asymmetry. 
That is, there is more mass concentrated in the half of 
the moon seen from Earth than in the other half. The 
effect is called gravitational locking and is a common 
occurrence in the solar system. 


Phases and eclipses 


Observations of the moon from Earth reveal dif- 
ferent phases of the moon with respect to the percent- 
age of lunar surface reflecting sunlight back to Earth. 
As the moon orbits Earth, it comes between Earth and 
the sun once a month at the time of a new moon, and 
orbits Earth in very nearly the same plane that Earth 


GALE ENCYCLOPEDIA OF SCIENCE 4 


orbits the sun. If the moon’s orbital plane had zero tilt 
off Earth’s orbital plane, a total lunar eclipse would be 
visible every month. 


There is actually about a 20° tilt, so total eclipses 
over selected area occur only about seven times a year, 
when Earth is directly between the sun and the moon. 
Earth’s shadow falls on the full moon, and it slowly 
becomes dark and then bright again as it moves out of 
Earth’s shadow. 


The lunar surface 


Although surface features were observed as early 
as 1600 by Italian astronomer and physicist Galileo 
Galilei (1564-1642), most information regarding the 
surface is from spacecraft exploration. 


In 1959, the Soviet Union (now, Russia) sent the 
first spacecraft to orbit the moon, sending back tanta- 
lizing photographs. American astronauts orbited the 
moon in 1968 and landed manned expeditions from 
1969 to 1972. American astronaut Neil Armstrong 
(1930-) was the first human to walk on the moon, 
which he did in July 1969. Six missions landed during 
those years, providing copious data from the lunar 
surface. Apollo experimentation included soil-testing 
devices, cameras, seismometers, solar wind collectors, 
and rock collection. The Soviet Union also landed an 
unmanned craft during this time (1970), collecting 
additional data for analysis. 


Moon rocks 


Spacecraft experimentation found mostly igneous 
rock on the moon (rock formed by cooling lava) but 
some sedimentary. The sedimentary rock was prob- 
ably formed by falling debris after meteoritic impacts. 
The igneous rock in the marina is mostly basalt, but 
the highlands are mostly anorthosites. Both types 
form from cooling lava but under different conditions 
and at different cooling rates. 


Radioactive dating of rocks brought back by the 
Apollo astronauts yields an absolute age (the time 
since the rocks solidified) of the highlands as 3.9 to 
3.8 billion years, with the final lava flow around 3 
billion years ago. 


The moon has no overall magnetic field. Accord- 
ing to the currently favored model of planetary mag- 
netic fields (the dynamo model), this means either that 
the moon probably has no molten core or that only a 
very small part of the core is molten. There is a weak 
magnetic field frozen into the rocks, however, or the 
rocks have a north pole and a south pole, so it is 
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A photo of the full moon taken from Apollo 17. The mare regions, which are relatively flat, appear as dark areas because they 
reflect less light. The highlands are lighter in color and have a more rugged surface than the mare. About one-third of the surface 
shown in this picture cannot be seen from Earth. (U.S. National Aeronautics and Space Administration [NASA]. JLM Visuals.) 


possible that the moon once had a magnetic field 
surrounding it. 


Lunar ice 


In 1998, ice was found in the moon’s craters by the 
orbiting American spacecraft Lunar Prospector. The 
frozen water is in the form of ice crystals mixed with 
dirt, and was found covering each of the moon’s poles 
in relatively large amounts. It is possible that such 
water could someday be retrieved out of the moon’s 
dirt and used by human colonies living permanently 
on the moon’s harsh surface. 


Lunar origin 


The fact that the oldest rocks on the moon are 
about the same age as the oldest rocks found on Earth 
indicates that the two were formed around the same 
time. Rather than forming by gravitational clumping 
of matter in orbit around Earth, however, the moon is 
probably a captured asteroid. Studies of the 


differences in the compositions of Earth and the 
moon indicate that, during the early stages of Earth’s 
formation, a large asteroid struck Earth a glancing 
blow, and pieces of it, as well as pieces of Earth, flew 
back up to orbit Earth in a ring like system around the 
planet. Eventually, the force of gravity caused the 
fragments to coalesce and form the moon. This is 
called the ring ejection theory of lunar origin. 


Dynamic moon 


In 2003, astronomers announced that data and 
observations indicated one particular crater might 
well be classified as the youngest crater thus far discov- 
ered. The crater, formed in 1953 by an asteroid impact, 
is the only known lunar crater to have been formed 
during recorded human history. New and more power- 
ful telescopes, along with orbiting satellite photographs 
now allow examination of the impact site. Astronomers 
have observed indications of a fresh crater in the impact 
zone (i.e., the area corresponding to the impact flash 
observed in 1953). 


A close-up of the back side of the moon taken from Apollo 13. The large mare area is Mare Moscoviense. The large crater on the 
horizon is IAU number 221. (U.S. National Aeronautics and Space Administration [NASA].) 


Although impacts continue, and thus new crater 
formation is a continuous event, the crater at the 1953 
impact site is the first new crater to be observed. 


The object that struck the moon is estimated to 
have been about 328 yd (300 m) across. The estimated 
energy released from impact would have been the 
equivalent of approximately that observed from the 
detonation of one-half megaton of TNT (more than 30 
times more energetically destructive than the atomic 
bomb dropped on Hiroshima, Japan, during World 
War II). 


Recent and future missions to the moon 


SMART-1 (Small Missions for Advanced 
Research in Technology), a Swedish-designed space- 
craft used by the European Space Agency, was 
launched from the French Guiana on September 27, 
2003. The mission of SMART-1 consisted of mapping 
the lunar surface with x-ray and infrared imaging, 
determining its chemical composition using x-ray 
spectroscopy, searching for frozen water at the south 
pole with infrared light, and mapping several moun- 
taintops of the moon. After completing is mission to 
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the moon, it was intentionally directed to crash into 
the surface of the moon on September 3, 2006, so that 
scientists on Earth could study a simulated meteor 
impact. 


Japan is developing a mission to the moon around 
2007 called Lunar-A (JAXA Lunar Orbiter and 
Penetrator Mission). Around the same time, India is 
working on a mission it calls Chandrayaan-1 (ISRO 
Lunar Orbiter Mission). Russia and China are consid- 
ering joint missions to the moon, and the United 
States is expected to return to the moon sometime 
after 2015 with its new Orion spacecraft, which is the 
replacement for the space shuttle fleet (scheduled for 
retirement in 2010). 


See also Planetary geology; Spacecraft, manned. 
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I Mooneyes 


Mooneyes are freshwater fish with very large eyes. 
Usually measuring between 16-21 inches (40-51 cm) 
long, it has a deep, laterally thin body. Because it 
generally resembles a shad or herring, the mooneye 
has acquired such common names as toothed herring, 
big-eyed shad, or white shad. Mooneyes can be distin- 
guished from shads and herrings by the presence of 
well-developed teeth on their jaws and tongues and by 
the absence of an adipose fin, which is a small, extra 
dorsal fin located well back on the fish’s spine in front 
of its tail. The anal fin of amooneye is moderately long 
with 23-33 rays, and its caudal, or tail, fin is well- 
developed. Its pelvic fins have seven to 10 rays. 
Laterally, this fish has between 54 and 61 scales. 


The mooneye belongs to the order Osteroglossids, 
generally referred to as bonytongues. Within the 
order, there are two suborders: (1) bonytongues 
(Osteoglossoidei) and (2) featherbacks (Notopteroi- 
dea). The mooneye is classified in the latter suborder 
and in the family Hiodontidae. There are two species 
commonly accepted to be in this family, the Hiodon 
tergisus (mooneye) and the Hiodon alasoides (goldeye). 
A third species, the southern mooneye (Hiodon sele- 
nops), used to be considered a separate species, but 
scientists now think that it is identical to the common 
mooneye. 


The two species can be differentiated by their eye 
coloring, dorsal fins, and the position of their ventral 
keels. As its name infers, the goldeye has gold-colored 
eyes. Furthermore, the mooneye has 11-12 rays com- 
prising its dorsal fin. The same fin on the goldeye has 
only nine or 10 rays. Finally, while both the mooneye 
and the goldeye have a fleshy keel on their belly, 
known as a ventral keel, its position on each fish is 
different. On the mooneye, the ventral keel does not 
extend in front of its pelvic fins; on the goldeye, it does. 
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The northernmost range of the mooneye extends 
northwest of the St. Lawrence River to the Hudson 
Bay and Manitoba. In the United States, these fish live 
in Lake Champlain west to the Great Lakes, mostly in 
Lake Ontario and Lake Erie. In the Mississippi River, 
these fish occur as far south as Arkansas. The moon- 
eye can also be found in the Mackenzie River system. 


Mooneyes generally eat insects, but larger fish will 
eat mollusks and minnows if given the opportunity. 
They are abundant in their natural ranges, however, 
they are little known by fishermen. Although moon- 
eyes are not considered to be gamefish, they will fight 
actively if hooked. Commercially, it is of negligible 
importance, its flesh being edible but not tasteful. 


| Moose 


The moose (Alces alces), also known as elk in 
Europe, is a horse-sized, northern species of deer that 
occurs in the boreal and north-temperate forests of 
both North America and Eurasia. At one time, the 
Eurasian and American moose were considered to be 
separate species, but these animals are fully interfertile 
and are now thought to be the same species. However, 
there are many geographically distinct subspecies of 
these animals. 


Like other deer (family Cervidae), moose have clo- 
ven hooves, and are therefore in the mammalian order 
Artiodactyla. Moose are the largest animals in the deer 
family, weighing as much as 1,750 Ib (800 kg) and 
standing as tall as about 6.6 ft (2 m). The largest 
moose occur in Alaska (Alces alces gigas). Moose are 
unusual-looking animals, with a long and large head, 
long legs, a short neck and tail, and a hump over their 
shoulders, which are taller than their hips. Moose con- 
vey a superficial appearance of ungainliness, but they 
can run swiftly and skillfully over difficult, uneven, and 
wet terrain. Moose are also good swimmers. 


Moose are ruminants, meaning their stomach is 
divided into four discrete chambers, which are con- 
cerned with particular, sequential aspects of digestion 
of the fibrous plantbiomass these animals feed upon. 
Moose ruminate, meaning they regurgitate and 
rechew forage that has spent some time fermenting in 
one of the fore-chambers of the stomach. 


Moose have large, shovel-shaped antlers, which 
are bony outgrowths of the frontal bones of their skull, 
a characteristic shared with other species in the deer 
family. The antlers of moose only develop on male 
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Male moose feeding on vegetation. (Robert J. Huffman. Field Mark Publications.) 


animals. The antlers of the oldest, strongest males are 
especially large and wide (up to 6.6 ft [2m]), and they 
have intricate outgrowths known as tines on their 
edge, which can number as many as forty. The antlers 
of moose are deciduous, meaning they are grown dur- 
ing the springtime and summer, for use in jousting 
with other males for access to females during the rut- 
ting season, and are later shed in the late autumn or 
early winter. While the antlers are growing, they are 
covered with densely vascularized tissue known as 
velvet, which dries once the antler growth is complete 
by the late summer. The dry velvet is removed by 
rubbing against trees and other solid objects, leaving 
only the bare antler bone exposed. Male moose also 
have a large dewlap hanging under their neck, some- 
times called a bell. 


During the autumn rutting season, fights between 
evenly matched bull moose can be dramatic contests, 
and can lead to death for one of the combatants. 
Rarely, two bulls will lock their horns together so 
tightly that it causes the death of both animals. Bull 
moose are extremely aggressive during their rut, and at 
this time they are dangerous to humans. 
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Moose calves are born one or two at a time, and 
they are precocious, meaning they are capable of 
standing and moving about with their mother soon 
after birth. The calves nurse for up to a year, and 
moose can live for as many as 25 years. Moose are 
not very social animals, mostly coming together only 
for the purposes of breeding. In some regions with 
deep snow in the winter, moose may aggregate in 
dense stands of conifer trees, known as yards. 


Moose feed on a wide variety of plants, and their 
diet varies seasonally. Most of the year moose feed by 
browsing on the young shoots and foliage of woody 
shrubs and short trees. During the summer these ani- 
mals prefer to eat herbaceous vegetation, including 
aquatic plants, which they seek while standing in the 
water, often feeding beneath the surface. At these 
times, individual moose can be approached rather 
closely (and carefully) by canoe, and can be taken 
totally by wide-eyed surprise when they lift their 
heads above water again, subsequently running away 
with enormous splashes. 


The upper lip of the moose is unusually large and 
prehensile, and is adapted to feeding on woody plants. 
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KEY TERMS 


Browse—A food consisting of the foliage, twigs, 
and flowers of woody plants. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Rutting season—A period of sexual excitement in an 
animal, for example, in bull moose during the autumn. 


Yard—A wintertime, forested habitat of certain spe- 
cies of deer, generally dominated by coniferous trees 
and having a relatively shallow accumulation of snow. 


The long legs of moose make it easy for them to feed 
relatively easily in the canopy of shrubs and trees. 
However, this trait, in combination with their short 
neck, makes it difficult for these animals to feed on 
lower-growing, herbaceous vegetation. Therefore, 
when grazing on grasses and forbs, moose often must 
kneel rather awkwardly. Moose diets are generally low 
in sodium, and these animals therefore crave salt. As 
a result, moose (and other deer) are sometimes 
seen along roadsides, eating vegetation that is rela- 
tively rich in sodium because of the use of road salt 
in winter. 


Moose are hunted throughout their range, both 
for sport and as a source of wild meat and tough hides. 
Until rather recently, moose were overhunted 
throughout much of their range, and their populations 
were reduced to low levels. Now, however, the hunting 
of most moose populations is regulated, and their 
abundance is somewhat higher. 


In some regions of eastern North America, white- 
tailed deer (Odocoileus virginianus) have become quite 
abundant. This has largely happened because of 
human activities that create favorable habitat for the 
white-tailed deer, such as some types of forestry and 
the abandonment of agricultural lands. If moose also 
occur in places where white-tailed deer are abundant, 
they may suffer from a debilitating nematode parasite 
known as brainworm (Parelaphostrongylus tenuis). 
The deer population is resistant to this parasite, but 
the brainworm is abundant where the deer are 
common, and the moose population consequently 
suffers. 
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Bill Freedman 


Mormyridae see Elephant snout fish 


[ Morphine 


Morphine, C,7H,)NO3 - H2O, is a narcotic anal- 
gesic drug used primarily in medicine for its pain kill- 
ing properties. Morphine was isolated from opium in 
1805 and named for Morpheus, the Greek god of 
sleep, by German chemist and pharmacist Friedrich 
W. Serttirner (1783-1841). 


In 1805, opium was widely used for its euphoric 
effects. Sertiirner decided to investigate the compo- 
nents of poppy juice, from which opium is derived. 
He found an unknown acid, converted it into a crys- 
talline precipitate, and named it principium somnife- 
rum. Having determined that this substance was the 
active ingredient in opium, in 1809, Serttirner recom- 
mended the cultivation of the poppy on a large scale as 
a way to further the national economy since morphine 
was used in the production of the popular drug and 
poppy seed oil. In 1815, Sertiirner and three young 
volunteers each took three 30-milligram doses of prin- 
cipium somniferum over a period of 45 minutes. They 
did not resume their normal functions until several 
days later! 


In 1817, Serttirner published a paper describing 
the drug, in which he changed its name to morphium. 
The same year, the name was changed to morphine by 
the French chemist Joseph Gay-Lussac (1778-1850). 
During the 1800s, French physiologist Frangois 
Magendie (1783-1855) advanced the use of morphine 
in medicine, administering it both orally and by 
injection. 

Morphine’s popularity on the U.S. Civil War bat- 
tlefields (1861-1865) boosted its general use in the 
treatment of many kinds of discomfort. In fact, a 
leading British doctor during this era called morphine 
“God’s own medicine.” However, at war’s end, over 
400,000 soldiers were addicted to morphine, at that 
time called the Army disease. Thousands of more 
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people worldwide were also tragically addicted to mor- 
phine during this same time. Many chronicles of addic- 
tion have been written, including Eugene O’Neill’s 
(1888-1953) semi-autobiographical play Long Day’s 
Journey Into Night. 


Morphine, also called morphia, is the principle 
and most active alkaloid obtained from the unripe 
seed capsules of the opium poppy, Papaver somnife- 
rum. There is evidence that morphine was ingested, in 
the form of opium, thousands of years BC. Morphine 
can be synthesized in a laboratory but because it is 
difficult to do so, the medical industry relies on coun- 
tries that produce opium such as India and Turkey for 
their morphine supply. The drug occurs as a white 
crystalline powder or colorless crystals and is available 
for legal medical use. Morphine and synthetically 
made morphinelike drugs are most often given to 
people who have pain caused by physical trauma, or 
those who have intense pain caused by diseases such as 
cancer. 


Morphine, a bitter tasting, pain-relieving, habit- 
forming alkaloid drug, has similar painkilling proper- 
ties to endorphins and enkephalins, a group of amino 
acid compounds produced in the pituitary gland. The 
molecular structure of morphine is so much like that of 
endorphins that it is able to bind to and occupy speci- 
alized receptor sites located in various pain centers in 
the central nervous system. Morphine also alters the 
release of neurotransmitters. The perception of pain is 
thus changed and the emotional reaction to pain (fear 
of, or anticipation of pain) is also affected. Morphine 
also affects the bowel and causes constipation. One’s 
pain threshold is elevated by morphine’s ability to 
induce an extreme state of relaxation. Other effects 
of morphine include drowsiness, slowing of respira- 
tion, cough suppression, changes in the endocrine and 
autonomic nervous systems, nausea, and vomiting. 
The most serious side effect of morphine, as with 
other drugs derived from opium, is its addictiveness. 
For this reason, scientists have strived to synthesize 
drugs that mimic the painkilling attributes of mor- 
phine but do not have the same addictive properties. 
Two semi-synthetic drugs that can be made from mor- 
phine are codeine, which is used for pain relief and 
cough suppression, and diacetylmorphine or heroin, 
an extremely potent and addictive drug. 


Developed by the Bayer Company of Germany in 
1898, heroin is obtained by treating morphine with 
acetic anhydride. Heroin, which is four to eight times 
as potent as morphine, was originally used as a cough 
suppressant and narcotic analgesic. However, it 
proved to be even more addictive and have worse 
side effects than morphine and codeine. Although 
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heroin is converted into morphine in the body, it acts 
on the brain faster than morphine. Heroin has greater 
lipid solubility and is able to cross the blood-brain 
barrier more easily. 


In 1906, the Pure Food and Drug Act required 
that the use of morphine be labeled onto patent med- 
icines and tonics. Later, other laws were enacted that 
restricted the importation of morphine. By 1914, the 
Harrison Narcotics Act prohibited the possession of 
morphine and other narcotics unless prescribed by a 
medical physician. In the United States, heroin was 
sold over-the-counter as a cough suppressant until 
1917. Because of its exceptional pain killing proper- 
ties, heroin abuse has been a problem since it was 
discovered; however, addiction to heroin was not 
prevalent until after World War II (1941-1945). 
Today, the use and trafficking of heroin are a major 
problem throughout the world. Recent medical stud- 
ies show that morphine is produced naturally in very 
small amounts within the brain. Today, morphine is 
used most often for short-term, post-operative pain 
control, while methadone is used to treat opiate addic- 
tion and for long-term pain control. 
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[ Mosquitoes 


Mosquitoes belong to an order of insects called 
Diptera, which includes the common housefly. All 
together, the Diptera order, the flies, are responsible 
for carrying diseases to more than 50% of the world’s 
population. Some 120,000 species of Dipteran flies 
have been catalogued, which includes more than 
2,500 species of mosquitoes. More than 15,000 species 
of flies and 150 species of mosquitoes are found in 
North America. 


Some species of mosquitos in the genera Anopheles, 
Aedes, and Culex are responsible for infecting human 
beings with diseases such as malaria, filariasis, and yel- 
low fever. While pest flies carry diseases to humans and 
animals and cause a considerable loss to agricultural 
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Mosquitoes 


A mosquito withdraws its proboscis after feeding in Alpena, 
Michigan. (Rod Planck. National Audubon Society Collection/ 
Photo Researchers, Inc.) 


crops, their larvae also serve an important function in 
the process of decomposing dead plant and animal 
material, a role they share with many bacteria and 
fungi. Mosquito populations are a part of this process. 


Characteristics 


Mosquitoes have two pairs of wings, but their 
second pair of wings are reduced to short, peglike 
structures called ha/teres. Mosquitoes have thin, long 
bodies and three pairs of extremely long legs. They 
have scales along the veins of their wings and long 
beak like, sharp sucking mouth parts called a probos- 
cis. These two features distinguish mosquitoes from 
other flies. Mosquitoes also have feathery or hairy 
antennae. 


Female mosquitos are ready to mate within a few 
hours after reaching their adult stage, and males are 
usually ready within 24 hours. Mating typically occurs 
while the mosquitoes are in flight, but sometimes it 
occurs on the ground. The tone of the female wing beat 
attracts males, and they grab the females with their 
hind legs. Mating among mosquitoes is related to their 
swarming habits, which in some species, but not all, is 
the preliminary behavior to mating. Swarming usually 
occurs around sunset and near fences or other objects 
and can last from 10-30 minutes. 


Mosquitoes feed on sweet nectar, fruit, and other 
sugary substances. The females of some mosquito spe- 
cies also feed on blood, which they need in order for 
their ovaries to mature and for their eggs to develop. 
The female blood meal can take place before or after 
she has mated. Female mosquitoes detect their blood 
hosts partly through the sense of smell and partly by 
sight. The distance over which a mosquito can detect a 


2852 


blood host can range from 20-90 feet (6-27 m). 
Research indicates that mosquitoes are attracted to 
hosts already under attack by other mosquitoes. 
Some adult male humans are more desirable to them 
than women or children. Human beings are not the 
only blood hosts that mosquitoes attack. This “vam- 
pire” of the insect world is known to feed on mam- 
mals, birds, lizards, fish, bats, and even caterpillars for 
its blood meal. 


Life cycle 


Mosquitoes have four stages in their life cycle 
beginning with the egg, then proceeding into a larva 
stage, followed by a pupa stage, and finally adulthood. 
Female mosquitoes deposit their eggs in a number of 
different environments depending on the particular 
species. While the larvae can only live in water, eggs 
are not always laid in water. Some species deposit their 
eggs in areas that may not be flooded for a number of 
years, but the eggs can survive for several years until 
the next flood. Other species deposit them separately 
on top of the water and others deposit them in groups 
on the water’s surface. These are called “rafts.” When 
the eggs are first laid they are white in color, but they 
change to black or brown in a short time. Some mos- 
quito eggs, such as the Anopheles, have a hull-like 
shape with extensions on either side, giving them the 
appearance of tiny rafts. Some mosquito eggs are able 
to trap air bubbles. From 30-500 eggs are laid at one 
time by females, depending on the species. Most hatch 
in two or three days into aquatic larva. 


During the larval stage, they feed on plankton and 
move by wiggling, hence the name “wiggler,” which is 
applied to mosquito larvae. The larva life span varies, 
again depending on the species. Some develop rapidly 
within days, while others may take months to develop. 
They also exhibit a variety of feeding habits, from 
scavenging dead food, bottom or surface feeding of 
plankton, to eating other living organisms. The next 
stage, the pupa, which occurs just before maturity, 
takes place on the surface of the water, where the 
pupa breaks out of the larva shell. The transformation 
from larva to pupa takes only several minutes and 
occurs at the surface of the water. The pupa stage 
lasts from two to three days in the tropics to several 
weeks in cold climates. 


As adult mosquitoes leave the pupal stage they 
swallow air which helps them expand their abdomen 
and wings. Among the various species there are differ- 
ent ratios of male and female births. The life span of 
mature mosquitoes ranges from a few days to over a 


GALE ENCYCLOPEDIA OF SCIENCE 4 


month depending on the species and the climate. 
Those living in hotter climates tend to have a shorter 
life span. 


Malaria and yellow fever 


Through her blood sucking, the female mosquito 
carries diseases like malaria and yellow fever to human 
beings. While it has been wiped out in some parts of 
the world, malaria is a disease that is still contracted in 
many places of the world. The illness is characterized 
by periodic fever and chills in the victim. Malaria is 
caused by a protozoa that was first identified by 
English physician Ronald Ross (1857-1932) in 1898. 
Not all mosquitoes carry the protozoa that causes 
malaria, but those that do deposit a parasite in the 
bloodstream that is capable of infecting the person. 
There are effective drug treatments and preventions 
for malaria today, but those who have had the disease 
are susceptible to relapses. The main vector of the 
malarial parasite are species of Anopheles mosquito. 
Open control measures for the disease include spray- 
ing against adult flies and treating water sources where 
the larvae develop. 


Yellow fever is another mosquito-borne disease, 
which causes jaundice in the victim. The mosquito that 
carries the yellow fever virus to humans during its 
blood meal is Aedes aegypti. Jaundice causes a person 
to appear yellow in color, hence the name. While there 
is no exact treatment for yellow fever, most people 
recover and have an immunity to the disease for the 
rest of their lives. Immunization against the disease is 
available through vaccination, but the most effective 
method used to prevent yellow fever is through meas- 
ures to control mosquito populations that transmit the 
disease to humans. 


Much time and effort have been dedicated to 
mosquito research. Because they are such a nuisance 
to people, and because they transmit so much disease 
globally, billions of dollars are spent in finding ways to 
control their numbers. One area of research has been 
in finding the genetic basis of insecticide resistance. In 
the past, pesticides like DDT were very effective 
against mosquitoes and helped reduce the incidence 
of disease and death in malaria-stricken areas of the 
world. Mosquito populations, however, developed 
resistance to insecticides relatively rapidly so that 
now, many insecticides are ineffective and the toxic 
effects to the environment and to humans directly 
outweigh their use in killing mosquitoes. Research is 
underway at many institutions to identify the genes 
within mosquitoes that allow them to develop resist- 
ance to chemical insecticides. Once identified, 
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KEY TERMS 


Halteres—Shortened appendages in flies and mos- 
quitoes at the rear of the thorax, where other insects 
have wings. Halteres help flies balance themselves. 


Larva—tThe initial stage of a mosquito after it 
hatches from its egg. 


Pupa—An insect in the nonfeeding stage during 
which the larva develops into the adult. 


scientists hope to create transgenic, or genetically engi- 
neered, mosquitoes that will no longer carry the resist- 
ance genes. The new susceptible mosquitoes would 
then be bred in mass numbers and released into the 
wild to breed with existing mosquitoes, breeding-out 
the ability to adapt to pesticides in the process. 


Similarly, geneticists hope to use mosquitoes as 
vectors to breed out the ability to transmit malaria. By 
creating transgenic mosquitoes that lack the ability to 
act as a host to the parasite causing malaria in humans, 
scientists hope to breed-out, or replace, natural pop- 
ulations with new mosquitoes that do not transmit 
malaria. Genes conferring resistance to malarial infec- 
tion have already been identified in malaria transmit- 
ting species of mosquitoes. Research is now underway 
to splice the genes into developing mosquito eggs in 
order to create the new malaraia-resistant transgenic 
mosquitoes to be released into the wild. 
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| Moss 


The mosses are the largest of the three classes in 
the plant phylum Bryophyta. They have been divided 
into three subclasses: the true mosses (Bryideae), the 
peat mosses (Sphagnideae), and the granite mosses 
(Andreaeideae). The familiar small, green, and 
“leafy” moss plant is known as the gametophyte. 
This haploid multicellular phase is dominant in the 
moss life cycle. The mosses are the most broadly dis- 
tributed of the three classes of bryophytes (which also 
includes liverworts and hornworts). There are more 
than 15,000 species of mosses worldwide. 


Bryophyte characteristics 


Mosses share numerous features with the two 
other classes of bryophytes. They are more complex 
than algae yet simpler than the higher vascular plants. 
Like higher plants, bryophytes use chlorophyll-a, 
chlorophyll-b, and carotenoids as photosynthetic pig- 
ments. Their food reserves are stored as starch. 
Cellulose is found in their cell walls (cell-produced 
rigid structures that are external to the plasma mem- 
brane) and they form cell plates (structures made of 
membranes representing the site of newly created cells) 
during cell division. Their spores, units capable of 
maturation, develop as a tetrad (a group of four 
cells) by meiosis, divisions of the cell nucleus that 
halve the number of chromosomes. 


Two features of bryophytes tend to restrict them 
to moist environments, such as bogs and woodlands. 
First, unlike vascular plants, bryophytes lack a system 
with xylem and phloem for efficient transport of water 
and food. Second, the male sperm cells of bryophytes 
must swim through water to reach the female egg cells. 


Bryophytes also differ from higher plants in that 
the sporophyte, the spore-producing diploid tissue, is 
nutritionally dependent on the dominant haploid 
gametophyte. In higher plants the gametophyte is 
dependent on the dominant sporophyte. 


Moss characteristics 


Mosses have several characteristics that distin- 
guish them from other bryophytes. Only mosses have 
a multicellular rhizoid, a root like subterranean tissue 
that absorbs water and nutrients from the soil. 
Liverworts and hornworts have single celled rhizoids. 
Mosses have radial symmetry, in that a cut down the 
long axis of an individual gives two similar halves. 
Hornworts and mosses are unique bryophytes in that 
they have stomata, cells specialized for photosynthetic 
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gas exchange, on their sporophytes. Liverwort sporo- 
phytes lack stomata. In addition mosses do not have 
true leaves or stems. Their leaf like structures are 
called phyllids. They are typically only one cell thick, 
although phyllids in some species are several cells 
thick. 


Life cycle 


A haploid moss spore germinates and gives rise to 
a protonema, a green multicellular tissue that super- 
ficially resembles a filamentous green alga. Under 
appropriate conditions, other moss cells can also be 
induced to form protonema. The protonema is typi- 
cally subterranean and is rarely seen. 


Buds form on the protonema producing the famil- 
iar “leafy” moss plant. Male and female reproductive 
organs typically grow near the tips of the “leafy” 
gametophyte. These are termed antheridia and arche- 
gonia, respectively. Most species are monoecious, in 
that antheridia and archegonia are on the same indi- 
vidual. Other species are dioecious in that antheridia 
and archegonia are on different individuals. 


The archegonium is multicellular and produces a 
single immobile egg. The antheridium is also multi- 
cellular but it makes many motile sperm cells each with 
two flagella. A sperm cell swims through water to 
reach the archegonium. Then it travels down a tube 
in the archegonium to fertilize the egg and form a 
diploid zygote. 


The zygote undergoes repeated cell division and 
elongates to become a multicellular sporophyte while 
still attached to the ‘leafy’ gametophyte. The thin stalk 
of the sporophyte is called the seta and the enlarged tip 
is called the capsule. The moss sporophyte is photo- 
synthetic early in development, but later depends on 
the gametophyte for nutrition. Late in development, 
the sporophyte dries out and turns brown. Then the 
operculum (lid) comes off the capsule and haploid 
spores are released to the environment. The subclass 
of true mosses (Bryideae) are unique in having special 
peristome teeth inside the cap, which regulate spore 
dispersal. 


Habitat and ecology 


Mosses are typically found in moist environments 
although most species can withstand prolonged peri- 
ods of desiccation. In terrestrial ecosystems, mosses 
are important in preventing soil erosion. Numerous 
species of moss are found in fresh water but there are 
no salt water species. 
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The life cycle of a generalized moss. (Hans & Cassidy. Courtesy of Gale Group.) 


Mosses are particularly prominent in the tropics, 
however, they have a significant presence in the boreal 
forest, the woodlands of the temperate zones, and 
tundra regions. In the arctic tundra, mosses can con- 
stitute 50-90% of the ecosystem’s biomass. 


Evolution 


The earliest known moss fossil is from the early 
Carboniferous period, about 320 million years ago. 
Mosses are not well-represented in the fossil record 
because their soft tissue is not well preserved. An 
examination of extant species indicates that bryo- 
phytes are a polyphyletic group. They appear to have 
evolved from more than one ancestral line. 


Most botanists believe that mosses evolved from 
aquatic ancestors but there is debate about their evolu- 
tionary ancestry. It is commonly accepted by most 
botanists that mosses evolved from a simpler filamen- 
tous green alga. Although bryophytes appear inter- 
mediate in complexity between algae and vascular 
plants, they are unlikely to be an evolutionary “miss- 
ing link” between these two groups. 
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Importance to humans 


Compared to other groups of plants, mosses are 
not very economically important. However, Sphagnum 
moss has a long history of diverse uses and is certainly 
the moss of greatest importance to humans. In its nat- 
ural habitat, sphagnum selectively absorbs certain ions 
and secretes others. The bogs in which it grows become 
acidic and anaerobic over time, and the decomposition- 
rate by bacteria is particularly slow in these bogs. 
Organisms buried in sphagnum bogs remain well- 
preserved for a very long time. 


Currently, the most common use of Sphagnum is 
by gardeners. They often mix dried sphagnum (peat 
moss) with soil to improve the water-holding capacity 
of soil. The American white cedar grows in sphagnum 
bogs. This tree has been used for a long time to make 
shingles for houses because its wood resists rotting. In 
the 1700s, most of America’s white cedar came from 
sphagnum bogs in the Pine Barrens of New Jersey. 
After all the standing trees were cut down, trees that 
were buried deep in the bogs for up to 1,000 years were 
dug up and used. These cedar trees had been preserved 
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by the anaerobic and acidic environment created by 
sphagnum moss. Cedar was mined from New Jersey’s 
sphagnum bogs until the 1850s. 


Sphagnum has antiseptic properties and can hold 
up to 20 times its weight in water, much more than 
cotton. Sphagnum was used as a bandage for soldiers 
wounded in the Russo-Japanese War (1904-1905) and 
World War I. By using sphagnum for bandages, cot- 
ton could be saved for making gun powder. 


Peat derived largely from sphagnum is important 
as a fossil fuel, particularly in Scotland and Ireland. In 
Scotland, sphagnum also has an important role in the 
making of scotch whiskey. Many scotches are made 
from grains are steeped in water from a sphagnum bog 
during the malting procedure. Later, the malted grains 
are boiled over a fire of burning sphagnum peat. These 
uses of sphagnum peat impart a characteristic flavor 
and aroma to scotch whiskey. 


Many conservationists have been concerned with 
the irreversible loss of valuable wetlands due to peat 
moss harvesting. The process of peat harvesting 
includes draining the sphagnum bog, after which spe- 
cialized machines clear the drained bog of large vege- 
tation. Next, ditches are dug that lower the water 
table, allowing peat to dry. Heavy vacuuming equip- 
ment is then used to remove the dried peat. In recent 
years, peat harvesting has increased because new uses 
for peat have been discovered. An especially impor- 
tant use is as a natural oil absorbent to clean up oil 
spills. However, the concerns of environmentalists 
have created codes of practice for harvesting peat, so 
that it will remain a sustainable resource. 


It is estimated that peat can reform at a rate of 
about 0.1-0.7 inch (1-2 mm) per year. Therefore, it is 
believed that harvested peatlands can be restored to 
ecologically balanced systems within 20 years after 
harvesting. Many efforts have been made to ensure 
the survival of bogs. In Canada for instance, millions 
of acres of bogs have been protected by creating nat- 
ural parks that are not harvested. Also, new under- 
standing of wetland ecology has started to help 
accelerate the restoration of sphagnum bogs after 
peat harvest. Some hope to accelerate the process 
from 20 years to as little as five years by transplanting 
live sphagnum moss back into harvested areas, and by 
spreading sphagnum spores to encourage growth. 


There are also several vernacular plant names in 
which the word moss is misused. Spanish moss is a 
flowering plant and relative of the pineapple. Reindeer 
moss is a lichen. Moss pink is a garden flower in the 
Phlox genus. Irish moss is a red alga. Club moss is a 
simple vascular plant. 
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KEY TERMS 


Biomass—Total weight, volume, or energy equiv- 
alent of all living organisms within a given area. 


Cytokinesis—The physical division of the cyto- 
plasm of a eukaryotic cell to form two daughter 
cells, each housing a newly formed nuclei. 


Diploid—Nucleus or cell containing two copies of 
each chromosome generated by fusion of two hap- 
loid nuclei. 


Gametophyte—The haploid, gamete-producing gen- 
eration in a plant's life cycle. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Meiosis—Division of the cell’s nucleus in which 
the number of chromosomes is reduced by half; 
typically from the diploid to the haploid. 
Sporophyte—The diploid, spore-producing gener- 
ation in a plant’s life cycle. 
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ll Moss animals 


Moss animals, polyzoa, or ectoprocts (phylum 
Bryozoa) are some of the most abundant and wide- 
spread organisms in the animal kingdom. A consider- 
able amount of confusion has surrounded the 
taxonomic arrangement of the moss animals. A sim- 
ilar, although not so diverse, group of animals known 
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as entoprocts have now been distinguished in their 
own phylum, Entoprocta. The vast majority of moss 
animals are exclusively marine-dwelling species (class 
Gymnolaemata), with just a few of the more than 
4,000 species described to date found in freshwater 
ecosystems (class Phylactolaemata). A third class, 
Stenolaemata, is also recognized, but contains rela- 
tively few living marine species. More than 500 species, 
however, have been recorded in fossil history. 


This phylum is one of the largest of all animal 
taxonomic groups. Individually, moss animals are all 
tiny, often microscopic, animals that rarely measure 
more than 0.04 inch (1 mm) in length. However, indi- 
vidual animals (or zooids, as they are known) congre- 
gate to form large encrusting colonies, which may 
reach more than 3.3 feet (1 m) in diameter. Most 
species live in shallow waters, although some have 
been recorded from a depth of 18,045 feet (5,500 m). 
Colonies may form on any hard surface that is con- 
tinuously under water—rocks, shells, submerged tim- 
bers, seaweeds, etc. 


Each animal is contained within its own body 
wall, which has just a single opening. A thin outer 
covering is secreted from the body wall to provide 
some support; there are no muscles within the body 
wall. The bulk of the body is taken up with the feeding 
and digestive system. There are no respiratory, circu- 
latory, or excretory organs. 


Moss animals vary widely in appearance: some 
are oval, while others are almost square or vase- 
shaped. The top of each animal is dominated by a 
special feeding structure known as the lophophore. 
Basically this consists of a crown of 8-100 ciliated 
tentacles which are used to create watercurrents for 
filter-feeding. The mouth opening lies within the circle 
of tentacles, but the anus is outside—an adaptation to 
prevent fouling the tentacles with body wastes. When 
the animal is feeding, the lophophore is pushed out 
through the opening and the tentacles extended. The 
current created by the beating of tiny cilia sweeps a 
small water current down toward the base of the 
lophophore. Tiny food particles, mainly plankton, 
then enter the pharynx and pass through the digestive 
system to the stomach. Some species have a special lid 
that closes over the opening of the lophophore when 
the animal is not feeding. 


Most bryozoans (including all freshwater species) 
are hermaphroditic—that is, each individual animal 
contains male and female reproductive organs. 
Reproductive patterns vary considerably across the 
phylum: some species release eggs and sperm simulta- 
neously to the sea, with fertilization taking place 
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outside the body. Others retain their eggs, which are 
fertilized by sperm borne in with the water column. 
Some species may be self-fertilizing. The resulting tro- 
cophore larvae are released from the body wall and 
disperse with the water currents. Most larvae are non- 
feeding and settle within a few hours of having been 
released from the parent animal. When an individual 
larva settles, it may reproduce and spread by asexual 
means, forming identical zooids to the parent cell. 


| Mossbauer effect 


The physical phenomenon known as_ the 
Mossbauer effect is the recoil-free emission and reso- 
nant absorption of gamma (y) rays from the nuclei of 
certain radioactive isotopes such as °*’Fe. These y-rays, 
as emitted, do not lose energy from the recoil of the 
nuclei because the recoil momentum due to their emis- 
sion or absorption is taken up by the entire bulky 
sample rather than by the emitting or absorbing 
nucleus itself. Under such conditions, the nuclei are 
bound rigidly in the lattice of a crystal, and the energy 
of recoil is negligible. Spectra based on Méssbauer 
effect have found numerous applications in studying 
the valence of an element in a chemical compound, the 
state of the irons and their electronic structure, as well 
as structural and magnetic properties of magnetic bulk 
and thin-film materials. 


The Mossbauer effect was first reported by German 
physicist Rudolph Ludwig Méssbauer (1929-) in 1958. 
Three years later, he won the Nobel Prize with his dis- 
covery. Since then, it is believed that nuclear y-ray 
emission and absorption process can take place in 
recoil-free fashion. In reality, of course, scientists 
observe both recoil and recoil-free events. Méssbauer 
also utilized the Doppler (velocity) shift to modulate the 
y-ray energy so that the Méssbauer effect could be 
developed into a spectroscope for material character- 
ization. The emission of y-rays with natural or nearly 
natural line width allows for observing in the y-ray 
spectra the interaction between the nucleus and its 
atom in solids and viscous liquids. 


A radioactive parent of Co (cobalt), Ta (tantalum), 
serves as the primary source of the excited nuclear state of 
the ironisotope °’Fe*. °’Fe* decays rapidly and emits a y- 
ray that strikes another °’Fe (or of the absorber or of the 
sample to be studied) in its ground state. If the energy of 
the y-ray matches the *’Fe-°’Fe* energy separation, it 
will be absorbed via a resonant absorption process and 
°"Fe is excited. Since scientists need to match the y-ray 
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KEY TERMS 


Doppler effect—The apparent change in the wave- 
length of a signal due to the relative motion 
between the source and observer. 


Doppler shift—The shift in frequency due to the 
Doppler effect. 


Hyperfine interaction—The magnetic interaction 
between the magnetic moment of a nucleus and 
the magnetic moment of an electron. 


frequency to the absorber energy levels, the energy of 
emitted y-ray is modulated via the Doppler effect by 
oscillating the radioactive source. Therefore, absorption 
is observed as a function of relative velocities. The y- 
radiation of interest is detected by a counter, and the 
data are processed by a multichannel analyzer in which 
each channel corresponds to a different velocity and a 
mechanism for synchronization is also installed. Certain 
elements and compounds have to be examined at cryo- 
genic temperatures such as -452°F (-269°C) to see the 
Mossbauer effect. The final results, or Méssbauer spec- 
tra, are usually plotted as curves of transmission (T) in % 
versus relative velocity and the transmitted intensity is a 
minimum at the velocity of exact resonance. These spec- 
tra consist of sharp lines due to recoil-free emission or 
absorption and of a featureless background due to recoil 
events and irrelevant radiation. 


The transitions involved in the Méssbauer effect 
and the basic principle of Méssbauer spectroscopy, 
occur where the area is enclosed by a dash box and 
kept at cryogenic temperature. 


In Méssbauer spectra, the resonance is shifted rela- 
tive to the source frequency, generally called isomer shift. 
Such a chemical shift is due to a difference in the s 
-electron density or the shielding of s -electrons between 
two cases. Therefore, a measure in the isomer shift pro- 
vides us with the information on s-orbitals involved in the 
chemical bonding. In addition to the isomer shift, there 
are the second-order Doppler shift caused by temper- 
ature effects and the gravitational red shift caused by 
differences in the potential energy between the source 
and the absorber. Magnetic effects due to a net electron 
spin or an unpaired electron density, on the other hand, 
often make the spectra split into several lines. For a 
quadrupolar nucleus under certain conditions, or a 
change in the symmetry of the electron distribution, the 
energy of the nucleus exhibits a dependence on the nuclear 
orientation. This will then lead to the electric quadrupole 
splitting. When scientists look at Méssbauer spectra, the 
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effect due to magnetic field and quadrupole splitting can 
be easily identified. 


Based on the aforementioned mechanisms, 
MOssbauer spectroscopy has been applied successfully 
in all fields of natural science. For instance, 
MOssbauer effect study provides local information 
on both magnetism via the hyperfine interaction and 
structure via the electric quadrupole interaction in 
ferromagnetic films. It evaluates electromagnetic 
moments of excited states. The differences in chemical 
bonding due to the change in valence state lead to 
variations of the occupation of the conduction band 
and the magnetic exchange coupling also manifests in 
the Mossbauer spectra. When a small amount of 
impurities is introduced in order to improve the mag- 
netic properties and chemical stability of the material, 
MOssbauer spectroscopy can help find at which crys- 
tallographic sites of the matrix material the impurity 
atoms are located. Since iron occurs in a variety of 
biologically important compounds or heme proteins, 
MOssbauer spectroscopy also has found use in molec- 
ular biology and clinical diagnosis. 
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] Moths 


Moths, along with butterflies, belong to the order 
Lepidoptera, the second largest order of insects. They 
possess two pairs of wings covered with microscopic, 
overlapping scales having distinctive colors and patterns. 
The body and legs are covered with scales, or with long, 
hairlike bristles. The adult lepidopteran lacks mandibles 
(found in most other insects); it feeds on liquids, mostly 
nectar, by means of a long proboscis, which is coiled in a 
spiral under the head when not in use. The proboscis is 
extended by bloodpressure and coiled by muscular 
action. In some instances, the adult moth does not feed 
and lacks the proboscis. The head of the adult insect 
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A cecropia moth larva (Hyalophora cecropia). (Robert J. 
Huffman. Field Mark Publications.) 


A cecropia moth (Hyalophora cecropia). Adults of this 
species are seen increasingly in urban areas, and often 
during the day. (Robert J. Huffman. Field Mark Publications.) 


bears a pair of large compound eyes with many facets, 
and usually also a pair of simple eyes or ocelli. The 
antennae are long and many segmented. The lepidop- 
teran life cycle has four stages: the egg; the larva (called 
caterpillar), which molts several times as it feeds and 
grows; the pupa, which is a non-feeding, quiescent 
stage; and the adult (or imago). 


The larva is usually the most conspicuous stage in 
the life cycle. It feeds voraciously, usually on leaves, 
but in various cases by boring in stems, or fruit, or 
stored grain, or by chewing on fur, wool, or other 
material. Unlike the adult, the larva has strong man- 
dibles and other mouth parts for cutting and chewing 
its food. The larva bears several pairs of simple eyes, 
but no compound eyes. Each of its three thoracic seg- 
ments bears a pair of typical many-jointed walking 
legs, which become the legs of the adult. In addition, 
several of its ten abdominal segments bear a pair of 
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soft unsegmented, “prolegs” with hooklike processes, 
which help in crawling and grasping. The larva of any 
given species undergoes a specific number of molts 
before transforming into pupa. The larval skin may 
be naked, or covered with long hairs, bristles, or 
spines. Also, many larvae have characteristic colored 
stripes or other distinctive patterns. The larval stage is 
frequently highly destructive to crops, fruit and shade 
trees, stored grain and flour, and other products. 


Despite the fact that moths comprise the vast 
majority of the order Lepidoptera, adult moths are 
not as commonly seen as butterflies. This is because, 
while butterflies are active during the day, most moths 
are nocturnal, and spend the daylight hours resting on 
treebark, among leaves, and in secluded areas. Many 
of them have wing colors and patterns which help to 
camouflage them in their natural surroundings. Easily 
recognizable differences between adult butterflies and 
moths make it easy to distinguish them from one 
another. For example, butterfly antennae are club- 
shaped at their tips, while moth antennae taper to a 
point and frequently are feathery. A moth’s body is 
short and stout and much more hairy than the rela- 
tively slender body of the butterfly. A resting butterfly 
has its wings folded together over its back, while the 
wings of a moth at rest are spread out. Although some 
moths are brightly colored, the majority are rather 
drab. The pupa of a moth lives either in a silk cocoon, 
or, if naked, hidden under debris or rocks. In most 
butterflies, the pupa, called chrysalis, is naked and 
exposed. In flight, both moths and butterflies have 
the forewing and hind wing of each side coupled by a 
hooklike device. In size, as measured by the wing span, 
moths range from less than 0.8 inch (25 mm) to over 12 
inches (30 cm). Ina number of moth species, males and 
females differ in size, color, characteristics of the 
antennae and of the mouth parts, and other features. 


Of the more than 50 families of moths, some are 
particularly noteworthy. The family Tineidae includes 
the clothes moths, whose larvae feed on woolens, furs, 
and other textiles. Three major agricultural pests in the 
United States, the “Angoumois grain moth” (which 
destroys stored grain, especially corn), the potato 
tuberworm, and the pink bollworm (which damages 
the blossoms as well as the seed pods of the cotton- 
plant) belong to the family Gelechiidae. Many of the 
common moths attracted to light at night are members 
of the family Tortricidae. The spruce budworm, which 
is a serious pest of pulpwood in North America, also is 
included in this family. 


Pyralidae is a large family, with over 1,100 North 
American species. The European corn borer (which 
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bores into corn stems), and the sod webworm (a pest of 
turf grasses) are among the most destructive members 
of this family. Also included here is the wax moth, 
whose larvae live in beehives and feed on beeswax. In 
some species in this family, adult moths have a pair of 
“tympanic membranes” capable of detecting the ultra- 
sonic squeaks of bats. One member of this family, the 
South American cactus moth Cactoblastis cactorum, 
has been used successfully in biological control of the 
prickly pear cactus in Australia. The cactus itself, soon 
after its introduction into Australia from the Americas, 
reproduced prolifically and became a major pest on 
millions of acres of agricultural land. Introduction 
into Australia of the South American cactus moth, 
whose larvae feed exclusively on the prickly pear, has 
almost completely eliminated the host plant. 


Hawk moths and sphinx moths (family Sphingidae) 
are large, with a proboscis that is longer than the body 
when uncoiled. They are strong fliers. The larvae of the 
sphinx moth, called hornworms, are pests of tomato and 
tobacco plants. Another large family, with approxi- 
mately 1,200 North American species, is Geometridae. 
The larvae of geometrid moths are the familiar 
inchworms, which move by a “looping” movement, 
rather than by crawling, since they lack the prolegs on 
all but two abdominal segments. Inchworms feed on 
leaves of fruit and shade trees and on vegetable plants, 
and can be highly destructive. Moths in the family 
Saturniidae are among the largest and most colorful, 
with wing spans up to 12 inches (30 cm), and large “eye- 
spots” or other markings on the wings. The family 
Lasciocampidae includes the “tent caterpillar” moths. 
Their larvae, which hatch from eggs in early spring, 
construct silken communal “tents” on branches of the 
crab apple and certain other trees. Their feeding activity 
almost totally defoliates the host tree. 


One of the most beneficial and interesting moths is 
the commercial silkworm moth, Bombyx mori, in the 
family Bombycidae. This moth, native to China, has 
been bred in captivity for thousands of years, and is the 
only example of an insect that has been completely 
“domesticated,” as it no longer exists in the wild. The 
larvae of the silkworm moth are “fed” mulberry leaves. 
The long domestication has led to the degeneration of the 
larva’s prolegs, and hence to its inability to climb trees. 
The source of commercial silk is the cocoon of the pupa. 
In order to obtain the silk, the pupae have to be destroyed 
by immersion in hot water, since allowing the adult moth 
to emerge from the cocoon would break the long, con- 
tinuous silk thread. Noctuidae is a very large family, with 
over 3,000 North American species. Larvae of noctuid 
moths include such serious pests as cutworm and corn 
earworm. Cutworms are especially destructive of 
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vegetable seedlings which they cut off just above the 
ground with their powerful mandibles. Tussock moths 
and gypsy moths belong to the family Lymantriidae. 
Tussock moth larvae cause extensive defoliation of 
Douglas fir forests in the Pacific Northwest, while the 
larvae of gypsy moths play a similar role in the destruc- 
tion of deciduous trees in the northeastern United States. 


Many adult moths are instrumental in pollinating 
flowers in the course of their feeding. Female moths 
produce and release into the environment a hormone 
which attracts males for mating. (Such hormones, 
which exert their action outside the body of the organ- 
ism are called “pheromones.”) Many pheromones have 
been chemically analyzed, and a few of them are now 
produced in the laboratory. Such products are increas- 
ingly used as bait which is placed in traps to attract and 
kill harmful insects, and thus to control their popula- 
tions. A number of moth species are known to under- 
take seasonal migrations over long distances. 
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ll Motion 


Motion is the process by which something moves 
from one position to another; that is, a changing posi- 
tion involving time, velocity and acceleration. Motions 
can be classified as linear or translational (motion 
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The simple harmonic motion of a pendulum. (© Yoav Levy/ 
Phototake NYC.) 


along a straight line), rotational (motion about some 
axis), or curvilinear (a combination of linear and rota- 
tional). A detailed description of all aspects of motion 
is called kinematics and is a fundamental part of 
mechanics. 


The kinematical description of motion began with 
Galileo. From observations Galileo introduced two 
concepts: velocity as the time rate of change of posi- 
tion and acceleration as the time rate of change of 
velocity. With velocity, acceleration, time and distance 
traveled (change of position) the complete kinematical 
description of motion was possible. Four algebraic 
equations resulted, each involving three variables 
and an initial position or velocity. 


The position of an object must be given, or 
implied, relative to a frame of reference and its motion 
is then described relative to this frame. Within this 
frame, position, change of position, velocity, and 
acceleration require a magnitude (how much) and a 
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direction, both being equally important for a complete 
description. Physical concepts having this nature are 
called vectors in contrast to scalar concepts which 
require only a magnitude for their description (for 
example, time and mass). Saying the mall is a 5-mile 
(8 km) drive may be true but doesn’t guarantee one will 
find the mall. However, specifying 5 mi (8 km) north 
would give the mall’s precise location. Magnitude and 
direction are equally important. 


In circular motion velocity is always parallel to the 
direction of motion and perpendicular to the radius of 
motion. The acceleration required to change the veloc- 
ity’s direction, called centripetal acceleration, is always 
perpendicular to the velocity and toward the center of 
motion. To change the velocity’s magnitude an accel- 
eration is required in the direction of the velocity. 
Hence, acceleration is required to change both magni- 
tude and direction of velocity and are in different 
directions. This is applicable to curvilinear motion in 
general. 


See also Laws of motion. 


i Motion pictures 


Motion pictures, also called film, cinema or mov- 
ies, are a series of images, recorded on strips of film, 
that create the illusion of continuous motion. A series 
of rapidly shown images appear to move because of a 
phenomena called the persistence of vision. The eye 
does not react instantly to changes in its field of vision. 
In fact, the eye continues to see (visualize) an image for 
one-tenth to one-twentieth of a second after it 
changes. So if a sequence of images can be shown at 
arate of approximately 20 per second, it will appear as 
continuous motion to the eye. That is just what hap- 
pens in a motion picture. 


The invention of motion pictures 


Many of the principles behind motion pictures 
were understood well before the invention of movies. 
In 1832, Simon Ritter von Stampfer (1792-1790) of 
Vienna, Austria, created the stroboscope. Images spin- 
ning on a disc were viewed through slits in a second 
disc. This displayed the images sequentially at a fast 
enough rate to simulate a couple seconds worth of 
motion. A primitive kind of slide projector called a 
magic lantern had been invented around 1640 in 
Rome, Italy, by German scholar Athanasius Kircher 
(c. 1615-1680). In 1853, these two inventions were 
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combined by Austrian inventor and solider Franz von 
Uchatius (1811-1881), who used the magic lantern to 
cast stroboscopic images onto a wall. These were essen- 
tially cartoons, since they were animated drawings. 


The invention of photography and improvement 
over the next several decades was another crucial ingre- 
dient. In 1877 photographer Eadweard Muybridge 
(1830-1904), working with an engineer, created a 
sequence of 24 images of a running horse, taken by 24 
cameras. Soon these photographs were being projected 
by a device like the stroboscope. With French scientist 
and chronophotographer Etienne Jules Marey’s (1830— 
1904) creation in 1882 of a camera that took bursts of 
sequential photographs, the basic building blocks for 
the creation of motion pictures had been invented. 
American inventor Thomas Alva Edison (1847-1931), 
aware of these innovations, decided to create the visual 
equivalent of the phonograph: a camera and projection 
system that reproduced vision the way the phonograph 
he was working on reproduced sound. 


Edison’s assistant, Scottish inventor William 
Kennedy Dickson (1860-1935), succeeded in 1889. 
Dickson used a type of celluloid roll film developed 
for cameras, adding a series of perforations along the 
sides that held the film steady and moved it through a 
special camera. Once shot, the film was made into an 
endlessly running loop, and viewed through a magni- 
fying glass. The device, called the kinetoscope, could 
only be viewed by one person at a time. It was not 
shown publicly until its patent came through in 1893. 


Edison built a small motion picture studio in New 
Jersey, where his company created 50 ft (15 m) film 
loops. They were viewed at kinetoscope parlors at 
individual projectors. The first motion picture was of 
one of Edison’s assistants sneezing. Soon they were 
filming acts from variety shows. Not realizing the 
potential of his invention, Edison had not taken out 
foreign patents on it. Soon it was being copied—and 
improved upon—in England, Germany, and France. 
Robert W. Paul (1869-1943) in England built a pro- 
jector that made the film pause as each frame was 
shown. This made the frames show for longer than 
the space between them, lessening the flicker of earlier 
projectors. 


In France, Auguste Lumiere (1862-1954) and Louis 
Lumiere (1864-1948), brothers who manufactured pho- 
tographic equipment, created their own projector and 
camera. They reduced Edison’s 48 frames-per-second to 
16, and called their projector the cinématographe, from 
the Greek word for movement (kinema) and drawing 
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(grapheca). Paul and the Lumiere brothers projected 
their motion pictures onto a screen. This meant many 
people at once could watch a large image, and do so 
while seated. Not surprisingly, this motion picture expe- 
rience proved more popular than Edison’s kinetoscope. 
Edison unveiled his competing projector in April 1896, 
creating a tremendous stir. Photography itself was still 
relatively new; motion pictures were an experience no 
one had a comparison for. Short films of dancers and 
breaking waves were enough to fill audiences with 
amazement. 


Though the basic machinery for motion pictures 
had been invented, the inventors realized that people 
would not be satisfied for long with the sheer novelty 
of the experience. Motion picture equipment was like a 
computer without any software. To make the inven- 
tion useful, its software—namely interesting motion 
pictures—needed to be created. 


French theater director and magician Georges 
Meéliés (1861-1939) became the first true master of 
cinematic techniques during the 1890s. He filmed the- 
ater acts, but changed them to fit the motion picture 
format, arranging objects and backgrounds for the 
camera. He invented special effects, doing things like 
stopping the camera, changing the scenery and turning 
the camera back on. He discovered the fade in and 
fade out, wherein the scene gradually goes dark or 
comes up from darkness, and used them as a transition 
between scenes. Meéliés used painted cut-outs and 
backdrops in his studio to enhance the fantasy effect 
created by his trick photography. 


His film A Trip to the Moon (1902) became the 
first internationally successful motion picture, and the 
first science fiction film. In such work, Méliés showed 
how much the new medium could do beyond showing 
real events passing in front of a camera. Following his 
example, others turned to telling stories with motion 
pictures, and they quickly became more sophisticated. 
The first Western, Edwin S. Porter’s The Great Train 
Robbery, (1903) used a camera that moved with the 
action, rather than being fixed. It even included shots 
using a camera on a moving train. The popularity of 
these motion pictures spurred others to use similar 
techniques. Gradually the motion picture evolved its 
own visual language. 


As the public began spending money to see films, 
motion picture distribution networks sprang up. 
Middlemen bought films and rented them to theaters 
that did not want to buy them outright. In 1907, over 
100 distributors did business in the United States 
alone. A Pittsburgh (Pennsylvania) firm created the 
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nickelodeon when it began charging patrons five cents 
to watch a series of short motion pictures. The formula 
proved so successful that nickelodeons spread through- 
out the country. By 1908, motion pictures were becom- 
ing a large and rapidly changing business. A group of 
filmmaking studios and distributors, along with Edison, 
formed the Motion Pictures Patent Company to regu- 
late copyrights, patents, and royalties. The group tried 
to take over the motion picture industry, but by 1910 of 
about 9,000 U.S. theaters, only half were licensed. These 
theaters used films by independent filmmakers and 
distributors. 


The Motion Pictures Patent Company kept its 
actors anonymous to prevent them from becoming 
personally important and therefore able to command 
higher salaries. But an independent studio, the 
Independent Moving Picture Company, lured away a 
star, revealed that her name was Florence Lawrence, 
and gave her publicity. This action started what 
became known as the star system, in which the pri- 
mary actors were as, or more, important than what- 
ever story was being told. Other stars followed, 
including Charlie Chaplin in the late 1910s. The 
importance of stars continues to this day. Some, such 
as Marilyn Monroe, have become mythic figures in 
modern culture. 


By 1914. the Motion Pictures Patent Company 
collapsed as the more innovative independents grew. 
Motion pictures became longer and more ambitious. 
Film companies like Fox, Universal, Paramount, and 
MGM sprang up. Nickelodeons proved too small for 
the vast popularity of motion pictures, and were 
replaced by new theaters, some with thousands of 
seats and elaborate decor. 


Sound joins the image 


The ability to reproduce sound already existed in 
phonographs. Many tried unsuccessfully to link them 
to films. A workable system to join sound and motion 
pictures proved complex, and required a great deal of 
research money. American Telephone and Telegraph 
(AT&T), the largest corporation in the United States 
at the time, worked on the problem through its 
Western Electric branch. A 1924 sound-on-a-disc sys- 
tem was at first rejected by the motion picture studios 
as too expensive. However, Warner Brothers, looking 
for an advantage over its rivals, finally accepted it 
anyway, investing millions of dollars in theaters and 
sound equipment. 


The first motion picture with sound, The Jazz 
Singer, starring Al Jolson, became a huge hit. Warner 
Brothers instantly became one of the biggest forces in 
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the motion picture industry. Its success forced rival 
studios to adapt sound. The cost of doing this, coming 
at the beginning of the Great Depression (1929-early 
1940s), left banks with a great deal of power in the film 
industry. 


A rival sound system, developed by General 
Electric (GE) and the Radio Corporation of America 
(RCA), put the soundtrack on the film itself, running 
it in a track next to the images. Since the pictures and 
their soundtrack were linked on the film, they could 
never get out of synchronization. This system was also 
easier to set up. After intense competition and many 
lawsuits over patent rights, this system beat the sound- 
on-a-disc system. 


Sound remained difficult to record during filming 
because the recording equipment was large and noisy. 
In the late 1940s, new magnetic recording techniques 
allowed sound to be recorded onto tape. This smaller, 
quieter system allowed sound to be recorded right on 
the film set. 


Color comes to film 


In the earliest days of motion pictures, color film 
had not yet been invented. Some films were colorized 
by hand, but that soon proved impractical. Color film 
first came out in the mid-1930s. It used three layers of 
colored film to reproduce the visual spectrum. Because 
color film was expensive and required precise control 
of lighting, black and white film remained the stand- 
ard until the mid-1950s. Color and black-and-white 
were both used until the late 1960s, when color became 
the standard. This was partly because many films were 
sold for television broadcast after appearing in thea- 
ters, and black-and-white films were much harder to 
sell for television. 


Later film history 


In the 1920s and 1930s, motion pictures became a 
big business in the United States, and most were pro- 
duced like products on an assembly line. Often, 
Hollywood films did not have distinct personalities. 
They instead fit into genre types: western, musical, 
horror, gangster, and comedy. Exceptions, like Orson 
Welles’ Citizen Kane (1941), were rare. In Europe, 
motion pictures remained a smaller scale business that 
was also seen as an art. In 1925, the London Film 
Society (England) was founded to promote motion 
pictures as an art form. 


After World War II ended in 1945, the power of 
the Hollywood (California) studios declined. Partly, 
this came from a ruling by the U.S. Supreme Court 
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that the studios had an illegal monopoly because they 
controlled the production, distribution, and showing 
of motion pictures. As a result, the studios were forced 
to sell their theaters. Foreign motion picture industries 
grew stronger, and started their own distribution sys- 
tems, such as France’s annual Cannes Film Festival. 
France, Italy, Sweden, and Japan all produced impor- 
tant and successful motion pictures. 


Perhaps more than anything else, the rise of tele- 
vision (TV) changed the motion picture industry. 
People who could view visual entertainment at home 
for free were less likely to travel to a theater and pay 
money to see a film. The motion picture studios ini- 
tially resisted the showing of their films on TV. By the 
mid-1950s, however, many studios were selling and 
renting their films to TV networks. To lure consumers 
to theaters, filmmakers began using technology to 
make seeing a film in a theater a more exciting 
experience. 


One technology was Cinerama, popular in 1952, in 
which three separate projectors showed their images on 
a large, nearly semicircular screen. Six speakers provided 
stereo sound. Though initially popular, this medium 
required large theaters and expensive equipment. It 
proved economically unfeasible. CinemaScope, invented 
in the 1920s but not exploited until the 1950s, used 
special lenses to squeeze a wide-screen image onto nor- 
mal 35 mm film. Another lens, put onto the projector, 
unsqueezed the image. The result was a wide-screen 
image that required theaters to invest less than 
$20,000. CinemaScope proved popular, and films like 
A Star is Born were made using it. The compression and 
decompression resulted in a blurry, grainy image, how- 
ever. A better solution for wide screen was to use 70 mm 
film, as in MGM’s Oklahoma. After the success of this 
film, most major studios created a version of the 70 mm 
process. Wide screen processes are still being developed, 
such as the OMNIMAX, which uses a special screen in 
the shape of a dome. 


Equipment 
Camera 


In photography the exposure of film can be con- 
trolled by changing the amount of light entering the lens, 
or the amount of time the shutter remains open. The 
shutter speed in a motion picture camera is controlled by 
the fact that 24 frames must be shot per second. No 
exposure can be longer than 1/24th of a second. Motion 
picture cameras use a shutter that looks like a rotating 
propeller with two blades. The propeller can be made 
wider to decrease the percentage of time the lens is open, 
and thereby shorten exposures. 


2864 


The pull-down mechanism, invented at the end of 
the nineteenth century, moves the film through the 
camera, holds it still in position for 1/24th of a second 
while the exposure is made, then moves the film to the 
next frame. It does this in perfect synchronization with 
the revolving shutter that exposes the film. 


Early motion picture cameras were large and 
heavy. But, by the mid-1950s, technology developed 
during World War II lead to smaller, lighter cameras 
that even allowed cinematographers to hold the small- 
est cameras. This freed the cameras from a tripod, 
allowing for more innovative camera work. For mov- 
ing camera effects, cameras can be put on platforms 
that are attached to rubber wheels or steel rails like 
railroad tracks. They can also be raised and lowered 
on cranes. 


Projector 


At the end of the process, every motion picture 
goes through a projector. From the advent of sound 
until the mid-1970s projectors changed little. The sys- 
tem a projector uses for moving the film is similar to 
that used by a motion picture camera. A pull-down 
mechanism moves the film through the projector, 
while a rotating shutter only emits light while a 
frame is in position. The primary problem in making 
a projector was to provide a light source bright enough 
to enlarge a film frame enough to fill a theater screen— 
as much as 300,000 times—yet small enough to fit 
inside a projector. 


The solution found to this problem, the carbonarc 
lamp, was used until the 1970s. These lamps used two 
carbon rods with a small gap between them. A strong 
electric current jumped the gap, creating a strong 
white light. These lamps needed constant adjustment, 
however, as well as a ventilation system. Most were 
replaced in the 1970s and 1980s by lamps using the 
inert gas xenon. 


The projector also reads the soundtrack through 
a separate reader placed immediately after the lens. 
The soundtrack can be a magnetic strip or light pat- 
tern that runs along the side of the film. This light 
pattern, called optical sound, was the only system of 
sound reproduction until advances in magnetic tape 
recording in the 1950s. While soundtracks are now 
recorded and edited with magnetic tape or digitally, 
optical sound is often used on motion pictures 
because it can be printed right along with the images, 
and because so many theaters only have optical- 
sound equipment. 


To record optical sound, sound waves are trans- 
lated into electrical impulses, which in turn control a 
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light beam that creates a photograph on a piece of 
film. When the optical soundtrack is played back, it 
passes before a lamp that projects its patterns onto a 
photoelectric cell. These intensities of light are con- 
verted into electrical impulses, then sound, which is 
amplified and sent to the speakers. 


Producing a motion picture 


Motion picture production has three primary 
stages: pre-production, production, and post-produc- 
tion. Pre-production gets underway when financing is 
secured. It involves finishing a script, finalizing the 
cast and crew, deciding on how various shots will tell 
the story of the film, and figuring out locations. A 
detailed budget is created. Good pre-production work 
saves a great deal of time and money. It lays the 
groundwork for a smooth and efficient production. 


In production, sets are built, locations are pre- 
pared and lit, and the actual filming takes place. 
Each aspect of film production can get intensely spe- 
cialized. For example, there are many kinds of micro- 
phones, each with advantages and disadvantages. The 
sounds they pick up can be recorded onto many kinds 
of magnetic tape using a variety of tape recorders. 


During filming, after optimal lighting has been 
determined, and other variables worked out, many 
shots are taken of each scene. To help quickly judge 
if shots were successful, a video image is often made 
simultaneously. It can be reviewed immediately, and 
decisions about how to change the next take of the 
scene can be made. 


What happens when the filming is finished 


The final phase of making a motion picture, post- 
production, begins after the film footage has been shot, 
and results in the finished product. Post-production 
consists of editing, sound mixing, and special effects. 


Editing is the process of putting camera shots 
together in a way that tells the story in an interesting 
manner. A camera shot is a piece of continuously shot 
film without a break in the action. Most motion- 
pictures consist of hundreds or thousands of such 
shots. Each shot may be filmed many times. The editor 
compares these shots and chooses one. Shots and 
soundtracks are compared and combined on editing 
tables that allow the comparison of as many as six film 
and sound tracks. Digital editing systems first came 
out in the 1980s. Their use accelerated in the 1990s as 
computer technology rapidly improved. In digital 
editing a digital copy is made of all the shots for a 
motion picture. Using computers, editors can then try 
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out various combinations of shots and edits. When a 
final version is selected, the editor can cut the actual 
pieces of film to create a motion picture that is put 
together just like the digital version. 


Sound editing benefited from the explosion of 
recording technology associated with the music busi- 
ness. The advent of the multiple track magnetic 
recorder gave sound editors the ability to mix sounds 
together with a great deal of control and creativity. 
They could fade in a background sound like a rain 
storm in the same way that their counterpart in the 
music business might fade in a guitar solo. By the late 
1970s, sound editors could use up to 16 separate tracks 
of sound, and each could have electronic effects added 
to it. In the 1980s, digital sound offered even more 
control. 


Because the sound is initially recorded on a sepa- 
rate tape, it has to be synchronized with the film. An 
electronic timing pulse is used which controls the 
speed of the motors for the soundtrack and film mech- 
anisms. Recording and editing the soundtrack can be 
almost as complex as filming the visuals. It has many 
components including dialogue, music, ambient 
sounds, and sound effects. The sound of a door slam- 
ming, for instance, is usually recorded separately in a 
sound studio, and may actually be the sound of a 
hammer striking a piece of metal. 


Special effects 


Special effects have always been one of the chief 
attractions of motion pictures. Special effects are gen- 
erally created through animation, miniatures, or matte 
shots. Animation is any process whereby frames are 
shot individually. This can range from cartoons to 
sequences in which objects appear to move because 
the camera was stopped, the object was moved a little, 
and then another frame was taken. Computer-based 
special effects in which an object or face changes into 
another are also rendered one frame at a time. 


Illusions of reality are created by paintings, mini- 
atures, and false backgrounds. Miniatures are small 
models used for everything from the cities stepped on 
in Godzilla films to the space ships and buildings used 
in science fiction films. One of the most common 
special effects is a false background. In many motion 
pictures, the scenes of characters in a moving car are 
shot in a studio, using another film being projected 
onto a screen behind the action as a background. In 
older films, this projector was set behind a translucent 
screen and projected its images onto it from behind the 
action. This is called rear projection. The motion 
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picture camera and the projector were synchronized so 
that a frame was projected just as the camera recorded 
a frame. 


This system did not work well with color film. It 
proved difficult to keep the amount of light on the 
subject and the background the same, and to give them 
the same color. So a new system, called front projec- 
tion, was invented. In front projection, the false back- 
ground is projected at the same angle from which the 
camera is shooting. A one-way mirror is placed in 
front of the camera. The projected image reflects off 
the mirror onto the action. The camera sees through 
the clear side of the mirror. Because the camera sees 
from the same angle as the projected image, the actors’ 
shadows, cast onto the background, are blocked from 
view by their bodies. 


Slow and fast motion are accomplished by chang- 
ing the rate at which frames are shot. Because film is 
projected at 24 frames per second, anything shot at a 
greater rate appears slowed down when projected at 24 
frames per second. Anything shot at a slower rate 
seems to move faster than normal when projected. 
These special effects have applications to motion pic- 
tures and to science. They make it possible to watch a 
flower growing and opening in 20 seconds, or to watch 
an explosion that takes 10 seconds instead of one. 
Watching actions slowed down is often an advantage 
to those studying the behavior of people or animals. 


The combination of computer technology with 
motion picture technology has given filmmakers the 
ability to create increasingly elaborate special effects. 
Animation and graphics can be created entirely by 
computer. These computer-generated images can 
then be combined with live-action footage through a 
process called analog image synthesis. Using a video 
camera, images on film are scanned into a computer. 
Once in the computer, the images can be easily manip- 
ulated, and then converted back into film. Films such 
as Steven Spielberg’s Jurassic Park made extensive use 
of this technology to create the illusion of dinosaurs 
interacting with people onscreen. 


A similar process called digital compositing uses 
the computer-scanning technique to manipulate live- 
action footage as well as animation. With it, a film- 
maker can make it appear that an object or face 
changes into another. These effects are rendered one 
frame at a time. Computer technology has also 
advanced the area of puppetry, models, and minia- 
tures. Miniature replicas are made of larger-than-life 
models. The two are then connected to a computer 
that plots their movements so that when the miniature 
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KEY TERMS 


Editing—The process of putting various shots 
together to create the narrative structure of a motion 
picture. 


False background—A background either created 
by projecting an image onto a screen behind the 
foreground action, or by using a matte. 


Matte shot—A shot that uses masks to combine 
different images onto one piece of film. 


Persistence of vision—A phenomena of the eye, 
which continues to register an image for a short 
time after it disappears. This makes motion pictures 
possible. 


Pull-down mechanism—A device that pulls each 
frame of film into position, holds it steady while it is 
exposed, then quickly moves the film into position 
for the next exposure. 


Shot—A single, uncut piece of film with continu- 
ous action. 


is moved in a particular way, the full-size model moves 
in the same way. Innovations such as these ensure the 
continued development of motion picture technology. 


In the last quarter of the twentieth century and 
now into the twenty-first century, independent film- 
makers, along with large corporate movie production 
companies, have used different production styles to 
make motion pictures. Digital technology has made 
it possible to make less costly and simply-made motion 
pictures. On the other hand, advanced technologies 
have made it possible to make very elaborate and 
complicated films that were impossible to make in 
the past. Modern digital projectors and video cameras 
are increasingly being used in the 2000s, especially 
with regards to ease of editing. However, in the 
mid-2000s, most motion pictures are still made on 
film. 
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| Moundbuilders 


The megapodes, or moundbuilders, are a fascinat- 
ing group of birds found in Australia, New Guinea 
and its surrounding islands, eastern Indonesia, and the 
Philippines. Also known as “thermometer birds,” 
scrubfowl, or brush turkeys, 22 species are recognized 
(seven genera) in the family Megapodiidae. A wide 
range of habitats are occupied by these species, rang- 
ing from semiarid scrublands of Australia to tropical 
rainforests of Indonesia. 


Megapodes are largely ground-dwelling birds, but 
many seek refuge in low branches if alarmed or threatened 
by predators. Most species feed on a wide range of insects, 
worms, snails, seeds and berries. With few exceptions, 
megapodes are dull colored birds: the plumage is generally 
dark brown and black or gray in appearance. All are 
about 20 inches (50 cm) in total length, with large rounded 
wings and a medium-long tail. The legs and feet are 
sturdy, while the head is small. The head and neck of 
brush turkeys are bare apart from several coarse hairs. 


One of the most unusual features of these birds is 
their habit of not incubating their eggs directly. 
Instead, they have devised a range of ingenious tech- 
niques which enables them to be free of the hazardous 
task of sitting on a clutch of eggs for several weeks at a 
time. All species of megapodes have evolved different 
means of overcoming this burden, but they all rely on 
the use of natural resources to heat and incubate their 
eggs. The scrubfowl (Megacephalon) display one of 
the simplest techniques: a nest site is carefully chosen 
and dug on a beach, often black volcanic ash or sandy 
soil exposed to the sun, where the female lays up to 30 
eggs. When covered, the heat of the sand is sufficient 
to incubate the eggs and the parent birds have no 
further responsibility at the nest site. 


When the chicks hatch, they dig their own way out 
of the nest and quickly seek shelter in surrounding 
vegetation. Most can fly within 24 hours of emerging 
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from the nest. Another simple manner of laying a 
clutch is seen in M. freycinet, which lives on islands 
off the Queensland coast in Australia and lays its eggs 
in simple cracks in exposed rocks, the sun’s radiation 
being enough to incubate the eggs. 


A far more complex ritual is practiced by forest- 
dwelling megapodes, which may construct large 
mounds (measuring up to 33 feet [10 m] in diameter 
and 16 feet [5 m] in height) of earth and vegetable 
material. Several pairs of birds may cooperate in the 
construction of such large incubating chambers. Once 
the mound has been constructed the male birds care- 
fully monitor the inside temperature by probing the 
mound with their beaks. In addition to any solar 
radiation, as the vegetation decomposes in the warm, 
moist environment of the forest, it gives off heat, 
thereby providing ideal conditions for incubation. If 
the temperature is too high, the male removes some of 
the material and mixes the contents to allow air to 
circulate; similarly if it is too cool, additional materials 
may be added to the pile. The ideal temperature is 
thought to be in the region of 90—-95°F (32-35°C). 
Only when the males are satisfied that the mound has 
reached a correct and stable temperature will the 
females begin to lay. Once they have done so, the 
males continue to monitor the daily temperature, 
until such time as the chicks emerge. 


Megapodes and humans have always had a close 
relationship: although some adult birds are killed for 
food, it is their eggs that are the real treasure and these 
have been collected for food throughout history. While 
some species lay individual clutches of up to 30 eggs, 
others lay communally and often in very large numbers, 
particularly the maleo (Macrocephalon maleo), Moluc- 
can megapode (Eulipoa wallacei), Polynesian megapode 
(Megapodius pritchardii) and the Melanesian megapode 
(Megapodius eremita). 


At some of these sites, tens of thousands of eggs 
may be laid each year. These offer ideal facilities for 
villagers to collect the eggs for food or trade pur- 
poses. While this exploitation was once carried out 
in a sustainable manner—many villages set strict 
quotas on the number of eggs that could be taken 
from individual mounds at a time—such practices 
have now largely disappeared. Continuing collection, 
as well as habitat loss and degradation from logging 
operations and agriculture which degrade the bird’s 
habitat have, in many cases, now reduced local pop- 
ulations to the point that the harvest is no longer 
sustainable. 


While human offtake and habitat loss have cer- 
tainly played a major role in the demise of many species, 
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many megapodes have also suffered as a result of 
ground predation. All of these species evolved in 
regions where the threat of ground predators was 
absent or very low. In recent decades, however, many 
species have been introduced by humans, particularly 
cats, dogs, rats and foxes, which have had a disastrous 
effect on many megapode populations. Introduction of 
feral predators is known to have decimated several 
populations in many Polynesian islands, leading to 
local extinctions. Other species, such as the Polynesian 
megapode on Niuafo’ou Island and the Tonga are 
also threatened by natural events, such as potential 
volcanic eruptions. 


See also Extinction; Predator. 


| Mounds, earthen 


Mounds are artificially constructed heaps or 
banks of earth built to contain sacred objects. Their 
basic construction is the same all over the world: a pit 
is dug and lined, and the sacred contents are deposited 
and covered with earth. Sometimes these objects are 
sprinkled with red ocher, a pigment used to make 
paint, perhaps as a way to revive the spirits thought 
to dwell within them. 


If we were to go for a walk on an open plain in 
Illinois or Ohio and were to come across one of these 
“dirt piles,” we probably would ignore it. But an 
archaeologist would be thrilled to find a sacred 
mound, for it might conceal vital clues to the ancient 
past of Native America: human and animal bones, 
weapons, ornaments, and mysterious clay figurines. 


Some of the oldest and largest mounds in the 
world are found in America. The older North 
American mounds are cone-shaped and can reach 
heights of 70 feet (21 m) or more. Some of the more 
recent mounds are shaped like animals, people, or 
abstract forms and are therefore known as “effigy” 
mounds because they symbolize another object. No 
one knows what the effigy mounds were used for. 
Some archaeologists believe that they functioned as 
totem poles. As with totems, a few human bones were 
buried within the effigy mounds for their symbolic 
value. Found mostly in Wisconsin, Minnesota, Iowa, 
and Illinois, effigy mounds are shaped like deer, tur- 
tles, snakes, eagles, foxes, bears, birds, and human 
beings. Today, the Great Serpent Mound winds 
along a river near a public park in Peebles, Ohio, for 
a distance of over | mile (1.6 km), its head recoiling as 
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if to snatch into its hungry jaws a frog or other myste- 
rious oval-shaped object. An enormous bird mound at 
Poverty Point, Louisiana, faces westward, its wings 
outstretched in a symbolic moment of flight. 


Tens of thousands of mounds are found in the 
United States. Many more originally must have 
existed. St. Louis was the location of so many sacred 
mounds that it was once known as Mound City; today 
just one of those mounds remains. A great number of 
mounds have been bulldozed into the ground, their 
contents either thoughtlessly pirated by treasure hunt- 
ers or casually destroyed. 


Most mounds were used for burials, but a signifi- 
cant number, built in the vicinity of the Mississippi 
River about AD 700 and later, were known as Temple 
Mounds. They looked like flat-topped pyramids 
crowned with wooden temples. 


Who built the North American mounds? Archaeo- 
logists believe that they were the product of two ancient 
native cultures: the Adena and the Hopewell. 


Burial mounds 
The Adena culture (c. 2800 BC-AD 100) 


The Adena people probably were descended from 
archaic native Americans who inhabited parts of 
America in 3000 BC. Found primarily near Chillicothe, 
Ohio, but also located throughout north Kentucky, 
West Virginia, Indiana, and Pennsylvania, the Adena 
built conical mounds averaging 10-20 feet (3-6 m) in 
height. In the simplest form of Adena burial, the body 
was placed in a shallow pit lined with clay or bark and 
covered with layers of different-colored soils. As time 
went on, the Adena returned to the same burial mounds, 
added more burials on top of them, and covered them 
with fresh soil. This process went on for several gener- 
ations until the mounds got to be enormous, some reach- 
ing heights of over 50 feet (15 m). 


Some of the higher-ranking members of Adena 
society were given special burials. Their bodies were 
wrapped in cloth, sprinkled with red ocher, and placed 
in specially constructed thatch houses. Sometimes the 
burials were accompanied by grave goods—personal 
possessions such as weapons and tools, left there for 
use in the afterlife. The houses were then burned, and 
mounds were constructed over the charred remains. 


The Hopewell culture (c. 2300 BC-c. AD 400) 


Probably descended from the Adena tradition, the 
Hopewell culture originated in southern Illinois. 
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Major Hopewell settlements are also found in Ohio, as 
well as New York, Ontario, Louisiana, Mississippi, 
Alabama, Tennessee, Georgia, and Florida. 


Like Adena mounds, Hopewell mounds are con- 
ical, but some are also dome-shaped. They average 
20-30 feet (6-9 m) high and are often found in clusters 
enclosed by artificially constructed ridges that may be 
circular, square, or octagonal. Mounds often were part 
of large social and religious complexes built on elevated 
areas, usually near a river valley. Because of their enor- 
mous size, their construction often required hundreds of 
workers, who laboriously scooped the earth with clam- 
shell hoes and large animal bones and then carried it 
back to the mound in baskets and skin aprons. Many of 
these workers may have been women. 


Most Hopewell were cremated, with burial usu- 
ally reserved for higher-ranking members of society. 
When it came time for the funeral ceremony, the body 
was clothed in colorful garments covered with pearls, 
bear-teeth buttons, and other ornaments. Around the 
body were placed elaborate grave goods: cups made 
from giant sea snails; platform pipes decorated with 
birds of prey, beavers, cougars, toads, or bears; geo- 
metric or animal shapes carved out of mica (a silicon- 
containing mineral that divides into thin, partially 
transparent layers); panpipes; weapons; and many 
other objects. Wood carvings were deliberately bro- 
ken, perhaps as a form of ceremonial sacrifice. 
Members of the deceased’s family may also have 
been ritually sacrificed and buried at his side, to 
accompany him on his journey to the next world. 


The Hopewell also continued the practice of plac- 
ing bones in mortuaries known as charnel houses, 
some extending for more than 200 feet (61 m) and 
containing individual compartments. The houses were 
then burned, and a mound was constructed over the 
remains. 


Temple mounds 


Flat-topped pyramidal temple mounds are found 
in southern Mississippi, as well as Georgia, Oklahoma, 
Wisconsin, and probably beyond. Reaching 70-80 feet 
(21-24 m) in height, they were built in clusters, often 
around a central plaza. Many of them have log stair- 
ways or ramps leading up the sides to the temple, which 
was constructed of mud and thatch and may have 
housed an eternal flame. 


The most famous temple mound complex is the 
Cahokia Mound site in southern Illinois. Covering 
more than 16 acres (6.4 ha), Cahokia Mound is larger 
than the largest pyramid in Egypt. It contains as many 
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as 67 mounds. Monk’s Mound, the largest of these at 
more than 50 feet (15 m) high, was the site of the temple 
that was probably occupied by the ruling family. Its 
construction may have required more than 300 years 
of labor and more than 22 million cubic feet of earth. 


Also at the Cahokia site is a mysterious structure 
known as Woodhenge. Similar to Stonehenge in con- 
struction, it consisted of a circle of red cedar posts that 
may have been used as a solar calendar by the priests 
to mark off specific astronomical events. These would 
have included the two annual equinoxes and the win- 
ter and summer solstices. The equinox is the point at 
which the center of the sun crosses the celestial equator 
and day and night are of equal length. The solstice is 
the point at which the sun is at its greatest distance 
form the celestial equator and appears to be farthest 
north or south in the sky. Knowledge of these events 
helped the priests to determine when to plant crops. 


High-ranking members of society continued to be 
buried in the temple mounds with an elaborate accom- 
paniment of grave goods, including a copper mask of 
the “long-nosed God,” similar to that made by the 
ancient Maya. Most people, however, were buried in 
cemeteries outside the cities. 


The decline of mound building 


After 1400, mound building in North America 
came to a mysterious end. Flood, famine, or disease 
may have swept through the Native communities, 
claiming the lives of many of the mound builders. A 
widely accepted explanation holds that the decline in 
mound building was a reaction against a terrifying 
religious revival known as the Southern Death Cult. 
Its obsession with death is displayed in horrifying grave 
goods, including weeping masks, and skulls engraved 
with spiders, centipedes, and frightening figures that are 
a combination of humans, animals, and serpents. 


Excavation techniques 


Objects are removed from a mound in a systematic 
process of mapping and retrieval known as excavation. 
To begin excavating a mound, an archaeologist may 
dig a trench around the periphery and proceed to dig in 
pie-wedged sections, exposing each successive layer of 
burial. The area is sketched and photographed, and the 
location of each individual object recorded. Skeletal 
remains are examined for position (for example, 
extended or flexed) and for the direction of the burial 
along the cardinal points (north, south, east, or west). 


After removal from the mound, objects are 
assigned a date according to one of several procedures, 
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KEY TERMS 


Carbon-14—A radioactive isotope of carbon that 
decays at a uniform rate in living matter, used to 
determine the age of archaeological finds. 


Charnel house—A building where dead bodies or 
bones are kept. 


Effigy mound—A mound constructed to represent a 
living being or an abstract shape. 


Excavation—The step-by-step removal of buried 
objects at an archaeological site. 


Grave goods—Personal possessions, such as weap- 
ons and tools, buried with the deceased for use in 
the afterlife. 


the most common of which is carbon-14 dating. 
Carbon-14 (or radiocarbon) is a radioactive isotope 
that is present in the atmosphere and absorbed into the 
tissues and bones of all living things. After death, 
carbon-14 is no longer absorbed but begins to decay 
to nitrogen at a fixed rate, or half-life, of approxi- 
mately 5,730 years. Because carbon-14 decays at this 
fixed rate, an estimate of the age of an object can be 
made based on the rate of decay of its radiocarbon. 


New methods of excavation are being developed 
to avoid disturbing the underground contents of 
mounds. At the Cahokia site, researchers at the 
University of Southern Illinois at Edwardsville are 
using subsoil remote sensors. Linked to above-ground 
computers, the sensors relay electrical readings that 
determine the composition of the underground objects 
on the basis of their electrical properties. 
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Mountain lion see Cats 


Mountain and mountain building see Plate 
tectonics 


t Mountains 


A mountain is a large-scale topographic feature 
that is set apart from the local landscape by being 
much higher in elevation (topographic means having 
to do with the shape of the land surface). 


Relative size of mountains 


Mountains are taller than hills, but the distinction 
between hills and mountains is decided entirely by the 
people that live near them. 


Thus, distinguishing mountains from smaller topo- 
graphic features is partly a matter of perception, rather 
than of scientific measurement and comparison to a 
known standard. Absolute elevation above sea level 
does not make a high point into a mountain nearly so 
much as local relief does (relief is the difference between 
topographic high spots and low spots). In a landscape 
with thousands of feet or more of local relief, a feature 
several hundred feet tall would be considered an insig- 
nificant hill, whereas in Holland, it would be considered 
a mountain of the first order. Mountains of 4,000 ft 
(1,219 m), 10,000 ft (3,048 m), and 16,000 ft (4,877 m) 
may look vastly different on a map, but look equally 
large when observed in their local environment. 


Duration of mountains 


Mountains, like every other thing in the natural 
world, go through a life cycle. They rise, from a variety 
of reasons, and wear down over time, at various rates. 
Although humans have always used mountains to rep- 
resent eternity, individual mountains do not last very 
long in the powerfully erosive atmosphere of the earth. 
Mountains on the waterless worlds of Mars and the 
moon are billions of years old, but earth’s peaks begin 
to fracture and dissolve as soon as their rocks are 
exposed to air. The permanent part of a mountain 
range is not the shape taken by the rocks at the surface, 
but the huge folded shapes that the rocks were 
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Mountain in Banff National Park, Canada. This mountain shows rock folds which are the result of the collision of Earth’s plates. 
(JLM Visuals.) 


deformed into by the original orogenic event. (Orogeny 
is the process of mountain formation.) Throughout 
their almost four-billion year history, the continents 
have been criss-crossed by many immense ranges of 
mountains. Most of the mountain ranges in the planet’s 
history rose and wore away at different times, a long 
time ago. Where did these mountains go? 


A range of mountains may persist for hundreds of 
millions of years, like the Appalachians. At several 
different times, the warped, folded rocks of the 
Appalachians were brought up out of the continent’s 
basement and raised thousands of feet by tectonic 
forces. In order to stand for any considerable length 
of geologic time, a mountain range must experience 
continuous uplift. A tectonically quiet mountain range 
will wear down from erosion in a few million years. In 
North America’s geologic past, for example, eroded 
particles from its mountains were carried by streams 
and dumped into the continent’s inland seas, some of 
which were as large as the present-day Mediterranean. 
Those rivers and seas are gone from the continent, but 
the sediments that filled them remain, like dirt in a 
bathtub when the water is drained. The roots of all the 
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mountain ranges that have ever stood in North 
America still exist, and much of the sand and clay 
into which the mountains were transformed still exists 
also, as rock or soil formations. This is true of all the 
continents of earth. 


Plate tectonics, the force that builds 
mountains 


Orogeny is the process of mountain formation. 
Plate tectonics is the main force of nature responsible 
for orogeny. This continent-building process may be 
simply explained: 


Earth is covered with a thin, brittle crust. Below 
the crust is the mantle, a region where solid rock below 
a certain depth stretches like rubber. 


The crust floats on top of earth’s mantle like the 
crust of grease that forms on top of a pot of chili or 
chicken broth in the refrigerator. 


Earth’s crust has been broken into pieces, called 
plates. The motion of a tireless heat engine that swirls 
and stirs within Earth’s mantle, moves the plates. 
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The thicker parts of the continents float higher 
than the thinner parts, and any process that thickens 
the continental crust will bring about the uplift of the 
thickened portion. Continental crust “floats” in the 
mantle, and can be compared to the way an ice cube 
floats in water. An ice cube floats because it is lighter 
per unit volume than water—that is, ice is less dense 
than liquid water. The ice cube may weigh a few oun- 
ces, and rise a centimeter above the water’s surface. An 
iceberg might weigh millions of tons, but float a hun- 
dred feet out of the water, because although it is vastly 
heavier than the ice cube, it is still less dense than water 
per unit volume—it floats. The more there is of it, the 
higher it floats. Similarly, any mass of continental 
crust, no matter how thick, is still less dense per unit 
volume than the mantle rock beneath it. Thus the edge 
of the continent begins rising to a higher elevation, and 
mountains begin to form. 


Mountains are generated both at the edges of 
plates, and within plates. Other processes, such as 
sedimentation and erosion, modify the shape of the 
land that has been forged by plate tectonics. 


Types of mountains 
Island ares 


When the edge of a plate of earth’s crust runs over 
another plate, forcing the lower plate deep into earth’s 
elastic interior, a long, curved mountain chain of vol- 
canos usually forms on the forward-moving edge of 
the upper plate. When this border between two plates 
forms in the middle of the ocean, the volcanic moun- 
tains form a string of islands, or archipelago, such as 
the Antilles and the Aleutians. This is called an island 
arc. 


Continental arcs 


When the upper plate is carrying a continent on its 
forward edge, a mountain chain, like the Cascades or 
the Andes, forms right on the forward edge. This edge, 
heavily populated with volcanos, is called a continen- 
tal arc. 


Collisional mountain belt 


A continent or island arc runs into a continent, 
shattering and deforming the rocks of the collision 
area, and stacking up the pieces into a mountain 
range. This is how the Appalachians, Alps, and 
Himalayas were formed: the rocks of their continents 
were folded just as flat-lying cloth folds when pushed. 


2872 


Imagine how much taller your school would be if it 
were squeezed by bulldozers so it remained the same 
length east to west as it is now, but from north to south 
measured the width of a school bus. The result would 
be a tall wall of compressed material, and that is just 
what a collisional mountain belt is. Collisional moun- 
tain belts are one of three types of boundary between 
plates of Earth’s crust, along with mid-ocean ridges 
and inter-plate strike-slip faults. Mountains rise rela- 
tively quickly, over a few million years, such as the 
Appalachians did more than 200 million years ago. As 
these mountains begin to erode, the topography con- 
tinually changes and develops. Hard rock layers influ- 
ence the development of streams, because they resist 
erosion and form the ridgetops in the mountain range. 


One special type of orogeny that can happen dur- 
ing a continental collision is the rise of ophiolite moun- 
tains. On rare occasions the crust beneath the ocean 
floor fractures along the tectonically active coast of a 
continent, and oceanic crust is thrust up over the shore 
and forms mountains. This spectacular form of plate- 
tectonic backfire is not supposed to happen, yet it does 
often enough to have its own name: obduction, mean- 
ing “over” (ob-) “leading” (-duction). A piece of oce- 
anic crust, and the mantle rock beneath it, is heaved up 
onto the land to form mountains. The Taconic 
Mountains that rose in upstate New York 430 million 
years ago were an obducted ophiolite, as are the 
uplands around Troodos in Cyprus. 


Fault block mountains: When a continent-sized 
“layer cake” of rock is pushed, the upper layers can be 
pushed more readily than the lower layers. The easy- 
to-push upper layers split from the deeper rocks, and a 
broad sheet of the upper crust, a few miles thick, 
begins to move across the continent. This thrust 
sheet floats on fluid pressure between the upper and 
lower sections of the crust. The horizontal split in the 
crust that separates the motionless lower crust from 
the floating upper layers is called a detachment fault in 
English, or a decollement in French. 


Like a hydroplaning tractor trailer (viewed in very 
slow motion), the upper fault block glides until it runs 
into something. When the thrust sheet runs into some- 
thing that resists its forward motion, the detachment 
fault turns into a ramp, leading up to the surface. The 
moving layer of upper crust is pushed up the ramp-like 
fault, and the front of the fault block rises out of the 
ground. The mountains thrown up where the thrust 
fault reaches the surface are one kind of fault block 
mountains. The mountains of Glacier National Park 
slid along a thrust fault over younger rocks, and out 
onto the Great Plains. Chief Mountain, a remarkable 
square mountain in Montana, moved to where it is 
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now by sliding out onto the prairie on a thrust fault. 
The broad, flat fault block it belonged to, called a 
thrust sheet, has long since disappeared, leaving 
Chief Mountain standing alone. 


Another kind of fault block mountain comes from 
stretching of earth’s crust. As the crust stretches, it 
pulls apart, making long faults that run perpendicular 
to the direction of pulling. These faults grow and 
connect with each other, isolating mountain-sized, 
wedge-shaped fault blocks. Some of these fault blocks 
begin slipping downward between more stable blocks 
that still rest on a firm foundation of deep rock. The 
stable blocks are called horsts, and the sinking blocks, 
that form valley floors, are called grabens. 


Mid-ocean ridge 


The longest mountain chain on earth, the mid- 
ocean ridge system is entirely under water. Twisting 
down the center of the Atlantic Ocean, it continues 
through the Indian and Pacific oceans. It is one of 
three types of boundary between plates of the crust, 
along with inter-plate strike-slip faults and collisional 
mountain belts. Along this ridge, lava continuously 
erupts, releasing heat from the planet’s interior and 
extruding new strips of ocean floor. 


Stratovolcanos 


Popocatepetl, Mt. Fuji, Vesuvius, and Mt. Ararat 
are all stratovolcanos. The prefix strato- refers to these 
mountains’ characteristic layers, the result of alter- 
nately erupting ash and lava. Spectacularly tall and 
pointed, stratovolcanos may grow to an elevation of 2- 
3 mi (3.2-4.8 km) before collapsing. It is not certain 
that every stratovolcano collapses into a crater of 
superheated steam and molten rock. But the conti- 
nents are dotted with the remains of these mountains’ 
self-annihilations, some of whose like has not been 
witnessed in human history. 


Cinder cone 


These volcanos build a pile of pyroclastic gravel 
and boulders (pyroclastic is derived from “fire” and 
“broken pieces”) that forms a pointed or rounded 
cone. Because they are made of loose material, they 
quickly erode away unless further eruptions continue 
to build them. 


Shield volcanos 


Often solitary volcanic mountains form as a vol- 
cano piles up rock above the ocean floor over millions 
of years. Hawaii, Bermuda, and the Canary Islands 
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are shield volcanos. These islands, and others like 
them, are the work of hot spots (hot spot is a volcani- 
cally active site heated from below by a concentrated 
flow of heat out of Earth’s mantle). Iceland is a hot 
spot that sits astride the mid-ocean ridge system. 
Shield volcanos also occur on continents, particularly 
in rift valleys where a continent is being ripped in two. 
Kilimanjaro is the classic example of a continental 
shield volcano. Olympus Mons on Mars is another 
classic shield volcano, and is the largest known moun- 
tain in the solar system. 


Volcanic necks 


In a cinder cone, lava rises through a vertical pipe 
before it erupts. The mountain resembles a huge pile of 
gravel. After an old cinder cone becomes extinct, the 
underground pipes that brought it lava from below 
solidify, and the pile of erupted material begins to 
wear away. Solid lava, usually a very hard rock, 
often fills the extinct volcano’s vent. In a cinder cone, 
the solidified lava will resist the forces of erosion far 
longer than the ash, cinders, and other loose material 
of which the volcanic pile is made. Thus, as rain, wind, 
and frost scrub the soft exterior of the volcano away 
from the hard interior, a columnar mountain emerges. 
Shiprock, in New Mexico, and Devil’s Tower, in 
Wyoming, are classic examples of these mountains, 
called volcanic necks. 


Exposed plutons 


Plutons are masses of hard, visibly crystalline 
igneous rock that form deep in earth’s crust. Plutons 
rise through Earth’s crust when they are molten, and 
freeze into solid rock far below the surface. Plutons 
can be as small as a highway roadcut, or as large as an 
entire mountain range. Mountains emerge from a 
landscape as erosive forces strip away the rocks that 
cover a pluton. A small pluton called a stock forms the 
granite core of Mount Ellsworth in southern Utah. 
The Sierra Nevada mountains are entirely made up 
of massed plutons, collectively called the Sierra 
Nevada batholith. The Yosemite Valley cuts into the 
solid granite interior of these mountains. 


Unusual volcanos 


A rare kind of mountain is the individual volcano 
with no known relationship to a volcanically active 
region. Solitary volcanos like these have erupted in 
tectonically quiet landscapes, such as east Texas of 
the Cretaceous period, and their cause remains a 
mystery. 
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Mountains 


Mesas are flat-topped mountains. They form when 
a solid sheet of hard rock sits on top of softer rock. The 
hard rock layer on top, called the “caprock,” once 
covered a wide area. The caprock is cut up by the erosive 
action of streams. Where there is no more caprock, the 
softer rock beneath washes away relatively quickly. 
Mesas are left wherever a remnant of the caprock 
forms a roof over the softer rock below. A cuesta is a 
mesa that has been tilted, so the caprock forms a slope. 


Inverted topography 


When lava erupts from a volcano or fissure, it 
flows downhill like any other liquid, into low spots in 
the landscape. This is why a river valley makes a con- 
venient path for a lava flow. When the lava has sol- 
idified in the lowest part of the valley, it may be harder 
than the rocks that form the valley’s walls. So when 
water again can flow through the valley, it flows 
around both sides of the lava flow. Eventually the 
lava flow has two valleys on either side of it, getting 
deeper every year. After thousands of years, a mesa 
will have been created, for the lava flow has become a 
caprock. This form of mesa is called inverted topog- 
raphy, because the low places become high places. 


Outliers and monadnocks: Another term for a 
mountain made from a plateau worn by erosion is 
outlier. Not necessarily flat-topped, an outlier can be 
any hill or mountain left standing as the plateau with 
which it was once joined erodes farther and farther 
away. The Tepuis of Venezuela are outliers of a once- 
widespread plateau. A hard-rock mountain left stand- 
ing after an entire mountain range has eroded away 
around it is a monadnock. 


Weather effects of mountains 


Mountains make a barrier for moving air. The 
wind pushes air, and clouds in the air, up the mountain 
slopes. The atmosphere is cooler at high elevations, and 
there is less of it: lower pressure makes it hard for 
lowland animals to get enough air to breathe. Dense 
masses of warm, moist air that move up and over a 
mountain swell as the air pressure confining them 
drops away. The air becomes colder in the same way 
as a pressurized spray can’s contents become colder 
when the can’s pressure drops rapidly. (The phrase 
that describes this phenomenon is adiabatic expan- 
sion.) Water that existed as a gas under the high pres- 
sure and temperature of the flatlands now condenses 
into cool droplets, and clouds form over the mountain. 
As the cloud continues to rise, droplets grow and grow, 
eventually becoming too heavy to float in the air. The 
clouds dump rain, and snow, on the mountain slopes. 
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After topping the crest, however, the clouds may have 
no more moisture to rain on the other side of the 
mountain, which becomes arid. This rain shadow is 
best illustrated in the Sierra Nevada mountains of 
California, where tall redwood forests cover the 
ocean-facing side of the mountains, and Death Valley 
lies in the rain shadow. 


Mountains’ effect on evolution 


Sometimes mountains can become refuges for spe- 
cies endangered by the drying climate, or other radical 
ecological change, in the surrounding lowlands. In this 
way mountains can influence a species’ chances to live 
and prosper. Climatic “islands” like this may isolate one 
population from the rest of its species. Entire uncata- 
logued species of large animals have been found in the 
1990s living in the mountains of southeast Asia. As gen- 
eration succeeds generation, the genetic pattern that 
defines a population can change during its separation 
from the rest of its species. An isolated population may 
even become a species unto itself, unable to reproduce 
with the population from which it was once separated. 
This evolutionary phenomenon is called speciation, and 
mountain topography provides barriers between popu- 
lations that have made speciation happen. 


When the Grand Canyon was cut, speciation 
occurred in the squirrels that inhabit the high-altitude 
ponderosa pine forest of the southwest Colorado 
Plateau. The canyon’s steep cliffs and desert terrain 
contained nothing for a squirrel to eat, so individual 
squirrels did not enter it. The squirrels stayed at home 
on the south rim or the north rim, and the populations 
ceased to interbreed with each other. The eventual 
result has been speciation: the north rim’s Kaibab 
squirrel and the south rim’s Abert squirrel have 
become separate species. 


Mountains and humans 


Transportation and communication are more dif- 
ficult in mountains. Even today, mountain weather 
sometimes makes flying into mountains risky, and 
radio signals are blocked by the masses of stone. 
U.S. interstate highways close down due to snow, ice, 
and even rockfalls. The difficulty of operating in the 
mountainous countries of Afghanistan and Vietnam 
certainly affected the outcomes of the wars fought in 
those countries. 


The thin, stony soil of mountain slopes possesses 
minimal value as farmland. Mountain meadows and 
forests provide a good pasture for grazing animals, how- 
ever, and mountain people often practice pastoral 
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KEY TERMS 


Collisional mountain belt—A mountain range that is 
built when two or more continents run into each 
other. 


Fault block mountains—A mountain range formed 
by horizontal forces that squeeze a continent, frac- 
turing its crust and pushing some crustal blocks 
upward to form mountains while others drop down 
to form valleys. 


Island arc—A string of volcanic mountains that 
emerge from the sea as islands. 


Obduction—A geological “accident” wherein a 
piece of the oceanic crust gets put on top of the 
continental crust, as opposed to beneath it as usual. 


Ore body—A geological formation in which an eco- 
nomically valuable mineral is concentrated. 


Plate—One of the pieces into which earth’s crust is 
broken, which floats on top of the mantle, and is 
pushed around by tectonic forces. 


Shield volcano—A broad, low profile volcano con- 
sisting of layers of basaltic rock, typically formed in 
the middle of oceanic plates or on continental rifts. 


agriculture. Herds of goats, cows, sheep, pigs, or lamas 
turn the upland vegetation directly into food and indus- 
trial products—wool, tallow, leather, and so on. But in 
order for farming and herding people to dwell in the 
mountains with any economic security, the population 
must remain low, to avoid using up all of the sparse 
resources. 


Because of the difficulties mountains put in the 
way of making a living at agriculture, mountain 
regions usually cannot support a prosperous agricul- 
tural tax base. People of mountain cultures, therefore, 
are used to being left alone by governments. These 
peoples’ independent outlook is interchangeable 
around the world, whether they are Swiss, Papuan, 
Appalachian, or Jamaican Maroon. Language and 
customs from hundreds or thousands of years ago 
survive in remote mountains, preserved by the same 
geography that cut them off in the first place. 


Unlike farmers, people of the world’s industrial 
civilization can find in the mountains a great bounty of 
the resources they cannot live without. Geologic for- 
mations of economically valuable minerals, called ore 
bodies, are left behind by the processes that make 
mountains. Mountain-building rearranges the forma- 
tions that hold metal ores, coal, gemstones, asbestos, 
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Stratovolcano—A large, steepsided volcanic moun- 
tain, often located in an island chain (island arc) or 
on land in a series of volcanos along a tectonically 
active coast (continental arc). 


Tectonic—Having to do with forces that fold and 
fracture the rocks of planets. 


Thrust fault—A low-angle reverse fault in which the 
dip of the fault plane is 45° or less and displacement 
is primarily horizontal. 


Thrust sheet—A slab of the crust that gets pushed up 
on top of a neighboring slab of crust. 


Topography—tThe detailed surface features of an 
area. 


Uplift—An episode in the history of a region when 
tectonic forces lift the region’s crust to a higher 
elevation. 


Volcanic neck—A usually tall, steep mountain of 
lava rock that solidified in the volcano’s throat, stop- 
ping up the volcano as it became extinct. 
Volcano—A mountain that forms around a vent from 
which lava, ash, or other igneous rock is erupted. 


and other substances. These ore bodies come to rest 
near enough to the surface to be mined at a profit. 
Although many mining districts have been “mined 
out,” this only means that the minerals that could be 
mined for a profit have been removed. The world’s 
mountain ranges still contain vast amounts of eco- 
nomic minerals, out of sight under kilometers of 
rock. Present mining methods are too expensive to 
dig deep enough to process the great majority of 
them, however. 


Broad, swift rivers drain mountains that receive 
large amounts of rain and snow. Dropping from the 
uplands, water rapidly accumulates kinetic energy 
(kinetic energy is the energy in a moving object). 
Hydroelectric power plants convert some of this 
energy into power, providing industries and cities 
with cheap, clean, and plentiful electric power. 
Mountainous Switzerland’s hydroelectric power 
enabled it to become one of the world’s leading indus- 
trial countries. 


Resources 
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Mousebirds 
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| Mousebirds 


Mousebirds, or colies, are six species of non- 
migratory birds of sub-Saharan Africa, making up 
the family Coliidae. Their usual habitat is open brush- 
lands, savannas, and forest edges. 


Mousebirds are about 11-14 in (29-36 cm) long, at 
least one-half of which is made up of their long tail. 
This structure is composed of ten feathers of variable, 
but graduated length, the longest being in the center of 
the tail. Mousebirds have short, rounded wings, short 
legs, and stout feet with long toes and claws. If desired, 
all four of the toes can be directed forward, a rather 
unusual trait that can be utilized, for example, when 
the bird is hanging from a twig as it forages. The beak 
is strong and somewhat hooked, and is useful for tear- 
ing the skin of tough fruits, allowing access to the 
edible interior. 


The plumage of mousebirds is typically a subdued 
combination of gray or brown, with whitish and black 
markings. The legs are commonly red, and the head is 
conspicuously crested. 


Mousebirds are gregarious animals, commonly 
roosting in tightly packed groups of as many as several 
dozen individuals. Mousebirds like to clamber and 
creep in trees as they forage, a habitat that undoubt- 
edly contributed to the origin of their common name. 


Mousebirds feed on fruits, seeds, tender plant 
shoots, and even leaves. They are voracious feeders, 
and birds living in the vicinity of humans are some- 
times regarded as local pests, because of the significant 
damage they may cause to crops. 


Mousebirds lay two to four eggs in a nest placed in 
a tree or shrub. Both parents share in the incubation of 
eggs, and in the care of their young. Sometimes several 
males help in the rearing of the same brood, and 
several females will occasionally lay eggs in the same 
nest, and share the incubation duties, sometimes 
brooding side-by-side. 


The six species are: white-headed mousebird (Colius 
leucocephalus), chestnut-backed mousebird (C. castano- 
tus), white-backed mousebird (C. colius), blue-naped 
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mousebird (C. macrourus), bar-breasted mousebird 
(C. striatus), and red-faced mousebird (C. indicus). 


Bill Freedman 


MSG see Monosodium glutamate (MSG) 


Mud flow see Mass wasting 


l Mulberry family (Moraceae) 


The mulberry family occurs primarily in tropical 
and semi-tropical regions, and includes a wide variety 
of herbs, shrubs, and trees, characterized by a milky sap 
and reduced, unisexual flowers. This family includes 
40 genera and 1,000 species, of which 500 species are 
members of the fig genus, Ficus. The Moraceae is a 
member of the order Urticales, class Magnoliopsida 
(the dicotyledons), division Magnoliophyta (flowering 
plants). 


Flowers, fruits and leaves 


Species of the mulberry family may be either 
monoecious or dioecious, depending on whether male 
and female flowers occur on the same plant (monoe- 
cious) or on separate plants (dioecious). Flowers of the 
Moraceae are in tightly packed groups, known as 
heads, spikes, catkins, or umbels. Fig flowers are pro- 
duced inside a synconium, a hollow fleshy structure. 
The small flowers lack petals. Male flowers consist of 
four sepals, which are usually leaf like appendages, and 
four stamens. Female flowers consist of four sepals and 
a pistil with a two-chambered ovary. 


The fruit developed from a single female flower is 
either a fleshy drupe or a dry achene. The flowers fuse 
as they mature after fertilization, and a multiple fruit 
forms. The multiple fruit consists of small drupes or 
achenes grouped together in a single unit, and is usu- 
ally round or oval shaped. 


The best known fruit of the Moraceae is that of the 
common fig (Ficus carica), which has been cultivated for 
thousands of years. These cultivated figs develop with- 
out pollination, as this species does not produces male 
flowers. It is actually the synconium that is referred to as 
the fruit of the fig. In the case of fig varieties which are 
pollinated, the true fruit, an achene, develops inside the 
synconium. Figs are pollinated by wasps. 


A wild form of the common fig, known as the 
caprifig, does produce male flowers. Pollen of the 
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caprifig is sometimes used by fig breeders to fertilize 
female flowers of cultivated figs. In this process, 
known as caprification, a female gall wasp, carrying 
pollen from the caprifig, enters the synconium of a 
cultivated fig, where she pollinates the flowers, lay 
eggs, dies, and is absorbed by the synconium as the 
fruit develops. Figs produced by caprification are usu- 
ally larger than cultivated fig fruits. 


The fruits of some Moraceae, such as those from 
the jackfruit (Artocarpus integra), are very large, and can 
be up to 3 ft (1 m) long and weigh up to 99 Ib (45 kg), 
although 44-55 Ib (20-25 kg) is more common. Jackfruit 
leaves are much smaller than the fruits, usually 1.6 in 
(4 cm) or less. 


Moraceae leaves occur in a variety of shapes and 
sizes. For example, breadfruit, (Artocarpus communis), 
has lobed leaves that reach 2 ft (61 cm) in length. The 
common fig also has deeply lobed leaves. Other species, 
such as the creeping fig (Ficus pumila), have cordate 
leaves that are much smaller, with entire margins. It is 
not unusual to find both lobed and unlobed leaves on 
the same plant, especially in mulberries (Morus spp.). 
Leaves can occur singly on the stem, on alternating 
sides. At the base of a young leaf’s petiole is a pair of 
stipules, but these soon fall off and leave a small scar on 
the stem. 


Species of the Moraceae may be evergreen, or they 
may have deciduous leaves that fall off at the end of 
the growing season. 


Ecology, distribution and economic value 


The family Moraceae was named after the mul- 
berry, Modus. The red mulberry, Modus rubra, is 
native to North America, where it occurs in moist 
woodlands. It produces a tasty, juicy fruit which is 
favored by birds, and although it is also good for 
people to eat, it is not economically important. The 
white mulberry, Modus alba, is native to Asia. In 
China, leaves of the white mulberry are fed to culti- 
vated silkworms, a type of moth larva. The white 
mulberry became naturalized in North America dur- 
ing unsuccessful attempts to establish a silk industry in 
colonial America. Unlike the native red mulberry, the 
white mulberry is somewhat weedy, and is often found 
around homes, in disturbed sites, along fencerows, 
and in moist, second-growth bottomlands. Fruits of 
the white mulberry may be white, pink, red, or deep 
purple. The dark purple fruits inspired the name 
Modus nigra, although taxonomists have since deter- 
mined this plant to only be a variety of Modus alba. 


Similar in appearance to white mulberry, and also 
naturalized in the United States, is the ornamental 
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shrub, paper mulberry (Broussonetia papyrifera), also 
native to Asia. This mulberry is shrubby, and may 
form thick colonies from root sprouts. Paper mulberry 
occurs around homes, fencerows, and disturbed sites. 
The bark of the paper mulberry is the source of tapa, a 
fiber used by Pacific islanders to make clothing. 


The osage-orange, (Maclura pomifera), is a shrubby 
tree native to the Red River Valley of Texas, Oklahoma, 
and Arkansas. Like the mulberries, this species can 
propagate from root sprouts. The osage-orange is a 
thorny tree that bears a spherical, multiple fruit com- 
posed of achenes. The wood of this species is orange in 
color, and very strong. This wood was used by Native 
Americans to manufacture bows, and by early pioneers 
to make long-lasting fence posts and wagon wheels. 


The genus Artocarpus includes the breadfruit and 
jackfruit, whose fruits are used in the Caribbean and 
South Pacific as food. As the name breadfruit 
implies, the fruit is starchy, when cooked similar in 
texture and taste to potatoes. Many tourists have 
eaten breadfruit while vacationing in the Caribbean, 
unaware that it was not potatoes. Breadfruit, native 
to parts of Asia and tropical Pacific islands, was to be 
brought to the Caribbean islands by Captain Bligh, 
of Bounty fame. 


Species of the diverse fig genus, Ficus, take an 
assortment of forms. Some of the more unusual species 
include the strangler figs such as the banyan tree (Ficus 
benghalensis), which begins life as an epiphyte and 
sends down rope-like roots that eventually encircle 
and kill the host tree. A mature banyan tree is an 
impressive sight, with its large, spreading canopy, and 
numerous supporting trunks, often encircling a hollow 
cavity where the original host tree stood. The banyan 
tree is native to India, where it is considered sacred by 
Hindus. The bo tree, (Ficus religiosa), of India is 
believed to bring wealth and happiness to its owners. 
The bo tree is also considered sacred by Hindus, who 
believe their god Vishnu was born under one, and to 
Buddhists, who believe Gautama Buddha achieved nir- 
vana while meditating under one of these trees. 


Other important members of the fig genus are 
some popular horticultural species. The weeping fig, 
(Ficus benjamina), can be grown in pots into a small 
attractive tree with willowy branches and leaves. This 
species prefers bright light, moist soil, and a humid 
environment. The fiddleleaf fig, (Ficus lyrata), is a 
shrub with large leaves shaped like fiddles. The sap 
of the Indian rubber plant, (Ficus elastica), was once 
used to manufacture rubber. This species reaches tree 
proportions when cultivated as an ornamental in 
southern Florida. 
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Multiple personality disorder 


KEY TERMS 


Achene—A dry, indehiscent, one-seeded fruit, with 
the outer layer fused to the seed. 


Cordate—Heartshaped. 


Naturalized—A nonnative species which has 
become freely breeding beyond its natural range. 


Synconium—tThe hollow, fleshy structure in figs 
which houses the flowers and is often incorrectly 
referred to as the fruit. The true fruit often has the 
achenes borne inside the synconium on the female 
flowers. 


Unisexual—F lowers that bear either male or female 
reproductive organs. 


Resources 


BOOKS 

Duncan, W. H., and M. B. Duncan. Trees of the 
Southeastern United States. Athens: University of 
Georgia Press, 1988. 

Godfrey, R.K. Trees, Shrubs, and Woody Vines of Northern 
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l Multiple personality disorder 


Multiple personality disorder (MPD) is a chronic 
and recurrent emotional illness. A person with MPD 
plays host to two or more personalities. Each identity 
has its own unique style of viewing and understanding 
the world and may have its own name. These distinct 
personalities periodically control that person’s behav- 
ior as if several people were alternately sharing the 
same body. Because those diagnosed with multiple 
personality disorder often are not aware of the alter- 
nate personalities, called alters, inside themselves, they 
cannot account for blocks of time when these other 
identities control their memory, thinking, and behav- 
ior. Unlike depression or anxiety disorders, which have 
been recognized for centuries, the earliest cases of per- 
sons reporting DID symptoms were not recorded until 
the 1790s. Most cases were considered medical oddities 
or curiosities until the late 1970s, when increasing num- 
bers of cases were reported in the United States. In 
1994, multiple personality disorder was renamed 
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Disassociative Identity Disorder by the American 
Psychiatric Association. 


History and incidence 


Some psychologists and psychiatrists believe that 
instances of demon possession recorded over the cen- 
turies may have really been MPD, but the first com- 
plete account of a patient with multiple personality 
disorder was written in 1865. Four years later, French 
neurologist Pierre Marie Felix Janet (1859-1947) dis- 
covered that a system of ideas split off from the main 
personality when he hypnotized his female patients. 
Soon afterward, American psychologist William 
James (1842-1910) uncovered a similar phenomenon 
and termed the condition disassociation. In 1886, 
American author Robert Louis Stevenson popular- 
ized the disorder in his novel The Strange Case of 
Dr. Jekyll and Mr. Hyde. Although this work of fiction 
captured popular imagination, the concept of multiple 
personalities was rejected by Austrian physiologist, 
medical doctor, psychologist Sigmund Freud (1856— 
1939) and later by the behaviorists. The mental health 
community believed the disorder was extremely rare if 
it existed at all. 


Despite well-known movies such as The Three 
Faces of Eve and Sibyl, which recounted the life stories 
of women with MPD, by the beginning of the 1970s 
only about 200 cases had been documented in world 
psychiatric literature. Finally in 1980 the American 
Psychiatric Association officially recognized multiple 
personality disorder as a genuine emotional illness. 


Today, MPD is a relatively popular diagnosis 
with 20,000 cases recorded between 1980 and 1990 in 
the United States. As of 2006, it is possible that about 
1% of the U.S. population is afflicted with some form 
of MPD. However, that percentage could be spread 
out from 0.01 to 10%, according to medical research- 
ers. In addition, the percentage of patients in psychi- 
atric hospitals could range up to 20%. In both 
popuations, MPD is a popularly diagnosed illness 
but one that is, in actuality, difficult to diagnosis 
properly. MPD occurs from three to nine times more 
frequently in women than in men. Some researchers 
believe that because men with MPD tend to act more 
violently than women, they are jailed rather than hos- 
pitalized and never diagnosed. Female MPD patients 
often have more identities than men, averaging 15 as 
opposed to males who average eight. 


Because of the high number of MPD cases being 
diagnosed in the United States today, some professio- 
nals speculate that the diagnosis is culture-specific and 
caused by some unique characteristic of American 
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society such as the high incidence of child abuse. Other 
experts, while not denying that MPD exists, believe that 
the high rate of MPD has been inflated by recent media 
attention focusing on criminal trials in which defendants 
use multiple personality disorder for the insanity 
defense. They also think that overly eager therapists 
may unknowingly encourage highly-suggestible patients 
to display symptoms during hypnosis. Experts who 
counter these assertions state that normal people cannot 
be taught, even under hypnosis, to imitate the measura- 
ble physical changes shown by those diagnosed with 
multiple personality disorder. They claim that in the 
past the condition was underreported, a situation now 
being corrected by a heightened awareness of the disease 
and its symptoms. 


Causes of multiple personality disorder 


Fifty-nine to ninety-eight percent of people diag- 
nosed with multiple personality disorder were either 
physically or sexually abused as children. Many times 
when a young child is subjected to abuse, he or she 
splits off (spaces out) from what is happening, becom- 
ing so detached that what is happening may seem more 
like a movie or television show than reality. This self- 
hypnotic state, called disassociation, is a defense mech- 
anism that protects the child from thinking and feeling 
overwhelmingly intense emotions. Disassociation walls 
these thoughts and emotions off so that the child is 
unaware of them. In effect, they become secrets, even 
from the child. According to the American Psychiatric 
Association, many MPD patients cannot remember 
much of their childhoods. 


Not all children who are severely and repeatedly 
abused develop multiple personality disorder, but if 
the sexual or physical abuse is extreme and repeated, 
disassociated clusters of thoughts and feelings may 
begin to take on lives of their own, especially when 
the child has no time or space in which to emotionally 
recover between abuses. Each cluster tends to have a 
common emotional theme such as anger, sadness, or 
fear. Eventually, as the walls of disassociation thicken, 
these clusters develop into full-blown personalities, 
each with its own memory and characteristics. 


Some researchers believe the reason some abused 
children develop MPD may have a biological basis. 
Studies of how brainchemistry affects memory indi- 
cate that when an intensely traumatic experience 
occurs, the brain’s neurochemicals may be released in 
such large amounts they influence the area of the brain 
responsible for memory to pigeonhole what is remem- 
bered into separate compartments. Depending on 
their individual brain chemistry, some human beings 
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may be better able to disassociate than others. About 
one-third of people with MPD have complex partial 
seizures of the right temporal lobe of the brain. Some 
researchers think this form of epilepsy might also 
affect memory and be yet another cause for the 
disorder. 


Although some studies show that the illness may 
be more common in first-generation relatives of MPD 
patients, there is no proof the disorder is inherited. 


Symptoms 


A person diagnosed with multiple personality dis- 
order can have as many as a 100 or as few as two 
separate personalities. About half of the recently 
reported cases have ten or fewer. These different iden- 
tities can resemble the main personality or they may 
be a different age, sex, race, or religion. Alters may 
resemble each other or be very unique. Each person- 
ality can have its own posture, set of gestures, and 
hairstyle, as well as a distinct way of dressing and 
talking. Some alters may speak in foreign languages or 
with an accent. Sometimes alternate personalities are 
not human, but are animals or imaginary creatures 
instead. 


The process by which one of these personalities 
reveals itself and controls behavior is called switching. 
Most of the time the change is sudden and takes only 
seconds. Sometimes, however, it can take from hours 
or days. Switching is often triggered by something that 
happens in the patient’s environment, but personal- 
ities can also come out under hypnosis or when the 
patient is given amy] nitrate (truth serum). 


Sometimes the most powerful personality serves 
as the gatekeeper and tells the other weaker person- 
alities when they may reveal themselves. Other times 
personalities fight each other for control. Most 
patients with MPD experience long periods during 
which the host personality, also called the main or 
core personality, remains in charge. During these 
times, their lives may appear normal. 


When an alter dominates, however, chaos often 
reigns. Ninety-eight percent of people with MPD have 
some degree of amnesia when an alternate personality 
surfaces. When the host personality takes charge once 
again, the time spent under control of the alter is 
completely lost to memory. In some cases of MPD 
the host personality may remember confusing bits 
and pieces of the past. In some cases alters are aware 
of each other, while in others they are not. 


Because alternate personalities are formed by 
childhood disassociation as a result of trauma, it is 
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Multiple personality disorder 


not surprising that 86% of people with MPD have one 
alter with a child’s personality. Childhood and adoles- 
cent alters handle and act out emotions the abused 
child could not, such as rage or terror. Some act in 
very negative ways, avenging and persecuting the host 
personality to be self-destructive. Other alters, called 
internal self helpers, watch what is going on and give 
advice. Sometimes people with MPD describe these 
alters as seeing everything and feeling nothing. Other 
alternate personalities, however, act as friends. 


One of the most baffling mysteries of multiple 
personality disorder is how alternate personalities 
can sometimes show very different biological charac- 
teristics from the host and from each other. Several 
personalities sharing one body may have different 
heart rates, blood pressures, body temperatures, pain 
tolerances, and eyesight abilities. Different alters may 
have unique reactions to medications. Sometimes a 
healthy host can have alternate personalities with 
allergies and even asthma. An alter’s blood glucose 
(sugar) may respond differently to insulin than the 
host’s. Since studies done on people with such dramat- 
ically different alters have been small, no conclusions 
can be drawn and the puzzle remains to be solved. 


Diagnosis and treatment 


Most people with multiple personality disorder are 
diagnosed between the ages of 20 and 40 years. By that 
time they have been seeking help for their problems for 
an average of seven years and have usually been hos- 
pitalized several times. In some cases this happens 
because in addition to having multiple personality dis- 
order, those who suffer from it are often anxious or 
depressed. In other cases, the rapid mood swings that 
occur when personalities switch can appear to be symp- 
toms of bipolar illness, more commonly called manic 
depression. Finally, the voices of the personalities a 
person with MPD may report hearing are interpreted 
as the auditory hallucinations of schizophrenia. 


Without treatment, MPD does not disappear by 
itself, although the rate of personality switching does 
seem to slow down in middle age. The most common 
treatment for MPD is long-term psychotherapy twice a 
week. During these sessions, the therapist must develop 
a trusting relationship with the core personality and 
each of the alters. Once that is established, the emo- 
tional issues of each personality regarding the original 
child abuse are addressed. The host and alters are 
encouraged to communicate with each other in order 
to integrate or come together. Hypnosis is often a 
useful tool to accomplish this goal. At the same time, 
the therapist helps the patient to acknowledge and 
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KEY TERMS 


Alter—An alternate personality that has split off or 
disassociated from the main personality, usually 
after severe childhood trauma. 


Disassociation—The separation of a thought proc- 
ess or emotion from conscious awareness. 


Host—The main or core personality of a person 
with Multiple Personality Disorder, developing 
since the time of birth. 


Hypnosis—A trance state during which people are 
highly vulnerable to the suggestions of others. 


Personality—A group of characteristics that moti- 
vates behavior and set us apart from other individuals. 


Trauma—An extremely severe emotional shock. 


accept the physical or sexual abuse he or she endured 
as a child and to learn new coping skills so that dis- 
association is no longer necessary. Usually this process 
takes place in the therapist’s office. 


About half of all people being treated for MPD 
require brief hospitalization, and only 5% are primarily 
or exclusively treated in psychiatric hospitals. According 
to the National Institute of Mental Health, although 
sometimes mood altering medications such as tranquil- 
izers or antidepressants are prescribed for MPD patients, 
they are often diagnosed as having anxiety or depression 
rather than the multiple personality disorder. The treat- 
ment of MPD lasts an average of four years. 


Alternative treatments that help to relax the body 
are often recommended for DID patients as an 
adjunct to psychotherapy and/or medication. These 
treatments include hydrotherapy, herbal medicine, 
therapeutic massage, and yoga. Meditation is usually 
discouraged until the patient’s personality has been 
reintegrated. 


Some therapists believe that the prognosis for 
recovery is excellent for children and good for most 
adults. Although treatment takes years, it is often 
ultimately effective. As a general rule, the earlier the 
patient is diagnosed and properly treated, the better 
the chances for improvement. 
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l Multiplication 


Multiplication is often described as repeated addi- 
tion. For example, the product 3 x 4 is equal to the 
sum, 4 + 4 + 4, of three 4s. The law on which this is 
based is the distributive law: a(b + c) = ab + ac. In 
this instance, the law is applied to 41 + 1 + 1), which 
gives 4(1) + 4(1) + 4(1) or 4+ 4+ 4. 


When one or both of the multipliers are not nat- 
ural numbers, the law still applies, 0.4(1.2) = 0.4(1) + 
0.4(0.1) + 0.4(0.1), but the terms of the sum are not 
simply “repeated,” and other rules, such as the rules 
for placing the decimal point, are needed. 


Of course one does not go all the way back to the 
distributive law every time he or she computes a prod- 
uct. In fact, much of the time in the early grades in 
school is devoted to building a multiplication table 
and memorizing it for subsequent use. In applying 
that table to products such as 12 x 23, however, one 
does make explicit use of the distributive law: 


12 
xX 23 
36 
2A 
276 


Here a is 12; b is 20; and c is 3. 


In talking about multiplication, several terms are 
used. In 6 x 3, the entire expression, whether it is 
written as 6 x 3 or as 18, is called the product. The 6 
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Table of muliplication laws and derivatives 


For all numbers a, b, and c 
ab is a unique number the closure law 
ab = ba 

a(bc) = (ab)c 

ael=a 

If ab = cb and b # 0, thena=c 
From these laws one can derive three more useful laws: 

ae0=0 multiplication by zero property 


If ab = 0, thena = 0, orb = 0, nonexistence of zero-divisors 
or both. 


The factors in a product may be 
combined in any order. 


the commutative law 

the associative law 

the multiplicative identity law 
the cancellation law 


generalized commutative property 


Multiplication laws and derivitives. (Thomson Gale.) 


and the 3 are each called multipliers, factors, or occa- 
sionally terms. The older words “multiplicand” (for the 
6) and “multiplier” (for the 3), which made a distinction 
between the number that got multiplied and the number 
that did the multiplying, have fallen into disuse. Now 
“multiplier” applies to either number. 


Multiplication is symbolized in three ways: with 
an “x,” asin 6 x 3; with a centered dot, as in 6- 3; and 
by writing the numbers next to each other, as in 5x, 
6(3), (6)(3), or (x + y)(x - y). This last way is usually 
preferred. 


Multiplication is governed not only by the distrib- 
utive law, which connects it with addition, but by laws 
that apply to multiplication alone. These laws appear 
in the table above. 


Since arithmetic is done with natural numbers, 
some additional laws are needed to handle decimal 
fractions, common fractions, and other numbers 
which are not natural numbers: 


Decimals: Multiply the decimal fractions as if they 
were natural numbers. Place the decimal point in the 
product so that the number of places in the product is 
the sum of the number of places in the multipliers. For 
example, 3.07 x 5.2 = 15.964. 


Fractions: The numerator of the product is the 
product of the numerators; the denominator of the 
product is the product of the denominators. For exam- 
ple, (3/7)(5/4) = 15/28. 


Signed numbers: Multiply the numbers as if they 
had no signs. If one of the two factors has a minus sign, 
give the product a minus sign. If both factors have 
minus signs, write the product without a minus sign. 
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Murchison meteorite 


For example, (3x)(-2y) = -6xy; (-5)(-4) = 20; (-x)? = x’; 
and (5x)(x) = 5x”. 


Powers of the same base: To multiply two powers 
of the same base, add the exponents. For example 
10° x 10° = 10°,and x? x x = x’, 


Monomials: To multiply two monomials, rear- 
range the factors. For example, (3x”y)(Sxyz) = 15x*y7z. 


Polynomials: To multiply two polynomials multi- 
ply each term of one by each term of the other, com- 
bining like terms. For example, (x + y)(x - y) = x” -xy 


+ xy-y? =x’-y’. 


Multiplication is the model for a variety of prac- 
tical situations. In one we have a number, a, of groups 
with b things in each group. The product, ab, repre- 
sents the total number. For example, seven egg cartons 
hold 7 x 12 eggs in all. In other situations we have 
“direct variation” or proportionality: y = kx. So 
many gallons of gasoline at so much per gallon calls 
for multiplication, as does computing distance as a 
function of rate and time, D = RT. 


Unlike addition, in which a length plus a length is 
another length, and a length plus a weight, meaning- 
less, the product of two quantities of the same type or 
of different types is frequently meaningful, and of a 
type different from both. For example, the product of 
two one-dimensional measures such as length becomes 
the two-dimensional measure, area. Multiplying a 
force, such as gravity, by a distance yields work, 
which is a change in the amount of energy. Thus, 
while multiplication is closely tied to addition compu- 
tationally, in application it accommodates relation- 
ships of more complex dimensions. 


While multiplication is ordinarily an operation 
between numbers, it can be an operation between 
other kinds of mathematical elements as well. 
Multiplication in the broader sense will obey many 
of the laws ordinary multiplication does, but not nec- 
essarily all of them. 


For example in “clock arithmetic” all the basic 
laws hold except for cancellation. In clock arithmetic, 
3 x 4 = 3 x 8 because both leave the hands in the same 
position, but of course, 4 does not equal 8. In the 
multiplication of matrices, commutativity does not 
hold. 


A particularly interesting extension of the idea of 
multiplication is in the Cartesian product of two sets. 
IfA = {1, 2,3}, and B = {x, y}, then A x Bis the set 
{(, x), (1, y), (2, 0), 2, y), (3, x), (3, y)}, formed by 
pairing each element of A with each element of B. 
Because sets are sometimes used as the basis for 
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KEY TERMS 


Factor—A number used as a multiplier in a 
product. 


Multiplication—An operation related to addition 
by means of the distributive law. 


Multiplier—One of two or more numbers com- 
bined by multiplication to form a product. 


Product—The result of multiplying two or more 
numbers. 


arithmetic, Cartesian products form an important 
link between sets and ordinary multiplication. 


See also Division. 


Resources 


BOOKS 

Dantzig, Tobias. Number, the Language of Science. Garden 
City, NY: Doubleday and Co., 1954. 

Klein, Felix. “Arithmetic.” In Elementary Mathematics from 
an Advanced Standpoint. New York: Dover, 1948. 

Smith, David Eugene, and Jekuthiel Ginsberg. “From 
Numbers to Numerals and from Numerals to 
Computation.” In The World of Mathematics. edited by 
James R. Newman. New York: Simon and Schuster, 
1956. 

Weisstein, Eric W. The CRC Concise Encyclopedia of 
Mathematics. New York: CRC Press, 1998. 


PERIODICALS 

Jourdain, Philip E. B. “The Nature of Mathematics.” The 
World of Mathematics. Edited by James R. Newman. 
New York: Simon and Schuster, 1956. 


J. Paul Moulton 


Muons see Subatomic particles 


Murchison meteorite 


The Murchison meteorite was a type I] carbona- 
ceous chondrite meteorite that entered the Earth’s 
atmosphere in September 1969. The meteor frag- 
mented before impact and remnants were recovered 
near Murchison, Australia (located about 60 mi [96.5 
km] north of Melbourne). The fragments recovered 
dated to nearly five billion years ago—to the time 
greater than the estimated age of Earth (about 4.5 
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billion years). In addition to interest generated by the 
age of the meteorite, analysis of fragments revealed 
evidence of carbon-based compounds. The finds have 
fueled research into whether the organic compounds 
were formed from inorganic processes or are proof of 
extraterrestrial life dating to the time of Earth’s 
creation. 


In particular, it was the discovery of amino acids 
and the percentages of the differing types of amino 
acids (such as alanine, glycine, glutamic acid, isova- 
line, and pseudoleucine) found in the meteorite (e.g., 
the number of left-handed amino acids vs. right- 
handed amino acids), that made plausible the appa- 
rent evidence of extraterrestrial organic processes as 
opposed to biological contamination by terrestrial 
sources. 


If the compounds prove to be from extraterrestrial 
life, this would constitute a profound discovery that 
would have far-reaching global scientific and social 
impact concerning prevailing hypotheses about the 
origin of life. For example, some scientists, notably 
one of the discoverers of the structure of deoxyribo- 
nucleic acid (DNA), English scientist Francis Crick 
(1916-2004), asserted that in the period from the for- 
mation of Earth to the time of the deposition of the 
earliest discovered fossilized remains, there was insuf- 
ficient time for evolutionary process to bring forth life 
in the abundance and variety demonstrated in the 
fossil record. Crick and others proposed that a form 
of organic molecular seeding by meteorites exempli- 
fied by the Murchison meteorite (meteorites rich in 
complex carbon compounds) greatly reduced the 
time needed to develop life on Earth. 


In fact, the proportions of the amino acids found 
in the Murchison meteorite approximated the propor- 
tions proposed to exist in the primitive atmosphere 
modeled in the Miller-Urey experiment. First con- 
ducted in 1953, University of Chicago researchers 
Stanley L. Miller (1930—) and Harold C. Urey (1893— 
1981) developed an experiment to test possible mech- 
anisms in Earth’s primitive atmosphere that could 
have produced organic molecules from inorganic 
processes. Methane (CHy), hydrogen (H2), and 
ammonia (NH;3) gases were introduced into a moist 
environment above a water-containing flask. To sim- 
ulate primitive lightning discharges, Miller supplied 
the system with electrical current. Within days organic 
compounds formed—including some amino acids. A 
classic experiment in molecular biology, the Miller- 
Urey test, established that the conditions that existed 
in Earth’s primitive atmosphere were sufficient to pro- 
duce amino acids, the subunits of proteins comprising 
and required by living organisms. It is possible, 
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however, that extraterrestrial organic molecules 
could have accelerated the formation of terrestrial 
organic molecules by serving a molecular templates. 


In 1997, NASA scientists announced evidence 
that the Murchison meteorite contained microfossils 
that resemble microorganisms. The microfossils were 
discovered in fresh breaks of meteorite material. In 
2001, the list of organic materials found within the 
meteorite was increased to include polyols (an alcohol 
containing over two hydroxyl groups). Then, in 2005, 
scientists showed that homochirality (the presence of 
left-handed amino acids and right-handed sugars) 
occurred within the meteorite. The concept of homo- 
chirality is considered rare on Earth, leading scientists 
to think that the meteorite contained extraterrestrial 
molecules. The potential findings remain the subject of 
intense scientific study and debate in the mid 2000s. 


University of Texas scientists Robert Folk and 
F. Leo Lynch also announced the observation of fos- 
sils of terrestrial nanobacteria in another carbona- 
ceous chondrite meteorite named the Allende 
meteorite. Other research has demonstrated that the 
Murchison and Murray meteorites (a carbonaceous 
chondrite meteorite found in Kentucky) contain sug- 
ars critical for the development of life. 


As of 2006, the scientific consensus in journals and 
other scholarly publications is divided—some in favor 
and others disagreeing with an earlier interpretation 
that the Murchison meteorite did not provide defini- 
tive evidence of extra-terrestrial life and that many of 
physical attributes of the meteorite could be fully 
accounted for by inorganic processes or by contami- 
nation after impact. Scientific analysis and compari- 
son continues, with scientists anticipating comparison 
of the properties observed in the Murchison meteorite 
with other meteorites. 


See also Catastrophism; Cosmology; Evolution, 
evidence of; Evolutionary mechanisms; Meteors and 
meteorites. 
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| Muscle relaxants 


Muscle relaxants are drugs that are administered 
to relieve the discomfort of muscle spasm or involun- 
tary muscle contracture and also in cases of surgery to 
relax muscles and provide easier access for the sur- 
geon. Some nonprescription drugs are available to 
combat painful contraction of the uterus during a 
woman’s menstrual period. The muscle relaxant cyclo- 
benzaprine (Flexeril®), for instance, is sometimes used 
to treat fibromyalgia, a condition that involves aches, 
stiffness, and fatigue. 


Muscle relaxants work by acting on the central 
nervous system. In the United States, they are avail- 
able only with a physician’s prescription. Examples of 
muscle relaxants are carisoprodol (Soma®), chlorzox- 
azone (Parafon Forte DSC®), cyclobenzaprine 
(Flexeril®), and methocarbamol (Robaxin®). Most 
come only in tablet form. However, methocarbamol 
(Robaxin®) is available in both tablet and injectable 
forms. Some muscle relaxants are available in Canada 
without a prescription. 


Muscles can be divided into two classes, the vol- 
untary or skeletal muscles and the involuntary or 
smooth muscles. The heart muscle, the myocardium, 
is a unique type of muscle that does not fit into either 
category. Skeletal muscles are those that are under 
voluntary control. The muscles that move the arms, 
that move the legs when you walk or run, or those that 
are involved in chewing are all skeletal muscles. They 
come into play only when a person consciously tells 
them to work. Smooth muscles are those that are not 
under conscious control. The muscles in the digestive 
organs, for example, are smooth muscles. 


Usually it is the skeletal or striated muscles that 
will require therapy for painful spasm or will need to 
be relaxed to allow the surgeon to gain access to the 
abdomen easily. Muscle spasm may be associated with 
a trauma or may be brought on by multiple sclerosis, 
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cerebral palsy, stroke, or an injury to the spinal cord. 
Severe cold, an interruption of blood supply to a 
muscle, or overexertion of the muscle also can lead 
to spasms. A muscle spasm actually is an increase in 
muscle tone brought on by an abnormality in motor 
control by the spinal nerves. 


Skeletal muscles are controlled by large nerves in 
the spinal cord. The nerve cell or neuron is part of the 
spinal cord, but its projections, the axon and the many 
dendrites course outward to connect to muscle cells. 
The nerve axon is a sensory device that senses the 
muscle cells’ current condition. The dendrites are 
motor fibers that deliver the instructions to change 
its state to the muscle fiber. The area at which the 
muscle and nerve connect is called the neuromuscular 
junction. It is here that the end releases a chemical 
called a neurotransmitter that crosses the microscopic 
space between the nerve and muscle and causes the 
desired response. Five such neurotransmitters have 
been described: acetylcholine, serotonin, norepinephr- 
ine, glycine, and gamma-amminobutyric acid or 
GABA. Of these, the functions of three are known. 
Acetylcholine excites muscle activity and glycine and 
GABA inhibit it. 


Muscle relaxants may act either peripherally, that 
is directly on the muscle, or centrally, in the spinal 
cord. Most such drugs act centrally, though how 
they perform their task is not understood. These 
drugs do not act directly on the muscle to relax it, 
they do not interfere with conduction along the nerve 
fiber, they do not stop the neurotransmitter from 
being released or crossing the nerve-muscle junction, 
and they do not alter the ability of the muscle to 
respond to the neurotransmitter. Somehow they act 
centrally to depress the central nervous system and 
may have a sedative effect. 


The dosage of any muscle relaxing agent must be 
carefully tailored to achieve the desired result without 
overdosing the patient. Because these drugs have a 
sedative action the patient should be warned not to 
drive, operate machinery or perform any other task 
that requires wakefulness. An overdose of the drugs 
can put the patient to sleep and may well depress 
muscle function to the extent that the bladder will 
not contract normally and urine retention will occur. 
Also, some drugs will produce a change in the color of 
the urine of which the patient should be made aware. 


The centrally acting muscle relaxants have an 
onset of action ranging from 30 minutes to one hour. 
They reach their maximum concentration in the blood 
between one to eight hours, and their effects last for 
four to 24 hours. Dosages are designed to allow some 
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Centrally acting muscle relaxants and their actions 


Drug name 


(trade name) Onset of action 


Hours to peak 
concentration Duration in hours 


30 min. 


chlorphensin carbamate (Maolate) ? 


carisoprodol (Soma) 

chlorzoxazone (Paraflax) 1 hour 
cyclobenzaprine HCl (Flexeril) 1 hour 
1 hour 
30 min. 


1 hour 


Metaxolone (Skelaxin) 
methocarbamol (Robaxin) 


orphenadrine (Banflex, Flexain, 
Marflex, Norfles, etc.) 


4 4-6 
13 4-6 
3-4 
12-24 
4-6 
? 
4-6 


Note: The drug name is the generic name under which the drug is produced. The trade name is the name by which the drug is marketed by the pharmaceutical 


company that manufactures it. 


Centrally Acting Muscle Relaxants and Their Actions. (Thomson Gale.) 


overlap to maintain the desired blood concentration of 
the drug for maximum benefit. 


Only one drug is classified as a peripherally acting 
muscle relaxant. This agent, dantrolene sodium, acts 
directly on the muscle, so it has fewer side effects than 
do the centrally acting drugs. Dantrolene is marketed 
as Dantrium® by its manufacturer. It is a slow-acting 
drug whose peak effect is not felt for some five hours 
after it has been taken. The peak effect of a single dose, 
however, does not constitute a therapeutic dose. The 
therapeutic effects of the drug may not be seen for up 
to a week or longer. The patient may be tempted to 
increase the dosage of the drug because it seems to 
have little effect in the beginning stages of therapy. Of 
course, this could be a critically unwise procedure that 
would be seen once the therapeutic dosage is built up. 


Dantrolene seems to work directly on the muscle 
cell, affecting the sarcoplasmic reticulum within the 
cell. The sarcoplasmic reticulum in a muscle cell stores 
calcium. When the electrical signal through the nerve 
releases an excitatory neurotransmitter, the sarcoplas- 
mic reticulum releases calcium, which brings on the 
contraction of the muscle. Dantrolene seems to pre- 
vent the release of calcium, and thus short-circuits the 
muscle contraction. 


Baclofen (marketed as Llorosal®) is another 
muscle relaxant that acts on the spinal cord to lessen 
muscle spasms especially in patients with multiple 
sclerosis or spinal cord injuries. The chemical structure 
of baclofen is similar to that of the neurotransmitter 
GABA, which is an inhibitory chemical. Baclofen 
seems to inhibit neuron activity, which reduces muscle 
tone and reduces spasm. Its primary usage is in 
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patients with spinal cord injury that has resulted in 
paralysis. The drug relaxes tightly flexed leg muscles, 
improves bowel and bladder control, and reduces 
muscle spasms both in number and severity. Baclofen 
builds up slowly and may require a month or two of 
therapy before the optimal dose is achieved. It does 
not have a high degree of sedative effect, so it may be 
preferable for many patients. 


Another drug used to treat muscle spasms, diaze- 
pam, commonly known by its trade name, Valium®, is 
a tranquilizer or antianxiety and anticonvulsant drug. 
Still, it has found a niche as a muscle relaxing drug in 
cases of acute, painful muscle spasm. Diazepam 
appears to work by enhancing the effects of the inhib- 
itory neurotransmitter GABA. Only small doses of 
diazepam can be given as a muscle relaxant because 
of its sedative effects. For the patient who is not sensi- 
tive to the sedation often brought about by diazepam, 
the drug can serve both to relieve muscle spasm and to 
relieve anxiety about that situation. 


All muscle relaxing agents should be given with 
caution to anyone who is taking other drugs. The 
muscle relaxants will enhance the sedative effects of 
many other classes of drugs such as antihistamines, 
antidepressants, sedatives, other muscle relaxants, and 
tranquilizers. 


Muscle relaxants are usually prescribed along 
with rest, exercise, physical therapy, or other treat- 
ments. Although the drugs may provide relief, they 
should never be considered a substitute for these other 
forms of treatment. These drugs may make the injury 
feel so much better that one is tempted to go back to 


2885 


S}UBXP]a1 BJISNnW 


Muscular system 


KEY TERMS 


Neuromuscular junction—The point at which a 
nerve ending intersects with a muscle cell. The 
nerve controls muscle movements. 


Neurotransmitter—A chemical that is released 
from nerve ends to achieve a physiologic response, 
whether muscle contraction, speech, reflex action, 
or whatever. 


Skeletal muscle—Also called voluntary or striated 
muscle, it is a muscle under conscious control by 
the individual. Striated muscles flex or extend the 
leg or arm, curl the fingers, move the jaw during 
chewing, and so forth. 


Spasm—The uncontrolled tightening of a muscle to 
the point that it may become painful. A so-called 
Charlie horse is such a spasm. 


Spinal nerve—A nerve fiber that rises from the 
spinal cord instead of directly from the brain. 
Spinal nerves control muscle movement without 
conscious thought from an individual. 


normal activity, but doing too much too soon can 
actually make the injury worse. 


In addition, they should not be suddenly discon- 
tinued. Stopping the drugs suddenly can lead to a 
return of symptoms to an even more painful degree. 
After the optimal clinical dosage is reached the physi- 
cian will provide the drugs until the muscle spasm has 
passed and then wean the patient off the drug. In some 
cases, as in paraplegia, the drug may be given for years 
to maintain the patient’s comfort. 


People with certain medical conditions or who are 
taking certain other medicines can have problems if 
they take muscle relaxants. Diabetics should be aware 
that the metaxalone (Skelaxin®) may cause false test 
results on one type of test for sugar in the urine. People 
with epilepsy should be cautioned that taking the 
muscle relaxant methocarbamol may increase the like- 
lihood of seizures. 


Anyone who has allergies, who is breastfeeding 
has kidney disease, has suffered a recent heart attack 
or irregular heartbeat, has an overactive thyroid 
gland, hepatitis or liver disease, is a current or former 
drug or alcohol abuser, has glaucoma, or has prob- 
lems with urination should discuss their condition 
with their doctor before taking muscle relaxants. 


See also Muscular system. 
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fl Muscular system 


The muscular system is the body’s network of 
tissues for both conscious and unconscious move- 
ment. Movement is generated through the contraction 
and relaxation of specific muscles. Some muscles, like 
those in the arms and legs, are involved in voluntary 
movements such as raising a hand or flexing the foot. 
Other muscles are involuntary and function without 
conscious effort. 


Voluntary muscles include skeletal muscles and 
total about 650 in the whole human body. Skeletal 
muscles are controlled by the somatic nervous system; 
whereas the autonomic nervous system controls invol- 
untary muscles. 


Involuntary muscles include muscles that line 
internal organs. These smooth muscles are called vis- 
ceral muscles, and they perform tasks not generally 
associated with voluntary activity throughout the 
body even when it is asleep. Smooth muscles control 
several automatic physiological responses such as 
pupil constriction when iris muscles contract in bright 
light and blood vessel dilation when smooth muscles 
around them relax, or lengthen. In addition to skeletal 
and smooth muscle, which are considered voluntary 
and involuntary, respectively, there is cardiac muscle, 
which is considered neither. Cardiac muscle is not 
under conscious control, and it can also function with- 
out external nervous system regulation. 


Smooth muscles derive their name from their 
appearance when viewed in polarized light micro- 
scopy; in contrast to cardiac and skeletal muscles, 
which have striations (appearance of parallel bands 
or lines), smooth muscle is unstriated. Striations result 
from the pattern of the myofilaments, actin and myo- 
sin, which line the myofibrils within each muscle cell. 
When many myofilaments align along the length of a 
muscle cell, light and dark regions create the striated 
appearance. This microscopic view of muscle reveals 
some hint of how muscles alter their shape to induce 
movement. Because muscle cells tend to be elongated, 
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they are often called muscle fibers. Muscle cells are 
distinct from other cells in the body in shape, protein 
composition, and in the fact that they are multi- 
nucleated (have more than one nucleus per cell). 


Skeletal muscles 


Skeletal muscles are probably the most familiar 
type of muscle to people. Skeletal muscles are the ones 
that ache when someone goes for that first outdoor 
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run in the spring after not running much during the 
winter. And skeletal muscles are heavily used when 
someone carries in the grocery bags. Exercise may 
increase muscle fiber size, but muscle fiber number 
generally remains constant. Skeletal muscles take up 
about 40% of the body’s mass, or weight. They also 
use a great deal of oxygen and nutrients from the 
blood supply. Multiple levels of skeletal muscle tissue 
receive their own blood supplies. 
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Muscular system 


Like all muscles, skeletal muscles can be studied at 
both a macroscopic and a microscopic level. At the 
macroscopic level, skeletal muscles usually originate at 
one point of attachment to a tendon and terminate at 
another tendon at the other end of an adjoining bone. 
Tendons are rich in the protein collagen, which is 
arranged in a wavy way so that it can stretch out and 
provide additional length at the muscular-bone 
junction. 


Skeletal muscles act in pairs where the flexing 
(shortening) of one muscle is balanced by a length- 
ening (relaxation) of its paired muscle or a group of 
muscles. These antagonistic (opposite) muscles can 
open and close joints such as the elbow or knee. 
Muscles that contract and cause a joint to close are 
called flexor muscles, and those that contract to cause 
a joint to stretch out are called extensors. Skeletal 
muscle that supports the skull, backbone, and rib 
cage are called axial skeletal muscles; whereas, skeletal 
muscles of the limbs are called distal. These muscles 
attach to bones via strong, thick connective tissue 
called tendons. Several skeletal muscles work in a 
highly coordinated manner in activities such as 
walking. 


Skeletal muscles are organized into extrafusal and 
intrafusal fibers. Extrafusal fibers are the strong, outer 
layers of muscle. This type of muscle fiber is the most 
common. Intrafusal fibers, which make up the central 
region of the muscle, are weaker than extrafusal fibers. 
Skeletal muscles fibers are additionally characterized 
as “fast” or “slow” based on their activity patterns. 
Fast, also called “white,” muscle fibers contract rap- 
idly, have poor blood supply, operate anaerobically, 
and fatigue rapidly. Slow, also called “red,” muscle 
fibers contract more slowly, have better blood sup- 
plies, operate aerobically, and do not fatigue as easily. 
Slow muscle fibers are used in movements that are 
sustained, such as maintaining posture. 


Skeletal muscles are enclosed in a dense sheath of 
connective tissue called the epimysium. Within the 
epimysium, muscles are sectioned into columns of 
muscle fiber bundles, called primary bundles or fasci- 
culi, which are each covered by connective tissue called 
the perimysium. An average skeletal muscle may have 
20-40 fasciculi which are further subdivided into sev- 
eral muscle fibers. Each muscle fiber (cell) is covered 
by connective tissue called endomysium. Both the epi- 
mysium and the perimysium contain blood and lymph 
vessels to supply the muscle with nutrients and oxygen 
and remove waste products, respectively. The endo- 
mysium has an extensive network of capillaries that 
supply individual muscle fibers. Individual muscle 
fibers vary in diameter from 10-60 micrometers and 
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in length from a few millimeters to about 12 in (30 cm) 
in the sartorius muscle of the thigh. 


At the microscopic level, a single muscle cell has 
several hundred nuclei and a striped appearance 
derived from the pattern of myofilaments. Long, cylin- 
drical muscle fibers are formed from several myoblasts 
in fetal development. Multiple nuclei are important in 
muscle cells because of the tremendous amount of 
activity in muscle. The myofilaments, actin and myo- 
sin, overlap one another in a very specific arrange- 
ment. Myosin is a thick protein with two globular 
head regions. Each myosin filament is surrounded by 
six actin (thin) filaments. These filaments run longitu- 
dinally along the length of the cell in parallel. Multiple 
hexagonal arrays of actin and myosin exist in each 
skeletal muscle cell. 


Each actin filament slides along adjacent myosin 
filaments with the help of other proteins and ions 
present in the cell. Tropomyosin and troponin are 
two proteins attached to the actin filaments that ena- 
ble the globular heads on myosin to instantaneously 
attach to the myosin strands. The attachment and 
rapid release of this bond induces the sliding motion 
of these filaments which result in muscle contraction. 
In addition, calcium ions and ATP (cellular energy) 
are required by the muscle cell to process this reaction. 
Numerous mitochondria are present in muscle fibers 
to supply the extensive ATP required by the cell. 


The system of myofilaments within muscle fibers 
are divided into units called sarcomeres. Each skeletal 
muscle cell has several myofibrils, long cylindrical 
columns of myofilaments. Each myofibril is composed 
of the myofilaments that interdigitate to form the 
striated sarcomere units. The thick myosin filaments 
of the sarcomere provide the dark, striped appearance 
in striated muscle, and the thin actin filaments provide 
the lighter sarcomere regions between the dark areas. 
A sarcomere can induce muscle contraction the way a 
paper towel roll holder can be pushed together before 
inserting it into a dispenser. The actin and myosin 
filaments slide over one another like the outer and 
inner layers of the roll holder. Muscle contraction 
creates an enlarged center region in the whole muscle. 
The flexing of a bicep makes this region anatomically 
visible. This large center is called the belly of the 
muscle. 


Skeletal muscles function as the link between the 
somatic nervous system and the skeletal system. One 
does not move a skeletal muscle for the sake of moving 
the muscle unless one is a bodybuilder. Skeletal 
muscles are used to carry out instructions from the 
brain so that someone can accomplish something. For 
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instance, someone decides that they would like a bite 
of cake. Unless the cake will come to the mouth by 
itself, the person needs to figure out some way to get 
that cake to their mouth. The brain tells the muscle to 
contract in the forearm allowing it to flex so that the 
hand is in position to get a forkful of cake. But the 
muscle alone cannot support the weight of a fork; it is 
the sturdy bones of the forearm that allow the muscles 
to complete the task of obtaining the cake. Hence, the 
skeletal and muscular systems work together as a lever 
system with joints acting as a fulcrum to carry out 
instructions from the nervous system. 


The somatic nervous system controls skeletal 
muscle movement through motor neurons. Alpha 
motor neurons extend from the spinal cord and termi- 
nate on individual muscle fibers. The axon, or signal 
sending end, of the alpha neurons branch to innervate 
multiple muscle fibers. The nerve terminal forms a 
synapse, or junction, with the muscle to create a neu- 
romuscular junction. The neurotransmitter, acetyl- 
choline (ACh) is released from the axon terminal into 
the synapse. From the synapse, the ACh binds to 
receptors on the muscle surface which triggers events 
leading to muscle contraction. While alpha motor 
neurons innervate extrafusal fibers, intrafusal fibers 
are innervated by gamma motor neurons. 


Voluntary skeletal muscle movements are initi- 
ated by the motor cortex in the brain. Then signals 
travel down the spinal cord to the alpha motor neuron 
to result in contraction. However, not all movement of 
skeletal muscles is voluntary. Certain reflexes occur in 
response to dangerous stimuli, such as extreme heat. 
Reflexive skeletal muscular movement is controlled at 
the level of the spinal cord and does not require higher 
brain initiation. Reflexive movements are processed at 
this level to minimize the amount of time necessary to 
implement a response. 


In addition to motor neuron activity in skeletal 
muscular activity, a number of sensory nerves carry 
information to the brain to regulate muscle tension 
and contraction to optimize muscle action. Muscles 
function at peak performance when they are not over- 
stretched or overcontracted. Sensory neurons within 
the muscle send feedback to the brain with regard to 
muscle length and state of contraction. 


Cardiac muscles 


Cardiac muscles, as is evident from their name, 
make up the muscular portion of the heart. While 
almost all cardiac muscle is confined to the heart, 
some of these cells extend for a short distance into 
cardiac vessels before tapering off completely. The 
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heart muscle is also called the myocardium. The 
heart muscle is responsible for more than two billion 
beats in a lifetime. The myocardium has some proper- 
ties similar to skeletal muscle tissue, but it is also 
unique. Like skeletal muscles, myocardium is striated; 
however, the cardiac muscle fibers are smaller and 
shorter than skeletal muscle fibers averaging 5-15 
micrometers in diameter and 20-30 micrometers in 
length. In addition, cardiac muscles align lengthwise 
more than side-by-side compared to skeletal muscle 
fibers. The microscopic structure of cardiac muscle is 
also unique in that these cells are branched such that 
they can simultaneously communicate with multiple 
cardiac muscle fibers. 


Cardiac muscle cells are surrounded by an endo- 
mysium like the skeletal muscle cells. But innervation of 
autonomic nerves to the heart do not form any special 
junction like that found in skeletal muscle. Instead, the 
branching structure and extensive interconnectedness 
of cardiac muscle fibers allows for stimulation of the 
heart to spread into neighboring myocardial cells; this 
does not require the individual fibers to be stimulated. 
Although external nervous stimuli can enhance or 
diminish cardiac muscle contraction, heart muscles 
can also contract spontaneously making them myo- 
genic. Like skeletal muscle cells, cardiac muscle fibers 
can increase in size with physical conditioning, but they 
rarely increase in number. 


Smooth muscles 


Smooth muscle falls into two general categories, 
visceral smooth muscle and multi-unit smooth muscle. 
Visceral smooth muscle fibers line internal organs 
such as the intestines, stomach, and uterus. They also 
facilitate the movement of substances through tubular 
areas such as blood vessels and the small intestines. 
Multi-unit smooth muscles function in a highly local- 
ized way in areas such as the iris of the eye. Contrary to 
contractions in visceral smooth muscle, contractions 
in multi-unit smooth muscle fibers do not readily 
spread to neighboring muscle cells. 


Smooth muscle is unstriated with innervations 
from both sympathetic (flight or fight) and parasym- 
pathetic (more relaxed) nerves of the autonomic nerv- 
ous system. Smooth muscle appears unstriated under a 
polarized light microscope, because the myofilaments 
inside are less organized. Smooth muscle fibers con- 
tain actin and myosin myofilaments which are more 
haphazardly arranged than they are in skeletal 
muscles. The sympathetic neurotransmitter, Ach, 
and parasympathetic neurotransmitter, norepinephr- 
ine, activate this type of muscle tissue. 
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Muscular system 


The concentric arrangement of some smooth 
muscle fibers enables them to control dilation and 
constriction in the intestines, blood vessels, and other 
areas. While innervation of these cells is not individ- 
ual, excitation from one cell can spread to adjacent 
cells through nexuses which join neighbor cells. 
Smooth muscle cells have a small diameter of about 
5-15 micrometers and are long, typically 15-500 micro- 
meters. They are also wider in the center than at their 
ends. Gap junctions connect small bundles of cells 
which are, in turn, arranged in sheets. 


Within hollow organs, such as the uterus, smooth 
muscle cells are arranged into two layers. The outer 
layer is usually arranged in a longitudinal fashion sur- 
rounding the inner layer which is arranged in a circular 
orientation. Many smooth muscles are regulated by 
hormones in addition to the neurotransmitters of the 
autonomic nervous system. In addition, contraction of 
some smooth muscles are myogenic or triggered by 
stretching as in the uterus and gastrointestinal tract. 


Smooth muscle differs from skeletal and cardiac 
muscle in its energy utilization as well. Smooth muscles 
are not as dependent on oxygen availability as cardiac 
and skeletal muscles are. Smooth muscle uses glycolysis 
to generate much of its metabolic energy. 


Disorders of the muscular system 


Disorders of the muscular system can be due to 
genetic, hormonal, infectious, autoimmune, poison- 
ous, or cancerous causes. But the most common prob- 
lem associated with this system is injury from misuse. 
Skeletal muscle sprains and tears cause excess blood to 
seep into the tissue in order to heal it. The remaining 
scar tissue leads to a slightly shorter muscle. Muscular 
impairment and cramping can result from a dimin- 
ished blood supply. Cramping can be due to overex- 
ertion. Poor blood supply to the heart muscle causes 
chest pain called angina pectoris. And inadequate 
ionic supplies of calcium, sodium, or potassium can 
adversely effect most muscle cells. 


Muscular system disorders related to the immune 
system include myasthenia gravis (MG) and tumors. 
MG is characterized by weak and easily fatigued skel- 
etal muscles, one of the symptoms of which is droopy 
eyelids. MG is caused by antibodies that a person 
makes against their own Ach receptors; hence, MG is 
an autoimmune disease. The antibodies disturb nor- 
mal Ach stimulation to contract skeletal muscles. 
Failure of the immune system to destroy cancerous 
cells in muscle can result in muscle tumors. Benign 
muscle tumors are called myomas; while malignant 
muscle tumors are called myosarcomas. 
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KEY TERMS 


Cardiac muscle—Narrow, long, striated muscle 
tissue of the heart. 


Skeletal muscle—Also called voluntary or striated 
muscle, it is a muscle under conscious control by 
the individual. Striated muscles flex or extend the 
leg or arm, curl the fingers, move the jaw during 
chewing, and so forth. 


Smooth muscle—Long, unstriated muscle cells 
which line internal organs and facilitate involun- 
tary movements such as peristalsis. 


Tendon—A strap of tissue that connects muscle to 
bone, providing for movement. 


Contamination of muscle cells by infectious sub- 
stances and drugs can also lead to muscular disorders. 
A Clostridium bacteria can cause muscle tetanus, 
which is a disease characterized by painful repeated 
muscular contractions. In addition, some types of 
gangrene are due to bacterial infections deep in a 
muscle. Gangrene is the decay of muscle tissue in 
varying degrees; it can involve small areas of a single 
muscle or entire organs. The poisonous substance, 
curare, blocks neuromuscular transmission in skeletal 
muscle causing paralysis. And large doses of pro- 
longed alcohol consumption can cause muscle dam- 
age, as well. 


The most common type of muscular genetic dis- 
order is muscular dystrophy of which there are several 
kinds. Duchenne’s muscular dystrophy is character- 
ized by increasing muscular weakness and eventual 
death. Becker’s muscular dystrophy is milder than 
Duchenne’s, but both are X-linked recessive genetic 
disorders. Other types of muscular dystrophy are 
caused by a mutation that affects the muscle protein 
dystrophin, which is absent in Duchenne’s and altered 
in Becker’s muscular dystrophies. Other genetic disor- 
ders (such as some cardiomyopathies) can affect var- 
ious muscle tissues. 
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| Mushrooms 


Mushrooms are the fruiting bodies of certain spe- 
cies of higher fungi. The vegetative tissues of these 
fungi consists of immense lengths of microscopic, 
thread-like hyphae, and their aggregations known as 
mycelium, which grow in surface soils, organic debris, 
and in association with plant roots. 


Strictly speaking, a mushroom is the sporulating 
or fruiting body of a fungus in the division 
Basidiomycetes, a large and diverse group of about 
16,000 species, sometimes known as club fungi. 
Species of Basidiomycetes can be saprophytic, para- 
sitic, or mycorrhizal in their ecology. Because of the 
relative complexity of their anatomy and breeding 
systems, the Basidiomycetes are considered to be the 
most evolutionarily advanced of the fungi. The mush- 
rooms of these fungi are technically known as basidio- 
carps. These structures are formed of specialized 
mycelium, and are the spore-producing stage of devel- 
opment. The basidiocarp is a relatively short-lived 
stage of the life cycle, most of which is spent living as 
microscopic, thread like hyphae, which ramify exten- 
sively through the growth substrate of the fungus. 


However, in its common usage, the word mush- 
room is also used to refer to the spore-producing 
bodies of other types of fungi, in particular a few 
species in the division Ascomycetes or sac fungi, 
which includes the familiar, edible morels and truffles. 
Some of the non-Basidiomycetes species that develop 
“mushrooms” are also discussed in this entry. 


Mushrooms have long been avidly sought-after as 
a tasty country food in many cultures, although some 
peoples, notably the Anglo-Saxons of Britain, have 
tended to disdain these foods. This has not been 
because of the flavor of mushrooms, but rather 
because some species are deadly poisonous, and these 
are not always easily distinguished from nontoxic and 
therefore edible species. 
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The mycophobia (that is, fear of fungus) common 
to some people and cultures can be illustrated in many 
ways, including the derivation of the word “toad- 
stool,” a commonly used name for mushrooms that 
have an erect stalk and a wide cap. “Tod” is the 
German word for death, and the deadly, poisonous 
nature of certain mushrooms may be the likely origin 
of the word toadstool. The etymology of toadstool is 
further compounded by the poisonous nature of 
toads. In any event, European folk tales refer to toad- 
stools as places where poisonous toads sit on poison- 
ous mushrooms in the forest, a myth perpetuated in 
whimsical drawings accompanying fairy tales and 
other stories intended for children. 


Mushrooms have many fascinating properties, in 
addition to the extreme toxicity of some species. 
Mushrooms can sometimes grow extremely rapidly— 
in some cases, masses of mushrooms can seemingly 
appear overnight, under suitable environmental con- 
ditions, and usually following a heavy rainfall. 
Mushrooms may also have unusual shapes and 
growth patterns, for example, the concentric circles 
or “fairy rings” that some species develop in open 
places, such as fields and meadows. These and other 
interesting qualities were not easily explainable by 
naturalists in earlier times. As a result, mushrooms 
have acquired a supernatural reputation in some cul- 
tures, and are commonly associated with cold, dank, 
dangerous, or evil contexts. Many cultures have sim- 
ilarly regarded a few other creatures, such as snakes, 
bats, and spiders. Today, however, these various cul- 
tural prejudices are much less prevalent, because we 
have a greater scientific understanding of the biology 
and ecology of mushrooms and other unusual 
organisms. 


Biology and ecology of mushroom- 
producing fungi 


As was just noted, mushrooms are the fruiting 
bodies of certain types of fungi. Most of the biomass 
of these fungi consists of fine, thread like hyphae, 
which grow extensively throughout the organic-rich 
substrate of their ecosystem. These fungi periodically 
develop spore-producing, reproductive structures 
known as mushrooms, under conditions of a favorable 
environment in terms of temperature and moisture, 
coupled with the accumulation of sufficient energy 
and nutrient reserves to support the reproductive 
effort. It may take years for these favorable circum- 
stances to develop, and consequently mushroom pop- 
ulations in forests, prairies, fields, and other habitats 
can be highly variable in abundance. 
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Mushrooms 


Species of mushroom-producing fungi exploit 
various types of microhabitats. The most important 
of these are the surface soil and organic litter, large- 
dimension woody debris, mycorrhizae, and animal 
dung. These are discussed below: 


(1) The hyphae of many species of fungus grow 
extensively through the soil and surface organic mat- 
ter, such as the forest floor and the organic mat of 
prairies and savannas. These hyphae are the vegetative 
tissues of saprophytic fungi, which are an important 
component of the decomposer food web of their 
ecosystem. 


(2) Many other species of fungi are saprophytes 
that grow in decaying wood, such as logs and branches 
lying on the forest floor, standing dead trees (these are 
known as “snags”), and rotting heartwood of living 
trees. Some of these fungi become significant eco- 
nomic “pests,” for example, by causing dry-rot of the 
wooden components of buildings. 


(3) Many species of fungus grow in a close associ- 
ation with the roots of higher plants, in a mutualistic 
symbiosis known as a mycorrhiza. The mycorrhizal 
mutualism is very important to the nutrition of the 
plant, because of the greatly enhanced access to 
nutrients that is provided, particularly to phosphate. 


(4) An additional habitat that may be exploited by 
mushroom-producing fungi includes piles of animal 
dung, especially the organic-rich manure of herbi- 
vores. These are known as coprophilous fungi. 


Mushrooms of North America 


Many species of mushrooms occur in the forests, 
prairies, fields, and towns and cities of North America. 
Obviously, it is not possible to deal with these in a 
comprehensive fashion. Some of the more widespread 
of the stranger species are briefly described here, while 
poisonous and edible ones are discussed in the follow- 
ing sections. 


The largest mushroom to occur in North America 
are the giant puffballs (Calvatia gigantea and C. booni- 
ana). These species develop huge, ball-like mushrooms 
that can achieve a diameter of up to 19.5 in (50 cm). 


The stinkhorn fungus (Phallus inpudicus) is a sap- 
rophyte that grows up out of the forest floor. This 
species is also sometimes known as the dog’s-penis or 
devil’s-penis, because of the anatomically-correct 
shape of the mushroom, and in the case of the latter 
name, it’s terrible smell. 


The artist’s fungus (Ganoderma applanatum) is a 
large, semi-circular, relatively hard and corky mush- 
room that grows bracket-like out of the side of heart- 
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rotted trees. The white surface of this fungus turns a 
darker brown when it is bruised. Consequently, the 
smooth, lower surface of the mushroom is sometimes 
used as a substrate to record messages and make 
drawings. The related sulphur shelf (Laetiporus sul- 
phureus) also grows out of the side of heart-rotted 
trees, and is a bright yellow in color. 


The scarlet elf cup (Sarcoscypha coccinea) is a 
lovely mushroom, with a deeply concave cup, that is 
white on the exterior, and a brilliant scarlet on the 
interior. This species occurs on rotting sticks and 
small logs in forests in the springtime. 


The white worm coral (Clavaria vermicularis) 
occurs in clusters of erect, white, worm like clubs 
growing out of the forest floor, and is found during 
the summer and autumn. 


The collared earthstar (Geastrum triplex) grows 
out of the forest floor. This species has a bulbous 
spore-case, surrounded by pointed, ray like structures 
that gives an overall appearance of a star-burst. 


Poisonous mushrooms and drugs 


Some species of mycorrhizal fungi develop mush- 
rooms that are deadly poisonous. Perhaps the most 
famous, and most-rapidly killing species in this respect 
are the death or destroying angel (Amanita virosa) and 
the deathcap (A. palloides). There are other species of 
deadly mushrooms in the genus Amanita, and in the 
genera Chlorophyllum (green gill), Cortinarius (web- 
caps), Galerina (autumn skullcaps), Gyromitra (false 
morels), and Lepiota (parasol mushrooms). However, 
these are not, by any means, the only poisonous mush- 
rooms that may be commonly encountered in wild 
habitats in North America. There are numerous 
other species of deadly mushrooms, which are never 
to be eaten. 


A number of fungi are used as drugs, to induce 
hallucinations, feelings of well-being, and other pleas- 
urable mental states. The fly agaric (Amanita musca- 
ria) is a widespread species of Eurasia, North America, 
and Central America, and is a well-known poisonous 
mushroom. However, in smaller doses this species can 
induce pleasant intoxication and hallucinations, and it 
has long been used by many cultures to induce these 
effects. This has been the case in Siberia, elsewhere in 
northeastern Asia, Central Asia, and India, where the 
drug is known by the indigenous name “soma.” The 
fly agaric has also been used in northwestern Europe, 
where Viking warriors sometimes consumed this drug 
prior to battle and certain ceremonies, and were 
known as “berserkers,” and in Central America, 
where the fungus was considered to be a food from 
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the gods. In the famous children’s story, Alice in 
Wonderland, Alice could change her size from very 
small to very large, by nibbling on a mushroom. This 
tale was undoubtedly influenced by the author’s 
knowledge of the hallucinogenic properties of 
Amanita muscaria. It is well-known that prolonged 
or frequent use of this hallucinogen is damaging to 
the nervous system, and that large doses can be lethal, 
but this mushroom has nevertheless been important in 
many cultures, and is still routinely used for certain 
types of ceremonies. 


Various species of American mushrooms known 
as psilocybin (Psilocybe spp.) are also hallucinogenic. 
These were used in religious ceremonies by some 
Amerindian cultures, for example, the Aztecs, who 
knew these mushrooms as teonanacatyl (especially 
using P. mexicana). However, these mushrooms are 
mostly used today as recreational drugs. Other mush- 
room-producing fungi that contain the same active 
ingredient, known as psilocybin, are species in the gen- 
era Conocybe, Paneolus, Psathyrella, and Stropharia. 


A therapeutic drug is manufactured from the 
fruiting bodies of the ergot (Claviceps purpurea), 
which is a parasite on the flowering heads of certain 
grasses, especially rye (Secale cereale). The ergot fun- 
gus attacks the young fruits of the grasses, and then 
develops a bulbous, purplish structure. These are col- 
lected and used to make a medicine useful in treating 
low bloodpressure, hemorrhages, and other maladies. 


Edible mushrooms 


The use of wild mushrooms as a food is an 
ancient practice. These fungi were undoubtedly well 
known to pre-historic, hunting and gathering cul- 
tures, as they are today to indigenous peoples who 
continue to live in natural forests. Once the identity 
of poisonous and edible mushrooms became fixed in 
cultural knowledge and tradition, the edible species, 
and sometimes those that could be used to induce 
non-lethal hallucinogens, were regularly gathered 
and utilized by people. 


The tradition of the use of mushrooms as a coun- 
try food continues today. The collection of edible 
mushrooms is an especially popular outdoor activity 
in much of Eurasia, where these foods can be very 
common in the spring and autumn in boreal and tem- 
perate forests. Mushroom collecting has been consid- 
erably less popular in Britain and North America. 
However, under the influence of immigrants from 
Europe and northern Asia, and the emerging popular- 
ity of natural history, more and more North 
Americans are actively seeking out these delicacies in 
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wild habitats. This activity has been called “mush- 
rooming,” in parallel with the better-known sport of 
“birding.” Interestingly, most mushrooms are not a 
particularly nutritious food. They typically contain 
90-95% water when fresh, the rest of their biomass 
being about 5% carbohydrate, 5% protein, and less- 
than 1% fat and minerals. The major benefit of eating 
mushrooms is their engaging, sometimes exquisite fla- 
vor, and in some cases their interesting texture. 


The truffles are perhaps the most famous, and 
certainly the most expensive, of the edible mushrooms, 
being avidly sought-out for use in gourmet cooking, 
particularly in France. The best-known species of truf- 
fle is Tuber melanosporum, which is commonly mycor- 
rhizal on species of oak, birch, and beech (Quercus, 
Betula, and Fagus spp., respectively). Other Eurasian 
species of truffle include Tuber aestivum and T. bru- 
male, while T. gibbosum occurs in conifer rainforests of 
the west coast of North America. The spore-bearing 
mushrooms of truffles develop underground, and are 
commonly discovered using a specially trained, truf- 
fle-sniffing pig or dog. 


The chanterelle (Cantharellus cibarius) is a yellow-to- 
orange mushroom of the floor of autumn forests, and isa 
delicious wild fungus. The king bolete (Boletus edulis) is 
another prized mushroom. The shaggy mane (Coprinus 
comatus) is delicious if picked when young. Puffballs can 
also be eaten, as long as their interior is still young and 
white-colored, and include the pear puffball (Lycoperdon 
pyriforme) and giant puffball (Calvatia gigantea). Other 
edible mushrooms include corn smut (Ustilago maydis), 
beefsteak (Fistulina hepatica), fried chicken mushroom 
(Lyophyllum decastes), fairy ring mushroom (Marasmius 
oreades), oyster fungus (Pleurotus ostreatus), and the 
morel (Morchella esculenta). 


Some species of mushrooms have been brought 
into domestication, and are routinely grown on artifi- 
cial media, to be harvested and sold as an agricultural 
product. Mushroom cultivation appears to have begun 
in England in the late eighteenth century, and it has 
become a major economic enterprise because of the 
rapidly increasing popularity of mushrooms as food. 


The most commonly cultivated species of mush- 
room is the common meadow mushroom (Agaricus 
campestris; sometimes known as A. bisporus), which 
sustains a global economy exceeding $15 billion per 
year. This mushroom can be eaten fresh or dried for 
longer-term storage. This species is cultivated using 
an organic-rich medium, with the straw- and manure- 
rich cleanings of horse stables being a preferred mate- 
rial. The substrate must be sterilized, usually by a 
natural, high-temperature composting referred to as 
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Muskoxen 


KEY TERMS 


Hypha (plural, hyphae)—Cellular unit of a fungus, 
typically a branched and tubular filament. Many 
strands (hyphae) together are called mycelium. 


Mutualism—An intimate relationship between two 
or more organisms that is beneficial to both. 


Mycelium—This refers to thread or matlike aggre- 
gations of the fine fungal tissues known as hyphae. 


Saprophyte—This refers to an organism that 
derives its energy by decomposing dead organic 
matter. Many species of mushroom-producing 
fungi live off the organic debris that is present in 
the mineral soil and, especially, the surface litter of 
leaves and woody debris on the forest floor. 


“sweating-out.” This must be done before the substrate 
is inoculated with the Agaricus, to prevent the growth 
of other species of fungus, which may be pathogenic 
or more competitive than the desired species. The sub- 
strate is typically inoculated with “spawn,” that is, 
masses of mycelium compressed into small briquettes, 
or with a laboratory culture of the Agaricus. The 
growth conditions should be dark or virtually so, as 
humid as possible, and the temperature kept constant at 
about 55—-59°F (13-15°C). Mushroom farms may be 
developed in specially constructed, barn like buildings, 
or in caves, worked-out mines, and cellars. Typically, 
the first mushroom “buttons” begin to appear about 
four weeks after inoculation and growth and prolifer- 
ation of the Agaricus mycelium, and the first harvests 
can be made after 7-8 weeks. The mushrooms can be 
continuously harvested for 4-6 months, after which the 
growth medium is considered to be “spent.” However, 
this well-composted substrate can then be used as an 
excellent soil conditioner in gardens. 


Other species of mushrooms are also cultivated, 
including the shiitake (Cortinellus berkeleyanus), a 
popular ingredient in oriental cooking. The shiitake 
mushroom is cultivated on rotting logs and is typically 
dried for storage. 


A warning 


Many people get great pleasure out of collecting 
and eating wild mushrooms. Many of the tastiest spe- 
cies are quite distinctive in shape and color and can be 
collected and eaten without any risk and with great 
pleasure. However, some species of edible mushrooms 
are rather similar to species that are deadly poisonous. 
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When collecting wild mushrooms as food, it is always 
best to err on the side of certainty of identification and 
safety. The identification of some types of mushrooms 
is difficult, and there are no hard-and-fast rules for 
separating poisonous from edible species. This is the 
reason why there are numerous stories about experi- 
enced mushroom collectors who were poisoned by 
eating a misidentified fungus. Therefore, if you are 
not certain about the identity of a particular wild 
mushroom, do not consume it. Eating a poisonous 
mushroom can quickly lead to liver failure and death. 


See also Fungicide. 
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Muskmelon see Gourd family 
(Cucurbitaceae) 


t Muskoxen 


Muskoxen or muskox (Ovibos moschatus) are a 
species of large mammal in the family Bovidae, 
which also includes cattle, buffalo, antelope, sheep, 
and goats. The muskox is anatomically intermediate 
between sheep and cattle, and there has been taxo- 
nomic debate over which of these two groups the 
muskox should be more closely aligned with. As a 
result, its genus, Ovibos, is a composite of the scientifi- 
cally Latinized words for sheep (ovis) and cattle (bos). 


Muskoxen are arctic and subarctic animals of the 
Northern Hemisphere, historically occurring in both 
North America and Eurasia. Muskox had been extir- 
pated from Eurasia, but have recently been re-introduced 
into Siberia from North American stock. For millennia, 
up to about 8,000-10,000 years ago during and soon 
after the most recent Pleistocene glaciation, muskox 
were a component of a relatively diverse fauna of large 
animals of the northern regions. During that time, 
muskox and caribou ranged throughout much of the 
northern United States, Canada, Germany, France, 
Britain, Poland, Scandinavia, Ukraine, Belarus, and 
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Muskoxen, when threatened, form a defensive circle. (ULM Visuals.) 


northern Russia, as did woolly rhinoceros, mastodon, 
mammoths, and other now-extinct large mammals. The 
reasons for the apparently simultaneous extinction of 
most of the species of this diverse mammalian fauna are 
not known. One popular hypothesis is that these species 
were overhunted by predatory humans; however, other 
environmental factors, perhaps associated with climate 
change, may also have been important. In some respects, 
muskox and caribou can be considered relics of this 
extraordinary ice-age fauna. 


Muskox are large animals, with the biggest bulls 
measuring up to 7.5 ft (2.5 m) in body length, standing 
as tall as 4.5 ft (1.5 m) at the shoulder, and weighing as 
much as about 1,400 lb (650 kg). Muskox have an 
extremely heavy pelage, consisting of coarse, dark 
brown, guard hairs, and an extremely soft and fine 
inner fleece that is virtually impenetrable to cold and 
moisture. Both sexes have horns that curve broadly 
downward and then up, but the bull’s horns are espe- 
cially massive, and meet at the forehead. The horns are 
keratinized, meaning they are anatomically derived 
from fused hairs, rather than from the skull bones, 
as in deer (family Cervidae). Muskox have a super- 
ficially clumsy appearance, but when pressed they are 
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nimble and fleet runners, even on very uneven and wet 
terrain. 


Muskox are herding animals, sometimes occur- 
ring in groups of as many as 100 individuals, but 
more often they are found in herds of 10-15 or fewer. 
Usually, these groups consist of mature bulls protect- 
ing their harem of mature cows, calves, and immature 
offspring of various ages. As the young males mature 
and become potential competitors for females, they 
are driven from the herd by the dominant bull. The 
young bulls then form their own small herds; and as 
they age and grow stronger, the younger males chal- 
lenge the dominant bull, eventually taking over the 
harem. Once driven off, the older bull muskoxen lead 
a solitary, wandering life. 


When confronted by predators, muskox herds 
usually form a tight defensive circle or line, with 
young calves protected in the center and mature ani- 
mals on the periphery. This behavior provides a for- 
midable barrier against natural predators such as 
wolves. However, humans armed with rifles can wipe 
out an entire herd because the ring often does not 
break up, and animals do not flee as their partners 
are killed. 
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During the summer, muskox primarily graze on 
grasses, sedges, and forbs (i.e., herbaceous dicotyled- 
onous plants). During the winter, they mostly browse 
on woody shrubs; however, in the high-arctic portions 
of their range, where shrubs are uncommon and veg- 
etation is generally sparse, muskox must make do with 
lichens and any other vegetation that can be obtained. 
Muskox paw through the surface snow to obtain food 
during winter. If the snow is icy, the animals feed on 
plants on exposed ridges and plateaus, where snow 
cover is thinner. Muskox do not undertake extensive 
migrations, though they do move locally between win- 
ter and summer ranges. 


During the nineteenth century, the muskoxen of 
northern North America were heavily hunted for their 
hides and meat, and their populations declined drasti- 
cally. More recently, however, measures to conserve 
the species have allowed their populations to increase, 
and muskox are now expanding their range to re- 
occupy previously used habitat. This species is now 
sustainably hunted for subsistence and sport. There is 
even a small hunt conducted by Canadian Inuit to ship 
meat to southern markets, where muskox is consid- 
ered to be an exotic food. A few muskox (the largest 
herd numbers fewer than 50 animals) have been 
domesticated as a source of a luxury fiber produced 
from their downy undercoats called qgiviut. This fiber, 
which is softer than cashmere, extremely warm, and 
very light-weight, is used to produce woven and knit- 
ted garments. 
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| Muskrat 


The muskrat or musquash (Ondatra zibethicus) is 
a relatively large, amphibious rodent classified in the 
family Muridae that is native to North America. 
The northern range of the muskrat reaches as far as 
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the limits of the boreal forest from Alaska to Labrador 
and Newfoundland. The southern range of the musk- 
rat extends through much of the United States as far 
south as northern Baja California, although not in the 
coastal plains of the southern states or coastal 
California. Muskrats have also been introduced in 
Europe, where it was hoped they would become a 
valuable source of fur. 


Biology of muskrats 


Muskrats can reach a body length of 12.6 in (32 
cm), plus a long tail 11.8 in (30 cm) and a weight of 
about 3.3 Ib (1.5 kg), although most animals are typ- 
ically about 2.4 lb (1.1 kg) in weight. The waterproof 
fur (pelage) of muskrats is composed of a dense under- 
fur, important for insulation, and a lager of longer, 
usually dark-brown, protective guard hairs. 


Muskrats of both sexes have a pair of large glands 
near their anus, which enlarge during the breeding 
season, and produce a strongly scented chemical called 
musk, from which the common name of these animals 
is derived. Musk is used in the manufacture of per- 
fumes, although it is not commonly harvested from 
muskrats for this purpose. 


Muskrats are excellent swimmers, using their par- 
tially webbed feet which are fringed with stiff hairs 
that broaden the propulsive surface. The hairless, 
scaly tail is flattened, and is used as a rudder during 
swimming. Muskrats can remain submerged for as 
long as seventeen minutes, and they often do this to 
hide, when they feel threatened by a predator. 


Muskrats mostly eat aquatic and riparian plants 
of various sorts, and they sometimes forage on land, 
occasionally in farmers’ fields. Muskrats also eat mus- 
sels, fish, and other aquatic animals. Most feeding is 
done at night, dawn, or dusk, but muskrats are some- 
times seen during the day. 


Muskrats are found in marshes, swamps, and 
other types of static, open-water wetlands, where 
they build family houses made of mounds of piled-up 
reeds and cattails plastered with mud. These structures 
are typically more than one meter high and several 
meters broad. Into these mounds the muskrats con- 
struct a tunnel with an underwater access hole, leading 
to an internal den with a grassy bed. Muskrats also live 
along streams and rivers, where their dens are dug into 
earthen banks above the high-water level, with the 
access hole located under low-water and below the 
limit of freezing in winter. Muskrat houses and dig- 
gings are often destroyed during spring floods, and are 
not usually repaired; the muskrat will instead con- 
struct a new accommodation. 
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A muskrat. (Alan D. Carey. The National Audubon Society Collection/Photo Researchers, Inc.) 


In optimal habitats such as reedy marshes, muskrat 
population densities can reach 85 animals per hectare. 
Sometimes, excessively large muskrat populations can 
degrade the local habitat, forcing a population crash 
until the vegetation recovers. 


Muskrats are very fecund, and can produce sev- 
eral litters each year. They live in family units in mud 
lodges in territories, which they actively defend from 
incursions by other muskrats. During the spring, dom- 
inant females take possession of the best habitat and 
drive away younger females and males. Much strife 
occurs at this time, and some animals are killed during 
the fighting, and those that are driven away are often 
killed by predators. 


Economic importance 


Muskrats are widely trapped for their durable fur, 
which is prized for the manufacture of warm, fashion- 
able coats and other garments. Where muskrats are 
abundant, trapping can have a significant economic 
impact, providing important employment for people 
living in rural environments. Millions of muskrats are 
trapped each year, and muskrats are one of the eco- 
nomically most important wild fur-bearing animals in 


North America. The best furs are obtained during 
winter, when the pelts are in prime condition. Some 
rural people also eat muskrats. 


Muskrats are sometimes considered to be impor- 
tant pests, especially when they burrow into earthen 
dams, dikes, irrigation channels, and other structures. 
The burrows of muskrats weaken these constructed 
works, and can cause them to fail or erode. Muskrats 
are also regarded as pests in parts of their introduced 
range in Europe, where they are not well controlled by 
natural predators or disease. 


The muskrat was introduced to Europe by Prince 
Colloredo-Mannsfield, who released five individuals 
in a pond on his estate near Prague, now in the Czech 
Republic, following a hunting expedition to Alaska. It 
is likely that all of the millions of muskrats in Europe 
and northern Asia are the descendants of these ani- 
mals, which are actively controlled to decrease the 
damage they cause. 
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KEY TERMS 


Musk—A strong-smelling secretion of the glands of 
some animals, generally associated with breeding 
and the marking of territories. Musk is produced by 
certain species of deer, cats, otter, the muskrat, and 
other animals. Musk is used to manufacture per- 
fumes. Much of the modern usage involves synthe- 
sized musk. 
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fl Mustard family (Brassicaceae) 


The mustard family, or Brassicaceae, contains 
about 3,000 species of plants. These plants occur 
widely on all continents except Antarctica and in a 
wide range of habitats from tundra and desert to 
forests of all types. Most species in the mustard family 
occur in the temperate zones, and many occur in the 
alpine or arctic tundra. 


The flowers of members of the Brassicaceae have 
four petals arranged in a cross-like pattern (the old 
name for this family was Cruciferae, referring to the 
cross of crucifixion). The flowers of mustards contain 
both female and male parts (1.e., they are monoecious). 
There are six stamens, of which four have long fila- 
ments, and two have short filaments. The seeds of 
plants in this family are contained in a relatively long 
inflated structure called a silique, or in a rounder 
flattened structure known as a silicle. When mature, 
the outer walls of the fruits fall away, leaving an inner 
partition to which the seeds are loosely attached. 


A few species of the mustard family are of major 
economic importance. These include the many vari- 
eties of the cabbage as well as rapeseed (or canola), 
radish, mustard, and others. Other species in this fam- 
ily are used in horticulture, and a few are considered 
important weeds. 
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Skunk cabbage blossoms. (James Sikkema.) 


The many varieties of the cabbage 


The cabbage occurs in a remarkably wide range of 
cultivated varieties. Each of these varieties represents 
culturally selected variants of the basic species, the 
colewort (Brassica oleracea), originally native to 
Eurasia. Hybridization with some other species of 
Brassica was also likely important in the development 
of some of the domesticated varieties of the cabbage. 


The most common variety in cultivation is the 
garden cabbage, a biennial plant harvested after the 
end of its first growing season and eaten as a nutritious 
vegetable. This variety has been cultivated in the 
Mediterranean region for thousands of years. The 
fleshy leaves are aggregated into a head like structure 
and are eaten raw or processed into cole slaw, sauer- 
kraut, or some other dishes. The most common variety 
is green colored, but there is also a red variety known 
as red cabbage. The savoy cabbage is a less-common, 
more open-headed variety. 


The curly kale is a leafy vegetable that does not 
form a compact head. Brussels sprouts look like tiny 
cabbages, but they develop in large numbers on the 
erect stem of this variety of cabbage. These sprouts can 
be harvested, and new ones will re-grow until the first 
hard frosts of autumn stop the regeneration. Kohlrabi 
is a starchy vegetable that develops as a short, inflated 
part of the above-ground stem. Kohlrabi can be green, 
white, or red in color. Cauliflower is a compact, white, 
modified inflorescence. Broccoli is a more erect, green, 
modified inflorescence. 


All of the varieties of cabbage are very nutritious 
foods, high in energy, vitamin C, iron and other min- 
erals, roughage, and other useful qualities. 


There are also some horticultural varieties of cab- 
bage. These are valued for their multi-hued foliage of 
green, purple, and red. The colors of these plants last 
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well into the early winter, so these horticultural cab- 
bages can brighten gardens long after flowers have 
withered and the foliage of most ornamental species 
has been shed. 


Other edible species 


The turnip (Brassica rapa) is a biennial, cultivated 
plant. The starchy, yellowish, inflated root of this 
plant can be used as food by people, or it may be fed 
to livestock. The swede (Brassica napus) produces an 
edible structure similar to that of the turnip. 


Radish (Raphanus sativus) is a plant that develops 
an underground, starchy, bulb like structure in the 
tissue region known as the hypocotyl, occurring 
between the true roots and the above-ground stem. 
The familiar radish that is eaten is this inflated hypo- 
cotyl. The most commonly grown variety is a round, 
red radish with a white interior, but white and black 
varieties of various shapes also occur. 


The pungent root of horse radish (Cochlearia 
armoracia) is harvested and ground with vinegar to 
manufacture a delicious, sharp-tasting condiment, 
often served with meats. 


Mustard is a yellow condiment prepared from the 
ground seeds of white mustard (B. alba). Sometimes 
the seeds of black mustard (Brassica nigra) are also 
used for this purpose. 


The seeds of rapeseed or canola (Brassica napus) 
contain up to 40% or more oil, which is extracted 
under pressure and used as an edible oil and for the 
preparation of margarine. The material left after the 
oil has been expressed is used as a nutritious fodder for 
livestock. Since the mid-1990s, rapeseed varieties have 
been genetically engineered to be resistant to the her- 
bicide glyphosate, allowing the use of that chemical to 
combat weeds during cultivation. However, the grow- 
ing of transgenic crops has become extremely contro- 
versial, and many consumers object to the presence of 
oil from genetically engineered rapeseed in their 
foodstuffs. 


Several other species of mustards are utilized for 
their edible leaves. The bok choy (Brassica chinensis), 
petsai (B. pekinensis), and false bok choy (B. para- 
chinensis) are important as cooked or steamed vegeta- 
bles in the Orient. Watercress (Nasturtium officinale) is 
an annual aquatic plant whose tender, dark-green 
leaves are served as a steamed vegetable. Spinach 
(Spinacia oleracea) is another leafy, annual plant in 
which the raw or steamed foliage is eaten as a nutri- 
tious vegetable. 
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KEY TERMS 


Variety—lIn systematics, this refers to some identi- 
fiable, genetically based group within a species. 
Varieties do not receive taxonomic rank as subspe- 
cies, and they are often bred by humans for use in 
agriculture. The latter may be called cultivated 
varieties, or cultivars. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


Weeds 


A few species of the mustard family are considered 
important weeds. Agricultural weeds include various 
species of mustards in the genus Brassica, some of 
which are naturalized varieties of cultivated species. 
A few species are invasive into natural habitats, for 
example, the marsh cress (Rorippa amphibia), garlic- 
mustard (Alliaria petiolata), and dame’s rocket 
(Hesperis matronalis). A few species are minor, aes- 
thetic weeds of lawns and paths, for example, shep- 
herd’s purse (Capsella bursa-pastoris) and whitlow- 
grass (Draba verna). 
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I Mustard gas 


Mustard gas is a substance used in chemical war- 
fare. It is the popular name for the compound with 
the chemical designation 1,1-thiobis(2-chloroethane) 
(chemical formula: Cl-CH2-CH2-S-CH2-CH2-C]). 
Mustard gas has a number of other names by which 
it has been known over the years, including H, yprite, 
sulfur mustard, and Kampstoff Lost. Because the 
impure substance is said to have an odor similar to 
that of mustard, garlic, or horseradish, the name mus- 
tard gas is most commonly applied. However, in the 
pure form, mustard gas has neither color nor odor. 
The gas was used for the first time as an agent of 
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Mustard gas 


chemical warfare during World War I (1914-1918), 
when it was distributed with devastating effect near 
Ypres in Flanders (Belgium) on July 12, 1917. 


The synthesis of mustard gas was reported much 
earlier than its first use as a chemical weapon. In 1860, 
scientist Frederick Guthrie observed that when ethylene 
reacted with chlorine a substance was produced which, 
in small quantities, could produce toxic effects on the 
skin. Exposure to low concentrations of mustard gas 
classically causes the reddening and blistering of skin 
and epithelial tissue. On inhalation, the gas will cause 
the lining of the lungs to blister and leads to chronic 
respiratory impairment. Higher concentrations of mus- 
tard gas will attack the corneas of the eyes and eventu- 
ally cause blindness. Exposure to mustard gas can lead 
to a slow and painful death and any moist area of the 
body is especially susceptible to its effects. The com- 
pound is only slightly soluble in water, but it undergoes 
a hydrolysis reaction liberating highly corrosive hydro- 
chloric acid and several other vesicant intermediates, 
which are able to blister epithelial surfaces. 


Despite the ease of hydrolysis, mustard gas may be 
preserved underground in a solid form for up to ten 
years. The reason for this ability is that in an environ- 
ment where the concentration of water is relatively low, 
the reaction pathway proceeds to form an intermediate 
known as thiodiglycol. In a low moisture environment, 
most of the water available at the solid surface is used in 
this reaction. Subsequently, another intermediate in the 
reaction pathway, a sulfonium ion, reacts with the thi- 
odiglycol in the place of water. This reaction then cre- 
ates stable, non-reactive sulfonium salts, which can act 
as a protective layer around the bulk of the solid mus- 
tard preventing further degradation. 


Mustard gas as a chemical weapon is a particu- 
larly deadly and debilitating poison and when it was 
first used in 1917, it could penetrate all the masks and 
protective materials that were available at that time. In 
World War I (1939-1945), several Liberty cargo ships 
(nicknamed ugly ducklings) were sunk by German 
U-boats in the port of Bari, Italy (December 2, 1942), 
while carrying supplies of mustard gas. A cloud of gas 
spread over the water causing a large loss of life and 
many injuries (such as burns from the mustard gas). 
Since then, urethane was found to be resistant to mus- 
tard gas. Urethane also has several other advantages 
for use in combat: it is tough, resistant to cuts, and is 
stable at a wide range of temperatures. 


Detoxification procedures from mustard gas are dif- 
ficult because of its insolubility and also because of the 
drastic effects it can have on lung epithelial tissue follow- 
ing inhalation. During World War I, physicians had no 
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curative means of treating the victims of mustard gas 
exposure. The only method of detoxification that was 
known involved a rather extreme oxidation procedure 
using superchlorinated bleaches, such as 5% sodium 
hypochlorite. Today, several novel methods of detoxifi- 
cation have been developed to counter the effects of 
mustard gas and these include the use of sulphur-amine 
solutions and magnesium monoperoxyphthalate. The 
most effective method to date employs peroxy acids, 
because they are able to react quickly with the mustard 
gas. Furthermore, the addition of a catalyst can speed up 
the detoxification reaction even more effectively. 


Although mustard gas has been shown to have long- 
term carcinogenic properties, it can also be used as an 
agent in the treatment of cancer. In 1919, it was observed 
that victims of mustard gas attack had a low white blood- 
cell count and bone marrow aplasia (tissue growth fail- 
ure). More detailed research in the years following 1946 
showed that nitrogen mustards, which differ from tradi- 
tional mustard gas by the substitution of a sulphur atom 
by a nitrogen, could reduce tumor growth in experimen- 
tal mice by cross-linking DNA (deoxyribonucleic acid) 
strands. It had been shown previously that the sensitivity 
of mouse bone marrow to mustard gas was similar to that 
of humans and more detailed research eventually led to 
successful clinical trials. Today, nitrogen mustards are 
part of the spectrum of substances used in modern anti- 
cancer chemotherapy. They are primarily used in the 
treatment of conditions such as Hodgkin’s disease and 
cancers of the lymph glands. 


See also Bioterrorism. 
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I Mutagen 


A mutagen is a compound that causes a mutation. 


In the living cell, deoxyribonucleic acid (DNA) 
undergoes frequent chemical change, especially when it 
is being replicated. Most of these changes are quickly 
repaired. Those that are not, result in a mutation. Thus, 
mutation is a failure of DNA repair. Mutagens are chem- 
icals or physical factors (such as radiation) that increase 
the rate of mutation in the cells of bacteria, plants, and 
animals (including humans). Most mutagens are of nat- 
ural origin and are not just a modern phenomenon. 


Very small doses of a mutagen usually have little 
effect while large doses of a mutagen could be lethal. 
DNA in the nuclei of all cells encodes proteins, which 
play important structural and functional (metabolic) 
roles in the cell. Mutagens typically disrupt the DNA 
of cells, causing changes in the proteins that the cell 
produces, which can lead to abnormally fast growth 
(cancer), or even cell death. In rare incidences, muta- 
gens can even cause protein changes that are beneficial 
to the cell. 


The first mutagens to be identified were carcino- 
gens, or cancer-causing substances. Early physicians 
detected tumors in patients more than 2,000 years 
before the discovery of chromosomes and DNA. In 
500 BC the Greek Hippocrates named crab-shaped 
tumors cancer (meaning crab). 


In England in 1775, Dr. Percivall Pott wrote a 
paper on the high incidence of scrotal cancer in chim- 
ney sweeps who were typically boys small enough to fit 
inside chimneys and clean out the soot. Pott suggested 
that chimney soot contained carcinogens that could 
cause the growth of the warts seen in scrotal cancer. 
Over a 150 years later, chimney soot was found to 
contain hydrocarbons capable of mutating DNA. 


In France in the 1890s, Bordeaux wine workers 
showed an unusually high incidence of skin cancer on 
the back of the neck. These workers spend their days 
bending over in the fields picking grapes, exposing the 
back of their necks to the sun. The ultraviolet (UV) radi- 
ation in natural sunlight was later identified as a mutagen. 


Mutagens can be found in foods, beverages, and 
drugs. Sometimes a substance is mutagenic because it 
is converted in the body into something harmful. 
Regulatory agencies are responsible for testing food 
and drugs to insure that the public is not unknowingly 
exposed to mutagens. However, some mutagen-con- 
taining substances are not tightly controlled. One such 
substance is found in the tobacco of cigars and 
cigarettes. 
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Some mutagens occur naturally, and some are 
synthetic. Cosmic rays from space are natural, but 
they are mutagenic. Some naturally occurring viruses 
are considered mutagenic since they can insert them- 
selves into host DNA. Hydrogen and atomic bombs 
are humanmade, and they emit harmful radiation. 
Radiation from nuclear bombs and gaseous particles 
from nitrogen mustard and acridine orange have been 
used destructively in war. On the other hand, some 
mutagens are used constructively to kill bacteria that 
could grow in human foods, such as the small doses of 
nitrites used to preserve some meat. Even though 
nitrites can be mutagenic, without the nitrites these 
meats could cause botulism; hence, the benefit out- 
weighs the risk involved. 


Mutagens affect DNA in different ways. Some 
mutagens, such as nitrogen mustard, bind to a base 
and cause it to make a different amino acid. These 
mutagens cause point mutations, because they change 
the genetic code at one point, so changing a protein’s 
amino acid sequence. 


Mutagens such as acridine orange work by delet- 
ing or inserting one or more bases into the DNA 
molecule, shifting the frame of the triplet code for an 
amino acid. Deletion and insertion mutations causing 
“frame-shift” mutations can change a long string of 
amino acids, which can severely alter the structure and 
function of a protein product. 


Normal cells recognize cues from their environ- 
ment and respond with specific reactions, but cells 
impaired by a mutation do not behave or appear 
normal, and are said to be transformed. 


The significance of mutations is profoundly 
influenced by the distinction between germline and 
soma. Mutations in somatic (body) cells are not 
transferred to offspring. Mutations that occur in a 
somatic cell, in the bone marrow or liver for example, 
may damage the cell, make the cell cancerous or even 
kill the cell. Whatever the effect, the ultimate fate of 
that somatic mutation is to disappear when the cell 
in which it occurred, or its owner, dies. However, 
mutated DNA can only be passed to the next gener- 
ation if it is present in a germ cell such as spermatozoa 
and ova (eggs), each of which contribute half of the 
DNA of the new organism. Germline mutations will 
be found in every cell descended from the zygote to 
which that mutant gamete contributed. If an adult is 
successfully produced, every one of its cells will con- 
tain the mutation. Included among these will be the 
next generation of gametes, so if the owner is able to 
become a parent, that mutation will pass down to yet 
another generation. 
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Mutagen 


Chemical mutagens are classified as alkylating 
agents, cross-linking agents, and polycyclic aromatic 
hydrocarbons (PAHs). Alkylating agents act by add- 
ing molecular components to DNA bases, which alters 
the protein product. Cross-linking agents create cova- 
lent bonds with DNA bases, while PAHs are metabo- 
lized by the human body into other potentially 
mutagenic molecules. 


Radiation is another potent mutagen. For biolo- 
gists, the most significant forms of radiation are light, 
heat, and ionizing radiation. Ionizing radiation can 
penetrate cells and create ions in the cell contents. 
These, in turn, can cause permanent alterations in 
DNA; that is, mutations. Ionizing radiation includes: 
X rays, gamma rays, and the subatomic particles— 
neutrons, electrons (“beta” particles), and alpha par- 
ticles (helium nuclei). Ionizing radiation alters the way 
two strands of DNA interact. This high energy radia- 
tion passes through cells and tissues, cutting up any 
DNA in its path. It can rearrange entire sections of the 
chromosomes, altering relatively long stretches of 
DNA. UV radiation causes covalent bonds to form 
between neighboring thymine bases in the DNA, so 
altering the DNA product at that location. 


Mutagens are often associated with specific cancers in 
humans. Aromatic amines are mutagens that can cause 
bladder cancer. Tobacco taken in the form of snuff con- 
tains mutagens that can cause nose tumors. Tobacco 
smoke contains mutagens such as PAHs and nitrosamine 
(a type of alkylating agent), as well as toxins such as 
carbon monoxide, cyanide, ammonia, arsenic, and radio- 
active polonium. Although tobacco products are legal and 
widely available, many physicians and government agen- 
cies warn about the health risks linking smoking with 
several types of cancer and heart disease. 


In 1973, Bruce Ames introduced the most widely- 
used test to identify potential mutagens. Suspected 
mutagens are mixed with a defective strain of the 
bacteria Salmonella, which only grows if it is mutated. 
Substances that allow the Sa/monella to grow are con- 
sidered mutagenic. 


In addition to mutagen-induced DNA changes, 
spontaneous mutations occur in the dividing cells of 
the human body every day. The nuclei of the cells have 
repair enzymes, which remove mutations and restore 
mutated DNA to its original form. If these natural 
DNA repair mechanisms fail to keep up with the rate 
of mutation or the repair mechanisms themselves are 
defective, disease can result. This latter case is seen in 
lung cancer due to cigarette smoking, where the nic- 
otine in the smoke is thought to block an important 
repair process in the lungs. 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH2) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 


DNA—Deoxyribonucleic acid; the genetic mate- 
rial in a cell. 


Frame shift mutation—Mutation caused by the 
deletion or insertion one or more bases into the 
DNA molecule, shifting the frame of the triplet 
code for an amino acid. Such mutations can 
change a long string of amino acids, thereby 
severely altering the structure and function of a 
protein product. 


Genetic code—tThe blueprint for all structures and 
functions in a cell as encoded in DNA. 


Mutation—A change made to DNA. 


Point mutation—A change in the genetic code at 
one point, which changes a protein’s amino acid 
sequence. 


Triplet code—The arrangement of the genetic code 
such that three DNA bases code for one amino 
acid. 


Aging appears to be largely due to mutagenic 
oxidants produced as by-products of normal metabo- 
lism. These oxidants, such as hydrogen peroxide, are 
the same mutagens produced by radiation, and cause 
damage to DNA, proteins, and lipids. The DNA in 
each cell of a normal rat receives on average about 
100,000 oxidative lesions (altered bases) per day. 
DNA-repair enzymes constantly remove this damage, 
but they do not keep up: an old rat has over one 
million oxidative lesions in the DNA of each cell. A 
human cell receives about ten times fewer lesions than 
a rat cell, which is consistent with the higher cancer 
rate and shorter life span of a rat. Decay of mitochon- 
dria with time, due to oxidative damage, appears to 
play a major role in aging. The degenerative diseases 
of aging, such as cancer, cardiovascular disease, cata- 
racts, and brain dysfunction, are increasingly found to 
have, in good part, an oxidative origin. 
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l Mutagenesis 


Mutagenesis is an induced genetic change in a cell 
by the alterations in the cell’s genetic material (usually 
deoxyribonucleic acid (DNA)). This alteration can be 
inherited and passed to subsequent generations. While 
many mutations are benign, some can be detrimental 
and cause human genetic disease. If the mutation 
occurs in a gamete (sex cell), the genetic alteration 
may be passed to subsequent generations. Mutations 
provide a mechanism for evolution if the mutations in 
the DNA produce a new or modified protein that has 
enhanced or new beneficial functions such that this 
newly acquired characteristic has a selective survival 
advantage and thus will be more likely to be passed 
down from one generation to the next. Mutations in 
somatic cells, or cells that have undergone differentia- 
tion and will not have the potential to develop into any 
other cell types are usually spontaneous and not 
inherited. 


Mutagenesis can result in alteration of an individ- 
ual gene, or a specific letter in the DNA alphabet called 
a nucleotide. There are four nucleotides; adenine, gua- 
nine, cytosine, and thymine. Mutagenesis—the process 
acquiring mutations—can be in the form of a point 
mutation (a mutation at a single nucleotide), a deletion 
of one or more nucleotides, or a duplication in the 
DNA sequence. A point mutation can cause a genetic 
disease if it occurs in a gene important for normal 
cellular function. Deletions involve deleted sequence 
of DNA that can be in a coding gene sequence (called 
an exon) or a noncoding sequence of the gene (called an 
intron) or the noncoding sequence that separates genes. 
Deletions can be in a single nucleotide or span several 
genes. A duplication involves a sequence of DNA that 
gets repeated. 


Mutagenesis can occur as the result of exposure to 
ionizing radiation and certain chemicals. Ionizing 
radiations include cosmic rays, x rays, and ultraviolet 
light. Melanoma, which is caused almost exclusively 
by exposure to the ultraviolet radiation from the sun, 
is the most rapidly increasing lethal cancer in the 
United States. In melanoma, ultra violet radiation 
induces what is called thymine dimers, where two 
thymine nucleotides next to each other in a DNA 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell. 


Genotype—tThe full set of paired genetic elements 
carried by each individual, representing the its 
genetic blueprint. 


Mutation—Molecular defect in DNA. 


Nucleotide—Molecular unit that is the building 
block of DNA. 


Phenotype—The outward manifestation of the gen- 
otype, including an organism’s morphological, 
physiological, and many behavioral attributes. 


sequence form an abnormal bond. Thymine dimers 
in a skin cell can lead to skin cancer. The heightened 
prevalence of melanoma is presumably due to 
increased ultraviolet radiation exposure of skin most 
likely from depletions in the ozone layer. 


Mutations that affect tumor suppressor genes can 
result in uncontrollable cellular growth, also called 
cancer. If this cancer is not detected early and 
removed, it can become vascularized and leak into 
the bloodstream. If it metastizes in this way, the cancer 
can quickly spread to other organs. Additionally, a 
number of chemicals have been identified as muta- 
genic such as the common household cleaner bleach. 
Many chemicals intercalate into the DNA double 
helix and cause errors during DNA replication. 
Chemicals that bind to DNA are called DNA adducts. 
There are many environmental carcinogens or cancer- 
causing chemicals that induce mutagenesis. 


Teratogenesis is the development of congenital 
abnormalities due to the exposure to substances dur- 
ing development called teratogens. Many teratogens 
are mutagens in that they can cause mutations in 
DNA. An example of a teratogen is thalidomide. 
Thalidomide was used in the 1950s to as a treatment 
for morning sickness in pregnant women. It was later 
found to cause birth defects. In this case, it disrupted 
developmental processes resulting in abnormalities 
affecting normal development. 


Despite the many different ways that mutagenesis 
can occur, mechanisms for DNA repair exist that help 
maintain the integrity of the genome. One mechanism, 
called nucleotide excision repair, involves recognition 
and removal of damaged DNA by nicking it where 
there is a point mutation, removing the damaged 
nucleotide sequence, re-synthesis to add the correct 
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Mutation 


nucleotide, and DNA ligation of the nicked DNA to 
seal the DNA where it is being repaired. 
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| Mutation 


A mutation is any change in genetic material that 
is passed on to the next generation. The process of 
acquiring change in genetic material forms the funda- 
mental underpinning of evolution. Mutation is a 
source of genetic variation in all life forms. 
Depending on the organism or the source of the muta- 
tion, the genetic alteration may be an alteration in the 
organized collection of genetic material, or a change in 
the composition of an individual gene. 


Mutations may have little impact, or they may 
produce a significant positive or negative impact, on 
the health, competitiveness, or function of an individ- 
ual, family, or population. 


Mutations arise in different ways. An alteration in 
the sequence, but not in the number of nucleotides in a 
gene is a nucleotide substitution. Two types of nucleotide 
substitution mutations are missense and nonsense muta- 
tions. Missense mutations are single base changes that 
result in the substitution of one amino acid for another in 
the protein product of the gene. Nonsense mutations are 
also single base changes, but create a termination codon 
that stops the transcription of the gene. The result is a 
shortened, dysfunctional protein product. 


Another mutation involves the alteration in the 
number of bases in a gene. This is an insertion or 
deletion mutation. The impact of an insertion or dele- 
tion is a frameshift, in which the normal sequence with 
which the genetic material is interpreted is altered. The 
alteration causes the gene to code for a different 
sequence of amino acids in the protein product than 
would normally be produced. The result is a protein 
that functions differently—or not all—as compared to 
the normally encoded version. 
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Genomes naturally contain areas in which a 
nucleotide repeats in a triplet. Trinucleotide repeat 
mutations, an increased number of triplets, are now 
known to be the cause of at least eight genetic disor- 
ders affecting the nervous or neuromuscular systems. 


Mutations arise from a number of processes collec- 
tively termed mutagenesis. Frameshift mutations, specifi- 
cally insertions, result from mutagenic events where DNA 
is inserted into the normally functioning gene. The genetic 
technique of insertional mutagenesis relies upon this 
behavior to locate target genes, to study gene expression, 
and to study protein structure-function relationships. 


DNA mutagenesis also occurs because of break- 
age or base modification due to the application of 
radiation, chemicals, ultraviolet light, and random 
replication errors. Such mutagenic events occur fre- 
quently, and the cell has evolved repair mechanisms to 
deal with them. High exposure to DNA damaging 
agents, however, can overwhelm the repair machinery. 


Genetic research relies upon the ability to induce 
mutations in the lab. Using purified DNA of a known 
restriction map, site-specific mutagenesis can be per- 
formed in a number of ways. Some restriction enzymes 
produce staggered nicks at the site of action in the 
target DNA. Short pieces of DNA (linkers) can sub- 
sequently be introduced at the staggered cut site, to 
alter the sequence of the DNA following its repair. 
Cassette mutagenesis can be used to introduce select- 
able genes at the specific site in the DNA. Typically, 
these are drug-resistance genes. The activity of the 
insert can then be monitored by the development of 
resistance in the transformed cell. 


In deletion formation, DNA can be cut at more than 
one restriction site and the cut regions can be induced to 
join, eliminating the region of intervening DNA. Thus, 
deletions of defined length and sequence can be created, 
generating tailor-made deletions. With site-directed 
mutagenesis, DNA of known sequence that differs 
from the target sequence of the original DNA, can be 
chemically synthesized and introduced at the target site. 
The insertion causes the production of a mutation of pre- 
determined sequence. Site-directed mutagenesis is an 
especially useful research tool in inducing changes in 
the shape of proteins, permitting precise structure-func- 
tion relationships to be probed. Localized mutagenesis, 
also known as heavy mutagenesis, induces mutations ina 
small portion of DNA. In many cases, mutations are 
identified by the classical technique of phenotypic iden- 
tification—looking for an alteration in appearance or 
behavior of the mutant. 


Mutagenesis is exploited in biotechnology to create 
new enzymes with new specificity. Simple mutations 
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KEY TERMS 


Genome—The complete set of genes an organism 
carries. 


Germinal mutation—A mutation in the germ cells 
(sperm or egg cells). This mutation can be passed 
on to succeeding generations. 


Nucleotide base—One of the four chemical sub- 
units of DNA: adenine, cytosine, guanine, and 
thymine. 

Somatic mutation—A mutation in the body cells. 
This mutation cannot be passed on. 


Translocation—A genetic term referring to a situa- 
tion during cell division in which a piece of one 
chromosome breaks off and sticks to another 
chromosome. 


will likely not have as drastic an effect as the simul- 
taneous alteration of multiple amino acids. The com- 
bination of mutations that produce the desired 
three-dimensional change, and so change in enzyme 
specificity, is difficult to predict. The best progress is 
often made by creating all the different mutational 
combinations of DNA using different plasmids, and 
then using these plasmids as a mixture to transform 
Escherichia coli bacteria. The expression of the dif- 
ferent proteins can be monitored and the desired 
protein resolved and used for further manipulations. 
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l Mutualism 


Mutualism is a biological interaction that is bene- 
ficial to both parties. Most mutualisms are facultative, 
meaning the partners can successfully live apart. 
However, some mutualisms are so intimate that the 
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interacting species can no longer live without each 
other; they have a mutually obligate interdependence. 
Many mutualisms are fascinating in their intricacies 
and reciprocal usefulness as is apparent in the exam- 
ples described below. 


Many species of angiosperm plants require the 
services of an animal vector to achieve pollination. 
The animal benefits in this mutualism from access 
to a source of food of nectar or pollen, while the 
plant benefits through having its gametes fertilized. 
Some pollination systems involve a remarkably tight 
co-evolution of the plant and animal species, with mor- 
phological and behavioral adaptations that make the 
mutualistic interaction more efficient and more inter- 
dependent. Some species of orchids, for example the 
genus Ophrys, have a floral structure and coloration 
that closely mimics that of the female of their pollinat- 
ing species of wasp so that the plant becomes pollinated 
when the male wasp is tricked and attempts pseudo- 
copulations with its flowers. There are numerous other 
examples of similarly extraordinary co-adaptations of 
plant-animal pollination systems. 


Another plant-insect mutualism involves a tropical 
ant (Pseudomyrmex ferruginea) and a shrub known as the 
bull’s horn acacia (Acacia cornigera). This acacia has 
evolved hollow thorns that are used by the ants as pro- 
tected nesting sites. In addition, the ants feed on protein- 
rich exudates at the tips of the leaflets of the acacia. In 
return, the ants protect the acacia from competition with 
other plants by weeding the vicinity of their host of 
encroaching foliage. The ants also protect the acacia 
from many defoliators by killing herbivorous insects and 
attacking larger herbivores such as grazing mammals. 
Many other species of ants have developed mutualistic 
interactions with plant species. This fact is evidenced by 
the independent evolution of extrafloral nectaries by var- 
ious families of plants. These organs exude nectar from 
leaves, stems, or branches, attracting ants that help to 
protect the plants from competition and herbivory. 


A marine mutualism involves unicellular algae 
known as zooxanthellae and corals, a type of coelen- 
terate animal. In this mutualism the coral provides the 
algae with shelter and inorganic nutrients, while the 
pigmented algae provide photosynthate. Sometimes 
this mutualism is upset by environmental stresses asso- 
ciated with unusually warm or cool water tempera- 
tures, a change in salinity, or excessive exposure to 
sunlight or shading. This leads to expulsion of the 
zooxanthellae by the coral, a phenomenon known as 
“bleaching,” which may lead to death of the coral 
unless it can re-establish another algal mutualism. 


Another interesting mutualism involves two ani- 
mals, an African bird known as the honey guide 
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Undicator indicator) and a mammal known as the 
honey badger (Melliovora capensis). In this relation- 
ship the honey guide finds bee hives and then actively 
leads the honey badger to its discovery. The badger 
tears the hive apart with its strong claws and then feeds 
on the honey, while the bird feeds on the bee larvae 
and pupae. 


See also Symbiosis. 


Bill Freedman 


l Mycorrhiza 


A “fungus root” or mycorrhiza (plural: mycorrhi- 
zae) is a fungus living in a mutually beneficial symbio- 
sis (or mutualism) with the roots of a vascular plant. In 
this intimate relationship, the fungus benefits from 
access to energy-containing carbohydrates, proteins, 
and other organic nutrients excreted by, or contained 
in, the roots while the host plant benefits from an 
enhanced supply of inorganic nutrients, especially 
phosphorus. 


The fungi carry out this function largely by 
increasing the rate of decomposition of organic matter 
in the immediate vicinity of the plant root, and by 
efficiently absorbing the inorganic nutrients that are 
liberated by this process. From the perspective of the 
plant, the most important of the mineral nutrients 
supplied by the fungus are compounds of phosphorus, 
and to a lesser degree, of nitrogen. 


Mycorrhizae are a common type of mutualism; 
about 90% of the families of vascular plants live in this 
sort of beneficial relationship with fungi. Only a few 
economically important plant families do not develop 
mycorrhizae, among them the mustards (family 
Brassicaceae) and knotweeds (Polygonaceae). 


Biology of mycorrhizae 


A mycorrhiza is an intimate, biological relation- 
ship in which fungal hyphae integrate closely with the 
root tissues of a vascular plant. Plant roots that have a 
mycorrhizal fungus tend not to develop root hairs, 
relying heavily on the fungus to absorb nutrients and 
moisture from the soil. The fungal hyphae (root like 
projections) are associated with the cortical cells of the 
root, and not with vascular tissues or the actively 
growing cells of the meristematic tissue at the tip of 
the root. 
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There are two basic types of mycorrhizae—endo- 
mycorrhizae and ectomycorrhizae. Endomycorrhizae 
are more common than ectomycorrhizae, although the 
latter type is more frequent in the economically impor- 
tant species of trees of temperate forests. 


In ectomycorrhizae, the fungal hyphae form a 
diffuse veil or mantle around the outside of the plant 
root. The fungal biomass of a ectomycorrhiza typi- 
cally comprises about 40% of the dry weight of the 
structure. The fungal hyphae penetrate the root to 
some degree, but they only occur in the spaces between 
the cortical and epidermal cells. Ectomycorrhizae 
occur in association with the roots of such tree species 
as pines (Pinus spp.), spruces (Picea spp.), willows 
(Salix spp.), oaks (Quercus spp.), and birches (Betula 
spp.). Under the influence of hormones secreted by the 
fungus, the plant roots tend to grow in a stubby, 
thickened, and much-branched fashion. Most of the 
species of fungi that are involved in ectomycorrhizae 
are Basidiomycetes, and a smaller number are 
Ascomycetes. Most forest mushrooms are the fruiting 
bodies of Basidiomycete fungi that are mycorrhizal 
with tree species. 


In endomycorrhizae, the fungal hyphae mostly 
grow inside the plant root, and they penetrate and 
grow inside the cortical cells of the root. Many econom- 
ically important species of plants depend on endomy- 
corrhizal fungi, including apples (Pyrus malus), 
strawberries (Fragaria vesca), tomatoes (Lycopersicon 
esculentum), orchids (family Orchidaceae), and grasses 
(Poaceae). In fact, most of the important agricultural 
plants used by humans for food are endomycorrhizal. 
Although most conifers are ectomycorrhizal, a few spe- 
cies are endomycorrhizal, notably the redwoods 
(Sequoia sempervirens) and junipers (Juniperus spp.). 


Importance of mycorrhizae 


There is a great deal of evidence that clearly dem- 
onstrates the great importance of mycorrhizae to plant 
nutrition, especially in nutrient-poor soils. For exam- 
ple, many species of trees and shrubs can be grown in 
the greenhouse, but if these are then transplanted into 
an abandoned pasture, prairie, or some other non- 
forested habitat, they commonly fail to survive or 
grow well, and will exhibit signs of nutritional distress. 
This happens because the soils of those habitats do not 
have populations of appropriate species of mycorrhi- 
zal fungi to colonize the roots of the tree seedlings. If 
the seedlings are to do well in such habitats, they must 
be deliberately inoculated with an appropriate mycor- 
rhizal fungus. 
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On the other hand, if the seedlings are trans- 
planted into a recent clear-cut that was previously a 
forest dominated by the same or closely related species 
of trees (for example during post-harvest regeneration 
of the stand), they will generally do well. This happens 
because the clear-cut still has a population of mycor- 
rhizal fungi that are suitable to inoculate the tree 
seedlings. 


In some cases, plants will not do well in the 
absence of a mycorrhiza, even when they are growing 
in apparently fertile soil. In such a case, the mycor- 
rhizal mutualism is said to be obligate. In most cases, 
however, plant species can survive in fertile soil in the 
absence of a mycorrhizal relationship with a fungus. 
In less fertile soil, however, these species may do very 
poorly without a mycorrhiza. In this case, the mutu- 
alism is said to be facultative. 


When natural ecosystems are being converted into 
some sort of system that is managed for the benefits of 
people, it may be critically important to consider the 
mycorrhizal fungi on the site. In tropical forests, for 
example, almost all of the tree species depend on 
mycorrhizae to supply them with nutrients from the 
typically infertile soils on which these ecosystems 
develop. Moreover, the mycorrhizal fungi are critical 
to retaining nutrients within the forest biomass, and in 
preventing these chemicals from being washed away 
by the abundant tropical rains. If the forest is cleared 
and burned to develop new agricultural lands, much of 
the nutrient capital of the land is lost due to the reduc- 
tion of growing biomass, including the destruction of 
much of the mycorrhizal fungi by the disturbance. 


Moreover, the fungi that do manage to survive are 
not necessarily appropriate symbionts for the species of 
grasses and other crops that farmers attempt to grow on 
the cleared land. Therefore, the conversion of the trop- 
ical forest, with its efficient recycling and use of the 
scarce nutrient resources, into a more open agricultural 
system with large losses of nutrient capital, often leads 
to arapid degradation of the fertility of the site. This is a 
major reason why so many conversions of tropical 
forests into agriculture prove to be unsustainable. 


Many mycorrhizal fungi in the Basiodiomycete 
group develop edible mushrooms, and these are gath- 
ered by many people for use in gourmet cooking. 
Perhaps the most famous of these mushrooms are the 
truffles, such as Tuber melanosporum, which is com- 
monly mycorrhizal on species of oaks (Quercus spp.). 
The spore-bearing bodies of the truffle fungi develop 
underground, and must be found using specially 
trained, truffle-sniffing pigs or dogs. Mushroom col- 
lectors must be careful, however, because some 
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KEY TERMS 


Cortex—tThe root cortex is a relatively soft tissue 
that occurs between the epidermis and the 
internal, vascular tissues. Functions primarily in 
storage and in movement of water into the vascular 
cylinder. 


Hypha (plural, hyphae)—Cellular unit of a fungus, 
typically a branched and tubular filament. Many 
strands (hyphae) together are called mycelium. 


Root hair—These are tiny, tubular outgrowths of 
the root epidermis, mostly occurring behind the 
actively growing root tip, and used to increase sur- 
face area of the root to enhance the absorption of 
minerals and water from the soil. 


mycorrhizal fungi develop fruiting bodies that are 
deadly poisonous, as is the case of the death or 
destroying angel (Amanita virosa). 


Orchids (family Orchidaceae) are examples of 
plants that can only grow if they have an endomycor- 
rhizal mutualism. Orchid seeds are tiny and dust like, 
and they have virtually no stored energy to support the 
seedling when it germinates. The tiny orchid seedlings 
will only grow if they manage to become inoculated by 
an appropriate endomycorrhizal fungus. Until this 
fact was discovered by horticulturalists, orchids were 
extremely difficult to propagate and grow in green- 
houses. Now, orchids are relatively easy to breed and 
cultivate. 


Some species of vascular plants do not contain 
chlorophyll, and are incapable of photosynthesis. 
The whitish shoots of species such as the Indian pipe 
(Monotropa uniflora) depend entirely on their mycor- 
rhizal fungus to supply the plant with organic 
nutrients needed for growth and reproduction. This 
is an unusual case in which the balanced, reciprocal 
dependence of the plant and fungal symbionts of a 
mycorrhiza have become unbalanced, to the degree 
that the plant is now parasitic on the fungus. 
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tl Mycotoxin 


Mycotoxins are toxic substances produced by 
molds and fungi such as mushrooms. These toxic sub- 
stances, which are also known as secondary metabo- 
lites, are by-products of metabolism that are not 
essential to fungal growth. Although some mycotoxins 
can be used for medicinal purposes, most are poison- 
ous if eaten in sufficient quantity. 


Numerous mycotoxins have been studied and 
identified. Of particular interest are mycotoxins made 
by fungi that contaminate human foods or by poison- 
ous mushrooms. Many grains, fruits, and vegetables 
can support fungal growth under certain conditions. 


Agricultural attention to mycotoxins has focused 
on corn, nut, and fruit crops because of their suscept- 
ibility to mold growth and their importance in human 
diet. Climate conditions, including temperature and 
moisture can affect mold growth in harvested fields, 
with moister, warmer periods favoring growth. 
Mycotoxins serve as a defensive force for molds, 
because they can actually limit the role of competitive 
microorganisms in the vicinity. Although farm and 
food industries make every effort to eliminate myco- 
toxins because they can cause illness and devalue 
crops, mycotoxins cannot be completely removed, 
and small quantities of them continue to be present 
in many foods. 


Many mycotoxins affect several target organs 
including the liver, which develops a_ toxicity. 
Mycotoxins harm their host by disrupting cellular 
activity. The phomopsons, a kind of mycotoxin, inhibit 
the normal activity of microtubules, essential structures 
inside cells that are required for cellular division. The 
Aspergillus family of fungi produce a very potent 
mycotoxin called aflatoxin. A number of aflatoxins 
have been isolated, with aflatoxin B (AFB) and afla- 
toxin G (AFG), an AFB derivative, occurring in great- 
est quantity. The aflatoxins bind to DNA in the cellular 
nucleus of the organism they attack, acting as a power- 
ful and potentially fatal, mutagen. Other Aspergillus 
toxins which have been found in food include ochra- 
toxin A and sterigmatocystin. Ochratoxin A is a mam- 
malian carcinogen that causes renal disease in humans. 
Like many other naturally occurring mycotoxins, the 
toxin is found in a number of everyday foods. Varying 
levels of OA have been detected in beans, cereals, 
cocoa, coffee, corn, figs, flours, pork kidney, nuts, 
olives, peas, rice, sausage, and soy. 


Mycotoxins can be produced by the fungi that 
grow on the crop itself, the weeds surrounding the 
crop, or the soil in which the crop grows. Alternia 
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fungi are natural soil inhabitants that produce several 
mycotoxins—alternariol and alternariol methyl ether 
(found on apples), and tenuazonic acid (found on 
tomatoes and in tomato paste). A/ternia toxins are 
responsible for postharvest decay in these crops. 
Mycotoxin levels in foods are monitored and mini- 
mized by the food industry. 


Although most mushrooms are harmless, poison- 
ous mushrooms contain mycotoxins capable of 
attacking the human host with fatal consequences. 
The reaction times and symptoms vary according to 
mushroom. Some mycotoxins act immediatelly on the 
human host, with effects ranging from nausea, vomit- 
ing, hallucination, anxiety, muscle spasms, diarrhea, 
and hyperactivity or lethargy. The mycotoxins 
coprine, psilocybin/psilocin, muscarine, and ibotenic 
acid are all capable of causing these sudden symptoms. 
Other mycotoxins have more serious effects, are 
delayed in onset, and can be fatal. The delayed symp- 
toms (which may persist up to 14 days after ingestion) 
include bloating, headache, severe vomiting, diarrhea, 
cramps, severe thirst, frequent urination, kidney pain, 
and death. Potentially fatal mycotoxins that are clas- 
sified as group A, B, and C poisons include monome- 
thylhydrazine, the amatoxins, and orellanine. 


The mode of action of mushroom-produced myco- 
toxins varies considerably. Alpha amanitin, amatoxin 
produced by some species of Amanita, is a class A 
poison that acts by inhibiting a critical nuclear polymer- 
ase that enables the cell to make protein. Once the 
function of this RNA polymerase is curtailed, basic 
life processes cease. Attempts to kill alpha amanitin 
with antibodies have proven to be even more harmful 
to patients than the poison itself. Most forms of mush- 
room poisoning can be treated with rapid lavage 
(induced vomiting) or medically approved ingestion of 
charcoal to absorb the toxin before it is absorbed into 
the stomach. 


Some cultures have historically sought out milder 
mycotoxins for their hallucinogenic properties. The class 
E poisons, psilocybin and psilocin, are found in many 
Psilocybe species such as Psilocybe cubensis known as 
“magic mushrooms” or “street mushrooms,” these hal- 
lucinogens are similar in effect to, but less potent than, 
the psychedelic drug LSD. The Aztecs of South America 
used “sacred mushrooms” for religious rites, and other 
people from various cultures and times in history have 
experimented recreationally with mushrooms. 
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l Mynah birds 


Mynah or myna birds are species in the family 
Sturnidae, which also includes many species of starlings. 
The distinction between starlings and mynahs is not 
always clear, and these common names are sometimes 
used interchangeably. However, as considered here, the 
mynahs are tropical, Asian species, the most prominent 
of which are in the genus Acridotheres and Gracula. 


The word mynah is derived from the Hindu word 
maina, itself derived from the Sanskrit word madana, 
both of which are names for the hill mynah. 


Species of mynahs occur in forests, shrubby 
woodlands, and in urban and suburban habitats. 
Mynahs are medium-sized, stocky, robust birds, with 
a stout beak, strong legs, and a short tail. Their songs 
are innovative, raucous chatters made up of whistles, 
squeaks, and diverse, imitated sounds. Mynahs feed 
on a wide range of invertebrates and fruits. They nest 
in cavities in trees, and both sexes cooperate in feeding 
and raising the young birds. 


The hill mynah 


The hill mynah or talking mynah (Gracula reli- 
giosa) is native to secondary tropical forests and other 
wooded habitats in south and Southeast Asia. The hill 
mynah is perhaps the best-known species of mynah, 
and the species that learns to “talk” the best. 
(Actually, it only mimics human sounds, and has no 
idea about their meaning.) The hill mynah has a glossy 
black body, a heavy orange-to-red bill, yellow legs and 
feet, and bare yellow skin behind the eyes, including an 
extended flap of skin known as a lappet, located 
behind the head. The hill mynah also has a white 
patch on the underwings that is conspicuous when 
the bird is in flight. The hill mynah feeds only on fruit. 


The hill mynah can be bred in captivity, and is an 
important species in the avian pet trade. This attrac- 
tive cage-bird maintains a busy and noisy chatter, and 
can be easily trained to mimic human words and 
phrases. 
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Mynah birds have reached pest proportions and threaten 
Samoa’s biodiversity. The bird originally imported by the 
British from India to control cattle ticks, has now claimed 
large parts of Fiji and the Cook Islands. (Michael Field/AFP/ 
Getty Images.) 


The common mynah 


The common or Indian mynah (Acridotheres tris- 
tis) is a native species of south Asia, from Afghanistan, 
Pakistan, and India, through to southwestern China 
and Indochina. However, humans have introduced 
this species far beyond its original, natural range, 
especially during the mid- to late-nineteenth century. 


The common mynah has a dark-brown plumage, 
with a black head, throat, and upper breast, and a yellow 
beak, feet, and skin around the eye. A conspicuous white 
patch is visible under the wings when the bird is in flight. 


The common mynah is a rather omnivorous bird, 
eating a wide range of invertebrates, fruits, and seeds. 
When hunting for insects, the common mynah probes 
the ground with its closed bill, and then withdraws its 
beak while closely inspecting the hole, to see whether 
anything edible had been exposed. 


The natural nesting sites of the common mynah 
are cavities in trees, either natural, or excavated by 
other species of birds, such as woodpeckers. However, 
in some of its introduced habitats where it lives in 
proximity to humans, the adaptable common mynah 
will also nest in holes in walls and buildings. Because 
the common mynah is a loosely colonial nester, large 
populations may breed in places where there are suit- 
able nesting and foraging habitats. 
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Myrtle family (Myrtaceae) 


The common mynah has been introduced to vari- 
ous places in the tropics beyond its natural range, 
including islands in the Indian, Pacific, and Atlantic 
Oceans. This species now occurs in Madagascar, 
South Africa, Australia, New Zealand, the Hawaiian 
Islands, Saint Helena, Mauritius, Fiji, Tahiti, the 
Marquesas, Singapore, Hong Kong, and many other 
non-native places. The common mynah was introduced 
to these places because it was believed that this bird 
would provide a useful service by eating pest species of 
insects that dwell in the soil, especially in orchards. 


However, to say the least, these many introduc- 
tions of the common mynah were severely misguided, 
and unfortunately this bird is often considered to bea 
pest in its adopted habitats. The common mynah 
causes especially important damage in orchards of 
soft fruits and berries, such as bananas, papayas, gua- 
vas, pineapples, apples, and others. If common 
mynahs are abundant, they can cause enormous dam- 
age to these fruits by probing with their beaks, eating 
only a small quantity of the tissue, but greatly reducing 
its potential value in the marketplace. 


Common mynahs are also considered pests where 
they develop large, communal roosts, which can 
involve dense aggregations of thousands of birds. 
These are considered nuisances because of the raucous 
noise, and the copious excrement that can accumulate. 


Although the common mynah causes significant 
damages, it also provides some useful services. These 
birds do eat significant numbers of insect pests, 
although this benefit is generally considered to be far 
smaller than the damages that the common mynah 
causes. Also, the common mynah is one of the few 
nonhuman animals that can tolerate the harsh envi- 
ronments of tropical cities and towns. Just by being 
around, these birds provide a certain aesthetic benefit. 


The common mynah is one of very few species that 
have greatly benefited from the sorts of ecological changes 
that humans are causing on Earth. Because the common 
mynah is relatively well adapted to habitats that humans 
create, it has become a rather “successful” bird—a winner 
in a world that is becoming incredibly dominated by 
humans, and ecologically degraded by their activities. 


Other species of mynahs 


The most diverse genus of mynahs is Acridotheres, 
a group that includes the common mynah. The white- 
vented or Javan mynah (Acridotheres javanicus) is 
native from east Pakistan to various islands of 
Indonesia. The bank mynah (A. ginginianus) is 
unusual, in that it excavates nesting cavities in earthen 
banks. 
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The crested mynah (Acridotheres cristatellus) is 
native to southern China and Taiwan. However, it 
has been introduced elsewhere, and is the only 
mynah to breed in North America. The crested 
mynah has been introduced to the city of Vancouver 
on the southwestern Pacific coast of Canada. 
Although its populations there have remained small, 
the crested mynah continues to breed in that area. 


The Papuan or golden-faced mynah (Mino 
dumontii) and golden mynah (M. anais) are colorful, 
black-and-gold, fruit-eating species that occur widely 
on the island of New Guinea. The golden-crested 
mynah (Ampeliceps coronatus) is a glossy, black-bod- 
ied, yellow-headed species that occurs in south China 
and Indochina. 


One of the world’s rarest birds is the Bali or 
Rothschild’s mynah (Leucopsar rothschildi) of Bali. 
This species is a lovely, white-colored bird, with a 
black-colored mask, outer wing feathers, and base of 
tail. The Bali mynah is a species of tropical forests, and 
it has become critically endangered because of the 
destruction of its habitat to extract valuable lumber, 
followed by conversion of the land into agricultural 
uses. A survey in March 2005 found only 24 of these 
beautiful birds in Bali Barat National Park, a small 
national park created largely to serve as habitat for 
their remnant population and currently their only 
known location in the wild. About 1,000 Bali mynahs 
exist in captivity. 
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l Myrtle family (Myrtaceae) 


In both the New and Old Worlds many genera of 
the myrtle family (Myrtaceae) unfurl their waxy, 
leathery leaves. Containing both trees and shrubs, 
this angiosperm family takes its name from the shrub 
Myrtus, which is found near the Mediterranean, in 
North Africa, and in South America. 


Other well known genera from the Myrtaceae 
include ornamentals such as Leptospermum (Australian 
tea tree), Eucalyptus, Verticordia (feather flowers), and 
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Eucalyptus trees near Alice Springs, Australia. (JLM Visuals.) 


Calliostemon (bottle brush). Economically valuable 
taxa of the Myrtaceae also include Eucalyptus (timber, 
essential oils), Pimenta (allspice, pimento, bay rum), 
Psidium (guave), Szygium (cloves), and Melaleuca 
(timber). In fact, some of the tallest trees known 
from modern times were specimens of Eucalyptus esti- 
mated to have been over 350 ft (107 m) tall. If these 
reports are accurate, the eucalypts rival the redwoods 
(gymnosperms, Taxodiaceae) for the title of tallest 
trees. This could make Eucalyptus the tallest angio- 
sperm, or flowering plant. 


Broad taxonomy 


In a broader taxonomic sense, the Myrtaceae is a 
dicot family in the class Rosidae, which also includes 
the rose and mallow families. The Myrtaceae falls into 
the order Mytrales, along with the families Lythraceae, 
Punicaceae (pomegranates), and Onagraceae (evening 
primroses). 


An unusual and taxonomically useful trait found 
in the Myrtaceae involves the vascular system of the 
stem. In most dicotyledonous plants the food conduct- 
ing cells of the vascular system, the sieve elements of 
the phloem, surround the water conducting cells, or 
xylem. In young stems there is usually another group 
of large cells that appear open in sections viewed under 
a lightmicroscope. This group of cells is called the pith, 
inside the xylem. Unusually, some phloem occurs 
inside the pith in species of the Myrtaceae. 


Species of the Myrtaceae are noted for leaf dimor- 
phism: the leaves produced when the plants are young 
tend to be round and held closely to the branch, while 
leaves produced when the plants are mature are much 
longer and thinner. Whether juvenile or adult, the 
leaves of plants in the myrtle family are opposite. 
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Whenever a leaf is found on one side of the stem, 
another leaf is found on the opposite side. 


The term myrtle, a common name for some spe- 
cies in the genus Myrtus, is also used as a common 
name for numerous other plants. These are not to be 
confused with species from the Myrtaceae. The best 
known plant called a myrtle, which is not a member of 
the Myrtaceae, may be the popular garden plant, crepe 
myrtle, (Lagerstroemia indica), of the Lythraceae or 
loosestrife family. 


The Myrtaceae is commonly subdivided into two 
subfamilies, the Leptospermoideae, which is distrib- 
uted mostly in Asia and Africa, and the Myrtoideae, 
found in tropical America, Asia, Australia, and the 
Pacific. The myrtle family is best known from 
Australia. Many species in the genera Eucalyptus, 
Calliostemon, and Verticordia, among others, are 
found in Australia. However, many genera such as 
Psidium are present in the Americas, and Myrtus of 
the Mediterranean and Northern Africa. The genus 
Eucalyptus is probably the best known representative 
of the Myrtaceae. 


Economic value 


Species of the myrtle family provide many valua- 
ble products, including timber (e.g. Eucalyptus), essen- 
tial oils (e.g. allspice), and horticultural plants (e.g. 
ornamentals such as Verticordia and food plants 
such as Psidium, guava). 


The various species of the Myrtaceae are sources 
of several valuable essential oils, produced by distilla- 
tion from leaves. Many of the components of these oils 
are based on the isoprenoid unit, five carbonatoms 
linked together in a branched structure with a double 
bond between two of the carbon atoms involved in the 
branch point. 


Eucalyptus oil includes eucalyptol, with the major 
component being 1,8-cineole, a modified monoterpe- 
noid, along with hexanol and caproaldehyde. The 
composition of essential oils varies with the species 
from which they are distilled, giving each oil a unique 
character. Eucalyptus risdoni contains tasmanone, 
while FE. grandis contains grandinol. One species of 
Leptospermum is used to produce a lemon-scented 
oil, including the compound leptospermone, and 
Myrtus yields the oil known as Eau d’Anges (literally, 
water of the angels). 


Cloves and allspice also come from the Myrtaceae. 
Cloves, one of the best known spices from the myrtle 
family, comes originally from the islands near South- 
east Asia. The spice is composed of the whole, dried 
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Myrtle family (Myrtaceae) 


immature flower buds of the species Szygium aroma- 
ticum. Grown in Indonesia, Malaysia, and several 
African countries, the name for this popular spice 
comes from the Sanskrit Katukaphelah, which 
became the Greek karyophylion and from there the 
English clove. The buds of this 38-49 ft (12-15 m) tree 
must be picked with very precise timing and sun-dried 
to avoid fermentation. 


Cloves are a flavoring for mulled cider and 
ketchup, and for decoration in pomanders. Dried 
apples or oranges covered with cloves are valued for 
their pleasant scent. The scent of cloves was consid- 
ered so pleasant that courtiers of Han Dynasty China 
chewed cloves to improve their breath before appear- 
ing in court. Cloves give their flavor and name to clove 
cigarettes, or kretek in Indonesia. They are made by 
mixing cloves with the tobacco. 


Distilled clove oil was once used by dentists as an 
anaesthetic. Cloves were no longer used after some 
patients had adverse reactions. The principal compo- 
nent of this oil is eugenol, a complex alcohol based on 
the benzene ring, making it an aromatic chemical. 


Allspice, or bay rum, also comes from the 
Myrtaceae. The spice is extracted from dried, unripe, 
pea-sized berries of the species Pimenta dioica, which 
are reddish brown in color. Unlike cloves, which are 
native to the Old World, the tall trees which produce 
these berries grow only in areas near their native cli- 
mate of Central America and the West Indies. For this 
reason, the original producers had their business pro- 
tected. Many other spices were eventually grown in 
places different than their origins, which hurt the 
economies of the original producing nations. Most 
worldwide production comes from the Caribbean— 
Jamaica, Haiti, Guatemala, and other nearby nations. 
The name comes from the Spanish pimienta, or black 
pepper. This confusion of names comes from the sim- 
ilar appearance of the pepper corns and the allspice 
berries. Pimienta also applies to the hot pepper, of the 
Solanaceae which also includes the tomato and the 
potato. 


Allspice flavors a number of common foods 
including several liquors, such as Benedictine, pies, 
and ketchup. The principal active compound in all- 
spice is eugenol, as in the case of cloves. 


Many species from the myrtle family have attrac- 
tive glossy green leaves and colorful flowers making 
them popular horticultural plants. Many species are 
from arid regions, so the drought tolerance pro- 
vides another valuable trait for horticulture. They 
are particularly valuable in regions with similar 
Mediterranean climates, such as southern California, 
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where they remain bright and attractive during an 
otherwise bleak time of the year. Eucalypts make 
attractive street trees. 


Their resilience has a negative side in the face of 
drought. The leathery leaves of Myrtaceous plants are 
rich in highly flammable hydrocarbons and present a 
fire hazard. 


In their natural environments, this abundance of 
flammable oils acts to promote the survival and suc- 
cess of myrtaceous plants. Forest and brush fires occur 
normally during the dry times of the year in places 
where these species of the Myrtaceae live. The flam- 
mability of the myrtaceous plants feeds these fires. 
Species of Eucalyptus regenerate after these fires either 
from dormant buds or lignotubers, woody subterra- 
nean modified stems. Other species which might oth- 
erwise compete with Myrtaceous plants for resources 
such as water and sunlight are destroyed or damaged 
in the fires while Myrtaceous species, such as euca- 
lypts, survive. Ironically, the ability to burn is actually 
a competitive advantage for these plants. 


The myrtle family provides a number of impor- 
tant timber species, including those of the genera 
Eucalyptus and Melaleuca. Eucalyptus provided the 
Australian aborigines the opportunity to make dishes 
and canoes. The roots of some species were used for 
food. 


Species of Eucalyptus were first collected by expe- 
dition botanists traveling with Captain James Cook. 
The name Eucalyptus was created by botanist, David 
Nelson, on Cook’s third voyage, from the Greek 
words for “well covered.” The name came from com- 
plete covering of some parts of the flower bud by the 
operculum, or dome covering the male and female 
organs. The operculum sheds when the flower opens. 
The operculum is a ring of fused, hardened petals, as is 
found in the non-myrtaceous plant honeysuckle 
(Lonicera, Caprifoliaceae, soft petals). Species in the 
genus Eucalyptus, like the rest of the Myrtaceae, are 
woody perennials ranging in size from shrubs to tall 
trees. 


The genus Eucalyptus is divided into six general 
types of eucalypts based on the appearance of the 
bark: the gums with their smooth outer bark resulting 
from annual shedding of the roughest outermost layer 
(Eucalyptus apodophyolla); the bloodwoods with tes- 
selated bark, with the dead, outermost layer being 
composed of plates of short fibered material (E. tesse- 
laris); the boxes, not to be confused with boxwood 
from the family possess short-fibered bark, which 
sticks to the outside of the tree after the outermost 
layer is dead, fading to a pleasant gray (E. moluccana), 
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while the stringy barks also retain the outermost, dead 
layer of bark but take their name from its long fibered 
nature (E. reducta) peppermints; the ironbarks 
(E. melanophloia) are covered with a hard, furrowed 
bark which remains continuous after the outermost 
layer is dead. Finally, the minniritchi eucalypts have 
a partially detached outermost layer of bark which 
splits longitudinally to reveal the green inner bark 
(E. orbifolia). The ironbarks are known for the density 
and lasting quality of their wood. It is a particularly 
useful wood for heavy building and for railway ties. 


Melaleuca, a genus known by the common name 
paperbark, yields ornamental timber. The various spe- 
cies of the genus include shrubs and trees which grow 
in swamps and marshes. The flowers resemble bottle 
brushes, showing the close relationship between this 
genus and Calliostemon. With the species of the genus 
Leptospermum, those of the genus Melaleuca share the 
common name tea-trees. It is from Melaleuca, not 
Leptospermum, that tea-tree oil is distilled. 


Species of the genus Melaleuca were transferred to 
Florida for development purposes. People wanted to 
use the strong invasive roots of this tree to turn 
swampland into firm ground for building. However, 
in the swamps of Florida, Me/aleuca has proven to be 
an invasive pest that has displaced many native species 
from the swamps. Melaleuca reproduces so quickly 
and so thickly that attempts to eliminate it from the 
swamps by cutting have met with little success. Efforts 
are being made to remove Melaleuca by introducing 
an insect which feeds on it. A similar phenomenon has 
occurred in New Caledonia, where when native trees 
have burned, solid stands of Melaleuca replaced them. 


Besides spices and timber, humans also use species 
of the Myrtaceae for food. The popular fruit guava is 
produced by species of several genera from the 
Myrtaceae. Pineapple guava grows on trees of the 
genus Feijoa, and strawberry guava comes from 
Psidium littorale, native to tropical America. 


A number of species from the Myrtle family are 
used horticulturally or decoratively. Attractive flow- 
ers are produced by species such a Leptospermum and 
Calliostemon. Now grown in gardens around the 
world, species of Calliostemon were originally found 
growing in wet spots in Australia. Their bright flowers 
look like long round brushes, thus the common name 
for this genus, bottle brushes. Some species are 
unusual in that they are among the few plants in the 
world pollinated by birds instead of the wind or 
insects. 
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KEY TERMS 


Essential oil—A mixture of hydrocarbons and 
organic heterocyclic compounds (secondary 
metabolites) produced by a plant species. The spe- 
cific composition is also characteristic of a given 
species from which the essential oil is distilled. For 
example, distillation of allspice yields an oil com- 
posed principally of eugenol. 


Eucalypt—A tree from a species of Eucalyptus. 


Eugenol—The principal hydrocarbon compound in 
the scent and taste of the spices, cloves, and 
allspice. 


Isoprenoid—A branched, five-carbon unit used by 
living organisms to produce a variety of com- 
pounds including the terpenoids, which are partic- 
ularly abundant in the species of the Myrtaceae. 


Pomander—From the French pomme d’amber (lit- 
erally, apple of amber), originally a scented ball of 
amber or a scented apple. Usually an apple or 
orange scented by piercing the fresh fruit with 
cloves. When the fruit dries, the cloves remain in 
the fruit. They can then be used to scent household 
areas such as clothes closets. 


The flowers of Leptospermum resemble flattened 
roses, and the small dark green leaves resemble those 
of the herb rosemary. Before tea was available in 
Australia, the leaves of Leptospermum were used as a 
substitute for tea, which is made from the dried leaves 
of a species of Camillia. From this early use by 
European settlers, the genus Leptospermum derives 
the common name tea-trees. Young branches and 
dried seed pods of Eucalyptus are popular in floral 
arrangements. The young branches have the attractive 
round leaves tightly appressed to the stem and are 
characteristic of juvenile material from species of the 
Myrtaceae. The leaves are mottled with wax. 


Resources 
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I N-body problem 


The N-body problem is a specific way to find, 
when given initial characteristics (such as velocity 
and mass) of an m number of bodies, their motions as 
determined by classical mechanics. One way to learn 
more about the N-body problem is to consider the law 
of gravity and the motions of celestial bodies. 


Newtonian gravitation 


Everywhere astronomers look in the universe, 
they see clusters of objects. Most stars are not single, 
like the sun; they consist of two or more stars orbiting 
one another. Groups of stars are found in the open and 
globular star clusters, the latter containing up to a 
million stars. The Milky Way galaxy is a huge swarm 
of a few hundred billion stars, and galaxies themselves 
are grouped into clusters. 


These clusters of objects, whether they be individual 
stars, star clusters, clouds of gas, or groups of galaxies, 
are impelled to move relative to one another in accord- 
ance with the law of gravitation. In most circumstances, 
the law of gravity as developed by English physicist and 
mathematician Sir Isaac Newton (1642-1727) describes 
the motion of these objects adequately. (In some 
extreme conditions, such as around very dense objects 
with intense gravitational fields, and even in very high- 
precision analyses of the orbits of more mundane objects 
like the planet Mercury, German-American physicist 
Albert Einstein’s (1879-1955) treatment of gravitation 
in his theory of general relativity is required.) Newton 
discovered that the motions of orbiting objects could 
be explained (and predicted) if the gravitational attrac- 
tion between two bodies depended on the product of 
their masses and the inverse square of their distance. 
The complete, analytical solution of the so-called two- 
body problem is one of the great triumphs of classical 
mechanics. 
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Difficulties arise, however, when one considers 
more than two bodies. The motions in a system of 
three interacting bodies, defining (sensibly enough) 
the three-body problem, cannot fully be treated ana- 
lytically, meaning that one cannot derive on paper a 
single equation to predict the positions and velocities 
of the three bodies in the system at some arbitrary time 
in the future. An analytic solution is likewise impos- 
sible for a larger system of some number N of objects, 
and this seemingly intractable situation is called the 
N-body problem. 


The N-body problem has many very important 
applications in astronomy. Wherever the long-term 
motions of a large group of gravitationally interacting 
bodies are concerned, the N-body problem looms 
large. This covers such diverse areas as the evolution 
of the solar system, the formation and gradual dissi- 
pation of clusters of stars, the evolution of galaxies, 
and even the overall evolution of the clusters of gal- 
axies that comprise the large-scale structure of the 
universe. Some approach to solving the N-body prob- 
lem is clearly desirable. 


Solving the problem 


As described above, there is no analytic solution for 
the N-body problem. However, it is possible—at least in 
principle—to solve the N-body problem numerically. A 
qualitative description of this is as follows. Suppose one 
has four bodies stars for instance—all moving around 
one another under the influence of each other’s gravity. 
At a given time, scientists can calculate the gravitational 
force felt by star 1 using Newton’s law of universal 
gravitation; this force is simply the sum of the forces 
exerted by the three other stars. One could do the same 
calculation for the other three stars. Knowing the force 
acting on the star, scientists can predict its motion, but 
only for a short period of time, since all the stars 
are moving and the gravitational force they exert on 
one another is constantly changing. Once the stars have 


2915 


N-body problem 


KEY TERMS 


Law of universal gravitation—The law developed by 
Isaac Newton that describes the motion of objects 
moving under the influence of their mutual gravita- 
tional force, which is proportional to the product of 
their masses and the inverse square of the distance 
between them. 


N-body problem—The problem of computing the 
motions over time of a system of some number of 
objects moving under the influence of their mutual 
gravitational attraction; this problem does not have 
an analytic solution and must be tackled by numer- 
ical or statistical methods. 


Singularity—In general, a situation in which a 
mathematical computation fails due to its value 


moved a short distance, one needs to recalculate the 
force, re-derive the direction and velocity of each star, 
and allow them to move some more—again, only for a 
short distance, at which point yet another calculation of 
the various forces will be required. 


If the description above sounds tedious, it is! This 
is what scientists call an iterative process, a process in 
which the same steps are repeated many times. To 
predict the evolution of a cluster of stars, one might 
have to repeat the process described above thousands, 
even hundreds of thousands of times. Obviously, it 
would be sheer madness to attempt this on paper, 
and indeed, significant N-body calculations were non- 
existent prior to the invention of computers. 


Computers to the rescue? 


The N-body problem is one ideally suited to a 
computer—a machine that can repeat a prescribed 
string of commands with blazing speed. So, the task 
now seems simple: plug Newton’s law of gravitation 
into a large computer, specify the initial positions and 
velocities of the objects under study, hit return, and sit 
back with a cool drink to watch the fun. Of course, 
nothing is ever that easy. 


Even the fastest computer in the world cannot 
overcome the fact that direct numerical computation 
of the evolution of a large system of objects is not 
feasible. Consider a star cluster. Because every star 
acts gravitationally on every other star, the number 
of calculations required to determine all the gravita- 
tional force components in a system of N objects goes 
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approaching infinity; in N-body computations, a sin- 
gularity occurs where the distance between two par- 
ticles approaches zero and the gravitational force 
imparted by one to the other approaches infinity. 


Star cluster—The targets of extensive N-body com- 
putations, these are collections of several hundred 
(open clusters) or several hundred thousand (globu- 
lar clusters) stars held together by their mutual grav- 
ity. Much has been learned about their long-term 
evolution from N-body computations. 


Two-body problem—A fundamental problem of clas- 
sical mechanics, the description of the motion of two 
objects moving under the influence of their mutual 
gravity; this problem has an explicit analytic solution. 


roughly as N squared. For a modest-sized globular 
cluster of 500,000 stars, the computer would need to 
do 25 billion calculations—and that is just for the first 
force computation. Remember that after a certain 
time interval, usually called the time step, the forces 
must all be re-calculated. Globular clusters are long- 
lived objects; the ones orbiting the Milky Way Galaxy 
are probably 10 billion years old. Millions of time 
steps would be required to trace the entire history of 
the cluster, and the total number of calculations runs 
into the quintillions. 


Even worse, early N-body calculations showed 
that a very common occurrence in star clusters was 
the formation of close binary stars—two stars orbiting 
one another so closely that in some cases they share a 
common atmosphere. The time step for the force cal- 
culation for these stars has to be very short, because 
the stars change their positions relative to one another 
quite rapidly. Additionally, the very small distance 
between these stars leads to singularities—places 
where the computations produce values going to infin- 
ity. (This happens because when stars are nearly 
touching, the distance between them is almost zero 
relative to the size of the entire cluster or galaxy, and 
this value appears in the denominator of the force 
equation.) 


The manifold difficulties with performing explicit 
N-body calculations have led researchers since 1960 to 
construct increasingly complex computer codes to 
deal with them. Codes have been developed that can 
apply different time steps to different objects, prevent 
the formation of close binaries, and effectively reduce 
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the number of particles in a calculation by determining 
the average force imparted by groups of particles, 
rather than calculating them all explicitly. Many 
codes get rid of singularities by applying what is usu- 
ally called softening to the system; this effectively 
means changing the force equation so that the trouble- 
some zero never appears. Still other methods leave the 
realm of direct N-body calculations altogether and 
apply statistical methods to estimate the behavior of 
the entire system. Although these approximate meth- 
ods have represented the best compromise available in 
the face of limited computing power, they are clearly 
not fully satisfactory, since different methods applied 
to the same N-body system do not always yield the 
same results. Since reproducibility of results is a cor- 
nerstone of science, the various methods summarized 
above have sometimes been sharply criticized, and 
there is widespread agreement that so far, no method 
yet devised is fully capable of correctly addressing the 
evolution of stellar and galactic systems. 


This ongoing difficulty is the source of the ques- 
tion mark in the title of this part of this essay. It is 
possible to write a complex computer program that 
runs without crashing and generates page after page of 
results—and yet have those results bear no resem- 
blance at all to reality. Computers are very fast, but 
very literal-minded: they will do exactly what one tells 
them to, even if what one tells them is riddled with 
errors. Most (but not all) researchers realize that, and 
qualify their work with appropriate statements about 
the limitations of their code and their machines. Any 
aspiring scientist would do well to follow this lead, 
which is almost nowhere more important than in the 
arena of N-body calculations. 
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Nanostructures see Mesoscopic systems 


GALE ENCYCLOPEDIA OF SCIENCE 4 


I Nanotechnology 


Nanotechnology describes technologies where the 
component parts can measure just a few atomic diam- 
eters (generally around a millionth of a millimeter). 
The general goal of nanotechnology research pro- 
grams is to reduce complex and sophisticated machi- 
nery into very small operational units. 


Nanotechnology involves the development of 
techniques to build machines from atoms and mole- 
cules. The name comes from nanometer, which is a 
length equal to one-billionth of a meter. It involves the 
development of new electrical devices that depend on 
quantum effects that arise when the dimension of a 
structure is only a few atoms across. Because the tech- 
niques best suited for fabricating devices on the sub- 
micron scale originated in semiconductor processing 
technology for the production of integrated circuits, 
nanoscale devices are all based on semiconductors. 


The theory of nanotechnology was the brainchild of 
American engineer K. (Kim) Eric Drexler (1955—), who, 
as a Student of genetic engineering at the Massachusetts 
Institute of Technology in 1971, envisioned the potential 
for building machines and materials with atoms as basic 
blocks just as living matter is constructed with deoxyri- 
bonucleic acid (DNA). Until the twentieth century, the 
physics of atoms and molecules were an invisible science. 
Atoms finally became visible in 1981 when the scanning 
tunnelingmicroscope was built. The microscope has the 
ability to scan through the clouds created by electrons 
around atoms so the individual atom can be seen. The 
doorway to nanotechnology was opened in 1985 by 
American chemist and physicist Richard Errett Smalley 
(1943-2005), a professor with Rice University, who 
found a way to produce carbon in a third form (the 
two natural forms are graphite and the diamond) that 
is crystalline and possesses incredible strength properties. 
The molecule contains 60 carbon atoms and has a shape 
much like a soccer ball or a geodesic dome built by 
American architect Buckminster Fuller (1895-1983), so 
the molecule was named the buckyball in Fuller’s honor. 


By 1991, experiments with buckyballs led to long 
cylindrical strings of the molecules that are tube- or 
straw-like and are called buckytubes or nanotubes. 
Many scientists think nanotubes are a fundamental 
unit for building countless other nanodevices. 
Nanotubes can be flexed and woven and are being 
woven into experimental fibers for use in ultralight, 
bulletproof vests, as one example. Nanotubes are also 
perfect conductors, and they may be used to construct 
atomically precise electronic circuitry for more 
advanced computers and flat panel displays. They 
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Nanotechnology 


are important to the emerging field of molecular 
nanotechnology (MNT). 


Nanofabrication techniques 


Nanoscale devices are made using a combination 
of different fabrication steps. First is the growth stage, 
in which layers of different semiconductor material are 
grown on a substrate, providing structure in one 
dimension. Second is the lithography/pattern transfer 
stage, in which a pattern is imposed on a uniform 
layer, giving structure in the second and third dimen- 
sions. Repetition of these two stages results in the 
production of very complex, three-dimensionally 
nanoscale semiconductor devices. 


Growth stage 


In the growth stage, each successive layer has a 
different composition to impose electrical or optical 
characteristics on the carriers (electrons and holes). A 
variety of growth techniques can be used; molecular 
beam epitaxy (MBE) and metallo-organic chemical 
vapor deposition (MOCVD) have proved to be the 
most useful for nanostructures because they can be 
used to grow layers of a predetermined thickness to 
within a few atoms. In MBE, a gun fires a beam of 
molecules at a substrate upon which the semiconduc- 
tor crystal is to be grown. As the atoms hit the surface, 
they adhere and take up positions in the ordered pat- 
tern of the crystal, so a near perfect crystal can be 
grown one atomic layer at a time. The mixture of 
material in the beam is changed to produce different 
layers; for example, the introduction of aluminum to 
the growth of gallium arsenide will result in the pro- 
duction of a layer of aluminum gallium arsenide. 


Lithography/pattern transfer stage 


Epitaxial growth allows the formation of thin 
planes of differing materials in one dimension only. 
The two-stage process of lithography and pattern trans- 
fer is used to form structures in the other two dimen- 
sions. In the lithography stage (see Figure 1), a film of 
radiation-sensitive material known as the resist is laid 
on top of the semiconductor layer where the structure is 
going to be made. A pattern is exposed on the resist 
using electrons, ions, or photons. The film is altered 
during the exposure step, thus allowing the resist to be 
chemically developed as a relief image. This image is 
then transferred to the semiconductor by doping (add- 
ing minute amounts of foreign elements), etching, 
growing, or lift-off as shown in Figure 1. 


The exposure pattern can be written on the resist in a 
line-by-line manner using an electron or ion beam or it 
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can be imprinted all at once using a mask, much like spray 
painting a letter on a wall using a template. Exposure by 
writing the pattern with a beam is especially useful for 
making prototype structures, because it avoids the 
expense of making a new mask for each pattern; features 
as small as a few nanometers can be written this way. 


Writing patterns one line at a time is time con- 
suming, however, and expensive when it comes to 
producing large quantities, so masks are used that 
expose a number of chips simultaneously. Masks can 
be used with electron or ion beams or with photons. It 
is important to note that the wavelength of light for 
exposing a pattern has to be less than the smallest 
feature being exposed. 


Where nanoscale dimensions are involved, this 
necessitates the use of vacuum ultraviolet light or x 
rays. Penetration of the x rays into the semiconductor 
must be avoided to prevent damage to the crystal, so 
wavelengths of 1.3 nm or 4.5 nm are preferred because 
the polymeric resist exhibits an absorption depth of 
about | micron at these wavelengths. 


The requirement on the wavelength of the x rays 
and the obvious need to have the x ray beam directed 
precisely necessitates the use of a well-controlled x ray 
source, such as a synchrotron. Laser-based x ray sour- 
ces are currently being considered as a less expensive 
alternative to the synchrotron. 


Theoretical methods 


In order to progress in the fabrication and diag- 
nostics of nanostructures and surfaces, scientists are 
developing more advanced spectroscopic and imaging 
methods. Highly charged ion surface interaction using 
an electron beam ion trap (EBIT) facility is one such 
method being examined by researchers in the 
Department of Physics at the University of Nevada 
and at the Lawrence Livermore National Laboratory. 
Researchers deposited a large amount of potential 
energy from single ions at the surface leading to local- 
ized surface defects of subnanosize. The comparison of 
the computer simulation with experimental x-ray spec- 
tra showed the formation of subsurface hollow atoms. 


Conventional nanoscale devices 


In conventional semiconductors, the carrier veloc- 
ity is limited to about 4’ in/sec (10’ cm/sec), which 
results in limitations of current density and turn-on 
time, or frequency response. Because of the need for 
faster devices (it takes less time for a carrier to cross a 
smaller device) and the desire to squeeze more devices 
onto a single chip, e.g. a processor chip for computers, 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


significant advances have been made since the 1970s in 
fabricating smaller devices. 


Additional advantages have been found for oper- 
ating devices in the nanoscale regime. The carrier 
velocity limit of 4’ in/sec (107 cm/sec) is set in large- 
scale semiconductors by collisions with crystalline 
defects, photons, etc., and can be characterized by a 
mean free path between collisions: the longer the mean 
free path, the fewer collisions and the higher the carrier 
velocity. It has been found that in nanoscale devices, 
the device itself can be considerably shorter than the 
mean free path, in which case a carrier injected at a 
high velocity, say 4° in/sec (10° cm/sec), never suffers 
any collisions and, therefore, does not slow down. This 
phenomenon is termed ballistic transport and allows 
semiconductors to operate far faster than was possible 
before, reaching frequencies of 200 Ghz (gigahertz). 


There are complexities associated with the manu- 
facturing of conventional nanoscale devices that 
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appear to be major obstacles on the way to producing 
large quantities of these types of devices. This diffi- 
culty in manufacturing, coupled with the fact that 
ballistic transport devices perform best at low signal 
levels (as opposed to conventional electronics that 
operate well at high power levels) suggests that these 
new devices will not become widely available for use in 
computer chips in the near future. 


Quantum-effect nanoscale devices 


According to the laws of quantum mechanics, free 
carriers in a metal or semiconductor can only take on 
specific values of energy, as defined by the crystal 
structure; that is, the energy is quantized. For most 
practical purposes, there are so many closely spaced 
energy levels, it appears that the carriers have a con- 
tinuum of possible energies, except for the well- 
defined gaps characteristic of semiconductors. When 
the carrier is confined to a region where one or more of 
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the dimensions reach the range of less than 100 nm, the 
quantum energy levels begin to spread out and the 
quantum nature becomes detectable. This reduction 
in size can take place in one, two, or three dimensions, 
using the fabrication techniques discussed earlier, 
yielding structures known respectively as superlattices, 
quantum wires, and quantum dots. 


When electrons are introduced into a semiconduc- 
tor structure, they migrate to those positions where 
their energy is lowest, much like a ping-pong ball will 
come to rest in a dimple on a waffled surface. If the 
nanostructure is engineered correctly, then the elec- 
trons will settle in the nanostructure itself and not in 
the adjacent layers. These carriers will then exhibit the 
quantum effects imposed on them by the nanostruc- 
ture. The ability to engineer artificial atoms and mol- 
ecules in semiconductors using nanofabrication 
techniques has resulted in a powerful new tool in 
creating novel semiconductor devices, such as quan- 
tum dots where the number of carriers trapped by the 
dot can be controlled by an external voltage. 


It appears possible that nanoscale quantum-effect 
devices may become widely used in complex electronic 
systems, such as a neural array of quantum dots 
spaced only a few 100 nm apart, but this will only 
take place after significant progress has been made in 
fabrication and tolerance. 


Scientists see a universe of potential in nanotech- 
nology, following years or perhaps decades of research 
and development. Some of the applications they fore- 
see are as follows: surgical instruments of molecular 
scale that are guided by computers of the same size; 
rocket ships for the individual made of shatterproof 
materials created by nanomachines; synthesis of foods 
by molecules and an end to famine; pollution-free 
manufacturing and molecular devices that clean up 
existing pollution without human intervention; con- 
sumer goods that assemble themselves; reforming of 
soil (termed terraforming) both on the Earth and other 
planets where soil and rock may not exist; and com- 
puters capable of more computations in one second 
than all the existing semiconductor devices in the 
world combined. Nanodevices may create smart mat- 
ter that, when used to build a bridge or a high-rise 
building, knows when and how to repair itself; dia- 
monds of perfect quality and any size may be built 
atom by atom to suit industrial needs or an individu- 
al’s ideal; injectable molecular robots that enter the 
bloodstream on seek-and-destroy missions for cancer, 
AIDS (acquired immune deficiency syndrome), invad- 
ing bacteria or viruses, and arterial blockages. 
Similarly, nanoparticles might carry vaccines and 
drugs directly to the source of the ailment. 
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Tangible advances 


A research team led by Chad Mirkin, Charles E. 
and Emma H. Morrison Professor of Chemistry and 
director of Northwestern’s Center for Nanotechnology 
(Evanston, Illinois), developed a method of writing 
nanostructures with what they have termed “the 
world’s smallest plotter.” The device writes multiple 
lines of molecules, each line only 15 nm or 30 molecules 
wide and only 5 nm or about 200 billionths of an inch 
apart. The plotter is based on the researcher’s dip-pen 
nanolithography (DPN) technique. The dip-pen nano- 
lithography draws tiny lines with a single ink or type of 
molecule. The nano-plotter prints multiple inks, or four 
different kinds of molecules, side by side while retaining 
the chemical purity of each line. DPN, described in the 
January 29, 1999, issue of Science, turns an atomic force 
microscope (AFM) into a _ writing instrument. 
Researchers first apply an oily ink of octadecanethiol 
(ODT) to the AFM’s tip. When the tip is brought into 
contact with a thin sheet of gold paper, the ODT mol- 
ecules are transferred to the gold’s surface via a tiny 
water droplet that forms naturally at the tip. The new 
nanoplotter multiplies this technique, laying down a 
series of molecular lines with extreme accuracy. While 
the microfabrication of electronic circuits and other 
products currently use solid-state or inorganic materi- 
als, innovations such as the nanoplotter will direct 
future technologies toward the use of organic and 
even biological materials. Since its introduction, DPN 
has provided high-resolution patterning capabilities for 
many molecular and biomolecular inks on several sub- 
strates, such as semiconductors, metals, and monolayer 
functionalized surfaces. As of 2006, the Mirkin Group 
at Northwestern uses DPN to discover new informa- 
tion within surface science and to create technologically 
unique nanostructures. 


Coupling the organic and inorganic, biological 
engineers at Cornell University (Ithaca, New York) 
demonstrated the feasibility of small, self-propelled 
bionic motors that do their builders’ bidding in plant, 
animal, or human cells. Such machines could travel 
through the body, functioning as mobile pharmacies 
dispensing precise doses of chemotherapy drugs exclu- 
sively to cancer cells, for example. The device, the result 
of integrating a living molecular motor with a fabri- 
cated device at the nano scale, is a few billionths of a 
meter in size. The first integrated motor, a molecule of 
the enzyme ATPase coupled to a metallic substrate with 
a genetically engineered handle, ran for 40 minutes at 
three to four revolutions per second. 


Researchers at Rensselaer Polytechnic Institute 
(Troy, New York) are working with materials comprising 
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KEY TERMS 


Ballistic transport—Movement of a carrier through 
a semiconductor without collisions, resulting in 
extraordinary electrical properties. 


Carriers—Charge-carrying particles in semicon- 
ductors, electrons, and holes. 


Epitaxy—tThe growth of crystalline layers of semi- 
conducting materials in a layered structure. 


Integrated circuits—Complex electronic circuits 
fabricated using multiple growth and lithography/ 
pattern transfer stages to produce many miniature 
electronic elements on a monolithic device. 


common atoms arranged in grains less than 100 nm in 
diameter—10,000 times smaller than grains in conven- 
tional materials. These grains are used as building blocks 
to create materials with entirely new properties, which the 
researchers predict could revolutionize everything from 
drug delivery to sunscreens. 


Although it is still in the early stage of develop- 
ment, not unlike that of computer and information 
technology in the 1950s, nanotechnology is a rapidly 
expanding scientific field. 


Defense programs in many countries are now con- 
centrating on nanotechnology research programs that 
will facilitate advances in programs such as those 
designed to create secure but small messaging equip- 
ment, allow the development of smart weapons, 
improve stealth capabilities, develop specialized sensors 
(including bio-inclusive sensors), create self-repairing 
military equipment, and improve the development 
and delivery mechanisms for medicines and vaccines. 


See also Microtechnology. 
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Tain A. McIntyre 


Narcissus plant see Amaryllis family 
(Amaryllidaceae) 


[| Narcotic 


A narcotic is an addictive drug or substance that is 
derived from opium. It produces insensibility, drowsi- 
ness/dulling of the senses, or a stuporous state. The 
most notable characteristics of narcotics are their abil- 
ity to decrease the perception of pain and alter the 
reaction to pain, and their extremely addictive proper- 
ties. Narcotics often induce a state of euphoria or 
extreme well being. The word narcotic is derived from 
the Greek word narké (meaning stupor), and tradition- 
ally applies to drugs known as opiates. Morphine, the 
major ingredient of opium, is the basis of all narcotic 
analgesics. German apothecary F.W.A. Seturner first 
isolated and chemically analyzed morphine during the 
period of 1805 and 1817. Narcotics are primarily used 
in medicine as pain killers—by decreasing the sense of 
pain and by altering the person’s reaction to it. They are 
often called narcotic analgesics. 


In the United States, narcotic refers legally to 
opium and opium derivatives. However, recently, the 
word narcotic has been adopted to include non-opiate, 
addictive drugs such as cocaine and cannabis. The 
medical profession often refers to narcotic as opioid, 
which means any natural, semi-synthetic, or fully syn- 
thetic substance that behaves like morphine. Most of 
the opium grown in the world occurs in Southeast Asia 
and Southwest Asia. 


Opiates are compounds extracted from the milky 
latex contained in the unripe seed pods of the opium 
poppy (Papaver somniferum). Opium, morphine, and 
codeine are the most important opiate alkaloids found 
in the opium poppy. Opium was used as folk medicine 
for hundreds, perhaps thousands of years. In the 


2921 


DIVOIIeN 


Natural fibers 


seventeenth century opium smoking led to major 
addiction problems. In the first decade of the nine- 
teenth century, morphine was isolated from opium. 
About 20 years later, codeine, one-fifth as strong as 
morphine, was isolated from both opium and mor- 
phine. In 1898, heroin, an extremely potent and addic- 
tive derivative of morphine was isolated. 


The invention of the hypodermic needle during 
the mid-nineteenth century allowed opiates to be 
delivered directly into the blood stream, which 
increases the effects of these drugs. Synthetically pro- 
duced drugs with morphine-like properties are called 
opioids. The terms narcotic, opiate, and opioid are 
frequently used interchangeably. Some common syn- 
thetically produced opioids include meperidine (its 
trade name is Demerol®) and methadone, a drug 
often used to treat heroin addiction. 


Today, narcotics are delivered by the medical 
community to the user orally, injected into the skin, 
or transdermally (skin patches). Although not as com- 
mon, they are also administrated by suppositories. 
When used illegally on the street, narcotics are often 
smoked, snorted (sniffed into the nose), or self injected 
subcutaneously (what is called skin popping) and 
intravenously (commonly referred to as mainlining). 


When narcotics are taken they produce such sen- 
sations as: apathy, concentration problems, constipa- 
tion, dilation of subcutaneous blood vessels (which 
causes face and neck flushing), drowsiness/sleepiness, 
itching/scratching, nausea, social withdrawal, sleep- 
lessness, pupil constriction, reduced physical activ- 
ities, respiratory problems, slurred speech, and 
vomiting. 


When used in excesses, narcotics can lead to infec- 
tions, disease, and overdoses (which can lead to 
death). Infections often occur when users use equip- 
ment that is not sterile and, especially, when such 
equipment is shared among various users. Because of 
such activities, narcotic users often are affected by 
abscesses, hepatitis, infections from human immuno- 
deficiency virus (HIV), and acquired immunodefi- 
ciency syndrome (AIDS). 


Scientists have discovered narcotic receptors in 
the brain, along with natural pain killing substances 
produced by the body called endorphins. Narcotics 
behave like endorphins and act on, or bind to, the 
receptors to produce their associated effects. 
Substances known as narcotic or opioid antagonists, 
are drugs that block the actions of narcotics and are 
used to reverse the side effects of narcotic abuse or an 
overdose. A new class of drugs, a mixture of opioids 
and opioid antagonists, has been developed so that 
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patients can be relieved of pain without the addictive 
or other unpleasant side effects associated with nar- 
cotics. Most countries have strict laws regarding the 
production and use of narcotics because they are so 
addictive. 


Well into the 2000s, scientists are still not sure how 
narcotics function in the human body. Certain areas of 
the brain and spinal cord are able to bind opiates— 
where the brain areas are in the same location as the 
centers of pain sensations. Researchers have success- 
fully isolated compounds called enkephalins—consist- 
ing of several amino acids—that are produced 
naturally within the body to reduce pain. As a sub- 
group of endorphins, they act on the central nervous 
system to depress neurons (transmitters of nerve 
impulses). Such amino acids produce effects similar 
to opiates. 


Narcotic opiates are considered by law enforce- 
ment officials as some of the most dangerous pharma- 
ceuticals used around the world. Health officials 
estimate that over 20 million people worldwide are 
addicted to heroin. In the early-2000s, the U.S. Drug 
Enforcement Agency estimated that the United States 
contains about 100,000 heroin addicts. About 1% of 
all heroin users die each year from their habit. 


| Natural fibers 


Natural fibers may be of animal, vegetable, or 
mineral origin. Although the annual production of 
vegetable fibers outweighs that of animal or mineral 
fibers, all have long been useful to humans. 


Animal fibers 


Animal hair fibers consist of a protein known as 
keratin. It has a composition similar to human hair. 
Keratin proteins are actually crystalline copolymers of 
nylon, where the repeating units are amino acids. The 
fibrous proteins form crystals. They also crosslink 
through disulfide bonds present in the cystine amino 
acid. 


Silks are partially crystalline protein fibers. Animal 
tendons consist of collagen, another fibrous protein 
with a complex hierarchical structure. 


Wool 


Wool forms the protective covering of sheep, 
screening them from heat and cold, and allowing them 
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Specialty Animal Fibers 


Animal fiber 


Uses 


Animal's natural or domesticated habitat 


Alpaca 
Angora goat (Mohair) 


Angora 
Beaver 
Camel hair 


Cashmere goat 
Chinchilla 

Fox 

Guanaco 

Hare or jackrabbit 
Llama 


Muskrat 

Nutria 

Opossum 

Rabbit or coney 

Raccoon 

Vicuna 

Weasel family, including mink 


Luxurious fabrics 


Carpets, upholstery, curtains, automobile cloth, 
clothing 


Rabbit knitted sweaters, mittens, baby clothes 
Textile use, hats 


Overcoats, topcoats, sportswear, and sports 
hosiery 


Soft fibers for textiles 

Fur 

Furs, scarves, muffs, jackets, coats, trimmings 
Luxury fleece 

Felt 


Textiles requiring impressive luster, warmth, and 
light weights 


Fur 

Soft blends 

Trimming for cloth coats 

Textile blends 

Sportswear 

Very soft cloth 

Furs for coats, trimmings, capes, etc. 


Arequipa, Peru 
Turkey, South Africa, southwestern United States 


Turkey, Asia Minor 
Europe, United States 
Chinese and Mongolian deserts 


Tibet, China, Persia, Turkestan, Outer Mongolia 

South American Andes 

all parts of the world 

Southern Argentina 

United States; all parts of the world except Madagascar 
South America 


North America 

South America 

Australia, southern United States, South America 
Australia, domesticated all over the world 

United States 

Peru 

Europe, Asia, United States 


Table 1. Specialty Animal Fibers. (Thomson Gale.) 


Seed-hair fibers 


Uses Place of origin 


Stuffing for mattresses, 
pillow, and furniture; 
life preservers 


Africa, Southeast Asia 


Textiles, cordage 


United States, Asia, 
Africa 


Table 2. Seed-hair Fibers. (Thomson Gale.) 


to maintain even body temperatures. The following are 
important characteristics of wool fibers: (1) They are 1- 
14 in (2.54-35.56 cm) or more in length, with diameters 
of 1/600th-1/3,000th in (0.04-0.008 mm). (2) Their aver- 
age chemical compositions are: carbon, 50%; hydro- 
gen, 7%; oxygen, 22-25%; nitrogen, 16-17%; and 
sulphur, 3-4%. (3) They are extremely flexible and can 
be bent 20,000 times without breaking. (4) They are 
naturally resilient. (5) They are capable of trapping air 
and providing insulation. (6) They absorb up to 30% of 
their weight in moisture. (7) They are thermally stable, 
and begin to decompose only at 212°F (100°C). 
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Production of wool fabric 


The conversion of wool fiber into fabric begins 
with the shearing of the sheep. In most of the United 
States, sheep shearing takes place in the spring. 
Professional shearers travel from place to place, where 
they are paid by the number of fleeces they shear. A 
good sheep shearer can shear 200 sheep per day. 


Wool fleeces are sorted by hand according to their 
quality. The shoulder wool usually produces the best 
fiber, followed in order of quality by the side, neck, 
and back wool. After sorting, the wool is scoured to 
clean it and to prepare it for dyeing. After the wool has 
been dyed, it is carded to open the fibers. The fibers are 
then drawn into yarn, and any kinks present are 
removed by steam pressure. The yarn is next woven, 
examined, and burled to remove all knots and loose 
threads. In the finishing process, the cloth is shrunk, 
washed and rinsed to remove all impurities and dirt 
picked up in the earlier operations. Then the cloth is 
dried and straightened to remove all wrinkles. Finally, 
the cloth is sheared to give it uniformity, and then 
moistened and passed through heated rollers for 
pressing. 
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Leaf fibers 


Uses 


Place of origin 


Coarse sacks, coffee and sugar bags, f 
webbing, industrial ropes, hoisting and 
nets, agricultural 
paper, tea bags 


dri 


Coarse sacks, coffee and sugar 
webbing, industrial ropes, hois 
nets, agricultural 
materials, paper 


bags, f 


ing and dri 


Henequen Coarse sacks, coffee and sugar 
webbing, industrial ropes, hois 


nets, agricultural twines, paper 


bags, f 
ing and dri 


Cantala Cordage 


Istle Scrubbing and scraping brushes, brooms 


Mauritius 


webbing, cordage, paper 
Phornium Cordage, paper 
Sansevieria Cigarette paper 
Caroa Paper 
Piassava Scrubbing and scraping brushes, brooms 


Broomroot Scrubbing and scraping brushes, brooms 


Table 3. Leaf Fibers. (Thomson Gale.) 


Bast (soft) fibers 


Fiber Uses 


oor coverings, 


twines, hawsersand ships' cables, 


oor 


twines, stuffing and upho 


oor 


Coarse sacks, coffee and sugar bags, floor coverings, 


Philippines, Central America, Indonesia 


ing cables, 


coverings, 
ing cables, 
Istery 


Western Hemisphere, Africa, Asia, Oceania 


coverings, Mexico 


ing cables, 


Philippines, Indonesia 
Mexico 
Brazil, island of Mauritius 


New Zealand 

Africa, Arabia, India, Sri Lanka 
Brazil 

Brazil 

Mexico 


Place of origin 


Flax 
string and yarns, cigarette paper 


Hemp 


Jute 


Kenaf and roselle 


nets (kenaf) 
Urena Packaging 


China jute Packaging 


Sunn hemp 


Soft cordage 


Table 4. Bast (Soft) Fibers. (Thomson Gale.) 


Worsteds are produced in a similar process, but 
the wool fibers are twisted during processing to pro- 
duce a smoother, harder surface. As a result, worsteds 
have harder surface finishes, greater durability, and 
sharper colorings than woolens. 


Silk 


Silk is a continuous protein filament spun by the 
silkworm to form its cocoon. The principle species 


2924 


Clothing, sacks and bags, canvas and sailcloth, fabrics, 


Clothing, sacks and bags, canvas and sailcloth, fabrics, nets 


Clothing, sacks and bags, canvas and sailcloth, fabrics 
Clothing, sacks and bags, canvas and sailcloth, fabrics, 


France, Belgium, Ireland, and Eastern Europe 


People’s Republic of China, Philippines, Brazil, Taiwan, 
Japan 


India, Banbladesh, other Asian countries, Brazil 


People’s Republic of China, former Soviet Union, Egypt, 
India, and Thailand (roselle) 


Brazil, Zaire 


People’s Republic of China, former Soviet Union, Japan, 
Korea, Argentina 


India 


used in commercial production is the mulberry silk- 
worm, which is the larva of the silk moth, Bombyx 
mori. It belongs to the order Lepidoptera. 


Silk and sericulture (the culturing of silk) probably 
began in China more than 4,000 years ago. The Chinese 
used silk for clothing, wall hangings, paintings, religious 
ornamentation, interior decoration, and to maintain 
religious records. Knowledge of the silkworm passed 
from China to Japan through Korea. The production 
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Miscellaneous vegetable fibers 


Fiber 


Place of origin 


Broom root Brooms, brushes 
Stuffing 


Cordage, brushes 


Crin vegtal 
Piassava 


Coir Scrubbing and scraping brushes, brooms, door mats 


Table 5. Miscellaneous Vegetable Fibers. (Thomson Gale.) 


Fibers of mineral origin 


Fiber Uses 


Mexico 

North Africa 
Brazil 

Sir Lanka, India 


Place of origin 


Asbestos 


Safety clothing, thermal insulation jacketing fabrics, barbecue 


Canada, former Soviet Union 


mitts, commercial laundry and dry cleaning press covers, 
conveyor belts, dust filters, heating and ventilating ducts, 
electrical insulating tapes, yarns for electric wire insulation, 
fireproof draperies, fire-smothering blankets, brake linings 


Glass Composites, insulation, draperies, tire cord, filters 


Aluminum silicate 


Table 6. Fibers of Mineral Origin. (Thomson Gale.) 


of silk transformed the tiny, technologically backward 
Japanese islands into a world power. 


Silk was also passed to Persia and Central Asia 
where it was encountered by the Greeks. Aristotle was 
the first Western writer to describe the silkworm. In AD 
550, the Emperor Justinian acquired silkworm eggs and 
mulberry seeds, beginning the varieties of silkworms that 
supplied the Western world with silk for 1,400 years. 


After World War II, the women’s silk hosiery 
market, silk’s single largest market, mostly was over- 
taken by nylon. 


Properties 


Silk fibers are smooth, translucent, rod-like fila- 
ments with occasional swellings along their length. 
The raw silk fiber actually consists of two filaments 
called fibroin bound by a soluble silk gum called ser- 
icin. Fibroin and sericin are made up of carbon, hydro- 
gen, nitrogen, and oxygen. 


Silk has several important qualities: (1) It is lower 
in density than wool, cotton, or rayon. (2) It is a poor 
conductor of heat and electricity. (3) It is capable of 
soaking up to 30% of its weight in moisture. (4) It is 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Packings and insulation for high temperatures 


United States 
United States 


extremely strong, with a breaking strength as high as 
65,000 psi. (5) It will stretch to as much as 20% of its 
length without breaking. (6) It is thermally stable; it is 
able to withstand temperatures as high as 284°F 
(140°C). (7) It becomes smooth, lustrous, and luxuri- 
ous when processed. (8) It is remarkably resilient, and 
shows excellent wrinkle recovery. 


Production of silk fabric 


Sericulture requires scrupulous care and painstak- 
ing attention to detail. Breeder moths are first selected 
with great care. Eggs from the moths are repeatedly 
tested to ensure the quality of the larvae. The selected 
eggs are placed in cold storage until the early spring 
when they are incubated. After about a week, the eggs 
hatch into tiny silkworms. The worms are kept in clean 
conditions on trays of mulberry leaves. Young silk- 
worms have voracious appetites, eating every couple 
of hours day and night for five weeks. To produce a 
pound of silk, one silkworm would have to eat 200 Ib 
(90.8 kg) of mulberry leaves. In these first five weeks of 
life, the worms grow to 70 times their original size. 


Once the silkworm’s appetite has been sated, the 
worm is placed on a pile of straw or heather, where it 
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A scanning electron micrograph (SEM) of silk fibers from 
a kimono. (Dr. Dennis Kunkel. Phototake.) 


begins spinning its cocoon. The silkworm first attaches 
itself to a twig. Then it begins spinning filaments of silk 
in an endless series of figure eights. This builds up 
walls within walls which are held together by gummy 
sericin that dries and hardens following exposure to 
air. 


Without human intervention, the worm inside the 
cocoon would develop into a chrysalis and later into a 
moth. The moth would then burst the cocoon and 
break the one long strand of silk into many short 
ones. But sericulture destroys the worm inside the 
cocoon by stifling it with heat. 


The next step in sericulture is to unwind the 
cocoon. This process is called reeling. To produce uni- 
form strands of raw silk for commercial use, filaments 
of 5-10 cocoons are combined into a single thread. To 
do this, the cocoons are first soaked in hot water. After 
the ends of the filaments have been located, the fila- 
ments are passed through porcelain guides where they 
are twisted into fibers of uniform length and regular- 
ity. Reeling may be done automatically or by hand. 


Raw silk is wound into skeins. Thirty skeins con- 
stitute one book, which weighs around 4.3 Ib (1.95 kg). 
Thirty books make a bale, which weighs 132.3 Ib 
(60.06 kg). The bale is the basic unit of commercial 
transactions. About 900 Ib (408.6 kg) of cocoons are 
required to produce one bale of raw silk. 


Raw silk taken directly from the filature is too fine 
to be woven. It must first be made into a thicker and 
more substantial yarn in a process known as throwing. 
Throwing consists of: sorting the skeins according to 
quality; soaking selected skeins to remove the sericin; 
drying any skeins that have been soaked; rewinding 
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the skeins onto bobbins; twisting the threads from two 
or more bobbins to form single strands; again twisting 
to produce a fine thread; and finally conditioning the 
highly twisted thread. 


Specialty fibers from animals 


In addition to wool and silk, a number of specialty 
fibers are also obtained from animals. In most cases, 
animal fibers are similar to each other. They grow in 
two principal coats: the shiny and stiff outer coat or 
hair; and the undergrowth or fur. Hair forms a pro- 
tective shield around the animal’s body against the 
elements; fur is closer to the skin and consists of 
shorter fibers than the hair that acts as insulation 
against heat or cold. 


Fabrics containing specialty fibers are expensive 
because of the difficulties in obtaining the fibers, and 
the amount of processing required to prepare the 
fibers for use. Unlimited combinations of specialty 
fibers with wool are possible. Specialty fibers may be 
used to add softness or luster to fabrics. They also 
enhance the insulating properties of blended fabrics. 


Vegetable fibers 


Vegetable fibers were used by ancient man for 
fishing and trapping. Evidence exists that man made 
ropes and cords as early as 20,000 BC. The Egyptians 
probably produced ropes and cords from reeds, 
grasses, and flax around 4000 BC. They later produced 
matting from vegetable fibers, rushes, reeds, and papy- 
rus grasses bound with flax string. 


Vegetable fibers consist of cellulose, i.e., polysac- 
charides made up of anhydroglucose units joined by 
an oxygen linkage to form long molecular chains that 
are essentially linear, bound to lignin, and associated 
with various amounts of other materials. 


Vegetable fibers are classified according to the 
part of the plant that they come from. The four group- 
ings are: seed-hair fibers, leaf fibers, bast fibers, and 
miscellaneous fibers. 


Seed-hair fibers 


The first category of vegetable fiber is of seed-hair 
fibers, which includes: cotton, kapok, flosses obtained 
from seeds, seedpods, and the inner walls of fruit. 


Cotton 
Perhaps no other natural product has influenced 


the destiny of humankind as has cotton. It has clothed 
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nations, enslaved men and women, monopolized 
labor, and given direction to entire industries. 


The first historical mention of cotton was in the 
writings of Herodotus. Writing in 484 BC, he 
described trees with fleece growing in them in India. 
Archeological discoveries have placed the use of cot- 
ton in India to 3000 BC. or earlier. Cotton spread by 
trade to the Middle East, particularly Egypt, and later, 
in the seventh and eighth centuries, it was brought to 
Spain by the Moors. 


New World explorers found cotton fabrics being 
manufactured in Peru, Mexico, and what is now the 
southwestern United States. Carbon 14 tests have 
dated the use of cotton in Peru as far back as 2500 BC. 


Europeans first planted cotton in the New World 
in Virginia, using seeds from the West Indies. The need 
to harvest cotton when the weather is perfectly dry 
meant at first that the European colonists had to 
spend long days working in the hot sun. They even- 
tually circumvented their dislike for this labor by 
importing slaves to do the work for them. 


In 1793 a young inventor named Eli Whitney 
developed the cotton gin, which allowed cotton seeds 
to be rapidly separated from the fiber mechanically. 
This single invention raised cotton exports from 400 
bales a year in 1791 to 30,000 bales in 1800 and 
180,000 bales in 1810. As a corollary, between 1790 
and 1800, the slave population of the United States 
increased by 33%. By 1810 there were more than a 
million slaves in the Southern states; by 1860 the num- 
ber had risen to more than 4 million. 


Since the end of World War II, demand for cotton 
has been largely supplanted by one for synthetic fibers, 
particularly polyester and nylon. Incursions into the 
cotton market are due in part to the dwindling avail- 
ability of land to raise cotton. 


Cultivation and processing of cotton 


Cotton cultivation requires a warm, humid cli- 
mate and sandy soil. It takes from 80 to 110 days for 
planting and flowering; another 55 to 80 days are 
required for the flower to produce the cotton ball. 


Today mechanical harvesters are used most often to 
gather cotton from the plants. A mechanical harvester 
can pick up to 650 Ib (295.1 kg) per hour compared to the 
15 lb (6.81 kg) that a hand picker can gather at the same 
time. Even so, hand pickers are still sometimes preferred 
because mechanical harvesters tend to gather a great deal 
of waste matter along with the fiber. 


After cotton has been harvested, the seeds must be 
removed. Essentially the same method devised by 
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Whitney in 1793 is used. The seed cotton is fed into a 
gin consisting of a series of circular saws that separate 
the fiber from the seeds. The fiber is then compressed 
into bales weighing about 478 Ib (217 kg). A second 
ginning separates out the short fibers leaving the more 
desirable longer fibers. 


Turning the raw cotton into yarn requires many 
steps. First, any heavy impurities such as dirt or seeds 
are removed from the opened bales of cotton at the 
mill. Then the fibers are drawn into wide thin webs 
which are gathered into ropes or strands. The finer 
quality fibers are combed until all short lengths have 
been removed. Both combed and uncombed fibers are 
drawn and twisted to produce the finished yarn. 
Weaving the cotton fabric consists of interlacing 
lengthwise yarns with crosswise yarns to produce cot- 
ton cloth. 


Leaf fibers 


Leaf fibers come from the leaves of monocotyled- 
onous plants. They are primarily used for cordage. 


Bast fibers 


Bast fibers come from the bast tissue or bark of 
plant stem. They are primarily used for textiles, thread, 
yarn, and twine. 


Miscellaneous fibers 


Miscellaneous fibers come from the sheathing 
leaf-stalks of palms, stem segments, stems, and fibrous 
husks. They are used primarily for brush and broom 
bristles, matting, and stuffing. 


Mineral fibers 


Table 6 lists the three principal natural fibers. But 
of the three fibers only asbestos is a true natural fiber. 
Glass and aluminum silicate fibers require human 
intervention in their processing, and might be better 
considered man-made fibers. 


Asbestos 


Asbestos is a fibrous mineral mined from rock 
deposits. There are approximately 30 types of minerals 
in the asbestos group. Of the six that have commercial 
importance, only oneotile, a hydrated silicate of mag- 
nesium that contains small amounts of iron and alu- 
minum, oxides, is used in fiber processing. 


Asbestos probably formed prehistorically when 
hot waters containing carbon dioxide and dissolved 
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KEY TERMS 


Fiber—A complex morphological unit with an 
extremely high ratio of length to diameter (typically 
several hundred to one) and a relatively high 
tenacity. 


salts under high pressure acted upon rock deposits of 
iron, magnesia, and silica. 


The ancient Greeks knew of asbestos as early as 
the first century AD; the name comes from the Greek 
word for inconsumable. But asbestos did not find 
commercial use until it was used for packing and 
insulation when the steam engine was invented. 
Currently the world’s leading suppliers of asbestos 
are Canada and the former Soviet Union. 


Useful for heat protection, the most notable char- 
acteristic of asbestos is that it will not burn. It can be 
spun and woven into textiles. However, asbestos is a 
known carcinogen. It is highly toxic when inhaled as 
dust particles. The American Conference of Govern- 
mental Industrial Hygienists has established a maximum 
exposure level to chrysotile fibers. A worker may be 
exposed, without adverse effects, to 2 fibers/cc more 
than 5 microns long. 


The first step in processing asbestos fibers is to 
separate the longer fibers—from 3/4-3/8 in (1.91-0.94 
cm)—from rock by pounding. The shorter fibers—up 
to 3/8 in (0.94 cm) long—are separated from the rock 
by crushing and screening. The fibers are next graded 
according to length. Different grades of fibers are 
blended, combed, cleaned, and aligned in webs. The 
web is separated into ribbons or rope-like strands. 
(Slivers are formed into rolls or laps for electrical 
insulation). The strands are spun and twisted into 
yarns of various sizes, depending upon end use. 
Finally the yarns are woven into fabrics or plaited 
into braids using mechanical braiders. 


See also Artificial fibers; Cellulose. 
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l Natural gas 


Natural gas, sometimes just called gas, is a gas- 
eous fossil fuel that is usually found along with petro- 
leum deposits but can also be found alone in natural 
gas deposits within the crust of Earth. It is a mixture of 
hydrocarbons (molecules that contain only carbon 
and hydrogen) and gases. Its usual composition is 
85% methane (CHy), around 10% of ethane (CHe), 
and 5% or less of butane (C4Hj9), propane (C3Hs), 
pentane (C5H,>), other alkanes, and impurities, which 
exist naturally in rocks beneath the surface of Earth. 
Other gases such as oxygen, argon, and carbon dioxide 
make up the rest of most natural gas sources. 


It is widely used as a heating source, and in some 
cases specific portions of the natural gas are used as 
starting materials in industrial processes. In fact, nat- 
ural gas is an indispensable energy resource through- 
out most of the industrialized world. In American 
homes, natural gas is used in furnaces, stoves, water 
heaters, clothes dryers, and other appliances. The fuel 
also supplies energy for numerous industrial processes 
and provides raw materials for making many products 
that Americans use every day. 


Natural gas is the product of the decaying of living 
matter over millions of years (as is also true for petro- 
leum). Specific conditions (including low oxygen lev- 
els) are necessary for this to occur. The hydrocarbon 
gases are trapped in geological formations known as 
anticlines. Each of the major hydrocarbon compo- 
nents of natural gas is used as a fuel source. 


History 


The Chinese were the first people known to have 
discovered and used natural gas. As early as 940 BC, 
they found gas underground and piped it through 
hollow bamboo poles to the seashore, where they 
burned it to boil off ocean water and collect the left- 
over salt. By 615 BC, the Japanese were producing gas 
from similar wells. Other ancient civilizations may 
have accidentally discovered natural gas seeping up 
from the ground. When they learned that the gas 
would burn continuously, they built temples to house 
mysterious eternal fires. People traveled from faraway 
lands to visit these temples and marvel at this super- 
natural phenomenon. 


In colonial North America, several natural gas 
seepages were discovered when they were accidentally 
set on fire. In the 1770s, French missionaries reported 
“pillars of fire” in the Ohio River valley, and George 
Washington, the first U.S. president, described in 
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Gases and mole percentages 


Substance Mole % 
Methane (CH,) 

Ethane (CHe) 

Propane (C3H.) 

Butane (C4H;o) 


Nitrogen (N2) 


Table 1. (Thomson Gale.) 


wondering terms a “burning spring” on the banks of a 
river in West Virginia. Most scientists believe that 
natural gas was created by the same forces that formed 
petroleum, another fossil fuel. 


In 1821, American gunsmith William Aaron Hart 
drilled the first natural gas well in the United States. It 
was covered with a large barrel, and the gas was 
directed through wooden pipes that were replaced a 
few years later with lead pipe. Although the well was 
only 27 feet (8.2 meters) deep, it produced enough gas 
to illuminate nearby houses and stores in Fredonia, 
New York. Through the 1830s and 1840s, a few other 
gas wells were drilled in New York, Pennsylvania, and 
West Virginia. The first company to distribute and sell 
natural gas was established in Fredonia in 1865. 
However, by then, oil had been discovered near 
Titusville, Pennsylvania, and in the oil rush that fol- 
lowed, natural gas was practically forgotten. In addi- 
tion, about 300 companies were already selling 
manufactured gas, which was made from coal or oil. 
Gas lighting systems that burned manufactured gas 
had been established in many cities long before natural 
gas was discovered. 


For many years, natural gas was used only in 
places that happened to be near gas wells, mainly 
because early pipes were unable to transport it much 
farther. In some towns that used natural gas for street 
lighting, the lights were left on during the day because 
it cost more to turn them off than it did to burn the gas. 
When new wells produced gas along with oil, the gas 
was usually just burned off, or flared. 


In the late 1800s, the introduction of electric light- 
ing nearly killed off the gas industry. However, cus- 
tomers of manufactured gas continued to use the fuel 
for cooking and heating, so gas companies never com- 
pletely died out. Gradually, the natural gas industry 
began to recover as pipeline technology was improved 
and as larger quantities of natural gas were discov- 
ered. The first long-distance pipeline—only about 
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Norwegian undersea oil rig “Bideford Dolphin” in the Snorre 
field in the North Sea, Norway. (AP/Wide World Photos.) 


25 miles (40.2 km) long and less than one foot (30 m) 
in diameter—was built in the early 1870s to serve 
Rochester, New York. It was made of pine logs with 
holes bored through them. Iron pipe was also tested at 
that time in a 5.5 mile (8.8 km) pipeline serving 250 
customers in Titusville, Pennsylvania, but for decades 
pipelines remained relatively short in length and small 
in diameter. 


Then, in the early 1900s, huge amounts of natural 
gas were found in Texas and Oklahoma, and in the 
1920s modern seamless steel pipe was introduced. The 
strength of this new pipe, which could be electrically 
welded into long sections, allowed gas to be carried 
under higher pressures and thus in greater quantities. 
For the first time, natural gas transportation became 
profitable, and the American pipeline network grew 
rapidly through the 1930s and 1940s. By 1950, almost 
300,000 miles (482,700 km) of gas pipelines had been 
laid—a length greater than that used to pipe oil. Soon 
it became routine for natural gas to be transported 
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over distances of several hundred miles to the major 
centers of population and industry. As natural gas 
became available at prices lower than manufactured 
gas, customers switched to the cheaper fuel and con- 
sumption of natural gas increased phenomenally. 
Despite the loss of the lighting market, natural gas 
emerged as the most important heating and cooking 
fuel, and it gradually increased its share of the indus- 
trial market as well. Between 1940 and 1955, produc- 
tion of natural gas in the United States multiplied 
more than threefold. Today, natural gas now supplies 
more than one-fourth of all energy consumed in the 
United States. 


In western Europe, however, the use of natural gas 
was virtually unknown until after World War H, when 
gas fields began to be developed in France and the 
Netherlands in the 1950s and in the North Sea, by 
England and Norway, in the 1960s. An American 
company came up with the idea of exporting natural 
gas to Europe by liquefying it at very cold temper- 
atures and shipping it. In 1959, the first cargo of 
liquefied natural gas (LNG) crossed the Atlantic and 
was delivered to a specially built terminal in England. 


Despite the huge amounts of natural gas that have 
been produced and consumed, new discoveries have 
continued to increase gas reserves—the amount of gas 
that is potentially recoverable. Exploring for natural 
gas is a complex process that demands the skills of 
geologists, physicists, chemists, and engineers. Once 
the right clues have been found above ground, sur- 
veyors map the area and samples of surface rocks are 
closely examined. Then, underground structures are 
explored from the surface by means of instruments 
that identify rock layers from sound waves (seismo- 
graphs) or from changes in gravity and magnetism 
(gravity meters and magnetometers). Still, no above- 
ground technique can prove the presence of gas, and 
an expensive well must be drilled for confirmation. On 
land, wells typically cost about $500,000. Unusually 
deep wells, and offshore wells drilled in water, cost 
much more. 


Formation and composition of natural gas 


Natural gas has its origins in decayed living mat- 
ter, most likely as the result of the action of bacteria 
upon dead animal and plant material. In order for 
most bacteria to effectively break down organic mat- 
ter to hydrocarbons, there must be low levels of oxy- 
gen present. This would mean that the decaying matter 
was buried (most likely under water) before it could be 
completely degraded to carbon dioxide and water. 
Conditions such as this are likely to have been met in 
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coastal areas where sedimentary rocks and marine 
bacteria are common. The actions of heat and pressure 
along with bacteria produced a mixture of hydrocar- 
bons. The smaller molecules which exist as gases were 
then either trapped in porous rocks or in underground 
reservoirs where they formed sources of hydrocarbon 
fuels. 


The exact composition of different sources of nat- 
ural gas varies slightly, but in all cases, methane is by 
far the most common component, with other hydro- 
carbons also being very common. The largest sources 
of natural gas in the United States are found in Alaska, 
Texas, Oklahoma, western Pennsylvania, and Ohio. It 
is estimated that the supply of natural gas in this 
country may be sufficient to last for two centuries, 
although the more readily accessible sources have 
been used, meaning that it will be more expensive to 
obtain natural gas in the future. 


Use of natural gas 


As the technology for piping gas from the source 
began to improve, it became possible to pipe natural 
gas over thousands of miles. This has meant that 
natural gas has become as convenient as petroleum 
and coal to use as a fuel source, and often with far less 
pollution. Natural gas burns with almost no byprod- 
ucts except for carbon dioxide and water (as opposed 
to coal that often has large amounts of sulfur in it), 
and the heat released from the reaction (combustion of 
any of the hydrocarbon components of natural gas is 
an exothermic process). The combustion of methane, 
the most prevalent component of natural gas, is 
described by the reaction below: 


CH, + O27 > CO, + H;O + heat energy 


Ethane is used less as fuel source than as a starting 
material for the production of ethylele (acetylene), 
which is used in welding. 


Both butane and propane are relatively easy to 
liquefy and store. Liquefied propane and butane are 
used in disposable lighters and as camping fuels. 


Liquefied natural gas 


Since gases take up large amounts of space, they 
can be inconvenient to transport and store. The ability 
to liquefy the components of natural gas (either as a 
mixture or in isolation) has made natural gas much 
more practical as an energy source. The liquefaction of 
natural gas takes advantage of the different boiling 
points of methane, ethane, and other gases as a way 
of purifying each substance. A combination of refrig- 
eration and increased pressure allows the individual 
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KEY TERMS 


Anticline—An upward fold in a geological forma- 
tion that traps gases. 


Combustion reaction—A form of oxidation that 
occurs so rapidly that noticeable heat and light are 
produced. 


Exothermic reaction—A chemical process that 
releases heat (hydrocarbon combustion reactions 
are exothermic). 


Fossil fuel—A fuel that is derived from the decay of 
plant or animal life; coal, oil, and natural gas are 
the fossil fuels. 


Hydrocarbon—Compound made from atoms of 
hydrogen and carbon. Methane (CH,) and propane 
(C3Hg) are simple, gaseous hydrocarbons. Oil can 
vary from tar to very light liquid hydrocarbon to 
natural gas. 


gases to be stored and transported conveniently. At 
one time, the natural gas that often accompanied 
petroleum in the ground was simply burned off as a 
means of getting rid of it. Recently, however, this gas 
has been collected, liquefied and used along with the 
petroleum. 
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| Natural numbers 


The natural numbers are the ordinary numbers, 1, 
2, 3,... with which humans count. Sometimes they are 
called the counting numbers. Natural numbers have 
been called natural because much of human experi- 
ence from infancy deals with discrete objects such as 
fingers, balls, peanuts, etc. People quickly, if not nat- 
urally, learn to count them. German mathematician 
and logician Leopold Kronecker (1823-1891) is 
reported to have said, “God created the natural num- 
bers; all the rest is the work of man.” The number zero 
is sometimes considered to be a natural number, but 
including zero introduces complications that one ordi- 
narily wants to avoid. For instance, counting a group 
of objects is a process of putting them into one-to-one 
correspondence with the natural numbers. No one 
counts starting with zero, “0, 1, 2, 3.” because then 
the last number used is no longer the number of 
objects in the group and the answer would be wrong. 


The natural numbers are presumed to have started 
before recorded history when humans began to count 
things. The Babylonians developed a place-value sys- 
tem based on the numerals for | (one) and 10 (ten). The 
ancient Egyptians added to this system to include all the 
powers of 10 up to one million. Natural numbers were 
first studied seriously by such Greek philosophers and 
mathematicians as Pythagoras (582-500 BC) and 
Archimedes (287-212 BC). 


Because there is some ambiguity about the mean- 
ing of natural number, the terms positive integers 
(which do not include zero) and non-negative integers 
(which do) are often used instead. Experts in the foun- 
dations of mathematics would argue, however, that the 
natural numbers are different from the positive inte- 
gers, although the difference is only in how the numbers 
are defined. For practical purposes, they are the same. 


Ultimately all arithmetic is based upon the natural 
numbers. If one multiplies 1.72 by 0.047, for example, 
the multiplication is done with the natural numbers 172 
and 47; then the result is converted to a decimal fraction 
by inserting a decimal point in the proper place—a 
process that is also done by counting. If one adds the 
fractions 1/3 and 2/7, the addition is not done directly, 
but only after converting the fractions to 7/21 and 6/21. 
Then the numerators are added, using natural-number 
arithmetic, and the denominators copied. Even com- 
puters and calculators reduce their complex and light- 
ening-fast computations to simple steps involving only 
natural numbers. 


Measurements, too, are based on the natural 
numbers. If one measures an object with a centimeter 
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ruler, he or she relies on the numbers printed near the 
centimeter marks to count the centimeters, but the eye 
to count the millimeters. Whether the units are 
counted mechanically, electronically, or physically, it 
is still counting, and counting is done with the natural 
numbers. 


The natural numbers can be defined formally by 
relating them to sets. Then, zero is the number of 
elements in the empty set; 1 is the number of elements 
in the set containing one natural number; and so on. 
Another method is to base them on the Peano postu- 
lates. Here 2 is defined as the successor of 1; 3 the 
successor of 2; and so on. Then the postulates specify 
what properties 1 and its successors will have. 


There is one branch of mathematics that concerns 
itself exclusively with the properties of natural num- 
bers (including natural number-based modular arith- 
metic). This is the branch known as number theory. 
Since the time of the ancient Greeks, mathematicians 
both amateur and professional have explored these 
properties for their own sake and for their supposed 
connections with the supernatural. In addition, in 
recent times many practical uses, quite apart from 
counting and computation, have been found for the 
natural numbers and their special properties. These 
include check-digit systems, secret codes, and other 
uses. 


Natural selection see Selection 


! Nautical archaeology 


Nautical archaeology is the branch of archaeol- 
ogy (the study of the past by investigating what people 
left behind) concerned with the excavation, identifica- 
tion, and study of the remains of sunken sites such as 
ships and cities. The techniques used in nautical 
archaeology can be applied to the study of submerged 
ports, lost cities, sacrificial wells, and other under- 
water sites. 


The ocean conceals a vast number of unexplored, 
and potentially valuable, archaeological _ sites. 
However, the technology needed to explore these sites 
was not perfected until the mid-twentieth century. With 
the development of scuba gear, underwater transport, 
and other underwater devices, archaeologists have 
improved their ability to survey and retrieve objects 
underwater. 


The artifacts, or archaeological finds, removed 
from the ocean have enriched scientific understanding 
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of the history of boat building and navigation, as well 
as broadened human knowledge of everyday life on 
land. Because of the lower oxygen content of cold 
water, objects preserved in the ocean deteriorate 
much less rapidly than they do on land. A 1,000-year- 
old shipwreck still might contain the wooden imple- 
ments and food used to cook the sailors’ last meal, as 
well as the clothes they wore to dinner. The chances of 
finding such objects preserved on land would be 
extremely slim. 


However, not all objects that sink into the ocean 
are preserved. If an object sinks near shore, it stands a 
chance of being shattered against the rocks or of being 
picked up by a curious diver. The movement of large 
waves can destroy even an object that sinks to depths of 
up to 50 ft (15 m). In addition, organisms inhabiting the 
lower regions of the sea such as teredos (ship worms) 
can bore through the object. In a process known as 
encrustation, barnacles and coral can grow in a thick 
layer over the object, also causing it to deteriorate. 


Techniques for underwater surveyance, 
retrieval, and analysis 


Before objects can be removed from a shipwreck, 
the diver must map their precise location in relation 
both to the other objects and to the surrounding ocean 
terrain. Because the average diver can move through 
the water at a rate of only 0.5 mph (1 km/h), apparatus 
have been developed to speed up surveyance. A diver 
may ride in a hydrodynamic cradle, a flat metal one- 
diver bobsled with a window in front, which can be 
maneuvered to lower depths. A team of two divers 
may ride in a towvane, a top-shaped vessel with 
Plexiglas® observation windows and hydrodynamic 
steering, similar to a diving bell. Or they may descend 
in a cubmarine, a small electrical battery-powered 
vessel steered by water jets that can submerge to 
depths of 164-197 ft (50-60 m). 


At great ocean depths or in areas with poor visibil- 
ity other devices may be employed. Sonar may be used 
to determine the location of large or encrusted objects 
by calculating the time it takes echoes to bounce off 
them. Underwater cameras may be towed by the boat 
to take pictures of a site in water with good visibility. 


The method used to remove the objects will 
depend on their size and fragility. Ordinary objects 
may be brought up in plastic or net bags. Heavy 
objects may be lifted with chains and pulleys or 
with balloon-like air bags. These bags contain a 
small amount of compressed air that enables them to 
expand and rise to the surface as the water pressure 
decreases. 
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To determine the age of these objects, archaeolo- 
gists had to develop new strategies. Pottery phases and 
stratigraphy (the analysis of the origin, distribution, 
and succession of layers or strata of earth) can be used 
to date objects found on land. However, neither tech- 
nique works reliably for objects found in the sea, 
where water may distort the shape of a jar or may 
carry away rocks and silt from the scene of the 
wreck. Instead, archaeologists use anchors (and some- 
times ship nails) to determine the age of a shipwreck. 
Like pottery, anchors were produced in different sizes 
and shapes and made of different kinds of materials 
(such as stone or iron) that conform to historical 
phases. Archaeologists use these features to assign 
the shipwreck a date. 


The development of nautical archaeology 


In the first century AD, two large Roman ships 
sank to the bottom of Lake Nemi, southwest of Rome, 
Italy. Rumored to be carrying treasure, and lying at 
the relatively shallow depth of 49-75 ft (15-23 m), they 
were not entirely forgotten. In 1446, at the request 
of a church official, Italian architect and theorist 
Leon Battista Alberti (1404-1472), assisted by divers, 
attempted to tow one of the ships to shore but suc- 
ceeded only in raising a large statue. In 1556, a diver 
wearing a primitive diving apparatus consisting of a 
wooden hood and crystal face plate visited the site. He 
returned with a description of the ships, claiming that 
the decks were paved with red brick. In the late nine- 
teenth century, antiquities dealer Eliseo Borghi began 
to remove objects from the vessel and sell them at high 
prices to the Italian government, but the government 
soon halted Borghi’s financial venture. It was not until 
1928 that Italian dictator Benito Mussolini, intrigued 
by rumors of the buried treasure, decided to raise the 
ships by draining the lake, partially by means of an old 
Roman overflow tunnel. Four years later, the water 
level had been lowered more than 70 ft (229.5 m), and 
the ships were raised, cleaned, and moved to a 
museum. No treasure was found, but the ships them- 
selves were a spectacular find: they contained heated 
baths, private cabins, and paved mosaic decks. Both 
ships were destroyed during World War II. 


The first large-scale salvage of a shipwreck was 
carried out by the Greek Navy in 1900. In about 80 BC, 
a Roman vessel carrying a cargo of Greek amphorae 
(two-handled storage jars) sank to a depth of 197 ft 
(60 m) near the island of Antikythera, between Crete 
and southern Greece. Divers worked under extremely 
dangerous conditions to excavate the wreck. Laboring 
in storm-tossed seas, and able to remain submerged 
for only five minutes at a time, the divers nevertheless 
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brought up a number of valuable objects. These 
objects included a statute by the Greek sculptor 
Lycippus and an early astronomical computer. 


The first systematic archaeological excavation of 
a shipwreck was carried out in 1952 under the direc- 
tion of French researcher, ecologist, and explorer 
Jacques-Yves Cousteau (1910-1997) and Frédéric 
Dumas. The French team excavated a Roman 
amphora carrier that had sunk in the second century 
BC at Grand Congloué, near Marseilles. To assist in 
surveying the wreck, they decided to employ under- 
water photographic equipment. They also used a 
method known as an airlift to bring the amphorae to 
the surface. In this method, unbroken amphorae were 
filled with air, causing them to rise to the top of the 
water. To clear off debris from the wreck, the team 
used a vacuum pump attached to the ship. 


Photojournalist Peter Throckmorton and archae- 
ologist George Bass employed underwater photogra- 
phy and precise methods of surveyance to excavate the 
Gelidonya wreck off the coast of Turkey. In about 
1200 BC, a trade vessel loaded with more than a ton 
of metal hit rocks and sank to the bottom of the sea on 
its journey to Phoenicia (modern-day Syria, Lebanon, 
and Israel). Explorers worked at a depth of 90 ft (27 
m). They pinpointed the location of each object before 
bringing it to the surface. Heavy objects were raised 
with a winch and borne to the surface by air bags. 


Between 1961 and 1964, Bass led the first excava- 
tion to be conducted completely underwater. Divers 
explored a wreck located off the coast of Turkey. Not 
far from the island of Yassi Ada, a seventh-century 
Byzantine amphora carrier lay buried in the sand, 
its wooden structure partially devoured by teredos. 
Rescuers excavated the ship by using bicycle spokes 
to keep the fragile wood from breaking off and drift- 
ing away until their work could be completed. To 
give them a better picture of the site, they built a 
metal scaffold overhead, complete with photographic 
towers that were 16-ft (5-m) high. The undamaged 
part of the ship was salvaged and completely reas- 
sembled on land. 


All of the wrecks discussed above were excavated 
in the Mediterranean Sea. Many wrecks have been 
excavated in other parts of the world—for example, 
China. In 1973, a shipwreck was discovered off the 
coast of Quanzhou in east China. Its cargo contained 
pottery and fragrant wood. Dated to 1277, the ship is 
one of the earliest examples of Chinese nautical design. 
Examination of the wreck brought to light a new fact 
about Chinese ship construction. Chinese ships were 
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not flat-bottomed, as formerly believed, but rather 
V-shaped, with a keel that tapered inward. 


Whole-ship retrieval 


Early excavations succeeded in raising only the 
contents of shipwrecks or portions of the ships. 
Recent excavations have focused on raising the entire 
ship, with its contents intact. 


One such project was carried out under the leader- 
ship of Anders Franzén, with the support of the 
Swedish government. In the seventeenth century, 
Swedish king Gustavus Hl Adolph (ruled from 1611 
to 1632) decided to improve Sweden’s military capa- 
bility by building a powerful naval fleet. The pride of 
this fleet was the Vasa, an enormous 1,400-ton vessel 
that was set to depart on its first voyage from 
Stockholm Harbor. No sooner had it set out from 
port than it sank, within full view of the king. 


Franzen believed that the ship lay at the bottom of 
the coldwater harbor in an excellent state of preserva- 
tion. He made several attempts to locate the vessel— 
one with sonar—all of which failed. Then he made a 
lucky discovery. He came across a letter from the 
Swedish Parliament to the king that described the 
ship’s exact location. 


Various plans to raise the vessel were discussed. 
Rescuers decided that the safest plan would be to run 
cables through tunnels dug by divers beneath the ship. 
The divers would then swim through the tunnels with 
the cables and attach them to pontoons on either side of 
the ship. The pontoons would be filled with water until 
their decks were even with the water’s surface. When 
the water was pumped out of the pontoons, the Vasa 
would begin to rise from the bottom of the harbor. 


This plan was tried and it worked. The process 
was repeated several times, and the Vasa was pumped 
out of the water. A floating hall was built around it. 
Enshrined in the hall, and still containing its centuries- 
old cargo, the Vasa was floated to a museum site, 
where it remains on view today. Among the items 
found inside the ship were casks containing the sailors’ 
original food and ale, implements for daily use, and 
twelve skeletons, many of them with their clothing still 
on, undisturbed down to the coins in their pockets. 


In the 1980s, another remarkable vessel was raised 
from the sea. This time researchers worked to rescue a 
sixteenth-century naval vessel, the Mary Rose. In a 
tragedy strikingly similar to that which befell the 
Vasa, King Henry VIII watched from Southsea 
Castle as the pride of his fleet sank with its crew of 
700 men on its way to battle in France. Historian and 
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archaeologist Alexander McKee believed that the 
Mary Rose was preserved in a deep bed of silt. He 
decided to raise the ship by attaching cables to a 
floating crane that lifted the ship out of the water. 
The ship was, then, continuously sprayed with water 
to keep it from drying out until it could be safely 
moved to shore. Medical equipment, pocket sundials, 
fishing gear, and leftover food from the ship broad- 
ened knowledge of daily life in the sixteenth century. 


Other uses of nautical archaeology 


Techniques used in nautical archaeology have 
been applied to other kinds of underwater archaeol- 
ogy. Submerged ports and lost cities are also subjects 
of research. Excavated by a team from the United 
States in 1960, the enormous Port of Caesarea was 
built by King Herod of Judaea in the first century 
BC to improve commerce with foreign merchants. 
Destroyed by an earthquake, the port still remains 
visible underwater. To construct the port, enormous 
stone blocks were lowered into the water to form a 
foundation for the 5-mi (8 km) long pier built on top, 
which included a large curved wall with towers and 
arched shelters for the merchants. 


Destroyed by an earthquake in 1692, Port Royal 
was a flourishing center of commerce in the Caribbean. 
After the earthquake, the port sank to a distance of 65 ft 
(20 m) below sea level. A field school established to 
study the site has employed seventeenth-century maps 
to explore the submerged city and port. 


The Maya are a Central American people who 
built an extensive civilization that flourished until the 
arrival of the Spaniards in the sixteenth century. The 
natural wells found in the limestone Yucatan Peninsula 
provided the Maya with a source of drinking water, but 
some wells were also the site of human sacrifice. In the 
early twentieth century, attracted by the prospect of 
finding treasure in the sacred wells, American archae- 
ologist Edward Herbert Thompson (1860-1935) pur- 
chased one of them for $70. To excavate the well, he 
employed the highly unsystematic method of lifting 
objects out with a bucket. When this method proved 
unsatisfactory, Thompson dove down into the murky 
well with two Greek sponge divers, but the extremely 
low level of visibility thwarted any hope of finding the 
treasure. Thompson’s mission did, however, bring to 
light a number of important archaeological finds— 
headdresses, wooden spears, and fabric-that would 
have otherwise perished had they been left to deterio- 
rate on land. 


More than one-half century later, the National 
Institute of Anthropology and History made its own 
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KEY TERMS 


Amphora (plural: amphorae)—A tall, graceful, 
two-handled jar with a narrow neck used to store 
wine, grain, etc., in classical times. 


Artifact—An artificially made object that has been 
shaped and fashioned for human use. 


Teredo—A kind of mollusk with a wormlike body, 
which burrows through wood and other materials 
on ships. 


attempt to excavate the sacrificial well. This time, the 
water was chemically treated and filtered so that rescu- 
ers could see to a depth of 15.5 ft (5m). The two-and-a- 
half-month excavation project produced other exciting 
finds. These finds included carved wooden stools, stone 
jaguars and serpents, and human remains. 


Recent techniques of nautical excavation 


To search for objects underwater, nautical archae- 
ologists now employ robots and improved sonar tech- 
nology. These methods were employed to excavate the 
Titanic, a supposedly indestructible ocean vessel than 
sank in 1912. To search for the Titanic, an American- 
French team employed three robots: Alvin, Angus, 
and Argo. Alvin was a midget submarine that could 
descend to the 13-ft (4 m) depth where the ship lay 
buried. The photographic craft Angus and the tele- 
vision camera craft Argo assisted in pinpointing the 
location of the Titanic. 


During the Titanic mission, the French research- 
ers used a new kind of sonar known as side-scanning 
sonar. Ordinary sonar surveys a narrow field that 
must be carefully mapped out in advance. Side-scan- 
ning sonar eliminates this drawback, by picking up 
signals at a diagonal. 
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[ Near-Earth Object Hazard 


Index 


Advanced by Massachusetts Institute of 
Technology Professor Richard (Rick) P. Binzel in 
1995, the Torino scale is a revision of the Near-Earth 
Object Hazard Index. In 1999, the International 
Conference on Near-Earth objects adopted the scale 
at a meeting in Turino (Turin), Italy (from which the 
name of the scale is derived). The Torino scale is used 
to portray the threat to the Earth of an impact with a 
particular comet or asteroid. The measurement scale is 
based upon agreement between scholars as a means to 
categorize potential hazards. 


When a new comet or asteroid is initially tracked, 
an extrapolation of its projected orbital path is com- 
pared to predicted Earth orbital positions. The Torino 
scale assigns categories to the closeness with which an 
object will approach or cross Earth’s orbit. Because 
initial estimates can be greatly altered by refined data 
regarding the track of an asteroid or comet, it is pos- 
sible that a particular asteroid or comet could be 
upgraded or downgraded with regard to the threat it 
poses to Earth. In addition, a different scale designa- 
tion can be made for each successive orbital encounter 
over a number years or decades. Data is most accurate 
as related to encounters in the near-term because var- 
ious gravitational forces and encounters with other 
celestial objects can alter the course of asteroids or 
comets. 


The Torino scale is based upon a 0 to 10 number- 
ing system, wherein a zero designates a statistically 
negligible threat of collision with the Earth. At the 
other extreme, a numerical designation of ten would 
indicate certain impact. In addition to being based 
upon the probability of impact, the scale number 
also incorporates a potential damage value. For 
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Near-Earth Object Hazard Index 


example, a very small object that has little chance of 
surviving a fiery entry into the Earth’s atmosphere will 
still be assigned a very low number (zero for very small 
objects) even if an impact was certain. At the other 
extreme, the designation 10 carries the ominous dis- 
tinction of being reserved for a certain impact of cata- 
clysmic proportions. 


The size of an object is important because the 
force (kinetic energy) that it would carry in a collision 
with the Earth is related to its mass and velocity. Like 
nuclear explosions, estimates of the energy of collision 
are given in units of megatons (MT). 


The Torino scale also assigns colors to the poten- 
tial hazard assessment. A white label means that the 
asteroid or comet poses no threat (i.e., will miss or not 
survive entry into Earth’s atmosphere). Green events 
designate orbital crossings with a small chance of 
collision. Yellow events designate potential orbital 
crossings that are average. A yellow designation 
would focus intense scientific scrutiny upon the track 
of the asteroid or comet. Orange events are threat- 
ening crossings or other encounters with asteroids or 
comets that have a potential to cause severe destruc- 
tion. The designation is reserved for objects with a 
significantly higher risk of impact. Red events or col- 
lisions are certain and globally devastating. 


Because risk assessments are difficult to quantify, 
another scale, the Palermo technical scale, is often 
used by astronomers to complement the Torino 
scale. The Palermo scale offers a more mathematical 
calculation utilizing the variables of probability of 
impact and energy of collision. 


As of March 2003, with approximately one-third of 
Near-Earth objects identified, no object rating more than 
a 1 on the Torino scale has yet been detected. For exam- 
ple, during February 2002, an asteroid designated 2002 
CU11 was classified as a 1 on the Torino scale (a green 
code). Extrapolations of the orbital dynamics of the 
asteroid and Earth indicated a low probability (approx- 
imately 1 in 9,000) of a potential collision in 2049. 


Amors, Apollos, and Atens designate three catego- 
ries of Near-Earth asteroids (NEAs) and are character- 
ized by their orbital interface dynamics. Potentially 
hazardous asteroids (PHAs) are larger than 0.1 mile 
(0.16 km) in diameter and approach close enough to 
present a potential hazard. 


Other Near-Earth objects may be artificially made. 
In 2003, astronomers announced the tracking of an 
object designated J002E3 (first discovered in 2002). The 
object was thought to be either a small asteroid captured 
by the Earth’s gravity, or a discarded rocket casing. 
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Calculated to be in a 50-day orbit, if JO02E3 is 
determined to be an asteroid it would join the moon 
and Cruithne as a natural satellite of the Earth around 
the sun. (Cruithne can be technically and temporarily 
classified as a natural satellite during periods of its 
bizarre orbital path.) In 2003, astronomers provided 
evidence that JO0O2E3 might be the remains of a por- 
tion of a Saturn V rocket from one of the U.S. Apollo 
lunar missions. Analysis of JOO2E3’s orbit suggested 
that it might impact the moon in 2003 or possibly enter 
Earth’s atmosphere within the next two decades. 
However, since then, JO02E3 has left its orbit around 
Earth. Astronomers have calculated that it might 
return to its orbit about Earth in around 2032. 


On December 25, 2004, 2004 MNg, or 99942 
Apophis, was assigned a rating of 4 on the Torino 
Scale. Two days later, astronomers estimated that there 
was a 2.7% chance of an impact with Earth on April 13, 
2029. Over the next two years, the rating was raised and 
lowered many times based on further studies of the 
object. As of August 2006, its rating is 2.25, although 
further changes to the scale is expected. 


The only near-earth object with a score greater 
than zero on the Palermo scale is (29075) 1950 DA. 
As of 2006, it is estimated to pass close to, or crash into 
Earth, in the year 2880. 


See also Astronomy; Catastrophism; Gravity and 
gravitation; Meteors and meteorites; Planetary geol- 
ogy; Planetary nebulae. 
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Near-field microscopy see Microscopy 
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| Nectar 


Nectar is a sweet, pleasant-tasting liquid secreted 
by nectaries. These are specialized organs located 
inside flowers, and also outside. For example, the 
“glands” on leaf stalks of cherry (Prunus) and wattle 
(Acacia) trees are nectaries. The nectar produced 
inside flowers attracts crawling or flying insects, 
birds, or mammals. As a result of feeding on nectar, 
these visitors may transfer pollen from anther to 
stigma, within the same flower, or from one flower to 
another of the same species. Such pollen transfer 
ensures that fertilization takes place. The nectar pro- 
duced by Prunus and Acacia nectaries attracts ants, 
which then protect the host plant from the leaf-eating 
larvae of other insects. 


Nectar is sweet because of its large sugar concen- 
tration. Any or all of sucrose, maltose, glucose, and 
fructose may be present. Their proportions vary with 
species, as do their concentrations. For some species 
(e.g. hellebores, He/leborus spp.), the sugar present is 
entirely or almost entirely sucrose; for others (e.g. blue 
bells, Campanula spp.), the hexose sugars glucose and 
fructose are the major sugars present. Total sugar 
concentrations between 30% and 60% (by weight) 
are common. Nectar with relatively smaller sugar 
concentrations is preferred by insects, while larger 
concentrations are preferred by birds and mammals. 


Amino acids are the most abundant of the other 
nutrients present in nectar. The relative proportions of 
amino acids versus sugars, and the acidity of nectar 
can change during the day. This may influence the 
timing of flower visits by specific nectar-seeking visi- 
tors, but the significance of these daily changes is not 
fully understood. 


The production of nectar by nectaries occurs at 
precise stages of floral development, in flowers 
coinciding with pollen release, and with the stig- 
matic surface becoming receptive to pollen. Produc- 
tion is flexible—it stops if nectar is not removed, and 
resumes to compensate for nectar consumed by 
visitors. Floral structure can influence how the 
composition of nectar is controlled following pro- 
duction. Where the petals are fused to form a tube, 
the secreted nectar can be protected from a concen- 
trating process that might otherwise come about 
through evaporation of water. This extends the 
period during which the nectar is most attractive to 
pollinators. 


See also Pollination. 
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! Negative 


Negative is a term in mathematics, chemistry, 
physics, and other sciences, which usually means 
opposite of positive or less than zero. An electron’s 
charge is called negative, not because it is below, but 
because it is opposite that of a proton. A surface with 
negative curvature bulges in from the point of view of 
someone on one side of the surface but bulges out from 
the point of view of someone on the other side. A line 
with negative slope is downhill for someone moving to 
the right but uphill for someone moving to the left. 


The term negative is most commonly applied to 
numbers. When negative is an adjective applied to a 
number or integer, the reference is to the opposite of a 
positive number. As a noun, negative is the opposite of 
any given number. Thus, -4, -3/5, and -V2 are all neg- 
ative numbers, but the negative of -4 is + 4. The integers, 
for example, are often defined as the natural numbers, 
plus their negatives and zero. Sometimes the word oppo- 
site is used to mean the same as the noun negative. 


Technically, negative numbers are the opposites 
with respect to addition. If ais a positive number, then 
-a is a negative number because: a + (-a) = 0. 


Allowing numbers and other mathematical ele- 
ments to be negative as well as positive greatly expands 
the generality and usefulness of the mathematical sys- 
tems of which they area part. For example, if one owes a 
credit card company $150 and mistakenly sends $160 in 
payment, the company automatically subtracts the pay- 
ment from the balance due, leaving -$10 as the balance 
due. It does not have to set up a separate column in its 
ledger or on its statements. A balance due of -$10 is 
mathematically equivalent to a credit of $10. 


When the Fahrenheit temperature scale was 
developed, the starting point was chosen to be the 
coldest temperature which, at that time, could be 
achieved in the laboratory. This was the temperature 
of a mixture of equal weights of ice and salt. Because 
the scale could be extended downward through the use 
of negative numbers, it could be used to measure 
temperatures all the way down to absolute zero. 


The idea of negative numbers is readily grasped, 
even by young children. They usually do not raise objec- 
tion to extending a number line beyond zero. They play 
games that can leave a player “in the hole.” Nevertheless, 
for centuries European mathematicians resisted using 
negative numbers. If solving an equation led to a neg- 
ative root, it would be dismissed as without meaning. 


In other parts of the world, however, negative 
numbers were used. The Chinese used two abaci, a 
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Neptune 


black one for positive numbers and a red one for 
negative numbers, as early as two thousand years 
ago. Brahmagupta, the Indian mathematician who 
lived in the seventh century, not only acknowledged 
negative roots of quadratic equations, he gave rules 
for multiplying various combinations of positive and 
negative numbers. It was several centuries before 
European mathematicians became aware of the work 
of Brahmagupta and others, and began to treat neg- 
ative numbers as meaningful. Even in the eighteen 
century, mathematicians like Swiss mathematician 
Leonhard Euler (1707-1783) thought that negative 
numbers had values greater than infinity. 


Negative numbers can be symbolized in several 
ways. The most common is to use a minus sign in 
front of the number. Occasionally the minus sign is 
placed behind the number, or the number is enclosed 
in parentheses. Children, playing a game, will often 
draw a circle around a number that is “in the hole.” 
When a minus sign appears in front of a letter represent- 
ing a number, as in -x, the number may be positive or 
negative depending on the value of x itself. To guarantee 
that a number is positive, one can put absolute value 
signs around it, for example |-x|. The absolute value sign 
can also guarantee a negative value, which is -|x|. 


Nematodes see Roundworms 
Neodymium see Lanthanides 


Neon see Rare gases 


i Neptune 


Neptune is the eighth planet and most outermost 
planet from the sun (since August 2006, when Pluto 
was demoted to a dwarf planet). It is the fourth largest 
planet by diameter of the planets in the solar system. 
Neptune is about 17 times the mass of Earth, while 
being slightly more massive than Uranus, which is 
about 14 times the mass of Earth. Astronomers con- 
sider Neptune to form with Uranus a subgroup of the 
Jovian planets (Jupiter, Saturn, Uranus, and 
Neptune). Neptune and Uranus are similar in size, 
mass, periods of their rotation, the overall features of 
their magnetic fields, and ring systems. However they 
differ in the structure of their atmospheres (perhaps 
the more conspicuous features of Neptune’s clouds are 
caused by its significant internal energy source, which 
Uranus lacks), the orientations of their rotation axes, 
and in their satellite systems. 
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Neptune’s large satellite Triton—which has a very 
thin nitrogen atmosphere with clouds, plumes, and 
haze, an extremely cold surface with nitrogen, methane, 
carbon monoxide, and carbon dioxide ices which inter- 
act with the atmosphere, and a fairly high mean den- 
sity—seems more like Pluto than the other satellites of 
Neptune and those of Saturn and Uranus. Not enough 
is known about Pluto to explore these similarities; this 
probably awaits future missions to Pluto, especially the 
New Horizons mission (or, Pluto-Kuiper Belt Mission) 
that NASA launched in 2006. Administered by the 
Applied Physics Laboratory at Johns Hopkins 
University (Maryland), it launched successfully on 
January 19, 2006, from Cape Canaveral, Florida. It was 
sent directly into an Earth—and solar—escape trajec- 
tory on its way to Pluto, Charon, and the Kuiper Belt 
(a large region of icy, rocky bodies located past the 
orbit of Neptune and continuing past Pluto’s orbit). It 
should arrive at Pluto in the summer of 2015. 


Discovery 


Neptune was discovered in September 1846, by 
German astronomer Johann Gottfried Galle (1812— 
1910) in Berlin, on the first mght of his search for a 
trans-Uranian planet which had produced previously 
unexplained perturbations of Uranus’ orbit. These 
prompted French mathematician Urbain Jean Joseph 
Le Verrier (1811-1877) to calculate the predicted posi- 
tion of this undiscovered planet. He sent his calculations 
to Galle, who then discovered Neptune. However, there 
is evidence that Italian astronomer and physicist Galileo 
Galilei (1564-1642) had earlier fortuitously observed 
Neptune near Jupiter on December 28, 1612, and 
January 28, 1613, and French astronomer Joseph 
Jerome Lefrancois de Lalande (1732-1807) also had 
observed it in 1795. However, neither astronomer recog- 
nized Neptune as a trans-Saturnian (Uranian) planet. 
British astronomer William Lassell (1799-1880) discov- 
ered Neptune’s largest satellite Triton several weeks later 
in 1846. 


Characteristics 


From Triton’s 5.866 day period of revolution 
around Neptune and its 220,000 mi (354,300 km) 
mean distance from it, astronomers estimated 
Neptune’s mass to be 17.14 Earth masses, according 
to Kepler’s third law. From Neptune’s mean radius of 
15,290 mi (24,625 km), a mean density (mass divided by 
volume) of 1.64 grams/cm? was found. These values are 
similar to the ones found for Uranus. Uranus is slightly 
larger than Neptune, but Neptune is considerably more 
massive and denser than Uranus. Thus, Neptune is one 
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Two images of Neptune taken 53 hours apart. The images show surprisingly dynamic weather activity in Neptune’s atmosphere. 
Because the planet receives less sunlight than any of the other gas giants (only 3% of the amount that Jupiter receives), 
scientists had expected less weather activity. Voyager 2, however, discovered winds blowing in excess of 1,100 mph (1,771 km/h) 
in a direction opposite Neptune’s rotation. The winds are faster than those on any other planet, but because they are not turbulent, 
less energy is required to maintain their velocity. (U.S. National Aeronautics and Space Administration [NASA].) 


of the Jovian planets, which are characterized by large 
sizes and masses but low mean densities (compared 
with Earth). The last characteristic implies that Jovian 
planets have extremely thick atmospheres and are 
largely or mostly composed of gases. 


Neptune is in a nearly circular orbit around the 
sun. It is at a 30.1 astronomical unit (AU) mean dis- 
tance (4,500,000,000 km) from the sun. This amount 
makes it the most distant known Jovian planet (and 
probably the most distant known major planet, since 
recent pronouncements in 2006 have made the Pluto- 
Charon system a dwarf planet system) from the sun. 
Kepler’s third law gives 165 years for Neptune’s period 
of revolution around the sun. Therefore, Neptune will 
not have made one complete revolution around the s 
un since its discovery. It will do so on 2011. 


Observations from Earth 


Scientific knowledge about Neptune came slowly 
before the 1989 Voyager 2 flyby, due to its remoteness. 


Even when it is closest, telescopic observations show 
Neptune as a small, featureless bluish-green disk of 
only 2.35’ apparent diameter and 7.7 stellar magnitude. 
Spectroscopic observations showed that Neptune’s 
color is produced by the absorption of sunlight by 
methane gas in its atmosphere; this is also true for 
Uranus. Observations of occultations (similar to eclip- 
ses) of stars by Neptune indicated that its atmosphere 
is mostly composed of molecular hydrogen and 
helium, which are also the main components of the 
other Jovian planets. These gases are inconspicuous in 
their visible spectra. 


Soon after its discovery, it was found that Triton’s 
orbit around Neptune is retrograde, meaning that, as 
seen from above Neptune’s north pole, Triton revolves 
around Neptune clockwise instead of counterclock- 
wise (direct motion). If one views the solar system 
from above the sun’s North Pole, all the planets have 
direct (counterclockwise) revolutions around the sun, 
and most of them have direct rotations; the exceptions 
are Venus, Uranus, and the dwarf planet Pluto. 


Neptune 


The size of Neptune’s Great Dark Spot (top) compared to the 
size of Earth (bottom). The Great Dark Spot is a huge storm of 
long duration in the planet’s upper atmosphere. Its winds 
blow counterclockwise. (U.S. National Aeronautics and Space 
Administration [NASA].) 


Infrared (at wavelengths longer than those of red light) 
observations of Triton since 1980 indicated the presence 
of an atmosphere containing methane, and the presence 
of nitrogen in solid or liquid form on its surface. 
However, its size and mass remained poorly known. 


Dutch-American astronomer Gerard Peter Kuiper 
(1905-1973) discovered a second satellite, Nereid, in 
1949. It is a small, faint (nineteenth magnitude) object 
in an orbit around Neptune that is very far from it 
(3,423,821 mi [385,513,400 km] mean distance), very 
elliptical (eccentricity 0.756), and highly inclined (29° 
to Neptune’s equator). A third satellite was suspected at 
about a 45,954 mi (74,000 km) distance from Neptune’s 
center because of a simultaneous 8.1 second decrease in 
the brightness of a star observed simultaneously from 
two locations 4 mi (6 km) apart in May 1981. In 1989, 
Voyager 2 discovered six new moons: Proteus 
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(irregularly shaped, very massive, but only one-fourth 
Triton’s mass); Naiad, Thalassa, Despina, and Galatea, 
the four inner moons; and Larissa (which was originally 
discovered, but dismissed, in 1981). Then, between 2002 
and 2003, five more moons were discovered: $/2002 N1, 
S/2002 N2, S/2002 N3, S/2002 N4, and S/2003 N1. As 
of 2006, thirteen moons, in total, have been discovered 
orbiting about Neptune. 


From 1982, Neptune was suspected to have rings 
like the other Jovian planets. However, confirmation 
of suspected occultations of stars by rings of Neptune 
was not definite; occultations by possible rings were 
only observed sometimes. This led to the theory that 
Neptune had a set of incomplete arc rights that were 
maintained by gravitational perturbations from one or 
more shepherd satellites that were still undiscovered. 
Voyager 2 found numerous faint rings in 1989, which 
will be discussed later. 


Efforts to determine Neptune’s rotation period from 
Earth-based observations using spectroscopy to find it 
from Doppler shifts of spectral lines across Neptune’s 
disk and searches for periodic brightness changes gave 
conflicting and almost always incorrect results. 


Earth-based infrared observations of Neptune 
indicated by 1974 that, unlike Uranus, Neptune emits 
2.4 times as much energy at infrared wavelengths as it 
receives from sunlight (insolation). This led to the infer- 
ence that, like Jupiter and Saturn, Neptune has a sig- 
nificant internal heat source. This may be produced by 
continuing gravitational contraction or by the settling 
of denser materials to the center of a planet. 


Results from the Voyager 2 flyby 


The Voyager 2 spacecraft was launched from the 
Earth in 1977, and then flew by Jupiter in July 1979, 
Saturn in August 1981, and Uranus in January 1986. 
Uranus accelerated Voyager 2 toward a flyby of 
Neptune along a hyperbolic orbit in August 1989 
(Figure 1). The season on Neptune was late spring, 
nearly summer, in its southern hemisphere. The closest 
approach (18,169 mi [29,240 km]) to Neptune’s center 
occurred at 3:56 Universal Time (U.T.) on August 25, 
1989, about 4,900 km above the cloud tops of its north 
polar region. During Voyager 2’s encounter with 
Neptune from June 5, 1989, to October 2, 1989, the 
observations it made greatly increased scientific knowl- 
edge about the Neptune system. The plane of Neptune’s 
equator is tilted 29.6° to the plane of its orbit around the 
sun. Voyager 2 flew by Triton at a minimum distance of 
24,724 mi (39,790 km) on August 25, 1989 at about 9:10 
U.T. It observed Triton continuously from about 6:00 
U.T. to 12:00 U.T. on that date, and discovered much 
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Figure 1. The Voyager 2 trajectory through the Neptune system. The upper image shows a large view of the system showing the 
projected orbits of Nereid and Triton. Tick marks on the trajectory show Voyager 2’s position at one-day intervals. The lower 
image is an enlarged view covering a 10-hour period that includes closest approaches to Neptune and Triton and passage 
through Earth and solar shadows (occultation zones). Neptune’s ring system is also indicated. Here tick marks along the 
trajectory are at one-hour intervals. (Hans & Cassidy. Courtesy of Gale Group.) 


about Triton. (This information will be discussed in Neptune’s magnetic field 
detail in a separate section.) The main discoveries 
Voyager 2 made about Neptune, its rings, and its small 
satellites follow. 


Like the Earth and the other Jovian planets, 
Neptune has a strong magnetic field and a sizeable 
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Figure 2. Diagram of the offset and tilted magnetic field of Neptune. (Hans & Cassidy. Courtesy of Gale Group.) 


magnetosphere (the region of space where Neptune’s 
magnetic field is dominant over the interplanetary 
field). Voyager 2 did not find definite evidence for the 
existence of Neptune’s magnetic field until eight days 
before its closest approach to Neptune, when radio and 
plasma wave observations of magnetospheric phenom- 
ena were obtained. Voyager 2 entered Neptune’s mag- 
netosphere about seven hours before its closest 
approach to Neptune and remained inside the magne- 
tosphere for about three days. The center of Neptune’s 
magnetic field is offset by 0.55 Neptune radius (0.55Np) 
from Neptune’s center, and its magnetic axis is tilted 
47° with respect to Neptune’s rotation axis (Neptune’s 
magnetic poles are 47° from its poles of rotation; Figure 
2). In this way, Neptune’s magnetic field is similar to 
that of Uranus (see Uranus), and is unlike the magnetic 
fields of the Earth, Jupiter, and Saturn, in which the 
offsets from the planets’ centers and the tilts to their 
rotation axes are much smaller. 


Voyager 2 also detected radiation belts of charged 
particles trapped in Neptune’s magnetosphere. They 
include protons, electrons, charged molecular hydrogen, 
and charged heliumions. The particle density was found 
to be even lower than that found in Uranus’s magneto- 
sphere. Neptune’s rings and small nearby satellites affect 
the structure of the magnetosphere near Neptune. Triton 
affects the outer part of the magnetosphere; among other 
things, it is presumed to be the main source of the 
charged nitrogenions that are found there. 
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Neptune’s rotation period 


The tilt of Neptune’s magnetic field to its rotation 
axis and the field’s offset from Neptune’s center cause 
fluctuations of its magnetic field that are associated 
with the rotation of Neptune’s interior. From meas- 
urements of these fluctuations by Voyager 2, the rota- 
tion period of Neptune’s interior of 16 hours, seven 
minutes was determined; this was the first reliable 
determination of Neptune’s rotation period. The 12 
to 21 hour rotation periods found for the atmospheric 
features observed by Voyager 2 differ from the above 
value because of winds. 


Atmospheric features 


The Voyager 2 images show that there were many 
more prominent features in Neptune’s atmosphere in 
1989 than were seen in Uranus’ atmosphere in 1986: a 
Great Dark Spot at 20° South Latitude, a Small Dark 
Spot at 55° South Latitude that was encompassed by a 
circumpolar dark band from 45° South to 70° South 
Latitudes, another dark band from 6° North to 25° 
North Latitudes, and several elongated white clouds. 
One of these rapidly moving white clouds was given the 
humorous nickname Scooter. Evolution of the cloud 
features in Neptune’s atmosphere was observed by 
Voyager 2, suggesting that the atmosphere was quite 
dynamic. Except for their bluish color, Voyager 2 images 
of Neptune seem more like those of Jupiter than Uranus. 
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The temperature at the aerosol layer in Neptune’s 
atmosphere is about -346°F (-210°C), which is close to 
the temperature at the main cloud level in Uranus’ atmos- 
phere, and the effective temperatures of the atmospheres 
of both Uranus and Neptune were found to be close to 
this temperature. One would expect Neptune’s visible 
troposphere and lower stratosphere to be about 59°F 
(15°C) colder than those of Uranus because of 
Neptune’s greater distance form the sun (30.1 AU vs. 
19.2 AU); instead, the temperatures of these parts of the 
atmospheres of both planets are found to be about the 
same. Neptune’s atmosphere seems to be considerably 
warmer than it would be if it received all or nearly all its 
heating from sunlight, as seems to be the case for Uranus. 
This is another indication that Neptune has a powerful 
internal heat source, unlike Uranus, which has at most a 
weak internal heat source (compatible with radioactivity 
in its interior) or none at all. Voyager 2 infrared observa- 
tions confirmed this; the emission to insolation ratio was 
found to be 2.6 from them instead of the value 2.4 found 
earlier. This internal heat source may be what drives the 
active features in Neptune’s visible atmosphere, which 
are much less noticeable in Uranus’ atmosphere. 


Neptune’s atmosphere was found to be similar to 
that of Uranus in that it seems to have little temperature 
change with latitude. This probably indicates enormous 
heat capacities for both atmospheres. Also, Neptune 
has a hot (about 900°F [482°C]) ionosphere and an 
exosphere that consists mainly of a hydrogen thermal 
corona; both these atmospheric components seem sim- 
ilar to those of Uranus. However, Neptune’s stronger 
gravity and slightly colder stratosphere cause much 
lower particle densities in Neptune’s upper atmosphere 
than are found at the same heights above the cloud 
layers in Uranus’ atmosphere. 


There is evidence of methane-hydrocarbon recy- 
cling in Neptune’s atmosphere, and the methane there 
is likely broken down by sunlight. After breakdown, 
resultant hydrocarbons sink into Neptune’s atmos- 
phere. The hydrocarbons likely decomponse on their 
trip downward and release carbon which recombines 
with methane at depth in the upper atmosphere. 


Neptune’s atmosphere has distinctive visible 
structures, including cloud bands, spots (similar to 
spots that are storms on Jupiter and Saturn), and 
methane ice clouds. Cloud bands circle the planet at 
given latitudes. Spots are stormy areas that have coun- 
ter-clockwise rotation because of shear between cloud 
bands. The Great Dark Spot occurs at about 20 
degrees south latitude and the Lesser Dark Spot at 
about 50 degrees south. Methane ice clouds are white 
and appear approximately 31 mi (50 km) above dark 
spots, but do not rotate with the spots. 
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Neptune’s internal structure 


Neptune’s upper atmosphere (what is seen on 
Earth) is a mixture of hydrogen, helium, methane 
and traces of acetylene (C,H,), carbon dioxide, and 
other gasses. Only 10% of the planet’s mass is in this 
outermost layer (approximately 3,100 mi or 5,000 km 
thick). Under the upper atmosphere lies a lower 
atmosphere of molecular (gaseous) hydrogen and 
helium, plus some ices (approximately 6,200 mi or 
10,000 km thick). Below the atmosphere lies the man- 
tle, a water ice and rock mixture that perhaps contains 
methane ice and ammonia ice mixed in. A core is at the 
center of the planet’s mass, and it is likely a body with 
a 6,200-mi radius and represents 45% of the planet’s 
mass that is composed of silicate rock and water ice. 
Like the other Jovian planets (Jupiter, Saturn, and 
Uranus), Neptune has a distinctive structure quite 
different from the terrestrial planets like Earth. 


Neptune’s ring system 


Voyager 2 confirmed the suspected existence of a 
ring system around Neptune, consisting of four rings 
with imbedded ring arcs within some of them. A ring is 
a continuous band of particles in a narrow orbital belt 
around the planet. A ring arc is part of a ring wherein 
particles are more heavily concentrated and the ring is 
thicker. The leading edge of a ring arc is rather vague 
and the trailing edge is sharp. There are names for the 
rings, in order from nearest the planet, they are: Galle 
(26,040 mi [41,900 km] from Neptune); Leverrier 
(33,060 mi [53,200 km]); Lassell (34,420 mi [55,400 
km]); Arago (35,790 mi [57,600 km]); Liberte (38,080 
mi [62,900 km]); Egalite (38,080 mi [62,900 km]); 
Fraternite (38,080 mi [62,900 km]); Courage (38,080 
mi [62,900 km]); and Adams (39,100 mi [62,930 km]). 


The rings revolve directly around Neptune, are 
optically thinner and dustier (with much smaller aver- 
age particle size) than Uranus’ rings, are very dark 
with albedos (ratios of reflected to incident light) less 
than 0.07, and lie in or near the plane of Neptune’s 
equator. Neptune’s outer rings are closely associated 
with some of the six small satellites of Neptune dis- 
covered by Voyager 2 (see below). The cause of the 
clumping of many of the particles in the rings into 
compact ring arcs is still not definitely known. 
Gravitational perturbations by nearby satellites, for 
example Galatea affecting the Adams ring, are sus- 
pected of producing gravitational resonances that pro- 
duce the arcs. The perturbed motions of ring particles 
can lead to collisions of them that may be the main 
source of the copious and extensive fine (micron-sized) 
dust observed in Neptune’s rings. The plasma wave 
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instruments on Voyager 2 have detected a halo of dust 
around Neptune that extends far from the ring (equa- 
torial) plane; it was detected even above Neptune’s 
north polar region. 


In 2005, astronomers using Earth-based equip- 
ment discovered that the rings of Neptune are very 
unstable, more than previously thought. In fact, the 
Liberty Ring is expected to disappear sometime within 
the twenty-first century. 


Like the case for Uranus’ rings, the origin and evo- 
lution of Neptune’s rings are unknown. Are they the 
result of earlier tidal disruption of other nearby satellites? 
Are they a transitory phenomenon, or will they persist 
for millions or billions of years? Comparison of the 
positions of the arcs in the Adams ring observed by 
Voyager 2 in 1989 with their positions extrapolated 
back in time to 1984 and 1985 shows that they match 
the positions of three occultations of stars observed in 
those years. This indicates that the arcs in the Adams 
ring are stable over time intervals of at least five years. 


Satellites 


Neptune’s satellites may be classified into groups 
according to (1) orbital distances, (2) orbital properties, 
and (3) composition. By orbital distances, there are (a) 
intra-ring satellites (note—these are not shepherd satel- 
lites like those around Saturn) Naiad, Thalassa, 
Despina, and Galatea and (b) extra-ring satellites 
(Larissa, Proteur, Triton, and Nereid). By orbital prop- 
erties, there are (a) inclined, elliptically orbiting, pro- 
grade satellites (Nereid and Galatea), (b) equatorial, 
circular-orbiting, prograde satellites (Naiad, Thalassa, 
Despina, Larissa, and Proteus), and (c) an inclined, cir- 
cular-orbiting, retrograde satellite (Triton). By composi- 
tion, there are (a) irregular, dark soil-covered icy bodies 
(perhaps captured comets), including Naiad, Thalassa, 
Despina, Galatea, Larissa, and Proteus, (b) a regular 
(nearly spherical) methane ice bodies (Triton), and (c) 
an irregular methane ice body (Nereid). (Little is known 
about the latest satellites discovered in 2002-2003.) 


Voyager 2 discovered six more small satellites (all 
under 125 mi [200 km] diameter, except Proteus, 250 mi 
[400 km] diameter), which all have direct orbital motion 
around Neptune and are much closer to it than Triton. 
From 2002 to 2003, five more moons were discovered 
from Earth-based observations. This brings the total 
number of known satellites of Neptune (excluding the 
vast number of ring particles) to thirteen. The four 
innermost satellites Naiad, Thalassa, Despina, and 
Galatea are within the ring system and must interact 
with it. Galatea’s possible effect in producing and main- 
taining the arcs in the Adams ring has already been 
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described; it orbits just 560 mi (900 km) inside that 
ring. Despina orbits Neptune about 434 mi (700 km) 
inside the Leverrier ring and may contribute to its 
stability, although arcs are not obvious in that ring. 


All of Neptune’s six innermost satellites are very 
dark, having albedos of 0.065 or less. Proteus, the largest 
and outermost of the satellites, had details on its surface 
imaged by spacecraft and Earth-based equipment. It is 
heavily cratered, with a 93 mi (150 km) diameter crater 
visible there. Proteus turns out to be somewhat larger than 
Nereid and has a mean radius of 250 mi (400 km); images 
of Proteus indicate it to be decidedly non-spherical. The 
images indicate also that Proteus is tidally locked to 
Neptune (that is, its rotation period equals its period of 
revolution around Neptune and keeps the same hemi- 
sphere always turned towards Neptune), as is Triton. 


Larissa also was imaged with sufficient resolution 
for its surface to be studied in some detail. It is also 
decidedly non-spherical and dark. The sizes, shapes, 
albedos, and states of rotation of the four innermost 
newly discovered satellites are less definite. Nereid, 
Neptune’s outermost satellite, was observed by 
Voyager 2, which determined its size (105 mi [170 km] 
radius) and albedo (0.15 to 0.20), which indicate that its 
surface seems more like those of Uranus’ icy satellites 
Umbriel, Oberon, and the darker areas on Miranda than 
the surfaces of the six other satellites. Limited informa- 
tion was obtained from the probe’s observations because 
Nereid was more than 2,800,000 mi (4,600,000 km) from 
Voyager 2 at closest approach, and it gave no definite 
information about Nereid’s rotation period (it is prob- 
ably not tidally locked to Neptune), pole position, or its 
mass. Finally, from the discovery observations of 
Larissa and its period of revolution around Neptune, it 
seems that Larissa was probably the satellite that pro- 
duced the 8.1 second decrease of the brightness of a star 
in 1981, which was mentioned above. 


Neptune’s history 


The history of Neptune and its system of rings and 
satellites was likely profoundly affected by the capture 
of Triton. It is thought that Neptune had an earlier 
system of satellites and perhaps rings, but the capture 
of Triton disrupted Neptune’s original system causing 
possible ejection of some satellites, reformation of 
others (1.e., the inner satellites) and an orbital change 
for Nereid. Triton’s origin was somewhere in the outer 
solar system, where it persisted until some time after 
the end of heavy bombardment (about four billion 
years ago) when it was captured by Neptune. At that 
time there may have been catastrophic interaction 
with pre-existing Neptunian satellites. 
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Figure 3. Graph of the latitude of the subsolar point on Triton from 1993 to 3000. This illustrates the complicated nature of the 


seasons on Triton. (Hans & Cassidy. Courtesy of Gale Group.) 


Triton 


Triton is the only satellite of Neptune whose mass 
could be determined from its gravitational perturbation 
of Voyager 2’s hyperbolic flyby orbit. In addition to 
having its rotation tidally locked to its orbital revolu- 
tion around Neptune, Triton’s rotation axis is almost 
aligned (to within 1°) with the perpendicular to 
Neptune’s orbital plane around the sun. The fact that 
Triton’s orbital plane around Neptune is tilted 23° to 
Neptune’s equatorial plane and the nodes (the intersec- 
tion points of Triton’s orbit with Neptune’s equator) 
process along the equator, making a 360° circuit 
around it in 688 years, causes the seasons on Triton to 
be much more complicated than they are on Neptune. 
A graph of the latitude of the subsolar point—the point 
directly below the sun—on Triton from the present to 
the year 3000 is shown in Figure 3. 


The subsolar point was at about 45° South 
Latitude at the Voyager 2 encounter, and since then 
has moved further south toward its farthest south value 
of 52° South Latitude. 


The main discoveries that Voyager 2 made about 
Triton are the following. 


Triton’s mass 


Triton’s mass was found to be 2.147 kg (0.00358 
Earth mass), and its radius 840 mi (1,352 km); from 
this, its mean density was found to be 2.05 grams/cm’. 
This makes Triton the densest satellite yet found 
beyond Jupiter, although Saturn’s satellite Titan is 
considerably larger and more massive. 
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Triton’s atmosphere 


Triton has a thin atmosphere of mainly molecular 
nitrogen with a trace (0.01%) of methane. Radio obser- 
vations during the occultation of Voyager 2 by Triton 
found a value of 1.5 Pascal for the atmospheric surface 
pressure (the pressure in the Earth’s atmosphere about 
75 mi [120 km] above sea level). Clouds are observed in 
the lower few miles of Triton’s atmosphere, and haze is 
found as high as 31 mi (50 km) above its surface. Four 
mysterious plumes were observed to rise as high as eight 
kilometers above the surface and then extend up to 93 
mi (150 km) horizontally. The clouds and plumes 
showed the presence of winds in Triton’s atmosphere. 
The mechanism that powers the plumes is uncertain; a 
greenhouse mechanism (which traps sunlight in a trans- 
parent solid nitrogen layer and then vaporizes some 
nitrogen), geothermal heat, and also dust devils in 
Triton’s atmosphere have all been suggested. 


Triton’s surface 


Triton’s surface is very bright; its average albedo 
is about 0.8, while those for individual regions vary 
from 0.6 to nearly 1.0. Yellowish, pinkish, and peach- 
colored regions are seen on Triton’s generally whitish 
background; these may show the presence of organic 
compounds produced by reactions of molecular nitro- 
gen and methane in the presence of solar radiation, 
high-energy electrons, or of cosmic rays. Voyager 2 
infrared observations gave a -391°F (-235°C) for 
Triton’s surface, which varied very little across it. This 
is the coldest temperature observed for the surface of 
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any solar system satellite or planet. Nitrogen and meth- 
ane ice were both identified on the surface; at 1.5 Pascal 
atmospheric surface pressure the atmosphere is in 
vapor equilibrium with nitrogen surface ice. Triton’s 
surface has few craters (compared with the outer satel- 
lites of Saturn and Uranus), and it lacks craters larger 
than 19 mi (30 km) in diameter. The crater density is 
considerably lower than that on the most heavily cra- 
tered regions on Uranus’ satellite Miranda. Many 
regions show evidence of resurfacing. Many darker 
streaks are seen on Triton’s surface; they may be debris 
that has been deposited by earlier plumes. 


Triton’s surface can be subdivided into four dis- 
tinctive terrains including (1) an old, highly fractured 
terrain (dark plains crossed by intersecting networks 
of fractures in the crustal ice, (2) a smooth, volcanic 
plains terrain where icy lava have resurfaced vast 
tracts (includes irregular depressions that are likely 
volcanic caldera), (3) two polar ice terrains covered 
with nitrogen snow and frost (constant change due to 
tilt of axis of Triton and highly inclined orbital path), 
and (4) dark streak terrain formed by upon polar ice 
terrain due to volcanic activity spewing out dark meth- 
ane particles. 


Earth-based observations in 1991 and 1992 made 
in near-infrared wavelengths with the United 
Kingdom Infrared Telescope Facility on Mauna 
Kea, Hawaii, showed evidence of carbon monoxide 
and carbon dioxide ices on Triton’s surface as well as 
those of nitrogen and methane. They confirmed the 
391°F temperature of Triton’s surface and found that 
there is less than 10% carbon monoxide ice dissolved 
in the nitrogen ice on Triton’s surface. 


In size, mass, and mean density, Triton appears to 
be a larger and more massive variant of Pluto, since 
their mean densities are both nearly 2.1 grams/em*. A 
plausible model for Triton’s interior is one with a rocky 
core of about 621 mi (1,000 km) radius surrounded by a 
217 mi (350 km) thick water ice mantle, above which 
there is a crust of nitrogen, methane, carbon monoxide, 
and carbon dioxide ices that is only a few miles thick. 


Very little is now known about Neptune’s interior 
except that its powerful internal energy source and 
strong magnetic field imply a field-generating region 
in Neptune’s interior that extends through most of it 
and that most of Neptune’s interior is a fluid having a 
high internal temperature. Neptune’s mean density 
indicates that it probably has a small rocky core sur- 
rounded by a hot fluid shell. A second shell comprised 
of gaseous and icy water, ammonia, and carbon com- 
pounds surrounds this first shell. Neptune’s oblateness 
(polar flattening) of 0.0171 indicates that its interior is 
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KEY TERMS 


Doppler shift—The shift in wavelength of a spec- 
troscopic line from its zero velocity wavelength to 
longer (redder) wavelengths if the source of the line 
is moving away from the observer or to shorter 
(bluer) wavelengths if the source is approaching 
the observer. It is used to measure velocity along 
the line of sight (radial velocity). 


Pascal—The Pascal (Pa) is the metric unit of pres- 
sure (force per unit area). One Pascal is defined as a 
pressure of one Newton per square meter. The 
standard sea level atmospheric pressure on Earth 
is 101,200 Pascals. 


Precession—What happens when a_ turning 
moment (torque) is applied to a body with angular 
momentum. Instead of turning in the direction of 
the turning moment, the body’s angular momen- 
tum will turn in a plane perpendicular to the one in 
which the turning moment acts. 


Shepherd satellite—A planetary satellite whose 
gravitational perturbations on a particle tend to 
keep it in a stable orbit around the planet. 


considerably denser than that of Uranus with oblate- 
ness of 0.023. The precession of Triton’s orbit gives 
some information about Neptune’s internal structure. 
However, it is too far from Neptune (14.4 Neptune 
radii) for detailed mapping of Neptune’s interior and 
gravity field. Accurate orbits are needed for the near- 
est newly discovered satellites and rings to do this; they 
are not yet available. Even if such orbits are deter- 
mined, the information from them may not allow a 
unique model to be selected for Neptune’s interior; 
this cannot yet be done for Uranus, where much 
more information about its close satellites and rings 
is available. 


The NASA Hubble Space Telescope observed 
Neptune in 1994 from Earth orbit and detected cloud 
features in its atmosphere that appeared to be different 
from those observed by Voyager 2 in 1989. The main 
change noticed was that the Great and Small Dark 
Spots seemed to have disappeared by 1994. However, 
later in the year, another spot near the location of the 
Great Dark Spot appeared. These spots were therefore 
of much shorter duration than Jupiter’s Great Red 
Spot, to which these large dark spots in Neptune’s 
atmosphere have sometimes been compared. 


NASA proposed in 2003 that a Neptune Orbiter 
with Probes mission be done in connection with the Jet 
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Propulsion Laboratory (California Institute of 
Technology). As of 2005, the mission is planned to 
launch around 2016. If launched, the spacecraft would 
take from eight to 12 years to travel to Neptune. While 
at the planet, the spacecraft will study Neptune’s 
weather and atmosphere, its ring system and moons, 
and other important characteristics of the planet that 
are under question. 


See also Celestial mechanics; Kepler’s laws; Space 
probe. 
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Neptunium see Element, transuranium 


l Nerve gas 


Nerve gases, or nerve agents, are mostly odorless 
compounds belonging to the organophosphate family 
of chemicals. Nerve gasses are either colourless or 
yellow-brown liquids under standard conditions. 
Two examples of nerve gases that have gained some 
notoriety through their powerful physiological effects 
are Sarin and VX. Even in small quantities, nerve 
gases inhibit the enzyme acetylcholinesterase and 
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disrupt the transmission of nerve impulses in the 
body. Acetylcholinesterase is a serine hydrolase 
belonging to the esterase enzyme family, which acts 
on different types of carboxylic esters in higher eukar- 
yotes. Its role in biology is to terminate nerve impulse 
transmissions at cholinergic synapses. It does this by 
rapidly hydrolysing the neurotransmitter, acetylcho- 
line, which is released at the nerve synapses. Inhibition 
of the acetylcholinesterase results in the excessive 
build up of acetylcholine in, for example, the para- 
sympathetic nerves leading to a number of important 
locations in the body. Some examples are the smooth 
muscle of the iris, ciliary body, the bronchial tree, 
gastrointestinal tract, bladder and blood vessels; also 
the salivary glands and secretory glands of the gastro- 
intestinal tract and respiratory tract; and the cardiac 
muscle and endings of sympathetic nerves to the sweat 
glands. An accumulation of acetylcholine at parasym- 
pathetic sites gives rise to characteristic muscarinic 
signs, such as emptying of bowels and bladder, blur- 
ring of vision, excessive sweating, profuse salivation 
and stimulation of smooth muscles. The accumulation 
of acetylcholine at the endings of motor nerves leading 
to voluntary muscles ultimately results in paralysis. 


Nerve gases are highly toxic, stable, and easily 
dispersed. They produce rapid physiological effects 
both when absorbed through the skin or through the 
respiratory tract. They are also fairly easy to synthe- 
size and the raw materials required for their manufac- 
ture are inexpensive and readily available. This means 
that anyone with a basic laboratory can produce them. 
Nerve gases are, therefore, a significant concern for 
authorities as they are an easily available weapon for 
terrorist groups. 


In 1936, the German chemist, Gerhard Schrader 
of the I.G. Farbenindustrie laboratory in Leverkusen 
first prepared the agent Tabun (ethyl-dimethylphos- 
phoramidocyanidate). At the time, Schrader was lead- 
ing a program to develop new types of insecticides, 
working first with fluorine-containing compounds 
such as acyl fluorides, sulfonyl fluorides, fluoroetha- 
nol derivatives and fluoroacetic acid derivatives. 
Schrader’s research eventually led to the synthesis of 
Tabun as an extremely powerful agent against insects. 
Schrader found that as little as 5 parts per million 
(ppm) of Tabun killed all the leaf lice used in his 
experiments. Soon after Schrader’s experiments, the 
potential use of this substance as an agent of war was 
realized. 


In 1939, a pilot plant for Tabun production was 
set up at Munster-Lager, on Luneberg heath near the 
German Army training grounds at Raubkammer. In 
January 1940, Germany began the construction of a 
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Gas masks provide some protection against some of the physiological effects of nerve gas. (© Jeffrey L. Rotman/Corbis.) 


full-scale plant, code named MHochwerk, at 
Dyernfurth-am-Oder (now Brzeg Dolny in Poland). 
A total of 12 000 tons of Tabun was produced during 
the ensuing three years (1942-1945) and at the end of 
WWII, large quantities were seized by the Allied 
Forces. In addition to Tabun, Schrader and _ his 
colleagues produced some 2000 new organophos- 
phates, including Sarin in 1938 and the third of the 
“classic” nerve agents, Soman, in 1944. These three 
nerve agents, Tabun, Sarin and Soban, are known as 
G agents. The manufacture of Sarin was never fully 
developed in Germany and only about 0.5 tons were 
produced in a pilot plant before the end of WWII 
in 1945. 


After 1945, a great deal of research began to focus 
on understanding the physiological mechanisms of 
nerve gas action, so that more effective means of pro- 
tection could be devised against them. However, these 
efforts also allowed for the development of new and 
more powerful agents, closely related to the earlier 
ones. The first official publications on these com- 
pounds appeared in 1955. The authors, British chem- 
ists Ranajit Ghosh and J.F. Newman, described 
Amiton, one of the newly developed nerve agents, as 
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being particularly effective against mites. At this time, 
researchers were devoting a great deal of energy to 
studying organophosphate insecticides both in 
Europe and in the United States. At least three chem- 
ical firms independently studied and quantified the 
intense toxic properties of these compounds during 
the years 1952-53 and some of them became available 
on the market as pesticides. By the mid-1950s, follow- 
ing in the wake of the intensive research activity, a new 
group of highly stable nerve agents had been devel- 
oped. These were known as the V-agents and were 
approximately ten-fold more poisonous than Sarin. 
The V-agents can be numbered among the most toxic 
substances ever synthesized. VX, a persistent nerve 
gas, was discovered by Ghosh and was touted as 
being more toxic than any previously synthesized com- 
pound. Since the discovery of VX, there have been 
only minor advancements in the development of new 
nerve agents. 


A contemporary use of nerve gas occurred during 
the Iran-Iraq war of 1984-1988. In this conflict, the 
United Nations confirmed that Iraq used Tabun and 
other nerve gases against Iran. This incident is a prime 
example of how the technology of chemical weapons 
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Marines test their gas masks outside of Falluja, lraq, as part of their training. (Ashley Gilbertson/Aurora/Getty Images.) 


was shared during the Cold War. The Soviets would 
arm their allies while the U.S. did the same for its 
allies. Iraq was a benefactor and implemented its 
chemical stockpiles during this period. Another 
contemporary incident of nerve gas use occurred in 
Japan in 1995. Members of the Aum Shinrikyo cult 
introduced Sarin gas into Tokyo’s subway system. 
This incident gives an example of the possible new 
roles that nerve gases may play in the future, as tools 
of terrorism rather than the weapons of powerful 
nations. 


See also Nervous system; Weapons of mass 
destruction. 
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I Nerve growth factor 


Nerve growth factor (NGF) is a polypeptide, a 
molecule composed of several amino acid units that 
has a protein-like behavior, but is not as complex as a 
protein in structure. NGF increases the growth of nerve 
cells, especially those in the peripheral nervous system, 
and directs the growth and orientation of nerve cell 
axons (processes which carry impulses away from the 
nerve cell body to adjoining dendrites). NGF is one of 
many growth factors found to be essential in cell divi- 
sion (mitosis), and has been isolated from a variety of 
cells such as mouse salivary glands and developing 
nerve tissue. The behavior of NGF resembles that of 
polypeptide hormones such as insulin. 
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NGF has been studied most frequently in the 
development of the nervous system of embryos though 
surgical and chemical manipulation. Transplanting 
extra legs onto the backs of tadpoles has been found 
to cause the outgrowth of nerve fibers from the central 
nervous system to the leg. The chemical substance that 
directs the movement of the axons seems to react with 
receptors on the membrane of cells and causes a chain 
of metabolic events that stimulates the growth of the 
axons in a certain direction. Scientists have found a 
molecule that guides the growth of nerve cell axons in 
the visual retina of chick embryos. Injection of NGF 
into young mice or chickens causes the nerve cell 
bodies in sympathetic and sensory ganglia to enlarge, 
and seems to be essential for cell division (mitosis) in 
sympathetic nerve cells. If an antibody against NGF is 
injected into young mice, no sympathetic nervous sys- 
tem develops. 


The study of NGF has applications in the treat- 
ment of injuries to the spinal cord, prevention of cog- 
nitive decline, and the treatment of certain brain 
diseases such as Alzheimer’s. In experiments, animals 
that were deliberately injured to stimulate spinal 
injury victims were treated with collagen containing 
skin cells genetically modified to produce NGF. It was 
found that the experimental group of animals showed 
significant axon formation. The control animals did 
not show any signs of axon formation. This research 
could lead to the treatment of stroke and accident 
victims where there has been significant nervous sys- 
tem damage. Infusing NGF into the brains of aged 
rats with memory and learning impairments was 
found to increase their memory. The infused NGF 
seemed to prevent brain nerve cell death, and to stim- 
ulate the development of damaged neurons, which 
secrete acetylcholine, a brain chemical associated 
with memory. Recent clinical trials to introduce 
NGF into the brains of Alzheimer disease patients, 
in an attempt to retard memory loss, have concluded 
that NGF stimulates the function and prevents the 
death of certain cells in the brain that degenerate in 
Alzheimer’s disease. 


See also Neuron. 


tl Nerve impulses and conduction 


of impulses 


In contrast to the endocrine system that achieves 
long-term control via chemical (hormonal) mecha- 
nisms, the nervous system relies on more rapid 
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mechanisms of chemical and electrical transmission 
to propagate signals and commands. The rapid con- 
duction of impulses is essential in allowing the nervous 
system to mediate short-term and near immediate 
communication and control between various body 
systems. 


Nerve cells (neurons) are specialized so that at one 
end there is a flared structure termed the dendrite. At 
the dendrite, the neuron is able to process chemical 
signals from other neurons and endocrine hormones. 
If the signals received at the dendrite end of the neuron 
are of a sufficient strength, and properly timed, they 
are transformed into action potentials that sweep 
down the neural cell body (axon) from the dendrite 
end to the other end of the neuron, the presynaptic 
portion of the axon that ends at the next synapse (the 
extra cellular gap between neurons)in the neural path- 
way. The arrival of the action potential at the presy- 
naptic terminus causes the release of ions and 
chemicals (neurotransmitters) that travel across the 
synapse, the gap or intercellular space between neu- 
rons, to act as the stimulus to create another action 
potential in the next neuron, and thus perpetuate the 
neural impulse. 


Nerve impulses are transmitted through the syn- 
aptic gap via chemical signals in the form of a speci- 
alized group of chemicals termed neurotransmitters. 
Neurotransmitters can also pass the neural impulse on 
to glands and muscles. Except where the neural syn- 
apses terminates on a muscle (neuromuscular synapse) 
or a gland (neuroglandular synapse), the synaptic gap 
is bordered by a presynaptic terminal portion of one 
neuron and the dendrite of the postsynaptic neuron. 


As the action potential sweeps into presynaptic 
region, there is a rapid influx of calcium from the 
extra cellular fluid into a specialized area of the pre- 
synaptic terminus termed the synaptic knob. Via the 
process of exocytosis, specific neurotransmitters are 
then released from synaptic vesicles into the synaptic 
gap. The neurotransmitters diffuse across the synaptic 
gap and specifically bind to specialized receptor sites 
on the dendrite of the postsynaptic neuron. 


Neurotransmitters are capable of exciting (creat- 
ing an action potential) or inhibiting, the postsynaptic 
neuron. Excitation results from neurotransmitter 
driven shifts in ion balance that results in a depolari- 
zation. Inhibitory neurotransmitters generally work 
by inducing a state of hyperpolarization. 


Excitatory neurotransmitters work by causing 
changes in sodium ion balance that, if the stimulus is 
strong enough (i.e., sufficient neurotransmitter binds 
to dendrite receptors) results in the postsynaptic 
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SEM scan of a neuron (yellow) with incoming synapses (red); 
data exchange of nerve cells occurs at point of contact. 
(Oliver Meckes/Ottawa. Photo Researchers, Inc.) 


neuron reaching threshold potential and the creation 
of an electrical action potential. 


Excitation can also result from a summation of 
chemical neurotransmitters released from several pre- 
synaptic neurons that terminate on one postsynaptic 
neuron. In addition to such spatial control mechanisms, 
there are mechanisms that are time-dependent (tempo- 
ral controls). Because neurotransmitters remain bound 
to their receptors for a time, excitation can also result 
from an increased rate of release of neurotransmitter 
from the presynaptic neuron. 


Inhibitory neurotransmitters cause membrane 
changes that result in a movement of ions across the 
postsynaptic neural cell membrane that move the elec- 
trical potential away from the threshold potential. 


Neural transmission across the synapse is, how- 
ever, a result of a complex series of interactions that is 
far from the one-to-one presynaptic-postsynaptic neu- 
ron and many neurons can converge on a postsynaptic 
neuron. 


Within the neuron, the mechanism of transmis- 
sion is via the transmission of an electrical action 
potential that represents a change in electrical poten- 
tial from the rest state the neuronal cell membrane. 
Electrical potentials are created by the separation of 
positive and negative ionic electrical charges that vary 
in distribution and strength on the inside and outside 
of the cell membrane. There are a greater number of 
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negatively charged proteins on the inside of the cell, 
and an unequal distribution of positively charges cat- 
ions both inside and outside the membrane. 


The standing potential is maintained because, 
although there are both electrical and concentration 
gradients (a variation of high to low concentration) 
that induce the excess sodium cations to enter the cell 
and potassium cations to migrate out, the channels for 
such movements are normally closed so that the neural 
cell membrane remains impermeable or highly resist- 
ant to ion passage in the rest state. 


The structure of the cell membrane and a physio- 
logical sodium-potassium pump maintain the neural 
cell resting membrane potential (RMP). Driven by an 
ATPase enzyme, a physiological sodium potassium 
pump moves three sodium cations from the inside of 
the cell for every two potassium cations that it moves 
back in. The ATPase is necessary because of this 
movement of cations against their respective resting 
concentration and electrical gradients. 


Neural transmission, in the form of the creation of 
action potentials, results from sufficient electrical, chem- 
ical, or mechanical stimulus to the postsynaptic neuron 
that is greater than or equal to a threshold stimulus. The 
creation of an action potential is an “all or none” event 
and the level and form of stimulus must be sufficient and 
properly timed to create an action potential. When 
threshold stimulus is reached in the postsynaptic neuron, 
there is a rapid movement of ions and the resting mem- 
brane potential changes from —70mv to +30mv. This 
change of approximately 100mv is an action potential 
that travels down the neuron like a wave, altering the 
RMP in successively adjacent regions of neural cell mem- 
brane as it passes, until the action potential arrives at the 
presynaptic region of the axon to initiate the mechanisms 
of synaptic transmission. 


Neural transmission is also subjected to refractory 
periods in which further excitation of the postsynaptic 
neuron is not possible. In addition, varying types of nerve 
fibers (e.g., myelinated or demyelinated) exhibit differ- 
ences in how the action potential moved down the axon, 
or in the speed of transmission of the action potential. 


See also Adenosine triphosphate; Neuromuscular 
diseases. 
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I Nervous system 


The nervous system coordinates behavior and helps 
to maintain the internal stability of animals. It may be 
as simple as the nerve net of Cnidarians or as complex 
as the centralized system of mammals. In all nervous 
systems the functional unit is the nerve cell or neuron, a 
cell specialized to transmit and receive a stimulus. 


Evolution of invertebrate nervous systems 


To survive, animals have to respond to changes in 
their internal and external environment. General 
responses are found in animals that have a simple 
nervous system and can only process information in 
a limited way. An example of this type of nervous 
system is found in the common freshwater Hydra, a 
cylinder-shaped invertebrate. It has a nerve net of 
neurons between the outer and inner layers of a sac-like 
body. The nerve net transmits impulses in all direc- 
tions with no means of processing the information to 
make a specific response. In flatworms, such as plana- 
ria, there is a simple centralized nervous system. Here, 
neurons are organized into structures called ganglia 
that act to receive stimuli from the sensory structures 
and transmit them by way of a ladderlike arrangement 
of nerves to muscle cells. In this way, flatworms can 
make specific responses to stimuli, such as turning 
away from light, or curling up when touched. Higher 
invertebrates, such as annelids, arthropods, and mol- 
lusks, have a more complex nervous system with more 
highly developed sensory structures that allow the 
animals to receive, process, and respond to stimuli in 
a greater variety of ways. An example of this is the 
compound eyes of insects, which send sensory infor- 
mation through nerve fibers to the ganglia in the head 
that serve as the brain. The information is then relayed 
to the other parts of the body through a nerve cord 
found on the ventral (lower) surface of the animal. The 
effectiveness of this arrangement is demonstrated by 
the rapid escape response of flies when attempts are 
made to kill them. In the octopus, a mollusk with well 
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developed eyes and a central concentration of nerve 
cells, responses are highly specific, and the ability to 
learn how to perform complex tasks is evident. 


Evolution of the vertebrate nervous system 


The nervous system shows the greatest develop- 
ment in vertebrates. There is an increase in centraliza- 
tion with increasing elaboration of the brain with areas 
with specific functions. The central nervous system 
includes the brain and a dorsal (upper) spinal cord 
encased and protected by the skeletal system. The cen- 
tral nervous system is connected to the rest of the body 
through a peripheral nervous system that includes the 
nerves connecting the brain and spinal cord with recep- 
tors such as the ear and eyes and effectors such as the 
muscles in the body. 


In the evolution of vertebrates from fish to mam- 
mals, the most significant changes have occurred in the 
structure of the brain. Even in the earliest vertebrates, 
the brain had three divisions: the hindbrain, midbrain, 
and forebrain. In fish, the hindbrain is dominant and 
concerned mainly with motor reflexes. The largest 
section of the fish brain is the optic lobes in the mid- 
brain, with the anterior of the brain (forebrain) com- 
posed of the olfactory lobes and the cerebrum. In the 
progression from fish to mammals, the hindbrain 
becomes less and less prominent, and the area of the 
brain used for receiving and integrating information 
becomes greater and greater as shown by an increase 
in the size and development of the cerebrum. The 
cerebrum is the part of the brain involved in learning 
voluntary movement as well as the interpretation of 
sensation. Birds and mammals have the largest brain 
mass relative to body size with the largest ratio found 
in humans and porpoises. In humans, the brain weighs 
approximately 3 lb (1.4 kg) with the cerebrum making 
up 80% of the total brain mass. 


Central nervous system 


In humans, centralization has reached the greatest 
degree of specialization. The brain and spinal cord are 
formed early in embryonic development. At the begin- 
ning of the third week of gestation, the embryo has 
already formed a neural plate on the dorsal surface 
that eventually folds together to form a hollow tube 
from which the brain and spinal cord develop. During 
this time the 100 billion neurons found in the brain are 
produced—the sum total of all the neurons that the 
brain will ever contain in an individual’s lifetime. The 
brain is one of the largest organs in the body and 
consists of three main regions: the forebrain, midbrain, 
and hindbrain. The cerebrum, which is the most 
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important area for neural processing, together with the 
thalamus and hypothalamus, forms the forebrain. In 
the midbrain are centers for the receipt and integration 
of several types of sensory information, such as seeing 
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and hearing. The information is then sent on to specific 
areas in the cerebrum to be processed. 


The hindbrain consists of three parts: the medulla 
oblongata, the pons, and cerebellum, and it functions 
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in maintaining homeostasis and coordinating move- 
ment. The pons and medulla of the hindbrain, 
together with the midbrain, form the brainstem, 
which is the location of reflex centers such as those 
that control heart beat rate and breathing rate. The 
other part of the central nervous system, the spinal 
cord, serves as a pathway for nerve tracts carrying 
impulses to and from the brain. It acts as the site for 
simple reflexes such as the familiar knee jerk. Ifa slice 
were made into the spinal cord, it would show a cord 
with a small central canal surrounded by an area of 
gray matter shaped like a butterfly surrounded by 
white matter. The gray matter is composed of large 
masses of cell bodies, dendrites and unmyelinated 
axons; the white matter is composed of bundles of 
axons that are called tracts, which send information 
to the brain or send information away from the brain. 


Peripheral nervous system 


The central nervous system operates through the 
peripheral nervous system, which is the roadway that 
links the central nervous system to the rest of the body. 
The nerves that carry information to the central nerv- 
ous system from sensory receptors such as the eye are 
called sensory nerves or afferent nerves; those that 
carry impulses away from the central nervous system 
to effector organs such as the muscles are called motor 
nerves or efferent nerves. Commonly the fibers of 
sensory and motor neurons are bundled together to 
form mixed nerves. There are 12 pairs of cranial nerves 
that run to or from the brain, such as the optic and 
vagus nerves. There are 31 pairs of nerves called spinal 
nerves that originate from the spinal cord, such as the 
sciatic nerve and ulnar nerve, the nerve that is stimu- 
lated when a person hits their elbow. Specific areas of 
the body are served by each of the spinal nerves. All 
sensory nerves enter the cord through a dorsal root, 
and all motor nerves exit through a ventral root. If the 
dorsal section of a root is destroyed, sensation from 
that area is also destroyed, but the muscles are still 
able to function. In the opposite situation, damage to 
the ventral root destroys muscle function, but sensory 
information is still processed. 


There are two main divisions to the peripheral 
nervous system, the somatic and the autonomic. The 
somatic system involves the skeletal muscles. It is con- 
sidered voluntary since there is control over movement 
such as writing or throwing a ball. The cell bodies of 
the somatic system are in the central nervous system 
(CNS) with the axons running all the way to the skel- 
etal muscles. The autonomic nervous system (ANS) 
affects internal organs. It is considered involuntary 
since the processes such as heart beat rate and 
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glandular secretions occur with usually little control 
on the part of the individual. 


The autonomic nervous system, in turn, is divided 
into two divisions, the parasympathetic and sympa- 
thetic. The parasympathetic system is most active in 
normal, restful situations and is dominant during 
quiet, relaxed periods. It acts to decrease the heartbeat 
and to stimulate the motility and secretions necessary 
for digestion. The sympathetic nervous system is most 
active during times of stress and arousal and is dom- 
inant when energy is required, when it increases the 
rate and strength of the contractions of the heart and 
inhibits the motility of the intestine. 


In addition to their effects, the two divisions of the 
ANS differ anatomically. The nerves of the parasym- 
pathetic system originate at the top and bottom of the 
central nervous system, while those of the sympathetic 
system emerge from the upper and central spinal cord. 
At the site of the effector organs, axons in the para- 
sympathetic system release acetylcholine, while those 
in the sympathetic system release norepinephrine. 
Together with hormones, the autonomic system main- 
tains homeostasis, the internal balance of the body. 


Neuron 


The functional unit of the nervous system is the 
neuron, a cell specialized to receive and transmit 
impulses. The types and functions of neurons found 
in organisms seem to be directed by several regulatory 
genes and by certain cues that occur during develop- 
ment. Once neurons mature, they lose the ability to 
divide. An exception is the olfactory neurons that are 
replaced every 60 days from stem cells resting beneath 
them, which ensures a supply as they wear out. Even 
though there are a variety of neurons, the essential 
structures are the same in each: a cell body containing 
the nucleus and two kinds of processes extending from 
it, the axon and dendrite. Axons transmit impulses 
away from the cell body to the dendrites of adjoining 
neurons. Some axons may be over 3 ft (1 m) in length, 
such as the sciatic nerve that runs from the spinal cord 
to the lower leg. 


The axons of the peripheral nerves are enclosed in 
a fatty (myelin) sheath formed from specialized cells 
called Schwann cells. The myelin sheath acts to insu- 
late the axon, which helps to accelerate the transmis- 
sion of a nerve impulse. Gaps along the sheath expose 
the axon fiber and are important in allowing nerve 
impulses to jump from one section of the axon to 
another. The speed at which nerve impulses travel 
depends on the diameter of the axon and the presence 
of the myelin sheath with some impulses from the large 
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KEY TERMS 


Action potential—A transient change in the electri- 
cal potential across a membrane that results in the 
generation of a nerve impulse. 


Axon—The threadlike projection of a neuron that car- 
ries an impulse away from the cell body of the neuron. 


Dendrites—Branched structures of nerve cell bodies 
that receive impulses from axons and carry them to 
the nerve cell body. 


Depolarization—A tendency of a cell membrane 
when stimulated to allow charged (ionic) chemical 
particles to enter or leave the cell. This favors the 
neutralization of excess positive or negative particles 
within the cell. 


Ganglion—Cluster of nerve cell bodies. In verte- 
brates, found outside of the central nervous system 
and act as relay stations for impulses. In invertebrates, 
act as a central control. 


Homeostasis—The internal stability of an organism. 


Myelin—A multilayered membrane system of a 
Schwann cell that wraps around an axon. It is made 
of lipoproteins that act as insulators in speeding up 
the transmission of nerve impulses. 


Nerve—Bundles of axons in a connective tissue 
sheath which follow a specific path. 


motor nerves to the leg muscles traveling as fast as 394 ft 
(120 m) per second. Damage to the sheath in multiple 
sclerosis patients causes impaired muscle control and 
other symptoms, an indication of the importance 
of the myelin sheath in the transmission of nerve 
impulses. Axons are bundled together and enclosed 
by connective tissue to form nerves. Dendrites are 
usually highly branched extensions of the cell body 
that receive impulses from axons. In some cases they 
may be very small, as seen in some of the neurons of 
the brain, or long, as is the sensory dendrite which runs 
from the foot to the spinal cord. 


Nerve impulse 


When a stimulus is strong enough, a nerve impulse 
is generated in an all-or-none response, which means 
that a stimulus strong enough to generate a nerve 
impulse has been given. The stimulus triggers chemical 
and electrical changes in the neuron. Before an 
impulse is received, a resting neuron is polarized with 
different charges on either side of the cell membrane. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Nerve impulse—A transient change in the electro- 
chemical nature of a neuron. 


Neuron—Cell specialized to receive and transmit 
impulses; functional unit of the nervous system. 


Neurotransmitter—A chemical released at the end 
of an axon which is picked up by receptors such as 
dendrites, muscles, or secretory cells. 


Polarized—Two different charges on either side of a 
membrane caused by a difference in the distribution 
of charges; in resting nerve cells maintained by the 
sodiumpotassium pump. 


Reflex—A rapid response to a stimulus that involves 
a sensory and motor neuron and may involve an 
interneuron. 


Refractory period—Recovery period for the neuron 
in which no new impulse can be generated; it cannot 
respond to a stimulus until it is repolarized. 


Sodium-potassium pump—A special transport pro- 
tein in the membrane of cells that moves sodium ions 
out and potassium ions into the cell against their 
concentration gradients. 


Synapse—Junction between cells where the 
exchange of electrical or chemical information takes 
place. 


The exterior of the cell is positively charged with a 
larger number of sodium ions present compared to 
the interior of the cell. The interior of the cell is neg- 
atively charged since it contains more potassium ions 
than the exterior of the cell. As a result, of the differ- 
ences in charges, an electrochemical difference of 
about -70 millivolts occurs. The sodium-potassium 
pump, a system that removes sodium ions from inside 
the cell and draws potassium ions back in, maintains 
the electrical balance of the resting cell. Since the cell 
has to do work to maintain the ion concentration, 
ATP molecules are used to provide the necessary 
energy. Once a nerve impulse is generated, the perme- 
ability of the cell membrane changes, sodium ions flow 
into, and potassium ions flow out of, the cell. The flow 
of ions causes a reversal in charges, with a positive 
charge now occurring on the interior of the cell and a 
negative charge on the exterior. The cell is said to be 
depolarized, resulting in an action potential causing 
the nerve impulse to move along the axon. As depola- 
rization of the membrane proceeds along the nerve, a 
series of reactions start with the opening and closing of 
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ion gates, which allow the potassium ions to flow back 
into the cell and sodium ions to move out of the cell. 
The nerve becomes polarized again since the charges 
are restored. Until a nerve becomes re-polarized it 
cannot respond to a new stimulus; the time for recov- 
ery is called the refractory period and takes about 
four-thousandth (0.0004th) of a second. The more 
intense the stimulus results in more frequent firing of 
the neuron. When the impulse reaches the end of the 
axon, it causes the release of chemicals from small 
vesicles called neurotransmitters that diffuse across 
the synaptic gap, the small space between the axon 
and receptors in the dendrites. There is no physical 
contact between axons and dendrites (except in elec- 
trical transmission, usually found in invertebrates) 
that takes place through gap junctions. 


The type of response by the receiving cell may be 
excitatory or inhibitory depending upon a number of 
factors including the type of neurotransmitters 
involved. All nerve impulses are the same whether 
they originate from the ear, heart, or stomach. How 
the impulse is interpreted is the job of the central 
nervous system. A blow to the head near the optic 
center of the brain produces the same results as though 
the impulse had originated in the eyes. The neurons 
are the functional units of the nervous system through 
which coordination and control in organisms is 
executed. 


See also Neuron; Neuro- 


transmitter. 


Neurosurgery; 
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| Neuromuscular diseases 


When humans are in good health, the nervous sys- 
tem and musculature work together so smoothly there is 
little awareness of how efficiently this complicated bio- 
chemical machine functions. Neuromuscular diseases 
include a vast and bewildering array of related and 
unrelated disorders that have a certain similarity of 
symptoms in that both nerves and muscles are usually 
impaired. This term is usually applied to disorders of the 
motor unit and specifically excludes primary disorders 
of the central nervous system such as cerebral palsy. 


The motor unit 


The motor unit has four components: a motor 
neuron in the brain or spinal cord, its axon and related 
axons that comprise the peripheral nerve, the neuro- 
muscular junction, and all the muscle fibers activated 
by the neuron. Like other cells, nerve and muscle cells 
have an external membrane that separates the inner 
fluids from those on the outside. The fluid on the inside 
is rich in potassium (K), magnesium (Mg), and phos- 
phorus (P), whereas the fluid on the outside contains 
sodium (Na), calcium (Ca), and chloride (Cl). When all 
is quiet, the internal chemical composition of both 
nerve and muscle cells is remarkably constant and is 
called resting membrane potential. A primary reason 
for this constancy lies in the cells’ ability to regulate the 
flow of sodium—thanks to an enzyme in the membrane 
called Na+ /K + ATP-ase. Because the inside of the cell 
has less sodium than the outside, there is a negative 
potential (like a microscopic battery) of 70 to 90 mV. 
Under ordinary circumstances, the interior of the cell is 
30 times richer in potassium than the extracellular fluid 
and the sodium concentration is 10 to 12 times greater 
on the outside of the cell. At rest, sodium tends to flow 
into cells and potassium oozes out. 


When an impulse or current runs down a nerve and 
hits a muscle fiber, the action potential of the mem- 
brane is suddenly changed; K moves out of the cell and 
the permeability to Na keeps increasing so that the 
inside may become positive by as much as 40 mV. Ina 
fraction of a second, however, K moves back again and 
restores the cell membrane to normal. This process of 
movement of ions in and out of cells is known as action 
potential and is the basis for both the transmission of 
nerve impulses and muscular contractions. 


This action explains the biochemical processes 
involved, but anatomy also plays a role in movement. 
The critical spot is the synaptic cleft, the place where 
the nerve dips into the muscle. Here, the finely 


GALE ENCYCLOPEDIA OF SCIENCE 4 


branched nerve fiber inserts into a microscopic bit of 
muscle tissue, and acetylcholine (ACh), the chemical 
responsible for the transmission of the nerve impulse, 
hooks onto the muscle fibers, stimulating them to 
contract. Enough calcium at the site makes the process 
go more smoothly, while magnesium slows the proc- 
ess. To keep ACh from accumulating in the cells, the 
enzyme cholinesterase destroys the excess. 


To understand the physiological nature of muscle 
contractions, it is helpful to examine muscles micro- 
scopically. Muscle fibers have an outside membrane 
called the plasmalemma, an interior structure called a 
sarcolemma, transverse tubules across the fibers, and 
an inner network of muscle tissue called sarcoplasma. 
When a nerve impulse reaches the muscle, an action 
potential is set up and the current quickly travels in 
both directions from the motor end plate through the 
entire length of the muscle fiber. The whole inside of 
the muscle tissue becomes involved as the current 
spreads and, aided by calcium, the contractile protein 
called actin causes the muscle component (myosin) to 
contract. An enzyme, ATP-ase, helps provide the 
energy needed for the muscular filaments to slide 
past each other. Relaxation occurs promptly when 
Ca flows into the muscle tissue and the cycle is com- 
pleted. The muscle fiber is now ready to be stimulated 
again by a nerve impulse. 


A constant need for ready energy exists because 
muscles must be able to respond on demand. 
Compounds such as creatine, phosphate, adenosine 
triphosphate (ATP), myoglobin, creatine kinase (CK), 
calcium, and a host of oxidative enzymes are all 
involved. Red musculature is usually more efficient 
than pale muscle because it contains more myoglobin 
and more oxidative enzymes. In any one motor unit, 
however, all the muscle fibers are the same type. 


Muscles acquire about 90% of the energy they 
need from glycogen, a starchy compound synthesized 
and stored in the muscles. A small amount of glucose 
and some free fatty acids also provide energy both in 
vigorous exercise and at rest. Many enzymes, too 
many to name, take part in these energy reactions, 
and some neuromuscular diseases are caused by a fail- 
ure of these enzymes to function properly. 


Causes of neuromuscular dysfunction 


When a single nerve impulse strikes a muscle it 
causes a twitch, and ordinarily there is a brief refractory 
period of relaxation. If another impulse is received 
before relaxation is completed, the twitches can add 
up and cause a prolonged muscular spasm, or tetany. 
Normally, muscles continue to function properly 
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because the ACh transmitted down the nerve is enzy- 
matically eliminated. Certain drugs such as neostigmine 
and physostigmine can block this action and paralyze a 
muscle. Poisonous nerve gases and insecticides can also 
do the same. In a neuromuscular disease called myas- 
thenia gravis, antibodies can block the passage of ACh 
to the end plate creating a similar paralysis. Leg cramps 
at night, on the other hand, are due to sustained mus- 
cular contractions (200 per second). They can be 
relieved by quinine or diphenhydramine. 


Paralysis can take place anytime there is a failure 
or interference in the transfer of biochemical impulses 
from nerve to muscle. On the other hand, hyperactiv- 
ity of neuromuscular transmission can lead to minor 
twitches and cramps or to severe spasms as in tetanus 
(lockjaw) or amyotrophic lateral sclerosis (Lou Gehrig 
disease). There is still much to learn about both hyper- 
active and paralytic cases, but new research on DNA 
(deoxyribonucleic acid) and immunology is proving 
helpful. 


Abnormal levels of blood electrolytes such as 
sodium and potassium can also cause neuromuscular 
disturbances. When potassium is too high or too 
low, the muscles of the trunk, arms, and legs can be 
very weak, even to the point of paralysis. If the 
blood calcium is low (as in vitamin D deficiency or 
inadequate function of the parathyroid gland), 
twitching may occur. When blood calcium is too 
high, there may be profound weakness. Normal mag- 
nesium levels are also important for proper neuro- 
muscular functioning. 


Creatine is a nitrogenous organic acid normally 
present in muscle and other tissues. When muscle is 
injured, creatine leaks out and can be measured in the 
blood as creatine kinase (CK). Blood levels of CK are 
increased when heart muscle is damaged, but also in 
muscle trauma, polymyositis, rapidly worsening cases 
of muscular dystrophy, vigorous exercise, or for no 
apparent reason. 


The neuropathies: symptoms 

and clinical findings 

Various types of diseases involve both the nerves 
and muscles. Some pathologic processes destroy 
nerves; others primarily attack muscles. Although 


the cause (or causes) of practically all of them still 
remain unknown, all are under intensive study. 


Muscular dystrophy 
This primary degenerative process, first described 


by German neurologist Wilhelm Erb (1840-1921) in 
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1891, affects the muscular fibers, not the nerves or end 
plates. In spite of extensive research, the cause has not 
yet been firmly established, although genetic factors 
are receiving strong consideration. A variety of types 
and classifications have been proposed, but all are 
based on age of onset, symptomatology, and rate of 
progression. One simple classification system includes: 
progressive muscular dystrophy or Duchenne type; 
facioscapulohumeral or Landouzy and Dé jerine 
type; and limb-girdle dystrophies including distal mus- 
cular dystrophy, ocular myodystrophy, and myotonic 
dystrophy. 


Progressive muscular dystrophy (Duchenne type) 
is the most important one of the group and the best 
studied. It accounts for almost 70% of all dystrophies, 
affects males five times more frequently than females, 
and almost always begins in the first five years of life. 
It is an inherited sex-linked recessive trait, and the 
abnormal gene is at the Xp21 locus. Its incidence is 1 
in 3,600 in newborn males. Muscular weakness is 
noted first in the pelvis, shoulder girdle, and spine, 
and spreads peripherally to the extremities, especially 
to the legs. This weakness results in a waddling gait, an 
insecure stance on a wide base, and a lordotic (forward 
curved) posture. Weakness continues to spread all 
over the body, although some of the involved muscles 
appear to grow larger secondary to an invasion of 
muscle tissue by peculiar fat cells. This is especially 
evident in the calf muscles. Victims rarely survive to 
maturity. 


Blood enzyme tests can detect the abnormalities 
associated with progressive muscular dystrophy early 
on, even before symptoms are clearly evident. Muscle 
tissue is rich in creatine and, when muscles are dis- 
eased, the creatine leaks into the blood and can be 
measured as creatine kinase (CK). The normal level 
of CK is about 160 IU/L, but an individual with 
Duchene muscular dystrophy may have CK levels as 
high as 15,000 to 35,000 IU/L. If the diagnosis is in 
doubt, genetic studies and muscle biopsy can also be 
done. The recent isolation of the Duchenne gene and 
the discovery that dystrophin is the abnormal encoded 
protein makes a precise molecular diagnosis possible. 
It also offers hope that the genetic basis for other 
dystrophies will be discovered soon. 


Facioscapulohumeral muscular dystrophy or 
Landouzy-Dé jerine dystrophy differs from the more 
common types in that it involves primarily the upper 
extremities, face muscles, and shoulder girdle. The 
condition starts later in life (usually by age 10 years) 
and may appear even in the elderly. Because it has a 
slower progress and longer duration, patients may 
develop irregular cardiac rhythms or even damage to 
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the heart muscle. CK enzymes vary greatly, and elec- 
tromyograms (EMGs) are not diagnostic. A muscle 
biopsy is the only way to confirm the presence of this 
condition. As in all other dystrophies, no satisfactory 
therapy is yet available. 


Limb-girdle dystrophies also follow a slow course 
and often cause only slight disability. When the disease 
begins in the fingers and then spreads centrally toward 
the body, the term distal is employed. When paralysis 
starts in the eyelids and facial muscles, it is classed as 
ocular. The causes of these conditions are obscure. 


Although once considered rare, myotonic dystro- 
phy is now being recognized with increasing fre- 
quency. It is an inheritable or familial condition that 
primarily affects young adults. The muscle groups of 
the hands, feet, and face (taper mouth is secondary to 
atrophy of face muscles) are most commonly involved. 
An individual with this condition may be easily able to 
shake hands but may have difficulty relaxing his grip. 
There are many accompanying glandular disturban- 
ces, changes in bones, and elevated blood cholesterol. 
Since so many body functions are affected by this 
disease, it is not surprising that death (from heart 
attacks) usually occurs before middle age. 


The neuromyopathies 


Neuromyopathies are similar to the dystrophies in 
that there is both nerve and muscular involvement, but 
there are also differences between the two categories. 
Some neuromyopathies start in childhood, while 
others begin later in life. Neuromyopathies involve 
more brain and spinal cord damage; causes can 
include infectious diseases, allergic conditions, immu- 
nologic problems, and toxic or traumatic injuries. 


Amyotonia congenita of the Werdnig-Hoffmann 
type is the most prevalent condition in this group. In 
all types of amyotonia congenita, however, there is a 
failure of development or a degeneration of the motor 
neurons of the central nervous system or damage of 
the nerve pathways to the muscles. Since nerve activa- 
tion of the muscles is diminished or lost completely, 
muscles atrophy. The condition is recognizable within 
the first few weeks of life. The child lies flaccid on his 
back with the head turned to one side, his cry is weak, 
and his reflexes are diminished or gone. In such severe 
cases, death occurs before the fifth year, but in some 
instances, a few years later. The condition is familial 
and affects both sexes equally. On biopsy the most 
striking microscopic characteristic of affected muscle 
tissue is the absence or loss of the development of end 
plates, where the twig-like branches of the motor 
nerves dip into the muscle fibers. The motor nerves 
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KEY TERMS 


Acetylcholine (ACh)—A white crystalline chemical 
compound (C7H,7NO3) that transmits nerve 
impulses across intercellular gaps and activates mus- 
cular contraction. 


Actin—A muscle protein, active with myosin, in 
muscle contraction. 


Action potential—A transient change in the electri- 
cal potential across a membrane which results in the 
generation of a nerve impulse. 


Cholinesterase—An enzyme that destroys acetyl- 
choline and keeps it from accumulating at neuro- 
muscular interfaces. 


Creatine—A nitrogenous, organic acid found in the 
muscle tissue of many vertebrates. Blood levels 
increase when muscle is damaged. 


Creatine kinase—A enzyme that is found and easily 
measured in blood and other tissues. It increases 
quantitatively when there is muscle destruction. 


or axons also show some typical thickening. Several 
blood enzyme tests are available for differentiating 
neuromyopathy from dystrophy but, since neither 
condition can be effectively treated, the distinction 
has little therapeutic value. 


Progressive muscular atrophy 


Although there are several variations of this dis- 
order, they all show wasting of the muscles (atrophy) 
secondary to degeneration of the motor nerve system. 
The most common type is called amyotrophic lateral 
sclerosis and is popularly known as Lou Gehrig dis- 
ease. Onset generally occurs between ages 40 to 70 
years, but the disease can begin at other times in life. 
Although it may begin on one side, it always becomes 
bilateral. It is always fatal (within two to five years 
after diagnosis), since it spreads upward to involve 
throat and other vital muscles. 


Charcot-Marie-Tooth disease (CMT) is named 
after the three doctors who first described it in 1886, 
Professor Jean-Martin Charcot (pronounced sharko) 
(1825-1893), his student, Pierre Marie (1853-1940), 
who both worked in Paris (France) at the Hospital 
de Salpetriere, and Dr. Howard Tooth (1856-1925) 
of London (England). It is also called peroneal mus- 
cular atrophy (PMA) because the peroneal muscle 
down the front of the shin that enables one to pull 
the foot up is usually the first muscle to be affected. 
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Dystrophin—An abnormal encoded protein isolated 
from the Duchenne gene at the Xp21 locus. 


Glycogen—A starchy substance that is synthesized 
and stored in the muscles and a ready source of 
energy for muscular contraction. 


Neuromuscular junction—Where the nerve fibers 
terminate in the muscle tissue. 


Neuron—A nerve cell consisting of a nucleated por- 
tion from which there extrude smaller extensions 
called dendrites and longer processes called axons. 
Neurons may be either sensory or motor. 


Plasmalemma—Outer sheath or membrane of 


muscle tissue. 


Sarcolemma—Muscle tissue enclosed by muscle 
sheath and closely related to another substance 
called sarcoplasma. 


A weakened peroneal muscle can cause sloppy walk- 
ing or drop foot, which causes tripping. CMT also has 
a third and more recent name, hereditary motor and 
sensory neuropathy (HMSN). This name more accu- 
rately describes the syndrome because it is hereditary, 
can affect both or either the ability to move (motor) or 
the ability to feel (sensory). 


CMT is primarily a disease of the nerves whereby 
the myelin or insulating sheath of myelin on the nerves 
does not stay intact and the messages from the brain to 
the muscles through the nerves are not carried prop- 
erly. It differs from muscular dystrophy in that people 
who have CMT are born with normal muscles. The 
muscles atrophy because the CMT affected nerves that 
serve them cannot properly send the message from the 
brain for them to move. Therefore, muscles can atro- 
phy even though they are being used. People with 
muscular dystrophy have a problem with their muscles 
from the beginning. CMT is a muscular atrophy not a 
muscular dystrophy. 


CMT is not well known but it is not rare. Many 
people do not know they have it even though it is 
carried in families sometimes for generations. CMT 
can be inherited three ways but most cases are inher- 
ited autosomal dominate pattern meaning it comes 
directly down a line from parent to child. In this 
form of inheritance there is a 50/50 chance at each 
conception that the child will have CMT. 
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Outward signs are what doctors look for to begin 
a diagnosis of CMT. The primary signs for CMT are: 
loss of muscle in the calf area giving the leg a very thin 
look from the knee down, a drop foot walk, high 
arches or very flat feet and other foot bone deform- 
ities, cocked or hammertoes, ankle weakness and loss 
of feeling and/or movement in the foot and ankle. 
Primary signs in the upper extremities are finger, 
hand and grip as well as wrist weakness, the loss of 
the muscle that lets the thumb move and a loss of 
feeling and/or movement in the hand and wrist. 
Balance is usually affected because the muscles of the 
feet are weak and cannot compensate for a sudden 
stop or a change in the terrain. 


Fatigue is one of the prime symptoms that every- 
one who has CMT seems to experience. Scoliosis and 
other spinal deformities are often diagnosed in people 
who show CMT at an early age and some people 
experience hip and knee dislocations while some are 
born with deformed hip sockets. Diagnosis can also be 
made by doing an electromyogram (EMG) that meas- 
ures the irritability and function of muscles and motor 
nerve-conduction velocity (MNCYV) tests that estab- 
lish the ability of nerves to send and receive impulses. 


CMT does not affect life expectancy unless the 
phrenic nerves that help one breathe are badly involved. 
Also, some people who have CMT lose the ability to 
cough. Not being able to cough and weakened respira- 
tory function can mean a person is more susceptible to 
life-threatening lung infections and disease. With an 
early diagnosis and by taking care of oneself over the 
years, most people with CMT will live a normal life 
span without too much difficulty, although there is no 
denying the fact that some people do have severe prob- 
lems. Surgery can help foot, ankle, hand, finger, spine 
and hip problems. Ankle-foot orthotics (AFOs) can 
also help a person with footdrop walk without tripping 
and in-shoe orthotics can help alleviate pain experi- 
enced when walking and give a person an improved 
gait. Genetic research has already found the genes 
that cause some of the many types of CMT and is 
ongoing. Testing for some types is available. 


See also Muscular system. 
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| Neuron 


Neurons are nerve cells (neurocytes), which, 
together with neuroglial cells, comprise the nervous 
tissue of the nervous system. The neuron is the basic 
element of our mental faculties, including memory, 
pain, the senses, emotion, and rational thought. 


A neuron consists of a nerve cell body (or soma), 
an elongated projection (axon), and short branching 
fibers (called dendrites). Neurons receive nerve signals 
(action potentials), integrate action potentials, and 
transmit these signals to other neurons or effector 
organs, such as muscles and glands. The structure 
and function of neurons is essentially the same in all 
animals, although the human nervous system is much 
more specialized and complicated than that of lower 
animals. Humans are born with a large, but finite, 
supply of neurons and those cells that are lost through 
aging, injury, or disease cannot be replaced. 


The unique morphological and intercellular struc- 
ture of the neuron is dedicated to the efficient and 
rapid transmission of neural signals. Within the neu- 
ron, the neural signal travels electrically. At the syn- 
apse, the gap between neurons, neural signals are 
conveyed chemically by a limited number of chemicals 
termed neurotransmitters. Specialized parts of the 
neuron facilitate the production, release, binding, 
and uptake of these neurotransmitters. 


Structure and function 


Although there are variations related to function, a 
typical neuron consists of dendrites (also termed dendritic 
processes), a cell body, an axon, and an axon terminus. 


Dendrites are the (filamentous) terminal portions 
of neuron that bind neurotransmitter chemicals 
migrating across the synaptic gaps separating neu- 
rons. Depending on the type and function of a partic- 
ular neuron, neurotransmitters may cause or inhibit 
the transmission of neural impulses. The cell body 
contains the cell nucleus and a concentration of cellu- 
lar organelles. The cell body is the site of the normal 
metabolic reactions that allow the cell to remain 
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A scanning electron micrograph (SEM) of three neurons of 
the human cerebral cortex. (Secchi-Lecague/Roussel-UCLAF/ 
CNRI/Science Photo Library. National Audubon Society 
Collection/Photo Researchers, Inc.) 


viable. Neurotransmitters synthesized within the cell 
body are transported to the axon terminus by micro- 
filaments and microtubules. 


The nerve cell body contains a nucleus, a nucleo- 
lus, and cytoplasm containing the cell (such as mito- 
chondria, endoplasmic reticulum, and so on). Unique 
to the nerve cell body are Nissl bodies, which are 
rough surfaced vesicles in the endoplasmic reticulum 
(cytoplasm located near the nucleus), and are involved 
with protein synthesis. Another characteristic struc- 
ture of nerve cells are the neurofibrils, which are del- 
icate threadlike structures that help to maintain the 
shape of the cell, and which transport substances 
between the cell body and the axon terminals. The 
plasma membrane around the cell separates the cyto- 
plasm on the inside of the cell from the extracellular 
fluid on the outside. Cell membranes of neurons con- 
tain electrically gated channels, which when properly 
stimulated allow electrically charged particles (such as 
sodium and potassium ions) to pass across the barrier. 
This ionic exchange is the basis for the flow, or action 
potential, of the nerve impulse. 


The axon is a cytoplasmic continuation of the cell 
body specialized for the electrical conduction of neural 
signals. The axon may be long—up to a yard in length 
in humans—or short, depending upon the neuron’s 
position and function. The cell membranes of the 
neural axon transmit neural signals via changes in 
action potentials that sweep down the membrane. 


At the junction of the cell body and axon is a region 
termed the axon hillock. At the axon hillock, chemical 
signals received by the dendrites may reach a threshold 
level to cause a wave of electrical depolarization and 
hyperpolarization of the axon cell membrane. The net 
movements of ions across the cell membrane are 
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responsible for these changes that move down the 
axon to the axon terminus as an action potential. 


At the axon terminus, neurotransmitters are 
released into the synaptic gap. Through synaptic gaps, 
a typical neuron may interconnect with thousands and 
tens of thousands of other neurons. Axon terminals have 
knoblike swellings at the very end called synaptic knobs 
or end buttons. Each synaptic knob communicates with 
a dendrite or cell body of another neuron, the point of 
contact being a synapse. Under very high magnification, 
a very tiny space, the synaptic cleft or gap (about one 
millionth of an inch, or mm), can be detected between 
the synaptic knob and dendrite or cell body. Synaptic 
knobs contain hundreds of neurovesicles that contain a 
transmitter substance (or neurotransmitter). When a 
nerve impulse reaches the synaptic knob the neurotrans- 
mitter is ejected into the synaptic cleft and serves as a 
stimulus to the next adjacent neuron. The vast majority 
of all impulses transmitted occur at the synaptic gaps, 
although recent research indicates that chemical trans- 
mission can occur at other points along the axon. Many 
neurological diseases and psychiatric disorders result 
from a disturbance or alteration of synaptic activity. 
Drugs such as tranquilizers, anesthetics, nicotine, and 
caffeine target the synapse and can cause an alteration 
of impulse transmission. 


Structural classification 


Neurons exist in many shapes and sizes. Their 
structure, like that of other cells in the body or in 
nature, illustrates that structure often determines 
function. There are three basic structural and func- 
tional classifications of neurons. 


The structural classification of a neurons depends 
upon the number of dendrites extending from the cell 
body. Multipolar neurons have several dendrites; the 
majority of neurons in the spinal chord and brain are 
multipolar. Bipolar neurons have only two processes: 
a single dendrite and an axon. Bipolar neurons are 
found in the sense organs-and in the retina of the eye 
and in olfactory cells. Unipolar neurons lack dendrites 
and have a single axon, and are also sensory neurons. 


Multipolar neurons have many processes and 
serve principally as motor neurons. Motor neurons, 
efferent because they conduct impulses away from the 
central nervous system (the brain and spinal cord) 
regulate the function of muscles and glands. Afferent 
neural pathways that send signals to the central nerv- 
ous system (CNS) are generally composed of unipolar 
neurons. Unipolar neurons also serve as sensory neu- 
rons—their filamentous dendritic processes exposed 
and elaborated into or connected to sensory receptor 
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cells. Interneurons are neurons that connect neurons 
along a neural pathway. 


Glial cells 


One cannot discuss the neuron without mentioning 
glial cells or neuroglia. It was once thought that these 
cells simply held everything together (g/oios means glue, 
in Greek), but we now know that neuroglia are highly 
specialized cells. For example, neuroglia are responsible 
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for physical support, protection against infection 
(through phagocytosis), and the connection of nerve 
cells to blood vessels. The Schwann cell (or neurolem- 
mocyte) is a common type of glial cell found in periph- 
eral nerve axons. Schwann cells wrap “jelly roll style” 
around the axon, forming a whitish phospholipid 
(fatty) protective and insulating cover known as the 
myelin sheath. The myelin sheath of the axon of periph- 
eral nerves has interruptions or exposed gaps known as 
the Nodes of Ranvier. Schwann cells also make up the 
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KEY TERMS 


Action potential—A transient change in the elec- 
trical potential across a membrane which results in 
the generation of a nerve impulse. 


Afferent neuron—A sensory neuron that carries an 
impulse toward the central nervous system. 


Axon—The threadlike projection of a neuron that 
carries an impulse away from the cell body of the 
neuron. 


Consciousness—A mental state involving aware- 
ness of the self and the environment. 


Dendrites—Branched structures of nerve cell 
bodies which receive impulses from axons and 
carry them to the nerve cell body. 


Efferent neuron—A motor neuron that carries an 
impulse from the central nervous system to muscles 
or glands. 


Memory—The ability to recall thoughts or events. 


Myelin sheath—A white phospholipid (fat) cover- 
ing of peripheral nerve axons. 


Neuroglia—Specialized nerve cells also called 
glial cells. The Schwann cell is a glial cell. 


Neurolemma—Protective nerve covering made by 
Schwann cells. 


neurolemma, a continuous sheath that covers both the 
myelin sheath and the axon at the Nodes of Ranvier. 
Action potentials traveling down the axon occur only at 
the Nodes of Ranvier, jumping rapidly from gap to gap 
(saltatory conduction), which conducts impulses signif- 
icantly faster than in nonmyelinated nerves. The neuro- 
lemma is found only in peripheral nerve fibers and plays 
a crucial part in nerve fiber regeneration. Damaged 
axons will regenerate; damaged cell bodies will not. 
The myelinated sheaths of the axons of neuron in the 
brain and spinal cord (the central nervous system) are 
made from different glial cells (oligodendrocytes), 
which lack a neurolemma, so making the regeneration 
of their axons impossible. Multiple sclerosis is a serious 
demyelinating disease of the central nervous system. 
Not all axons are myelinated; the presence of myelin is 
one difference between white matter (which has myeli- 
nated axons) and gray matter (which does not). 


Functional classification 
Sensory neurons transduce physical stimuli, such 


as smell, light, or sound, into action potentials that are 
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then transmitted to the spinal cord or brain, bringing 
information into the central nervous system. Sensory 
neurons are also referred to as afferent neurons. 
Motor neurons transmit nerve impulses away from 
the brain and spinal cord to muscles or glands and 
are also called efferent neurons. Interneurons transmit 
nerve impulses between sensory neurons and the 
motor neurons. Interneurons are responsible for 
receiving, relaying, integrating, and sending nerve 
impulses. Interneurons are found exclusively in the 
central nervous system and account for almost 99% 
of all the nerve cells in the body. 


See also Adenosine triphosphate; Nerve impulses 
and conduction of impulses; Neuromuscular diseases; 
Reflex; Touch. 
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| Neuroscience 


Neuroscience is the study of the nervous system 
and its components. Neuroscientists may examine the 
nervous systems of humans and higher animals as well 
as simple multicellular nervous systems, or investigate 
nervous phenomenon at the cellular, organelle, or 
molecular level. 


In the twentieth century, neuroscience was greatly 
advanced by Wilder Penfield, who stimulated nerves 
in the brains of conscious patients to obtain a rudi- 
mentary functional map of the brain. 


In the 1970s, it became possible to probe brain 
nerve function without the need for surgery. 
Sophisticated brain imaging techniques such as 
Positron emission tomography (PET) revolutionized 
neuroscience by allowing scientists to produce pictures 
of a working brain. Since then, scientists and engineers 
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have come up with even better brain imaging systems, 
such as functional magnetic resonance imaging 
(fMRI). Using fMRI, neuroscientists can detect 
increases in blood oxygenation during brain function, 
and this shows which areas of the brain are most 
active. Brain activity occurs very quickly—neurons 
can respond to stimulus within 10 milliseconds—and 
very sophisticated equipment is needed to capture 
such fleeting movements. Using neuroimaging, the 
flux of sodium ions within the brain can be measured, 
giving a direct record of neural activity. As well, the 
scattering of light by brain tissues can be measured 
with fiber-optics. Both these techniques hope to give a 
more precise picture of which areas of the brain 
become active when a person thinks. 


[ Neurosurgery 


Neurosurgery, sometimes also called neurologi- 
cal surgery, 1s a medical specialty concerned with the 
diagnosis and treatment of the central and peripheral 
nervous system. It also involves the surgical opera- 
tions on the brain and spinal column. These proce- 
dures involve such activities as cutting out tumors 
from the brain and repairing slipped discs in the 
spine. 

The nervous system is composed of the brain, 
spinal cord and spinal column, as well as the nerves 
that travel through all parts of the body (hands, legs, 
arms, face). Neurosurgeons treat degenerative and 
congenital diseases of the spine, pain from pinched 
nerves in the neck, lower back pain, sciatica, carpal 
tunnel syndrome, epilepsy, stroke, Parkinson disease, 
chronic pain and sports injuries of the head and 
spine, in addition to brain tumors, hemorrhages and 
trauma, tumor of the pituitary gland, and disorders of 
the arteries that carry blood from the heart to the 
brain. The field of neurosurgery encompasses both 
adult and pediatric patients. Neurosurgery has one 
of the longest training periods of any medical specialty 
due to the extreme complexity of the nervous system 
and the advanced techniques used in neurosurgical 
operations. 


Neurosurgery may have begun in the early stages 
of human evolution. Skulls of early humans show 
signs of incision through the bone. Some skulls have 
as many as five openings cut into them. Some of this 
ritual was probably for magical purposes and some 
was medicinal, performed to release the spirits that 
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were causing excruciating headaches or making an 
individual show signs of insanity, or to remove bone 
fragments resulting from trauma. This process is 
called trephination (less commonly, trepanation) and 
was a common procedure as early as the Neolithic 
period. Interestingly, this procedure was done in 
human settlements around the world. These clans or 
tribes had no contact with each other, yet they devised 
and practiced a similar procedure as a form of spiritual 
or medical therapy. 


Trephining was accomplished with a sharpened 
flint moved in rapid circular motions to cut through 
the bony skull. The procedure took about a half hour 
ona drugged patient. It is likely that early humans had 
discovered the means to immobilize an individual so 
that surgery could be carried out. Trephining was 
practiced as late as the mid-twentieth century among 
isolated peoples. Even cadavers were trephined to 
remove bone fragments, which were then worn as 
amulets. 


Needless to say, the survival rate of trephination 
was low. However, skulls have been found that show 
bone growth around the edges of the opening, indicat- 
ing that the patient survived for a time after the pro- 
cedure. More often, skulls with trephined openings 
show the raw, incised edges of the operative area, 
indicating that the patient probably died during sur- 
gery or shortly thereafter. Infection was not under- 
stood and was a high probability following surgery 
in such conditions. 


It was not until the late nineteenth century that 
further progress was made in the field of neurosurgery. 
In November 1884, two British surgeons, Alexander 
Hughes Bennett (1848-1901) and Richman John 
Godlee (1849-1925), operated to remove a brain 
tumor. Shortly thereafter, in 1888, English scientist 
Sir Victor Horsley (1857-1916) removed a tumor 
from the spinal cord of one of his patients. That 
same year American surgeon William Williams Keen 
(1837-1932), of Philadelphia, Pennsylvania, removed 
a meningioma, a hard, slow-growing tumor that 
grows on one of the membranes covering the brain. 
In 1889, Keen tapped the ventricles of the brain, the 
small openings at the base of the brain where fluid 
collects. 


The development of the x ray provided a means 
for neurosurgeons to find tumors growing in the brain, 
bone splinters, or other foreign objects. Still, it 
remained difficult to locate these growths precisely 
enough for surgical removal. The invention of stereo- 
tactic frames to provide precise guidance to underlying 
tumors helped revolutionize surgery on the brain. 
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Application of neurosurgery 


Current neurosurgery includes trephination along 
with other procedures to correct not only injury and 
disease of the central nervous system, but also to 
modify nerve supply to other areas of the body that 
may benefit from such surgery and to enhance blood 
supply to the brain. A number of conditions are com- 
monly treated by neurosurgery. Injuries of the skull, 
brain, vertebral column and spinal cord are common 
diagnoses in neurosurgery and are most commonly 
caused by motor vehicle accidents or sports accidents. 


Injury to the head or spinal column may result in 
swelling of the enclosed nervous tissues, bleeding inside 
the skull that would place pressure on a localized area 
of the brain, or may involve bone fragments impinging 
on the brain or spinal cord as a result of a blow to the 
head or back. Certain congenital conditions such as 
hydrocephalus (excessive fluid on the brain) or spina 
bifida (a condition in which the spine has not closed 
around the spinal cord) frequently are treated by the 
neurosurgeon. Premature closure of the skull, which 
will prevent the skull from expanding as the brain 
grows, also requires surgery to separate the skull bones. 


Tumor growth in the skull or spinal column may 
also require surgical correction. A benign (non- 
cancerous) tumor in the brain is usually well defined 
and can be removed by delicate surgery. A malignant 
(cancerous) tumor presents a much more challenging 
problem because it is not defined as clearly and may 
contain a benign growth as well. Still, some areas of 
the brain remain unreachable by surgical tools and a 
growth in those areas cannot be removed. In that case, 
the physician may resort to radiation therapy or the 
use of anti-tumor drugs. 


The brain requires an especially copious blood 
supply. Large arteries in the side and back of the 
neck carry blood to the brain, but when these arteries 
become narrowed or blocked by fatty deposits (a con- 
dition called atherosclerosis), the blood supply to the 
brain may be reduced to an insufficient amount. A 
balloon catheter may be used by the physician to 
clear the blockage. In this procedure, called angiogra- 
phy, a catheter is guided to the site of blockage. The 
tiny balloon on the end of the catheter is inflated to 
press the blockage out of the way. The balloon is then 
deflated, and the catheter removed. In the event this 
procedure is not effective, the surgeon may need to 
operate on the blood vessels instead of the brain itself. 
A graft to bypass the blocked area may be called for or 
the vessel may be opened and the deposit removed (a 
procedure called endarterectomy) if the artery is acces- 
sible. In addition, an artery can balloon from the 
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pressure of the blood within it. This is called an aneur- 
ism, and it forms at the site of a weak spot in the 
arterial wall. The swollen artery in itself may do no 
harm, but the weakened arterial wall can burst at any 
time, allowing the escape of blood into the brain. This 
is one form of stroke. If the artery is accessible, the 
surgeon can remove the weak area and sew the ends of 
the artery together again. If the artery cannot be 
reached for surgical correction, some means can be 
taken to reinforce the arterial wall from within. 


A so-called slipped disk or ruptured disk, damage 
to one of the cartilaginous disks between the verte- 
brae, may form a protrubance into the spinal canal 
that impinges on the spinal cord. This may cause pain 
or even the inability to walk normally. Here again, the 
neurosurgeon may need to take steps to remove the 
protrusion and in some cases fuse the vertebrae to 
prevent their flexing on the weakened disk. 


In cases of intractable pain or involuntary move- 
ments that cannot be corrected, the surgeon may be 
called upon to interrupt the nerve supply to a given 
area. This function is being taken over more and more 
by medical therapy as physicians learn new informa- 
tion about nerve functions and how to interrupt them 
medicinally, but the surgeon still provides a needed 
service. 


Locating a tumor or area in which blood has been 
released inside the skull requires a rigorous diagnostic 
procedure. If the patient has had an accident such as a 
fall or automobile wreck in which he/she struck his/her 
head, the surgeon may be more aware of the possibility 
of the existence of a blood clot forming on the brain, 
bone fragments that may be impinging on the brain, or 
swelling of the brain. If the patient denies any acciden- 
tal trauma to the head, but has had persistent and 
longstanding headaches, visual disturbances, dizzi- 
ness, or other lingering symptoms, the surgeon is 
alerted to the possibility of an aneurism or other 
source of blood leakage or a developing tumor. 


Diagnosis 


The diagnosis of the source of a brain disorder has 
become infinitely more precise with the modern tech- 
nology of computerized tomography (CT) and mag- 
netic resonance imaging (MRI) scans. Either of these 
scans shows several views of the brain and the presence 
of a tumor, excessive fluid build-up, or intracranial 
bleeding. They also provide the means for precise 
measurement of the depth of the growth and its angle 
from various landmarks on the skull. This enables the 
neurosurgeon to use a stereotactic frame to guide his 
instruments precisely to the site of the lesion. 
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The CT or MRI scan shows a cross section of the 
brain at a certain level. Each exposure is slightly 
advanced from the previous one. In all, the images 
appear to be slices of the brain that show various details 
at each level. The computer control also allows the 
images to be combined to form a three-dimensional 
image so the physician can see the tumor or damaged 
area of the brain in relation to the complete structure. 
In this way, the surgeon can decide whether the patient 
is a candidate for surgery or whether the tumor or other 
lesion is not accessible. The image also gives a good idea 
of whether the tumor is a cancerous lesion or is benign. 


Advances in neurosurgery 


Diagnostic accuracy allows the surgeon to work 
precisely where he or she wants to work with amazing 
efficiency and reliability, each and every time. The 
result is that the surgical incision has been reduced to 
an absolute minimum. Smaller incisions, less tissue 
trauma, and better surgical planning have reduced the 
overall risk of brain surgery from almost 90% in the 
1940s to about less than 2% in the twenty-first century. 


A groundbreaking medical advance of recent 
years, is the Leksell gamma knife. This revolutionary 
new treatment is a safe, effective, and cost-efficient 
alternative to conventional neurosurgery for certain 
patients. Developed in 1968 by Swedish professors 
Lars Leksell (1907-1986) and Borge Larsson, the 
gamma knife is a highly advanced instrument used to 
treat arteriovenous malformations (AVM), facial 
pain, benign and malignant brain tumors, and other 
functional brain disorders. What makes the gamma 
knife so unique is that it successfully treats these con- 
ditions with no incision. Instead, it uses a concentrated 
radiation dose from Cobalt-60 sources. A total of 201 
beams of radiation intersect to form a powerful tool 
focused on a targeted area of abnormal tissue within 
the brain. The gamma knife is so precise that it dam- 
ages and destroys the unhealthy tissue while sparing 
adjacent normal, healthy tissue. 


Intraoperative guidance systems 


Just as NASA’s space shuttle is guided in mid-flight, 
so the hand of the surgeon can be guided in mid-oper- 
ation. Stereotactic guidance systems (involving surface 
markers or frames, computers, etc.), three dimensional 
computer-assisted guidance systems (via infrared lights, 
lasers, mechanical arms, radiotelemetry), even real-time 
imaging such as intraoperative ultrasonic guidance sys- 
tems and MRI, and finally computer-guided mechanical 
arms (hands free) are all available to today’s surgeon. 
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Stereotactic surgery is the use of a special frame 
that attaches to the skull and serves to guide the sur- 
geon’s instruments, electrodes, or cannulae precisely to 
a local area. The frame is called a stereoencephalotome, 
which combines the Greek words for solid, head, and to 
cut; thus, it is an instrument to cut through the solid 
head. In fact, the stereoencephalotome does no cutting. 
Instead, it is an instrument with a rounded frame that 
attaches to the patient’s head and can be used to guide 
instruments at precise angles into the brain. 


Once the surgeon has located the area of the brain 
in which to operate, he/she places a stereotactic frame 
on the patient’s head. Several types of frame can be 
used, each of which differs in its type of orientation. 
Some frames must be oriented with a trephined open- 
ing in the skull. Others are oriented using landmarks 
on the skull such as the ear canals. Once the surgeon 
has placed the frame over the brain lesion he/she can 
position movable arms in the frame to guide electrodes 
or other instruments into the substance of the brain. 
Tissue destruction can interrupt pain pathways to 
reduce pain from cancer or other lesions, which helps 
the patient better cope with therapy. Certain diseases 
such as Parkinsonism or hyperkinesis, which involve 
involuntary movements or shaking can be helped by 
destroying a small area within the brain. Also, this 
method can be used to remove a blockage of the drain- 
age system of the brain, which in turn allows the build- 
up of cerebrospinal fluid and causes hydrocephalus. 
Removing the tumor blocking the drainage canal or 
implanting a tube through the canal to drain the fluid 
relieves the pressure within the skull. Of course, for- 
eign bodies such as bullets also can be located and 
removed. Precisely focused radiation can be guided 
by stereoframes to converge on the site of a tumor 
and destroy it. 


As physicians learn more about the brain and the 
precise location of various functions within it, the use of 
stereotactic surgery grows. The brain is the only organ 
that can study itself, and it continues to accumulate 
knowledge that serves its own best interest in times of 
illness or injury. With current technology, scientists have 
begun the implantation of electrodes in the brain to 
allow the deaf to hear and the blind to see. The electrodes 
are threaded into the area of the brain that controls 
hearing or sight and then are connected through a com- 
puter to a light or sound receptor. Although this techni- 
que is in its early stages, progress in miniaturization of 
the hardware and the improved knowledge of brain 
structure and function are combining to make this field 
a promising venture for the near future. 


See also Neuron; Neuroscience. 
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KEY TERMS 


Cannula (plural: cannulae)—A hollow tube 
inserted into an area of the body to drain fluid, 
guide an instrument, or provide a means to meas- 
ure pressure or temperature. 


Hyperkinesis—Excessive movement or motor activ- 
ity. A syndrome that results from a brain lesion and 
leads to fidgeting, nervousness, constant move- 
ment, short attention span, and other symptoms in 
adolescence. 


Neolithic period—The geological period that 
began approximately 12,000 years ago. It was dur- 
ing this period that humans developed advanced 
stone tools and began forming farming societies. 


Neuro—Refers to the nervous system, including the 
brain, spinal cord, or the nerves leading to and from 
them. 
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I Neurotransmitter 


Neurotransmitters are chemical agents secreted at 
the end of axons of nerve cells that diffuse across the 
synaptic gap and transmit information to adjoining 
cells such as neurons, muscle cells, and glands by 
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altering their electrical state or activity. There are 
many neurotransmitters with a variety of structures 
and functions; two of the principle ones are acetylcho- 
line and norepinephrine. Since neurotransmitters con- 
vey information, anything that affects their behavior 
affects the function of the organism. 


Neurotransmitter function 


Neurotransmitters are stored in tiny sac-like 
structures called vesicles at the end of axons. When 
an impulse, or nerve signal, reaches the end of the 
axon, the vesicles release a neurotransmitter into the 
small space between the adjoining cells (synaptic gap). 
Neurotransmitters diffuse across the synapse and bind 
to receptors in the receiving cell that are specific for the 
neurotransmitter. The kinds of reactions that occur in 
the receiving cell may vary. The cell may be excited 
and an action potential is set up and the impulse is 
transmitted; or the opposite effect may occur, and the 
cell will be inhibited from transmitting the impulse 
because it becomes hyperpolarized. 


Neurotransmitters function by changing the per- 
meability of the cell membrane to various ions such as 
sodium and potassium. If an excess of sodium ions 
flow into the nerve cell, an impulse is generated. If an 
excess of potassium ions flow out, the impulse is inhib- 
ited. Sometimes the receiving cell gets a number of 
different messages at the same time, and they can 
cancel one another. 


Neurotransmitters coordinate behavior by their 
effects on receiving cells. The number and kind of neuro- 
transmitter molecules received by the receptor cell, as 
well as the kind of receptor, determines whether the 
effect will be to stimulate or inhibit. If neurotransmitters 
were allowed to operate over a long period of time, the 
results would be disastrous for the organism since there 
would be a constant overload of messages being sent. 
One way in which the problem is solved is through 
enzymes that break down the neurotransmitter very 
rapidly. One such enzyme, acetylcholinesterase, can 
split one acetylcholine molecule every 40 microseconds. 


Many organic phosphates, which are poisons, 
operate by inhibiting acetylcholinesterase, leading to 
prolonged muscle contractions. Other neurotransmit- 
ters, such as norepinephrine and dopamine, are 
removed when they are taken up again by the vesicles 
in the axon endings after their release, or they are 
broken down by monamine oxidase. Some early anti- 
depressant drugs, such as phenelzine and tranylcypro- 
mine, were monoamine oxidase (MAO) inhibitors, 
which allow neurotransmitters, like norepinephrine 
to have longer action and alleviate symptoms of 
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depression. Significant side effects resulting from the 
alteration of neurotransmitter degradation has led toa 
decline in the use of MAO inhibitors in the treatment 
of clinical depression. 


Neurotransmitter characteristics 


The number of known neurotransmitters has 
increased tremendously over the past several years. One 
of the earliest ones studied was acetylcholine, the most 
common neurotransmitter found in both invertebrates 
and vertebrates. It is the stimulating agent for skeletal 
muscle cells, but is the inhibiting agent for heart muscle 
cells, which demonstrates that the action of a neuro- 
transmitter is influenced by the target receptor cells. 


Norepinephrine, a catecholamine, is a biogenic 
amine derived from the amino acid tyrosine. It often 
works in an opposite way from acetylcholine in the 
autonomic nervous system and is also found in the 
cerebrum, cerebellum, and spinal cord. Another cat- 
echolamine found in the brain is dopamine. It appears 
to be important in movement and regulating emo- 
tional responses. A widely distributed neurotransmit- 
ter, serotonin, is found in blood platelets, the lining of 
the digestive tract, and the brain. It causes very power- 
ful contractions of smooth muscle, and is associated 
with mood, attention, emotions, and sleep. 


Psychoactive drugs like LSD and mescaline mimic 
the structure and function of serotonin and other bio- 
genic drugs to change the use’s mental state. Some new 
antidepressants, for example, allow lengthened sero- 
tonin activity. One very common drug, Prozac 
(Fluoxetine), is a selective serotonin reuptake inhibi- 
tor (SSRI). As the name implies, the drug inhibits the 
reuptake of serotonin from synaptic gaps, thus 
increasing neurotransmitter action in the brain, allevi- 
ating depressive symptoms. 


Another amino acid derivative, gamma-amino- 
butyric acid (GABA) is a major inhibitory transmitter 
in the central nervous system that also seems to play a 
role in Huntington’s disease. In addition to the natu- 
rally occurring neurotransmitters, peptides such as 
opioids, which kill pain and cause sleepiness, also act 
as neurotransmitters. Recently, the gases nitric oxide 
and carbon monoxide have been discovered to be 
released from neurons. Nitric oxide diffuses to the 
nerves of the digestive system and governs the relaxa- 
tion required for the normal movements of digestion. 


Neurotransmitters and disease 
Learning how neurotransmitters function has given 


scientists knowledge into the cause of some diseases, the 
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effects of certain substances, and the behavior of organ- 
isms. Myasthenia gravis, a disease characterized by 
muscle weakness and fatigue, is caused by a disturbance 
in the action of acetylcholine on skeletal muscles; it is 
treated by drugs that enhance the effect of acetylcholine. 
The discovery that Parkinson’s disease causes dopa- 
mine-containing neurons in the brain to degenerate, 
leading to the characteristic shuffling gait and trembling 
in its victims, led to the use of levodopa, a compound 
that replaces dopamine. 


Impairment of the dopamine system is also impli- 
cated in schizophrenia, a mental disease marked by 
disturbances in thinking and emotional reactions. 
Drugs, such as chlorpromazine and clozapine, that 
block dopamine receptors in the brain have been used 
to alleviate the symptoms. Depression, which afflicts 
about 3.5% of the population, is treated with antide- 
pressants that affect norepinephrine and serotonin in 
the brain by correcting the abnormal excess or inhib- 
ition of signals that control mood, thoughts, pain, and 
other sensations. A new drug, fluoxetine, is a serotonin 
reuptake inhibitor that appears to establish the level of 
serotonin required to function at a normal level. 


Alzheimer’s disease, which affects an estimated four 
million Americans, is characterized by memory loss and 
the eventual inability for self-care. The disease seems to 
be caused by a loss of cells in the basal forebrain that 
secrete acetylcholine. Some experimental drugs to alle- 
viate the symptoms have been developed, but presently 
there is no known treatment for the disease. 


Neurotransmitters and drugs 


The rise of drug addiction has directed attention to 
the role of neurotransmitters by attempting to under- 
stand how it happens and how it can be counteracted. 
Cocaine and crack are psychostimulants that affect 
neurons containing dopamine in the limbic and frontal 
cortex of the brain; when used they generate a feelings 
of confidence and power. However, when large 
amounts are taken, users “crash” and suffer physical 
and emotional exhaustion as well as depression. 
Opiates such as heroin and morphine appear to mimic 
naturally occurring peptide substances in the brain with 
opiate activity called endorphins. Natural endorphins 
of the brain kill pain, cause sensations of pleasure, and 
cause sleepiness. Endorphins released with extensive 
aerobicexercise, for example, are responsible for the 
“rush” that long-distance runners experience. 


Morphine and heroin are thought to combine with 
endorphin receptors in the brain, reducing natural 
endorphin production. As a result, the drugs are needed 
to replace the naturally produced endorphins and 
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addiction may occur. Treatment often involves using 
drugs that mimic them, such as nalorphine, naloxone, 
and naltrexone. Probably the most-used depressant 
drug, alcohol is believed to cause its effects by interact- 
ing with the GABA receptor. Initially anxiety is con- 
trolled, but greater amounts reduce muscle control and 
delay reaction time due to impaired thinking. 


Neurotransmitters’ role in memory 
and learning 


One of the most exciting areas of research is the 
attempt to find out how learning and memory take 
place. One of the earliest researchers who attempted to 
explain learning and memory as a function of cellular 
change was Canadian psychologist Donald O. Hebb. 
He maintained that repeated firing of axons results 
in metabolic changes in the pre- and postsynaptic 
neurons. In other words, learning produces lasting 
chemical changes in nerve cells. 


Aplysia, a marine snail with only 20,000 relatively 
large neurons, has been used to study the biological 
basis of learning. A conditioned reflex in Aplysia, has 
been shown to increase the release of a neurotransmit- 
ter that sets up a chain of reactions, one of which also 
increases the secretion of serotonin from a modulating 
neuron. In mammals the hippocampus, part of the 
forebrain, stores long-term memory for weeks before 
transferring it to the cerebral cortex. The transmitter 
used for long-term potentiation is the amino acid glu- 
tamate, which binds to receptors in the postsynaptic 
cell. This cell allows calcium to flow in and set up the 
activation of other molecules known as kinases. 


A growing body of evidence implicates dopamine 
as an important chemical in regulating cell activity 
involved in working memory. Studies done with aged 
monkeys show that a deficiency in both dopamine and 
norepinephrine in the prefrontal cortex can induce a 
deficit in working memory. Injections of the deficient 
neurotransmitters restored memory function. 
Progress in deciphering the operation of the nervous 
system has helped increase knowledge of the diverse 
role of the neurotransmitter. 


See also Chemoreception. 
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KEY TERMS 


Action potential—A transient change in the elec- 
trical potential across a membrane that results in 
the generation of a nerve impulse. 


Axon—The threadlike projection of a neuron that 
carries an impulse away from the cell body of the 
neuron. 


Catecholamine—Monoamines such as the neuro- 
transmitters norepinephrine, serotonin, and dopa- 
mine that are synthesized from the amino acid, 
tyrosine, and have similar structures. 


Conditioned reflex—A response in which one 
stimulus, the conditioned one, is associated with 
and elicits the same response as another stimulus, 
the unconditioned stimulus. 


Dendrites—Branched structures of nerve cell 
bodies which receive impulses from axons and 
carry them to the nerve cell body. 


Limbic system—Group of nuclei in the lower part 
of the forebrain involved in certain emotional and 
behavioral responses. 


Monamine oxidase—An enzyme found in the brain 
and liver that breaks down catecholamines such as 
norepinephrine, serotonin, and dopamine. 


Synapse—Junction between cells where the exchange 
of electrical or chemical information takes place. 


Working memory—Memory that accesses and brings 
to mind information stored in long-term memory. 
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Neutralization 


| Neutralization 


In chemistry, the process in which an acid and a 
base react with each other to form a salt and water is 
known as neutralization. Just as a neutral color con- 
tains no vivid colors and a neutral person has no strong 
opinions, a neutralization reaction between an acidic 
and a basic (alkaline) solution lessens the acidic and 
basic properties of both solutions. Taking an antacid to 
settle a sour stomach, putting agricultural limestone on 
a garden or lawn, and mixing baking soda with vinegar 
are everyday examples of neutralization reactions. 


History 


As acids and bases are readily found in nature, 
neutralization reactions have been biological occur- 
rences since ancient times. For instance, neutralization 
reactions involving carbonate and bicarbonate regu- 
late the pH of our blood. However, fundamental 
understanding of neutralizations began with Svante 
Arrhenius (1859-1927) in 1884 and Johannes 
Bronsted (1879-1947) and Thomas Lowry (1874- 
1936) in 1923. These people first articulated the chem- 
ical properties of acids and bases and how the two 
substances react in water to form salts. Bronsted and 
Lowry defined acids as hydrogenproton donors and 
bases as hydrogen proton acceptors. The Brensted- 
Lowry definition is best understood and most used 
by chemistry students. Gilbert Lewis’s (1875-1946) 
definition of acids and bases, also published in 1923, 
is useful when substances do not contain or receive 
hydrogens. 


Reactions 


All neutralization reactions can be broadly sum- 
marized by the following equation: 


acid + base > salt + water 


Using a hydrogen ion to represent an acid and a 
hydroxide ion to represent a base, a neutralization 
reaction may also be expressed as 


H* + OH > H,O 
hydrogen hydroxide water 
ion ion molecule 
ACID BASE 


The formation of the salt is omitted in this gener- 
alized type of equation because the salt ions do not 
undergo a chemical change during a neutralization 
reaction. Neutralization reactions usually take place 


2970 


in water. An example of a strong acid and a strong 
base reacting in water-indicated by (aq), meaning 
aqueous-is the reaction between two corrosive solu- 
tions, sodium hydroxide (NaOH) and hydrochloric 
acid (HCl), to form table salt (NaCl) and water. The 
table salt remains dissolved in the water and exists as 
ions of sodium (Na ‘ ) and chloride (Cl°). 


NaOH(aq) + HCl(aq) — Nat(aq) + Cl (aq) + H,O 

sodium hydrochloric sodium chloride —_— water 

hydroxide —_ acid solution ion ion solution 
BASE ACID SALT 


Neutralization does not occur only in solution. 
Acidic and basic gases can undergo neutralization 
reactions, as in the reaction between the two corrosive 
gases ammonia (NH3) and hydrogen chloride (HCl) to 
form the solid salt ammonium chloride (NH4C\l). 


HCI(g) + NH,(g) — NH,CI(s) 
hydrogen ammonia ammonium 
chloride gas chloride gas solid 
ACID BASE SALT 


Weak acids and bases will also undergo neutrali- 
zation reactions. The reaction of the acetic acid (HAc) 
in vinegar with the sodium bicarbonate (NaHCO) in 
baking soda produces water, sodium ions (Na ” ), ace- 
tate ions (Ac ), and carbon dioxide gas (CO2). The 
reaction between baking soda and acids in dough 
creates bubbles of carbon dioxide that make cakes 
and cookies rise and become fluffy. 


HAc + HaHCO, > H,0 + Na + Ac + CO,(g) 
acetic baking water sodium acetate carbon 
acid soda ion ion dioxide 

ACID BASE SALT 


Uses of neutralization 


Neutralization of acidic water is an important step 
in reclaiming land that was once mined. Mine run-off 
renders water around the mine site acidic, and the acid 
must be neutralized with lime, or calcium oxide (CaO) 
acting as a base, before the area can be reclaimed. 
However, this procedure is expensive. Recent studies 
have shown that constructed wetlands—human-made 
shallow ponds containing water plants such as cat- 
tails—can be an effective and less costly method of 
neutralizing acid mine drainage. 


Neutralization of soil is sometimes necessary in 
order to promote plant growth. The ability of plants to 
take nutrients from the soil into their roots is affected by 
the pH content of the surrounding soil particles. Acid 
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KEY TERMS 


Acid—A chemical substance that donates a hydro- 
gen proton when it reacts with a base. 


Acid precipitation—Rain, fog, sleet, or snow that 
has a lower pH than normal rain due to atmos- 
pheric pollutants; sometimes called acid rain. 


Base—A substance that receives a hydrogen proton 
when it reacts with an acid. 


lon—An atom or molecule which has acquired 
electrical charge by either losing electrons (posi- 
tively charged ion) or gaining electrons (negatively 
charged ion). 


pH—A logarithmic scale that expresses the con- 
centration of hydrogen ions in a solution of water. 
A neutral solution with equivalent amounts of 
hydrogen and hydroxyl ions has a pH of 7.0 at 
room temperature. Acidic solutions have a pH of 
less than 7.0 and basic (alkaline) solutions have a 
pH of more than 7.0. 


Salt—A solid that is made from a combination of 
positive and negative ions but has no net charge itself. 


Titration—A process in which a carefully meas- 
ured amount of a wellcharacterized chemical sub- 
stance is added to a substance of unknown 
concentration until a complete reaction has 
occurred. Titrations are used for chemical analyses. 


rain can cause soil to become acidic. Some plants benefit 
from liming the soil. In the liming process, agricultural 
limestone-calcium carbonate (CaCO3) that may also 
contain magnesium carbonate (MgCO3) neutralizes 
acid in the soil and provides nutrients to promote 
plant growth. Since liming can stimulate plant growth, 
it is important to also fertilize limed soil. This insures 
that all of the nutrients used by the plants for growth are 
maintained in the soil for the following year’s growth. 
Soils may also become too basic, or alkaline, especially 
in areas where there is little precipitation. Substances 
that can act as acids such as calcium sulfate, also called 
gypsum (CaSO,), and sulfur (S2) can be applied to the 
soil for neutralization. 


In areas where acid precipitation is a problem, 
neutralization reactions can damage limestone, mar- 
ble, and plaster buildings and statues. These structures 
all are made of calcium carbonate (CaCOs3), a basic 
substance that is neutralized by acidic precipitation. 
These structures decay and become coated with a 
black substance that contains gypsum. Gypsum is 
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the salt calcium sulfate (CaSO,) that is formed when 
the sulfuric acid (H»S) in acid rain reacts with the 
calcium carbonate (CaCO;) in the building materials. 


Acidic and basic hazardous wastes can often be 
safely disposed of using neutralization because the 
salts produced are usually non-hazardous and take 
up less space as solids than the liquid acids and bases. 
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I Neutrino 


Neutrinos are elusive subatomic particles that 
result from certain nuclear reactions. Neutrinos have 
no electrical charge and only a tiny mass, usually 
travel at nearly the speed of light, come in three 
types—electron neutrinos, muon neutrinos, and tau 
neutrinos—and barely interact with normal matter. 
Because their interaction rate is so low, neutrinos 
produced in the core of the sun fly directly out through 
the outer layers of the sun and flood surrounding 
space, providing direct (though hard-to-intercept) 
information about nuclear reactions in the sun’s 
core. In 1968, however, when scientists first tried to 
detect electron-type neutrinos emitted by the sun, they 
found less than half those expected from the then- 
current theory of nuclear reactions in the sun. This 
shortage was known as the solar neutrino problem, and 
was only resolved in 2001 by elaborate experiments 
that proved that the sun is in fact, producing the 
number of neutrinos predicted by theory, but that 
some of these neutrinos change type (electron to 
muon or tau) en route from the core of the sun to 
detectors on Earth. The total number of neutrinos 
detected on Earth is in accord, as it turns out, with 
the standard model of the solar core. 
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Neutrino 


History 


In the 1920s, physicists noticed some discrepancies in 
beta decay experiments. In beta decay, a neutron decays 
into a proton by emitting an electron, also termed a beta 
particle. It was observed that the total momentum and 
energy of the electron and proton after the decay was 
sometimes less than the initial momentum and energy of 
the neutron. Where did the missing momentum and 
energy go? According to fundamental laws of physics, 
the total amounts of both momentum and energy must 
remain constant. Neither can just disappear. 


In 1930, the Austrian physicist Wolfgang Pauli 
(1900-1958) wrote a letter to a gathering of physicists 
in Tubingen, Germany, in which he suggested the idea 
of neutrinos as the particles that carry away the miss- 
ing energy. However, he did not publish the idea for 
another three years. Pauli originally called his sug- 
gested particle the neutron, as neutrons had not been 
discovered in 1930. When neutrons were discovered, 
the term “neutron” was taken, so Pauli’s particle 
became the neutrino: literally, the /itt/e neutral one. 


Italian physicist Enrico Fermi’s (1901-1954) 1934 
theory of beta decay used the neutrino hypothesis. (This 
theory, still used for approximate calculations, was only 
surpassed for more accurate calculations by theories 
developed in the 1970s.) But did neutrinos really exist? 
In the 1930s, no experiments to detect them were possible. 


In 1956, after a four-year search, United States phys- 
icists F. Reines (1918-1998) and C. L. Cowan (1919- 
1974) finally succeeded in detecting neutrinos produced 
by the Savannah River Reactor in South Carolina. By 
1962, a particle accelerator at Brookhaven National 
Laboratory was generating enough neutrinos to conduct 
detection experiments. Over several months, physicists 
observed a few dozen neutrino events and found that 
there were at least two types of neutrinos. The first one 
discovered was dubbed the electron neutrino, and the 
second the muon neutrino. Proof of a long-suspected 
third type of neutrino, the tau neutrino, were first found 
in late 1998. 


Neutrino mass 


It was long thought that neutrinos have no mass, 
because experimental searches had not detected mass. 
This changed in 1998, with the discovery that at least 
one of the three types of neutrinos must have mass. The 
giant Super-Kamiokande detector, a tank buried deep 
underground in Japan containing 50,000 tons of puri- 
fied water, detected a difference in the expected num- 
bers of electron neutrinos and muon neutrinos created 
by cosmic rays. Experimenters found that while the 
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number of electron neutrinos was as expected from 
theory, the number of muon neutrinos was significantly 
lower. Scientists concluded that muon neutrinos must 
be changing, or oscillating, into the other types of 
neutrinos, which is only possible if some of the neutri- 
nos have mass. In 2001, comparisons of results from 
Super-Kamiokande and the Sudbury Neutrino 
Observatory in Canada—a spherical tank containing 
1,000 tons of heavy water, located at the bottom of a 
deep mine, surrounded by thousands of detectors to 
catch the byproducts of any neutrino interactions— 
determined the mass of the neutrino more accurately: 
less than about .000001 times the mass of an electron. 


Physicists long thought that discovery of a nonzero 
mass for the neutrino would have important astrophys- 
ical implications because of the effects of gravity. 
Studies of the motions of galaxies show that there is a 
significant amount of dark matter (i.e., matter invisible 
through telescopes) in the universe; perhaps as much as 
90% of all matter. What comprises this dark matter? 
Nonzero neutrino mass is now known to account for 
between 0.1% and 18% of the critical mass density of 
the universe—the amount of mass required (if gravita- 
tion alone is considered) to eventually stop the expan- 
sion of the universe. The more likely value is 0.1%, 
which, though still one-fourth of the mass of all observ- 
able stars, is probably not enough to affect the overall 
geometry of the universe. Thus, the neutrino is probably 
not a significant contributor to dark matter after all. 


Interactions with matter 


The size of a subatomic particle is expressed in 
terms of a cross-sectional area; the larger the cross 
section, the more likely the particle is to interact with 
ordinary, solid matter, which consists largely of empty 
space occupied by matrices of widely separated atoms. 
The cross section of a neutrino is very small. For a 
beam of neutrinos passing through the center of Earth, 
only one in a trillion neutrinos would be blocked by 
Earth. A slab of lead 100 light years thick will only 
absorb roughly one third of the neutrinos striking it. 
This property makes neutrinos difficult to find; they 
zip right through almost any detector. About 60 bil- 
lion solar neutrinos pass through every square centi- 
meter of Earth’s surface every second. 


The neutrino’s small cross section makes it a useful 
probe of the sun’s interior, for the energy-producing 
nuclear reactions in the sun’s core yield very great 
quantities of neutrinos. A unit of energy produced at 
the center of the sun takes several million years to 
migrate to the sun’s surface; the neutrinos, however, 
zipping through the sun’s substance at nearly the 
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KEY TERMS 


Beta decay—the splitting of a neutron into a pro- 
ton and an electron. 


Beta particle—One type of radioactive decay par- 
ticle emitted from radioactive atomic nuclei. A beta 
particle is the same thing as an electron. 


Cross section—A measure of the probability that a 
subatomic particle will interact with matter. 


Dark matter—The unseen matter in the Universe, 
detected by its gravitational effect on the motions 
and structures of galaxies. 


speed of light, make it to Earth in about eight minutes. 
Neutrinos, therefore, can reveal what is going on in the 
sun’s core now rather than a few million years ago. 


See also Particle detectors; Quantum mechanics. 
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| Neutron 


The atom’s structure consists of a central, dense 
nucleus surrounded by a cloud of electrons. Inside the 
nucleus are two types of particles, neutrons (which are 
electrically neutral) and protons (which are positively 
charged). In most atoms, the nucleus is a stable, long- 
lasting structure; in some, it is unstable, and can break 
apart (fission) at an unpredictable time. When this 
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happen, energy is released, and usually fast-moving 
neutrons as well. 


The atom is so small that it takes several million 
of them in a row to span the period at the end of this 
sentence. The nucleus is much smaller still, about 
1/100,000 of an atom’s size. 


Neutrons and protons were once considered fun- 
damental particles, but it is now known that they are 
made up of even smaller components called quarks, of 
which there are three types. Evidence for quarks comes 
from experiments done with very high energy particle 
accelerators. 


Discovery 


The neutron as a distinct, separate particle was dis- 
covered in 1932 by a British physicist, James Chadwick 
(1891-1974). He was using radiation emitted from radio- 
active radium to bombard various materials. When he 
irradiated the element beryllium, he found that a very 
penetrating particle was produced. It could go through 
an inch thickness of lead. Chadwick reasoned that the new 
particle must be electrically neutral, because all other 
radiation known at that time would have been stopped 
by the lead. Chadwick was awarded the 1935 Nobel Prize 
in physics for his discovery. 


New radioactive materials 


Enrico Fermi (1901-1954), a young Italian scien- 
tist, constructed a neutron source according to 
Chadwick’s design, mixing radium and beryllium pow- 
der together in a small glass tube. Fermi’s plan was to 
use this neutron source for making new radioactive 
materials. Together with his co-workers, he was suc- 
cessful in producing radioactive sodium, iron, copper, 
gold, and many other elements. Fermi received the 1938 
Nobel Prize in physics for his work with neutrons. 


Almost all elements found in nature can now be 
made radioactive. Radioactive potassium and phos- 
phorus are used as tracers to measure how effectively 
plants take up fertilizer from soil. Radioactive iodine 
is applied in nuclear medicine to diagnose and treat 
thyroid problems. Radiation treatment for cancer 
therapy uses radioactive cobalt, which is made by 
irradiating ordinary cobalt with neutrons. 


Nuclear energy production 


When some elements, including uranium, are bom- 
barded by neutrons, nuclear fission takes place. The 
nucleus breaks into two pieces with a large release of 
energy. In addition, several extra neutrons are emitted. 
These can cause more nuclei to split apart, which releases 
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Neutron activation analysis 


more energy and more neutrons in a chain reaction. In an 
atomic (i.e., fission) bomb, the chain reaction becomes an 
uncontrolled explosion. In a nuclear power plant, the 
chain reaction is maintained in a steady state by materials 
that absorb extra neutrons. Further, the unstable nuclei 
in the fuel of a normal fission power plant are too far 
apart to support an explosive reaction. Only a few special 
reactors, including certain breeder reactors, have the 
potential to support an atomic explosion. 


i Neutron activation analysis 


Neutron activation analysis is a technique for 
determining the identities and quantities of the elements 
present in a sample of material. The technique is based 
on a well-known principle of nuclear chemistry: when 
an element is bombarded with neutrons, some of the 
atoms may capture neutrons and incorporate them into 
their nuclei. Those atoms that do so have the same 
atomic number (that is, have the same number of pro- 
tons in their nuclei and are therefore the same element) 
as before, but have an atomic mass one higher. 
Bombarding atoms of sodium-23 with neutrons, for 
example, converts them to atoms of sodium-24. 


In most cases, the heavier atoms formed in this 
reaction are radioactive. These atoms usually decay 
with the emission of a beta particle and a gamma ray. 
The energy associated with the decay process is charac- 
teristic of the radioactive isotope in question. For exam- 
ple, a gamma ray released in the decay of sodium-24 has 
an energy of 2.75 or 1.37 MeV. By observing the prod- 
ucts of radioactive breakdown in the sample, one can 
determine which radioactive isotopes were created by 
neutron bombardment and hence which elements were 
present before bombardment. 


In practice, nuclear activation analysis is carried out 
by placing the sample to be examined in a nuclear 
reactor. The neutrons available in the reactor bring 
about the n/c (neutron/gamma ray) reactions described 
above. The radioactive sample is then removed from the 
reactor and examined with a gamma ray spectrometer. 
This device measures the type and intensity of radiation 
released by the sample. These data can then be com- 
pared to standard tables to determine which elements 
and the amounts of each are present in the sample. 


Neutron activation analysis is valuable as a non- 
destructive form of analysis. It can be used without 
fear of damaging or destroying the material being 
tested. It is also a very precise form of analysis, permit- 
ting the detection of very small quantities of an 
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element. One application that illustrates these 
strengths is in the analysis of archaeological materials 
that are too fragile or too valuable to expose to other 
analytical techniques. 


| Neutron star 


A neutronstar is the dead remnant of a massive 
star. A massive star ends its life as a supernova, a 
catastrophic explosion that flings the star’s outer layers 
into space, leaving only the core behind. If the mass of 
the core is between 1.4 and 2.5 times the mass of the sun, 
it will become a neutron star, a solid mass of neutrons a 
hundred trillion times more dense than water. Neutron 
stars are tiny, about 6.2 mi (10 km) across, and they 
rotate very rapidly and have tremendously strong mag- 
netic fields. Because they are massive and small, they 
also have intense gravitational fields. They are most 
easily observed in the radio and x-ray portions of the 
spectrum, so they were not discovered until the late 
1960s, when radio and x-ray telescopes capable of 
detecting them began to become available. 


The history of neutron stars begins with English 
physicist Sir James Chadwick (1891-1974) who discov- 
ered the elementary particle—the neutron—in 1932. 
Based on this finding, German-American astronomer 
Wilhelm Heinrich Walter Baade (1893-1960) and Swiss 
astronomer Fritz Zwicky (1898-1974) suggested in 
1933 that neutron stars might exist as a way to explain 
the origin of supernovas. British astronomer Antony 
Hewish (1924-) and British astrophysicist Jocelyn Bell 
(1943-) discovered the first reported neutron star in 
1967 when they detected radio pulses coming from 
what they thought was a pulsar. 


The guest star 


In AD 1054, astronomers in China noted the 
appearance of a guest star in the region of the sky 
that astronomers now call Taurus (the Bull). The 
new star was bright enough to be visible during the 
day, but faded within a few months. When astrono- 
mers train their telescopes today on the place where 
this celestial interloper appeared, they see a spectac- 
ular cloud of gas, its filaments twisting and ragged. Its 
shape has led it to be called the Crab Nebula. The Crab 
is expanding, as if it had been flung violently outward 
from a central point. 


When scientists observe the Crab with a radio 
telescope, something even stranger appears: there is 
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an object at its center that flashes on and off like a 
strobe light, about 30 times per second. So regular are 
the flashes that they hardly seem to be a natural phe- 
nomenon. Indeed, Jocelyn Bell and Antony Hewish, 
who discovered the first of these flashing objects, 
toyed with the idea of calling them LGM—meaning 
Little Green Men. They eventually settled on the term 
pulsar, and today about 500 pulsars are known. 


Almost a millennium ago, humans stared in wonder 
at a new star. Today, there is a pulsar, seemingly beam- 
ing pulses of radio radiation to Earth at precise intervals, 
and a cloud of gas surrounding it. What has happened? 


The origin of neutron stars 


When a star that is between about three to eight 
times as massive as the sun dies, it goes in spectacular 
fashion. The star’s core temperature is in excess of half 
a billion degrees Kelvin, and must remain this hot for 
thermonuclear fusion reactions involving its last 
reserves of fuel to take place. 


Then, the fuel runs out. No longer able to produce 
fusion reactions to sustain it, the star collapses. The 
core—a few million trillion trillion tons of it—falls in 
on itself, and in the ensuing cataclysm the star’s outer 
layers are flung outward in a supernova explosion. 


Intuition might tell a person that the collapsing 
core will keep falling, squeezing itself together until it 
becomes so dense that it can fall no farther. This is like 
when one crumples a sheet of paper into a ball. A 
person can only squeeze it to a certain point, after 
which it is too tightly packed to reduce its size any 
further. 


In the case of a collapsing star, a law of physics 
known as the Pauli exclusion principle describes this 
phenomenon. Atoms are composed of a nucleus sur- 
rounded by electrons. Electrons do not orbit the nuclei 
in the sense that planets orbit the sun; rather, electrons 
exist in what are called energy states, meaning that 
they have only certain amounts of energy. The Pauli 
Exclusion Principle states that two identical electrons 
may not share the same energy state. It is therefore 
possible for the energy levels of an atom to become 
completely filled with electrons, in the same way that 
an auditorium can only hold as many people as it has 
seats. Matter with its energy levels filled like this is 
called degenerate. 


The Pauli exclusion principle, named after German 
physicist Wolfgang Pauli (1900-1958), will come into 
play when the sun dies and its core collapses. The 
carbon and oxygen atoms will become squeezed 
together until the atomic levels are filled and the 
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whole core becomes a ball of degenerate matter. At 
this point, the resistance of the electrons to gravity, or 
electron degeneracy pressure, will halt the contraction. 
This ball of hot, degenerate, carbon and oxygen atoms 
is called a white dwarf, and it is the fate of the sun. 


If the collapsing core is between 1.4 and about 2.5 
times the mass of the sun, however, the gravity will be 
so strong that the electron degeneracy pressure will 
fail. Unable to resist the weight of their own gravity, 
the atoms will be crushed into a ball made mainly of 
neutrons about 32,810 ft (10 km) across. This object is 
called a neutron star. 


Properties of neutron stars 


With twice the mass of the sun crammed into a 
space no larger than a small city, a neutron star is 
fantastically dense. A sugar-cube-sized piece of neu- 
tron star would weigh billions of tons. 


Neutron stars rotate rapidly. This is because the 
original stellar core was rotating, and as it collapsed its 
rotation rate increased, in the same way figure skaters 
spin increasingly rapidly by drawing their extended 
arms in to their sides. 


Neutron stars also have intense gravitational and 
magnetic fields. The gravity is strong because there is 
so much matter packed into so small a radius. If one 
dropped a probe onto a neutron star from, say, 50 
million miles out, the probe would impact and explode 
with a blast larger than that of any current nuclear 
warhead. The magnetic field is strong because it is an 
intrinsic property of the neutron star’s matter. When 
the original stellar core collapses, its magnetic field 
collapses with it and intensifies until it is a trillion 
times as strong as Earth’s. 


Observing neutron stars 


Many neutron stars look like the drawing in 
Figure |. The neutron star’s rotation axis is inclined 
with respect to its magnetic axis. (The same situation 
prevails on Earth.) The neutron star’s rapid rotation 
and intense magnetic field cause radiation to be emit- 
ted in narrow beams from the magnetic poles. If Earth 
happens to be in line with one of these beams, astron- 
omers will see a flash every time the neutron star 
rotates and carries the beam past Earth. 


This is precisely what scientists see in the Crab 
Nebula. The rate of the flashes indicates the neutron 
star is spinning 30 times per second. (Compare that 
with the sun’s rotation period of about one month.) If 
a pulsar’s beam never sweeps past Earth’s line of sight, 
however, astronomers will never see it. 
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Figure 1. Illustration of the relationship between a neutron star’s rotation axis and its magnetic axis. (Hans & Cassidy. Courtesy of 


Gale Group.) 


KEY TERMS 


Binary pulsar—A pulsar in orbit around another 
star. The pulsar drags matter off its companion, 
heating it to the point that it emits x rays. These 
powerful beams of radiation sweep past Earth’s line 
of sight, producing flashes in the same way that 
single pulsars flash in the visible and radio. 


Degeneracy pressure—The tendency of degener- 
ate matter to resist further contraction under its own 
gravity. Neutron stars are prevented from being 
crushed into black holes by the degeneracy pres- 
sure of their tightly packed neutrons, which is suffi- 
cient to resist the neutron star’s strong gravity. 


Pulsar—A rapidly spinning neutron star with its 
magnetic axis inclined relative to its rotation axis. 
Radiation streams continuously from the pulsar 
along its magnetic axis, so if the magnetic axis 
passes through Earth’s line of sight as the pulsar 
rotates, it is seen as a flash. The rate of the flashes 
reveals the rotation rate of the neutron star. 


Some neutron stars are members of binary sys- 
tems, in which they orbit another star. The intense 
gravity of the neutron star drags material off its com- 
panion. The material forms an accretion disk as it 
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approaches the neutron star. In the process it becomes 
so hot that it begins to emit large amounts of x rays. 
Only a gravitational field as strong as one predicted to 
be associated with a neutron star could heat the in- 
falling gas this much. 


Even more spectacular are neutron stars that com- 
bine the above phenomena: the binary pulsars. In 
these systems astronomers see pulses of x rays, as the 
powerful beams of high-energy radiation sweep past 
the Earth. 


Neutron stars have also provided the first direct 
evidence of planets outside the solar system. The pul- 
sar PSR 1257+ 12 rotates 161 times per second-but its 
pulses are not evenly spaced, as are the ones from the 
Crab. Observations made with the giant Arecibo radio 
telescope showed that some pulses arrive slightly too 
soon, others just a bit too late. This means something 
is tugging the pulsar back and forth slightly. Careful 
measurements showed that a pair of planets is 
responsible. 


See also Pulsar; Star; Stellar evolution. 
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| Newton’s laws of motion 


Earthly and heavenly motions were of great inter- 
est to English scientist Isaac Newton (1643-1727). He 
formulated three mathematical laws, which allowed a 
complete analysis of dynamics, the study of moving 
objects. His laws relate all aspects of motion to force 
and mass. Newton’s three laws of motion, although 
shown by Einstein in the early twentieth century to be 
an inadequate description of the natural world under 
some conditions, are so accurate under most condi- 
tions that they are still used today throughout science 
and engineering. 


First law of motion 


Galileo Galilei’s (1564-1642) observation that 
without externally applied force a moving body would 
tend to move forever in a straight line—or, if at rest, 
never move at all—challenged Aristotle’s notion that 
the natural state of motion on Earth was one of rest. 
Galileo deduced that it was a property of matter to 
maintain its state of linear motion (or rest), a property 
first called “inertia” by Johannes Kepler in the early 
1600s. Newton, grasping the meaning of inertia and 
recognizing that Aristotle should have concentrated 
not on what keeps a body in motion but on what 
changes a body’s state of motion, set forth a first law 
of motion codifying the concept of inertia: A body at 
rest remains at rest or a body in constant motion 
remains in constant motion along a straight line unless 
acted on by an external force. 


Examples of the first law 


Why use seat belts? When you are riding in a car, 
you and the car have the same motion. When the 
brakes are applied, the brakes stop the car. What 
stops you? During a slow stop, a force exerted by the 
friction of your body against the seat: in a fast stop, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


such as during a crash, a force exerted either by a seat 
belt, the steering wheel, the dashboard, or the wind- 
shield. From a human point of view, the seat belt is 
obviously preferable. When the accelerator is 
depressed with the car in gear the motor turns the 
wheels and the car moves forward. What moves you 
forward? As the car moves forward the seat presses 
against you and pushes you forward. 


Force is required not only to change your velocity, 
but your direction. Say that while you are riding in the 
front passenger seat of a car, the driver suddenly turns 
left: what about you? A force exerted on your body by 
the seat changes your direction of motion, which 
would otherwise continue in a straight line. Or, in a 
fast turn, the door by your elbow may also contribute 
force to changing your state of motion. But there is 
never a change in motion without application of a 
force. That is the first law. 


Second law of motion 


Force produces a change in the state of motion; 
that is, an acceleration. Newton found that the greater a 
body’s mass, the greater the force required to produce a 
certain amount of acceleration. He also found that 
when applying equal force to two different masses, the 
ratio of their accelerations was inversely proportional 
to the ratio of their masses. Newton’s second law of 
motion is therefore as follows: A net force acting on a 
body produces an acceleration; the acceleration is 
inversely proportional to its mass and directly propor- 
tional to the net force and in the same direction. 


This law can be put mathematically F = ma where 
F is the net force, m is the mass, and a the acceleration. 
The second law is a cause-effect relationship. The net 
force acting on a body is determined from all forces 
acting and the resultant acceleration calculated (assum- 
ing a known mass). From the acceleration, velocity and 
distance traveled can be determined for any time. 


Applications of the second law 


(1) Objects, when released, fall to the ground due to 
Earth’s attraction. Newton’s universal law of gravity 
gave the force of attraction between two masses, m and 
M, as F =GmM/R? where G is the gravitational con- 
stant and R is the distance between mass centers. This 
force, weight, produces gravitational acceleration g, thus 
weight = GmM/R? = mg(2nd Law) giving g = GM/R’. 
This relationship holds universally. For all objects at 
Earth’s surface, g =32 ft/sec/sec or 9.8 m/sec/sec 
downward and on Jupiter 84 ft/sec/sec. Since the 
dropped object’s mass does not appear, g is the same 
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for all objects. Falling objects have their velocity 
changed downward at the rate of 32 ft/sec each second 
on earth. Falling from rest, at the end of one second 
the velocity is 32 ft/sec, after 2 seconds 64 ft/sec, after 3 
seconds 96 ft/sec, etc. 


For objects thrown upward, gravitational accel- 
eration is still 32 ft/sec/sec downward. A ball thrown 
upward with an initial velocity of 80 ft/sec has a veloc- 
ity after one second of 80-32= 48 ft/sec, after two 
seconds 48-32= 16 ft/sec, and after three seconds 
16-32 = -16 ft/sec (now downward), etc. At 2.5 seconds 
the ball had a zero velocity and after another 2.5 
seconds it hits the ground with a velocity of 80 ft/sec 
downward. The up and down motion is symmetrical. 


(2) Friction, a force acting between two bodies in 
contact, is parallel to the surface and opposite the 
motion (or tendency to move). By the second law, 
giving a mass of one kilogram (kg) an acceleration of 
1 m/sec/sec requires a force of one Newton (N). 
However, if friction were 3 N, a force of 4 N must be 
applied to give the same acceleration. The net force is 
4N (applied by someone) minus 3N (friction) or 1N. 


Free fall, example (1), assumed no friction. If there 
were atmospheric friction it would be directed upward 
since friction always opposes the motion. Air friction is 
proportional to the velocity; as the velocity increases 
the friction force (upward) becomes larger. The net 
force (weight minus friction) and the acceleration are 
less than due to gravity alone. Therefore, the velocity 
increases less rapidly, becoming constant when the fric- 
tion force equals the weight of the falling object (net 
force = 0). This velocity is called the terminal velocity. A 
greater weight requires a longer time for air friction to 
equal the weight, resulting in a larger terminal velocity. 


(3) A contemporary and friend of Newton, 
Halley, observed a comet in 1682 and suspected others 
had observed it many times before. Using Newton’s 
new mechanics (laws of motion and universal law of 
gravity) Halley calculated that the comet would reap- 
pear at Christmas, 1758. Although Halley was dead, 
the comet reappeared at that time and became known 
as Halley’s comet. This was a great triumph for 
Newtonian mechanics. 


Using Newton’s universal law of gravity (see 
example 1) in the second law results in a general sol- 
ution (requiring calculus) in which details of the paths 
of motion (velocity, acceleration, period) are given in 
terms of G, M, and distance of separation. 


While these results agreed with planetary motion 
known at the time there was now an explanation for 
differences in motions. These solutions were equally 
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valid for applying to any systems body: Earth’s moon, 
Jupiter’s moons, galaxies, truly universal. 


(4) Much of Newton’s work involved rotational 
motion, particularly circular motion. The velocity’s 
direction constantly changes, requiring a centripetal 
acceleration. This centripetal acceleration requires a 
net force, the centripetal force, acting toward the cen- 
ter of motion. Centripetal acceleration is given by 
a(central) = v*/R where v is the velocity’s magnitude 
and R is the radius of the motion. Hence, the centri- 
petal force F(central) = mv’/R, where m is the mass. 
These relationships hold for any case of circular 
motion and furnish the basis for “thrills” experienced 
on many amusement park rides such as ferris wheels, 
loop-the-loops, merry-go-rounds, and any other 
means for changing your direction rather suddenly. 
Some particular examples follow. 


(a.) Newton asked himself why the moon did not 
fall to Earth like other objects. Falling with the same 
acceleration of gravity as bodies at Earth’s surface, it 
would have hit Earth. With essentially uniform circu- 
lar motion about Earth, the moon’s centripetal accel- 
eration and force must be due to earth’s gravity. With 
gravitational force providing centripetal force, the 
centripetal acceleration is a(central) = GM/R? (accel- 
eration of gravity in example | above). Since the moon 
is about 60 times further from Earth’s center than 
Earth’s surface, the acceleration of gravity of the 
moon is about. 009 ft/sec/sec. In one second the 
moon would fall about.06 inch but while doing this it 
is also moving away from Earth with the result that at 
the end of one second the moon is at the same distance 
from Earth, R. 


(b.) With the gravitational force responsible for cen- 
tripetal acceleration, equating the two acceleration 
expressions given above gives the magnitude of the 
velocity as v? = GM/R with the same symbol meanings. 
For the moon in (a) its velocity would be about 2,250 
MPH. This relationship can be universally applied. 


Long ago it was recognized that this analysis 
could be applied to artificial “moons” or satellites. If 
a satellite could be made to encircle Earth at about 200 
mi it must be given a tangential velocity of about 
18,000 mph and it would encircle Earth every 90 sec- 
onds; astronauts have done this many times since 
1956, 300 years after Newton gave the means for pre- 
dicting the necessary velocities. 


It was asked: what velocity and height must a 
satellite have so that it remains stationary above the 
same point on Earth’s surface; that is, have the same 
rotation period, one day, as Earth. Three such satel- 
lites, placed 120 degrees apart around Earth, could 
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make instantaneous communication with all points on 
Earth’s surface possible. From the fact that period 
squared is proportional to the cube of the radius and 
the above periods of the moon and satellite and the 
moon’s distance, it is found that the communication 
satellite would have to be located 26,000 mi from 
Earth’s center or 22,000 mi above the surface. Its 
velocity must be about 6,800 mph. Many such satel- 
lites are now in space around Earth. 


(c.) When a car rounds a curve what keeps it on the 
road? Going around a curve requires a centripetal force 
to furnish the centripetal acceleration, changing its 
direction. If there is not, the car continues in a straight 
line (first law) moving outward relative to the road. 
Friction, opposing outward motion, would be inward 
and the inward acceleration a(cent) = friction/mass = 
v’/R. Each radius has a predictable velocity for which 
the car can make the curve. A caution must be added: 
when it is raining, friction is reduced and a lower veloc- 
ity is needed to make the curve safely. 


Third law of motion or law 
of action-reaction 


Newton questioned the interacting force an out- 
side agent exerted on another to change its state of 
motion. He concluded that this interaction was mutual 
so that when you exert a force on something you get 
the feeling the other is exerting a force on you. 
Newton’s third law of motion states: When one body 
exerts a force on a second body, the second body exerts 
an equal and opposite force on the first body. 


In the second law, only forces exerted on a body 
are important in determining its acceleration. The 
third law speaks about a pair of forces equal in mag- 
nitude and opposite in direction, which are exerted on 
and by two different bodies. This law is useful in 
determining forces acting on an object by knowing 
forces it exerts. For example, a book sitting on a 
table has a net force of zero. Therefore, an upward 
force equal to its weight must be exerted by the table 
on the book. According to the third law the book 
exerts an equal force downward on the table. When 
two objects are in contact they exert equal and oppo- 
site forces on each other and these forces are perpen- 
dicular to the contacting surface. 


Examples of the third law 


(1) What enables us to walk? To move forward 
parallel to the floor we must push backward on the 
floor with one foot. By the third law, the floor pushes 
forward, moving us forward. Then the process is 
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KEY TERMS 


Centripetal acceleration—Produces a change in 
the direction of velocity and always perpendicular 
to the velocity vector. This, in turn is caused by a 
centripetal force. 


Force—Influence exerted on an object by an out- 
side agent which produces an acceleration chang- 
ing the object’s state of motion. 


Inertia—Property of matter whereby any change in 
state of motion is opposed. Quantitatively meas- 
ured by mass. 


repeated with the other foot, etc. This cannot occur 
unless there is friction between the foot and floor and 
on a frictionless surface we would not be able to walk. 


(2) How can airplanes fly at high altitudes and 
space crafts be propelled? High altitude airplanes uti- 
lize jet engines; that is, engines burn fuel at high tem- 
peratures and expel it backward. In expelling the burnt 
fuel a force is exerted backward on it and it exerts an 
equal forward force on the plane. The same analysis 
applies to space crafts. 


(3) A father takes his eight-year-old daughter to 
skate. The father and the girl stand at rest facing each 
other. The daughter pushes the father backwards. 
What happens? Whatever force the daughter exerts 
on her father he exerts in the opposite direction 
equally on her. Since the father has a larger mass his 
acceleration will be less than the daughter’s. With the 
larger acceleration the daughter will move faster and 
travel farther in a given time. 
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| Newts 


Newts are lizard-shaped animals with a tail in the 
amphibian order Caudata (or Urodela), in the sub- 
order Salamandroidea, which also includes the sala- 
manders. The distinction between newts and 
salamanders is not always obvious since both have a 
tail in the larval stage and the adult stage. However, 
newts do not have costal grooves on the sides of their 
body, they are less slippery than salamanders, they 
have a unique dentition on the roof of the mouth, 
and they tend to be more aquatic than salamanders. 


Biology of newts 


Like salamanders, newts have a complex life cycle, 
the stages of which are egg, larva, and adult. Some 
species of newts can be distinguished from salaman- 
ders in that the newts have two distinct adult stages. 


In the case of the red-spotted newt (Notophthalmus 
viridescens) of North America, the red eft is the stage 
that occurs after transformation of the aquatic larva. 
The red eft is bright red or orange, and is a pre-repro- 
ductive adult stage. The red eft wanders widely in for- 
ests, sometimes for several years, and is most 
commonly found on moist nights. Eventually, the red 
eft migrates to an aquatic habitat, changes to a yellow- 
ish color, develops a broad, adult tail fin, and becomes a 
sexually mature, breeding adult. The migration of red 
efts to water has been shown to be stimulated by the 
presence of the pituitary hormone prolactin. 


Not all populations of red-spotted newts display 
this type of life cycle, for some coastal populations 
bypass the terrestrial red eft stage, and produce breed- 
ing adults directly from larvae. These adults may 
retain some larval characteristics, such as gills, which 
is an example at neoteny, or paedomorphosis. 


Courtship in some species of newts involves elab- 
orate aquatic displays by the male. These displays are 
designed to entice the female newt to pass over sperm- 
containing spermatophores that the male has previ- 
ously deposited onto the surface of the sediment. If the 
male is successful, the female newt picks up the sper- 
matophore with her cloacal lips and stores the sper- 
matophore internally, which then fertilizes her ova as 
they are laid singly on surfaces in the aquatic habitat. 


The red eft stage of the red-spotted newt contains 
toxic, bad-tasting chemicals in its skin. As a result, 
many potential predators learn to avoid this animal, 
and will not eat red efts. The range of the red sala- 
mander (Pseudotriton ruber) overlaps part of the larger 
range of the red-spotted newt in the eastern United 
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States. It appears that the superficially similar but 
non-toxic red salamander may be a mimic of the 
color of the red eft, taking advantage of the fact that 
many predators avoid this animal as food. 


Newts have been shown to have a keen ability to 
find their way home to their natal or home pond. After 
they were displaced during an experiment, red-bellied 
newts (Taricha rivularis) studied in California proved 
to be capable of returning to their home stream within 
only one year, over a distance of up to 5 mi (8 km). 


Species of newts 


Newts in the genus Notophthalmus are found in east- 
ern North America, while species of Taricha are found in 
the western United States. The most common of the 
eastern newt is the red-spotted newt (Notophthalmus 
viridescens), which has a wide distribution in the eastern 
United States and southeastern Canada. The striped 
newt (N. perstriatus) occurs only in northern Florida, 
while the black-spotted newt (N. meridionalis) occurs 
on the Gulf coast of Texas and northern Mexico. The 
most widespread species of western newt is the rough- 
skinned newt (Taricha granulosa) of the coastal states 
and British Columbia. The California newt (7. torosa) 
occurs in coastal California and southern Oregon, while 
the red-bellied newt has a relatively restricted distribu- 
tion in northern, coastal California. 


The most common newts of temperate parts of 
Eurasia are animals in the genus Triturus, for example, 
the smooth newt (Triturus vulgaris), the crested newt 
(T. cristatus), and the alpine newt (T. alpestris). These 
newts do not have an eft stage, although the adults may 
spend some time on land. The mountain newts 
(Euproctus spp.) are another European group of newts. 


Newts and people 


Newts have little direct economic value, other 
than sometimes being kept as unusual pets. The 
value of newts derives from the fact that they are 
ecologically important in their natural communities 
and that they have an interesting biology. 


Although little is known about the conservation 
status of newts, most species of newts in North 
America are not endangered. However, the amount 
and quality of their habitat in many places has declined 
greatly because of human influences, and this has 
caused local populations to decrease. Like so many 
other aspects of our natural, ecological heritage, it is 
important that the population status of newts be moni- 
tored to ensure that they do not become endangered as 
a result of the activities of humans. 
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A rough-skinned newt (Taricha granulosa). (E.R. Degginger. The National Audubon Society Collection/Photo Researchers, Inc.) 


KEY TERMS 


Complex life cycle—A life marked by several radical 
transformations in anatomy, physiology, and ecology. 


Metamorphosis—This refers to the great anatomi- 
cal and physiological transformations that occur 
during the life of some animals. 


Neoteny—The retention of juvenile characteristics 
in sexually mature adult animals. 
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[ New World monkeys 


The New World monkeys of Central and South 
America belong to the families Callitrichidae (the mar- 
mosets and tamarins), Cebidae (squirrel monkeys and 
capuchins), Aotidae (night monkeys), Pitheciidae 
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(sakis, titis, and uakaris), and Atelidae (howler mon- 
keys and spider monkeys). Marmosets and tamarins 
are discussed in a separate entry. The other species of 
New World monkeys include capuchins (Cebus), night 
monkeys or douroucoulis (Aotus), titis (Callicebus), 
squirrel monkeys (Saimiri), sakis (Pithecia), bearded 
sakis (Chiropotes), uakaris (Cacajao), howler monkeys 
(Alouatta), spider monkeys (Ateles), the woolly spider 
monkey (Brachyteles arachnoides), and woolly mon- 
keys (Lagothrix). 


Cebid monkeys are all arboreal tree dwellers that 
feed on leaves, fruit, birds’ eggs, tree frogs, and bark- 
dwelling insects and their larvae. The night monkey 
(Aotus spp.), as their name suggests, are the only noc- 
turnal New World monkeys; the rest are diurnal, or 
active during the day. 


The cebid monkeys vary in size from the squirrel 
monkey (Saimiri sciureus) with a body length of 10 in 
(25 cm) plus a 15 in (38 cm) tail, and a weight of about 
1.5 Ib (0.68 kg) to the woolly spider monkey, or mur- 
iqui, which has a body length of 18 in (46 cm), plus a 30 
in (75 cm) tail, and weighs about 35 lb (17.5 kg). The 
males and females of most species of cebid monkeys 
are approximately the same size, but the two sexes 
often have different colorings, a phenomenon known 
as sexual dimorphism. 


The larger species of cebid monkeys have a pre- 
hensile tail with a naked patch at the base that has 
fingerprint like ridges for sensitive gripping. The 
smaller, more agile monkeys do not have a prehensile 
tail, but can, nevertheless, readily leap from branch to 
branch. 


The group territories of different species of 
New World monkeys often overlap, and as many as 
five different species have been found living in one 
tree, usually at different levels. Some monkey groups 
have been known to establish long-lasting “friend- 
ships” with the social groups of a different monkey 
species. 


The average gestation period of New World mon- 
keys is about 145 days, which is about three weeks 
shorter than the gestation period of Old World mon- 
keys, although some New World monkeys gestate as 
long as 225 days. The breasts of cebid monkeys are 
located near the armpits so that they can be reached by 
the young riding on the mother’s back. Unlike 
humans, apes, and most Old World monkeys, female 
New World monkeys do not menstruate. In general, 
the smaller species are monogamous, living in family 
groups with only one male and one female, while the 
larger species tend to be polygamous with one male 
and a harem of several females. 
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Capuchins 


The best known New World monkey (the one 
often known as the “organ grinder” monkey) is the 
capuchin (genus Cebus). This small monkey got its 
name from the dark patch of hair on the top of its 
head that resembles the hood worn by Capuchin 
monks. The four species of capuchins are also some- 
times called ringtail monkeys because they carry their 
tails with the end curved into a circle. 


Capuchins occur throughout Central and South 
America, from Honduras to southern Brazil. They live 
in open or closed forests, low-lying rainforests, or 
forested mountainsides. Capuchins eat a lot of fruit 
and often raid cultivated orchards; when an animal 
locates a good fruit tree, it makes loud whistling calls 
that draw the rest of its group to the food source. 


Capuchins measure about 18 in (45 cm) long, with 
a tail of the same length. The tail is only semi-prehensile, 
in that the monkey can wrap it around a branch to 
anchor itself, but the tail cannot support the animal’s 
weight. Capuchins are intelligent monkeys with a rel- 
atively large brain. 


The black-capped capuchin (C. apella) of 
Colombia has a mat of dark fur standing up on its 
crown, often forming “horns,” while the remainder of 
the body is grayish brown. This monkey cracks nuts 
against the branches on which it sits. 


Other species of capuchins lack the mat of hair on 
the head and have more variation in their body color. 
The white-fronted capuchin (C. a/bifrons) is found in 
an area from Ecuador to Colombia and even on the 
Pacific shores, where they eat oysters and crabs. This 
monkey is light tan in color with little variation in 
shading. The white-throated capuchin (C. capucinus) 
is found from Central America to Ecuador. It is also 
primarily pale with a white face, but its fur grades into 
black down its back, on the crown on its head, and on 
its hands and feet. The weeper or wedge-capped capu- 
chin (C. nigrivittatus) has a crown patch that makes a 
dark point above the eyes. 


The capuchins congregate in large groups of up to 
30 members, including several males, who often bond 
together. After a 180-day gestation period, a single 
infant is born. Females mature sexually at age four, 
males at seven or eight. These friendly, intelligent 
monkeys have been known to live in captivity for 
more than 40 years. 


Night monkeys 


Previously thought to comprise only a single spe- 
cies (Aotus trivirgatus), genetic studies have recently 
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suggested that as many as eight species of night mon- 
keys should be recognized. These species fall into two 
groups: four species of gray-necked night monkeys 
that inhabit an area essentially north or the Amazon 
River and four species of red-necked night monkeys 
that occur almost exclusively south of the Amazon 
River. Night monkeys have round, fur-fringed faces, 
no obvious external ears, and big eyes surmounted by 
white triangles of face fur. The fur is brown-gray with 
an orangish tone on the chest and abdomen, but the 
color can vary considerably. 


Night monkeys measure about 14 in (36 cm) long, 
plus a 12 in (30 cm) tail and weigh about 2 Ib (0.8 kg). 
They are found in forested regions from Panama to 
Argentina. These monkeys sleep in holes in hollow 
trees and eat fruits, leaves, and some insects. Unlike 
most monkeys, they do not use their fingers to remove 
foreign bodies from the fur monkeys they are groom- 
ing; instead, they sorts through the fur with fingers and 
then removes the offending bits with their teeth. The 
eyes of the night monkey lack the reflective layer 
behind the retina that most nocturnal mammals have. 


Male night monkeys are very aggressive, and 
family groups of parents with one or two young avoid 
contact with other groups. The males scare away other 
night monkeys by arching their backs, spitting, leaving 
scent on branches, and growling with a variety of 
sounds that are made more resonant by an inflatable 
sac on the throat. After a 133-day gestation period, the 
female produces usually one young, which is then 
carried by the father. The young become sexually 
mature at about two years. 


Titis 

There are thought to be about 19 species of titis, 
all in the genus Callicebus, although the taxonomy of 
this genus is in a state of flux and the number of species 
may change. The name titi derives from the Aymara 
language, meaning “little cat.” Titis all have long hair, 
which makes them appear to be larger than they 
actually are. Titis are small monkeys, measuring 
about 10 in (25 cm) long, plus a tail that may be an 
additional 12-20 in (30-50 cm), and weigh less than 2 Ib 
(about 0.8 kg). 


The white-handed titi (C. torquatus) and the 
dusky titi (C. moloch) occupy the same forested region 
of the upper Amazon. The dusky titi lives along rivers 
and in wet forests, while the white-handed titi lives on 
higher ground. The white-handed titi likes heights so 
much that it sleeps on the branches of the tall emergent 
trees that stand above the high canopy of the rain 
forest, several hundred feet above the forest floor. 
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The white-handed titi is primarily dark red in color, 
with a white neck band and light-colored, yellowish 
hands. The white collar and “gloves” earn it the nick- 
name “widow monkey” because its coloration matches 
the traditional apparel of a Brazilian widow. The dusky 
titi is gray, leaning toward reddish, with lighter areas. 
The masked titi (C. personatus), inhabits a small area in 
the coastal forests of southern Brazil. This species has 
black hands and feet and dark fur on its face. 


Titis are very vocal monkeys, chattering away 
with many different types of sounds for long periods, 
especially early in the morning. They live in family 
groups, and much of the chatter is between different 
groups. When resting on a branch, titis sit with all four 
feet tightly together, ready to leap for a new branch in 
a single movement if danger threatens. Often, when 
two titis sit side by side, they entwine their tails. The 
single young is born quite helpless and must be carried 
for the first three months of its life. That task falls to 
the father, except for the first two days of the infant’s 
life. After it begins to get around the trees on its own, 
the young one is still guarded, protected, taught, and 
played with by the father. 


Squirrel monkeys 


There are five species of squirrel monkeys, the small- 
est of the New World monkeys. The common squirrel 
monkey (Saimiri sciureus) is found in the rainforests, 
riverine forests, and mangrove swamps of Brazil, 
Colombia, French Guiana, Guyana, Suriname, and 
Venezuela. The red-backed squirrel monkey (S. oerstedii) 
occurs only in Panama and Costa Rica in the middle 
levels of the forest, where they eat primarily fruit, though 
they also use their narrow, sharply pointed teeth to 
devour small insects. The Bolivian squirrel monkey 
(S. boliviensis) inhabits primary and secondary tropical 
rainforests in Brazil, Bolivia, Colombia, Peru, and 
Venezuela, while the blackish squirrel monkey is found 
only in a small tract of moist, swamp forest in northeast- 
ern Brazil. The fifth species, S. vanzolinii, inhabits a small 
forest pocket in northwestern Brazil. 


The common squirrel monkey is the species often 
kept as a pet. Its thick, short fur is gray, the chest is 
white, its legs are yellow, and it has white circles 
around its eyes, giving it a widow’s peak above the 
nose. A large dark oval of bare skin encircles the nose 
and mouth on the muzzle. 


Squirrel monkeys do not have a prehensile tail, 
and all swinging on branches is done with their arms, 
while their tails tend to rest curled over their shoulder. 
The tail is considerably longer than their 12 in (30 cm) 
body. 
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New World monkeys 


Squirrel monkey groups vary from 20 animals up 
to 200 individuals. When such a large group takes over 
a tree, the other cebid species, even the larger ones, are 
overwhelmed and forced to leave. The large squirrel 
monkey social group has very complex social relation- 
ships among individuals and subgroups. Some sub- 
groups consist only of males, who remain by 
themselves except during mating season. This pre- 
cludes a male from taking care of its single offspring, 
unlike most of the species of New World monkeys. 
The mother monkey’s female friends may help raise 
and care for an infant. A single infant squirrel monkey 
is born after a gestation period that varies from 152- 
172 days. It becomes independent at about a year and 
sexually matures at three years for females and five for 
males. Squirrel monkeys have been known to live 
almost 15 years. 


In the 1960s, the red-backed squirrel monkey was 
imported into the United States by the thousands for 
use as pets. Capture for the pet trade together with the 
destruction of their rainforest habitat has endangered 
the wild populations of this monkey. Today, the United 
States government has outlawed the importation of 
primates except for legitimate scientific purposes. 


Sakis and uakaris 


The sakis, bearded sakis, and uakaris belong to the 
subfamily Pitheciinae and all have long shaggy hair. 
These monkeys of the Amazon basin and farther 
north eat primarily fruit and seeds. They bear one off- 
spring, probably taken care of by the mother. The five 
species of sakis (Pithecia) have nostrils that are set 
farther apart than those of any other New World mon- 
key. They differ from the two species of bearded sakis in 
several ways. The tail of the saki is as long as its 16 in 
(40 cm) body length and is thick, bushy, somewhat 
baseball-bat shaped, and tapers to a pointed tip. The 
tail of the bearded saki is blunt at the tip. Sakis live in 
small family groups of only three or four individuals 
and prefer the lower reaches of the rainforest trees and 
may even venture onto the ground. Bearded sakis stay 
wholly in the trees and prefer the upper layers, where a 
group of up to about 30 members stays in close touch. 
Sakis are known to eat birds and small mammals, 
something that the bearded sakis never do. 


The male white-faced saki (P. pithecia) of the 
Guianas and northeastern Brazil has a stark white 
face set in a circular hood of long black hair, and a 
triangle of black fur from between the eyes to the nose 
and mouth. The female and young of the white-faced 
monkey do not have white faces, rather, they are dark 
brown or black with some whitish fur around the face. 
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The adult female has a line of white fur running from 
the eyes and around the mouth and has a reddish tone 
to the chest and abdomen. 


The monk, or hairy saki (P. monachus) of the upper 
Amazon is colored very much like the female white- 
faced saki. The fur on its head curves forward as if 
forming a monk’s hood that partially conceals the face. 


Bearded sakis tend to look as if they have just 
come from a beauty salon. Their short, soft fur is 
very smooth, their full beards appear to be carefully 
trimmed, and poufs of longer fur above the eyes are 
smoothly bouffant. They have longer canine teeth 
than many monkeys, which they use to break up 
tough fruit to reach the seeds inside. 


The endangered black-bearded, or red-backed, 
bearded saki (Chiropotes satanas) lives between the 
Orinoco and Amazon rivers. The white-nosed bearded 
saki (C. albinasus) lives primarily south of the Amazon. 


Uakaris are slightly larger than sakis but, unlike 
all other New World monkeys, have a very small tail. 
These monkeys live strictly along river banks. The red 
uakari (Cacajao rubicundus) is particularly ugly, with a 
vivid, naked, red face, and a bald head which is naked 
back to behind its ears, where a rust-colored coat of 
very long, shaggy fur begins. The bald uakari, also 
called the white uakari (C. calvus), has a similar 
appearance but has yellowish or silvery fur. Some 
authorities regard C. rubicundus as a subspecies of C. 
calvus. The black-headed uakari (C. melanocephalus) 
has black fur on its head, and its arms, hands, and feet 
are also black, while its legs and tail are red. The 
yellow-brown body is not as raggedly shaggy as in 
the other uakaris. This species appears to be thriving 
in western Brazil but may be endangered in the rest of 
its range. 


The name uakari (also spelled ouakari) was given 
to these animals by the Tupi people of the Amazon 
basin. These monkeys live at all levels in the rainforest 
and rarely descend to the ground. They are better at 
leaping between branches than many other monkeys. 
The social groups may number up to 30 individuals. 
Female uakaris give birth to a single offspring every 
other year after a gestation of about 180 days. 


Howler monkeys 


The six to eight species of howler monkeys in the 
subfamily Alouattinae possess a throat swelling with a 
special form of hyoid bone (the bone supporting the 
tongue muscles) that allows them to produce a deep, 
thundering roar, which can be heard more than 2 mi 
(3 km) away. Because of this throat swelling, their 
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lower jaw juts forward more than in most other species 
of monkey. This jutting is not as noticeable as it might 
be, however, because the howlers are bearded. The 
throat is larger in the males than the females, and it 
is largest in the dominant male in a group of monkeys 
containing several males. 


Howler monkeys are quite large, weighing up to 
20 Ib (9 kg) and measuring 33 in (91 cm) long, with an 
equally long and very strong prehensile tail, which is 
naked on the end third. Howler monkeys use their 
prehensile tail to attach themselves firmly to branches, 
and they may hang from their tail to keep their hands 
free while feeding on leaves. The mantled howler mon- 
key (A. palliata) has to eat so many leaves to get the 
nourishment it needs that its intestines make up one- 
third of the volume of its body. The mantled howler 
monkey is found from southern Mexico south to west- 
ern Colombia and Ecuador and it has a black body 
with a gold mantle, or fringe, down the sides. 


Howler monkey species vary primarily in their 
coloring. The Guatemalan or Mexican black howler 
monkey (A. pigra) is completely black, from the bare 
base to the tip of its tail. All the howlers have naked black 
faces, but the black-and-red howler (A. belzebul) has red 
hands and feet as well as tail tip. The Venezuelan red 
howler (A. seniculus) is bright copper. Only the black 
howler (A. caraya) has different forms of the males and 
females. The young of black howler monkeys are born 
golden-brown, and the males turn black as they mature. 
A howler group contains up to 20 monkeys, with two to 
four males and five to ten females in the group. A single 
young howler is born after a gestation of about 180 
days. It clings to the mother’s abdomen for the first 
several weeks until it matures enough for it to be able to 
cling to its mother’s tail. It then moves around and rides 
her back, where it remains for a year or more. Howler 
females reach maturity at about five years, and males at 
six to eight years. 


The Guatemalan black howler monkey is an 
endangered species. Although some howlers live higher 
in the mountains, this lowland species is losing its hab- 
itat to logging and agricultural conversion. They are 
also hunted, and individual animals are easily caught 
because their loud voices betray their location. 


Spider monkeys and woolly monkeys 


The subfamily Atelinae includes the spider 
monkeys, the woolly spider monkeys, and the woolly 
monkeys. These monkeys are as large as howler monkeys 
but thinner. 


Spider monkeys (Ate/es spp.) are found in approx- 
imately the same range as the howler monkeys, though 
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spider monkeys occur farther north in Mexico and 
extend south to Brazil. Howler monkeys may eat 
slightly immature fruit, while spider monkeys wait 
until it is truly ripe. The arms of spider monkeys are 
longer than their legs, giving them an ungainly spider- 
like appearance. Spider monkeys are extremely agile 
and can walk along branches, hang upside down, leap 
sideways, and even leap long distances downward. 
Spider monkeys are very adroit at swinging from 
branches by arm to arm movements, also called bra- 
chiation, an ability that requires special flexibility in 
the shoulders. Their tails are quite thick toward the 
base but slender and with a naked patch with ridges 
toward the tip, which makes it quite sensitive. 


The long tail is especially useful because, unlike 
many other monkeys, spider monkeys do not have an 
opposable thumb, meaning they are not very adept 
with their hands. Their skeletons show the remains of 
the thumb, and some individual animals have a slight 
protrusion where a thumb would be. Spider monkeys 
live in large groups, though they often tend to break up 
into smaller family subgroups. 


All spider monkeys have fairly long, shaggy fur, 
which is mostly dark brown or black. The fur on the 
head is brushed forward. The Central American spider 
monkey (A. geoffroyi) has golden, reddish, or bronze 
fur on its body and usually black hands and feet. The 
white-bellied spider monkey (A. belzebuth) of the 
upper Amazon has chest and abdomen of a lighter 
color than the rest of its body. The brown-headed 
spider monkey (A. fusciceps) lives from Panama to 
Ecuador, between the ranges of the other two species. 


In coastal parts of Brazil, the spider monkey’s 
territory is taken over by the woolly spider monkey 
or muriqui (Brachyteles arachnoides). The woolly spi- 
der monkey is the heaviest monkey in Brazil, weighing 
35 Ib (16 kg); it has the chunky body and thick fur of 
the woolly monkey but lacks a thumb. It is lighter 
brown in color than most of its relatives. 


The woolly spider monkey’s social groups, which 
used to number about 30-40, are now down to typically 
6-20. Within a group’s territory, the individuals sepa- 
rate by gender and can frequently be seen hugging each 
other. There may be fewer than 1,000 woolly spider 
monkeys left, reduced from half a million individuals 
when Europeans first arrived in South America. The 
large size and gentle nature of the woolly spider monkey 
makes them easy targets for hunting, and this species is 
now on the endangered species list. 


The two species of woolly monkeys (Lagothrix) 
live in western South America, mostly at fairly high 
altitudes. Their thick fur makes the woolly monkeys 
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Niche 


KEY TERMS 


Brachiating—Swinging from tree limb to tree limb 
hand over hand. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Gestation—The period of carrying developing off- 
spring in the uterus after conception; pregnancy. 


Monogamous—Of males and females, mating for 
life. 


Nocturnal—Active in or relating to nighttime. 


Opposable—Of the thumb or first toe on a primate, 
set far enough from the remainder of the fingers to 
be useful in grasping objects. 


Polygamous—Of males and females, taking more 
than one mate at a time. 


Prehensile—Grasping, as the specialized tail in 
many monkeys. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


look larger and stouter than they really are. The com- 
mon woolly monkey (L. lagothricha), also known as 
Humboldt’s monkey, is colored gray, black, or brown. 
The yellow-tailed or Hendee’s woolly monkey 
(L. flavicauda) is deep red-brown with yellow fur 
along its tail and around its genitals. This monkey 
lives in a small mountainous area in northern Peru. 
The yellow-tailed woolly monkey was thought to be 
extinct from hunting for food and the pet trade, but a 
small wild population was rediscovered in the 1970s, 
and this critically endangered species is now being 
bred in captivity. 


Endangered New World monkeys 


The Atlantic rainforest in Brazil has been called 
one of “the most devastated primate habitats in the 
world.” Sixteen of the 21 primate species and subspe- 
cies that live in that ravaged Brazilian ecosystem are 
found nowhere else, and will disappear along with 
their habitat. The human population of the region 
continues to put pressure on the forests, which are 
cut down for agricultural use, living space, and fire- 
wood. The endangered woolly spider monkey has 
become a symbol of the conservation crisis in Brazil. 


Other endangered species include the southern 
bearded saki (Chiropotes satanas, the yellow-tailed 
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woolly monkey (Lagothrix flavicauda), and the 
Central American squirrel monkey (Saimiri oerstedii). 
As more and more of the rainforest is cleared, other 
New World monkeys will be added to the endangered 
species list. The only ways to save these endangered 
primates are to preserve their natural forest habitat, 
and to control the hunting of the rarer species. 
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| Niche 


The niche is an important ecological concept that 
considers the role that an organism or species plays in 
its community through the organism’s occupation of a 
physical space and the use of resources in that space. 
Other important aspects of the niche are environmen- 
tal tolerance, the organism’s activities, and interac- 
tions (competitive and more harmonious) with other 
organisms. 


Species have limited abilities to tolerate environ- 
mental extremes. For example, a particular species of 
plant or animal might be able to survive over an 
extended period of time within a zone of temperature 
bounded by certain high and low extremes. Extended 
exposures to hotter or colder temperatures cannot be 
tolerated, and the species will not occur in such envi- 
ronments. This temperature range becomes part of the 
niche of the particular organism. 
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Other environmental and geographic factors are 
important in determining an organism’s niche. As 
well, other species may have similar tolerances of envi- 
ronmental factors. These species will seek to utilize 
some portion of the environmental opportunities 
that are available, resulting in the ecological interac- 
tion known as competition. 


Competition exerts a very important influence on 
the ability of species to optimally exploit their niche and 
so is important in determining the variety of life in a 
community. If species have very similar fundamental 
niches, then competition between them will be intense. 
In extreme cases this can cause one species to be elimi- 
nated from the community; this is known as competitive 
exclusion. More often, species are displaced by compe- 
tition to particular zones within their niche. The niche 
may thus not be ideal for an organism, but rather is the 
best that can be achieved under the circumstances. 


Ecological communities can be viewed as popula- 
tions of various species that live together at the same 
time and in the same geographic area. Each species in 
the community maintains its population by utilizing 
the opportunities available in its niche within the 
larger habitat. The number of species that can be 
maintained in the community and their relative abun- 
dances are determined by various factors: the number 
of niches (i.e., trees, streams, grasslands, soil); their 
stability over time; and the intensity competition for 
food and space. The influences of these factors are 
optimized in old-growth tropical rain forests, which 
maintain a greater diversity of species than any other 
terrestrial ecosystem. Among oceanic ecosystems, spe- 
cies diversity is greatest in coral reefs. 


Like other species, the fundamental niche of 
humans is bounded by their biological tolerance of 
extremes of environmental conditions. However, 
unlike other species, humans have utilized technology 
to lessen these extremes, allowing survival in otherwise 
inhospitable places. Humans can now sustain them- 
selves in Antarctica, on mountaintops, in the driest 
deserts, in phenomenal densities in cities, and even in 
spacecraft. However, the burgeoning human popula- 
tion and the production of noxious compounds is 
imposing stresses that, without alteration, threaten 
human life on Earth. 
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| Nicotine 


Nicotine is a colorless, oily, acrid (bitter, pungent) 
liquid with the chemical formula C; 9H,4N>. It is an 
alkaloid found primarily in leaves of the tobacco plant 
(Nicotiana tabacum). While the tobacco plant is indi- 
geous to North America, it is now commercially culti- 
vated and naturalized in most subtropical countries. 
The word nicotine comes from Jean Nicot (1530- 
1600), a French diplomat and scholar, who introduced 
tobacco to France in the sixteenth century. 


Many societies throughout the world have prized 
nicotine for its mood-altering properties. Although it 
is a stimulant, it can produce either relaxation or 
arousal, depending on the user’s state (the relaxation 
appears occur on a muscular level). Users commonly 
burn the leaves and inhale the smoke; some, however, 
may chew the leaves, while others snuff finely ground 
leaves into their noses or place them between their 
cheeks and gums. 


Nicotine is so highly addictive that the American 
Psychiatric Association includes it in their diagnostic 
manual under substance dependence. Nicotine addic- 
tion is also very difficult to break—only 5% of those 
who attempt to quit smoking are successful on their 
first try, and only 3% can kick the habit for a whole 
year. Only 10% of smokers are not addicted. To relieve 
the physical and psychological symptoms of nicotine 
withdrawal—restlessness, anxiety, irritability, depres- 
sion, difficulty in concentrating, and a craving for the 
drug—pharmaceutical companies now offer nicotine 
replacement systems such as the nicotine patch and 
gum. These systems deliver nicotine in a less addicting 
pattern that allows the dose to be gradually decreased 
and eventually eliminated. Even with nicotine replace- 
ment, however, successful quitting requires determina- 
tion and is more successful when psychological 
support—like those offered in kicking other addictive 
substances—is given. Two drugs—clonidine, and the 
antidepressant bupropion (Wellbrutin®)—have been 
approved by the Food and Drug Administration 
(FDA) to help people quit. 
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Night vision enhancement devices 


Like most alkaloids, nicotine exerts its effects at 
receptors for chemicals that transmit nerve impulses. 
Specifically, nicotine acts at the nicotinic receptor 
class for the transmitter acetylcholine (the other class 
of acetylcholine receptor is the muscarinic, also named 
for a compound—a mushroom derivative—that trig- 
gers only receptors of that class). Outside the brain, 
nicotinic receptors are found primarily in the sympa- 
thetic nervous system, while muscarinic receptors are 
found in the parasympathetic nervous system. Thus, 
nicotine use triggers sympathetic nervous system 
effects throughout the body. 


These effects largely account for nicotine’s unfavor- 
able impact on the user’s health. People pay a great deal 
of attention to the danger of lung cancer, which results 
when smokers inhale cigarette smoke. While nicotine in 
itself is not carcinogenic, cigarettes and tobacco products 
contain more than 4,000 different chemicals, 60 of which 
are known carcinogens, and account for approximately 
one in every seven deaths in the United States, and one in 
three between the ages of 35 and 70 years—primarily due 
to cancers and cardiovascular diseases. Nicotine does, 
however, constrict small arteries, which raises the blood- 
pressure and makes the heart work harder. It also makes 
the heart beat faster, yet, because it constricts the arteries 
supplying the heart muscle, the organ receives less blood. 
When buildups of fatty plaque have already narrowed 
heart arteries, this may be enough to trigger heart pain 
(angina) or heart attack. In addition, elevated blood 
pressure greatly increases the risk of stroke. Nicotine 
causes circulatory problems, particularly affecting the 
hands and feet, and causes some men difficulty in obtain- 
ing an erection. 


On the other hand, nicotine may have beneficial 
properties: for some users, it inhibits the appetite and 
slightly speeds up the body’s metabolic rate, helping to 
keep weight down. In addition, research has shown 
smokers appear to have a decreased risk of Parkinson 
disease. 


Nicotine is also used as an insecticide to control 
aphids. In such applications, the nicotine is extracted 
from the stem and the leaf mid ribs of tobacco plants 
(those sections not used in the manufacture of smok- 
ing tobacco) and distilled. Nicotine is a strong, fast 
acting poison and it is usually applied as a 0.5% 
solution in water. 


In 1992, the Surgeon General of the United States 
declared nicotine to be as addictive as cocaine. An 
article published in the December 17, 1997 issue of 
the Journal of the National Cancer Institute stated 
nicotine addiction rates are higher than for alcohol 
or cocaine. 
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The World Health Organization (WHO) has 
named tobacco, which contains nicotine, one of the 
greatest public health threats of the twenty-first cen- 
tury. The U.S. Centers for Disease Control and 
Prevention (CDC) has declared that tobacco use is 
most preventable risk to human health in developed 
countries. As of 2004, over one billion people world- 
wide smoke. More than 3.5 million people are 
expected to die annually from causes directly related 
to tobacco use. This death rate is expected to rise to 10 
million by the year 2030. 


[ Night vision enhancement 


devices 


Night vision is the ability to see in an unlit (dark- 
ened) environment either by (natural) biological or 
(artificial) technological means. Night vision enhance- 
ment scopes or devices enable machines or people to 
form images when illumination in the visible band of 
the electromagnetic spectrum is inadequate. It is not 
possible to form images in absolute darkness; that is, in 
the absence of any electromagnetic radiation whatso- 
ever. However, it is possible to form images from 
radiation wavelengths to which the human eye is 
insensitive, or to amplify visible light levels so low 
that they appear dark to the human eye. 


There are two basic approaches to imaging scenes 
in which visible light is inadequate for human vision: 


(1) Low-level visible light that is naturally present 
may be amplified and presented directly to the viewer’s 
eye. (Light in the near-infrared part of the electro- 
magnetic spectrum [0.77 to 1.0 microns], either nat- 
urally present or supplied as illumination, may also be 
amplified and its pattern translated into a visible-light 
pattern for the viewer’s benefit.) This technique is 
termed image intensification. 


(2) Light in the infrared part of the spectrum (>0.8 
microns) is emitted by all warm objects and may be 
sensed by electronic devices. A visible-light image can 
then produced for the user’s benefit on a video screen. 
This technique is termed thermal imaging. 


Image intensification 


Image intensification is the method used for the 
devices termed night-vision scopes, which exist in a 
variety of forms that can mounted on weapons or 
vehicles or worn as goggles by an individual. Image- 
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intensification devices have been used by technologi- 
cally advanced military organizations since the 1950s. 
In a modern, high-performance light amplifier, light 
from the scene is collimated—forced to become a mass 
of parallel rays—by being passed through a thin disk 
comprised of thousands of short, narrow glass cylinders 
(optical fibers) packed side by side. The parallel rays of 
light emerging from these optical fibers are directed at a 
second disk of equal size, the microchannel plate. The 
microchannel plate is also comprised of thousands of 
short, narrow cylinders (0.0125-mm diameter, about 
one-fourth the diameter of a human hair), but these 
microchannels are composed of semiconducting crystal 
rather than optical fiber. A voltage difference is applied 
between the ends of each microchannel. 


When a photon (the minimal unit of light, consid- 
ered as a particle) strikes the end of a microchannel, it 
knocks electrons free from the atoms in the semicon- 
ducting crystal. These are pulled toward the voltage at 
the far end of the microchannel, knocking more elec- 
trons loose as they move through the crystal matrix. 
Thousands of electrons can be produced in a micro- 
channel by the arrival of a single photon. At the far end 
of the microchannel, these electrons strike a phosphor 
screen that is of the same size and shape as the micro- 
channel disk. The phosphor screen contains phosphor 
compounds that emit photons in the green part of the 
visible spectrum when struck by electrons. Thus, that 
part of the phosphor disk affected by a single micro- 
channel glows visibly, the brightness of its glow being in 
proportion to the intensity of the electron output of the 
microchannel. (Green is chosen because the human eye 
can distinguish brightness variations in green more 
efficiently than in any other color.) The phosphor-disk 
image is comprised of millions of closely packed dots of 
light, each corresponding to the electron output of a 
single microchannel. The light from the phosphor disk 
is collimated by a second fiber-optic disk and presented 
to the viewer’s eye through a lens. The function of the 
lens is to allow the user’s eye to relax (i.e., focus at 
infinity), rather than straining to focus on an image 
only an inch or so away. Alternatively, the phosphor- 
disk image can be filmed by a camera. 


Either a pair of night-vision goggles may contain 
two such systems, one for each eye, or a single image 
may be split into identical copies and presented to 
both the user’s eyes simultaneously. 


Night-vision goggles provide poor peripheral vision, 
which can disorient pilots or drivers. Further, they can- 
not work in settings where visible and near-infrared light 
are truly absent (e.g., inside a windowless building). The 
latter disadvantage can only be partly offset by providing 
active illumination (e.g., a laser). 
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Image intensifiers form sharp images with natural 
contrast patterns. 


Image intensification amplifies radiation reflected 
by objects; infrared imaging works by detecting radi- 
ation emitted by objects. All objects at non-cryogenic 
temperatures glow spontaneously in the infrared 
region of the spectrum. Air is opaque to some of this 
radiation, but has two wavelength windows through 
which infrared radiation passes freely: the 3 to 5 
micron window and the 8 to 12 micron window. 
(One micron is a millionth of a meter.) 


Semiconductor devices sensitive to infrared radi- 
ation in either of the two atmospheric infrared win- 
dows can be built, in large numbers, on the surface of a 
chip. An infrared image focused on the surface of such 
an array can be read off electronically as image infor- 
mation, and this information used to construct a visi- 
ble-light image on a screen. 


Infrared imagers are also used for a wide variety 
of forensic and industrial purposes, as they can reveal 
chemical compositional differences not evident in visi- 
ble light. 


See also Infrared astronomy. 
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Nightjars see Goatsuckers 


l Nightshade 


The family of plants known as nightshades is also 
known as the Solanacene. It is a large group of plants 
composed of more than 2,000 species and 75 different 
genera. Most nightshades are herbs, but some species 
are shrubs, vines, or trees. Most of the members of the 
nightshade family are native to parts of Central and 
South America, but about 100 nightshades can be 
found in North America. 
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A partially cut field of tobacco in southern Wisconsin. (ULM 
Visuals.) 


Some species of nightshades are important sour- 
ces of food, such as tomatoes, chili and bell peppers, 
potatoes, and eggplant. A number of nightshade spe- 
cies have been used medicinally for thousands of years, 
and some species have narcotic and poisonous char- 
acteristics. Tobacco is a nightshade that has had a 
tremendous economic impact and has been a source 
of controversy since the early 1960s because of the link 
between smoking tobacco and several deadly diseases. 


Other species in the nightshade family are grown 
as garden ornamentals. Well-known nightshade flow- 
ers include Browallia and Petunia, and the Chinese 
lantern is often found as an outdoor garden plant 
and sometimes as a potted house plant. 


Some of the common characteristics of night- 
shades are alternating, simple leaves that are often 
hairy in texture and may have a strong odor. The size 
and shape of the leaves, however, vary greatly within 
the family. The flowers of these plants generally have a 
tubular shape, often with five petals attached, as in the 
petunia. The stamens of the flowers are connected at 
their base. When the ovary of the flower matures into a 
fruit, it is either fleshy like a tomato, or a dry fruit 
called a capsule, as in the tobacco plant. 


Edible species of nightshades 


The nightshade family supplies some important 
dietary staples. The tomato, potato, eggplant, and 
pepper all belong to this plant family, although they 
are each representative of different genera within the 
family. The botanical name of the tomato is 
Lycopersicum esculentum, the potato’s is Solanum 
tuberosum, the eggplant is Solanum melongena, and 
peppers are named Capsicum annuum, Capsicum fru- 
tescens longum, Capsicum fructescens conoides: bell 
pepper, cayenne pepper, and chili pepper, respectively. 
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With the exception of the potato, which is a tuber, the 
fruits of this group of plants are used as vegetables, for 
seasonings, sauces, and soups. 


Tomato 


The tomato is eaten in many countries around the 
world. This was not always the case, since the reputa- 
tion of nightshades as poisonous plants preceded the 
introduction of tomatoes as food into diets in Europe 
and the United States. Native to Central America and 
Mexico, the tomato was cultivated and eaten by abo- 
riginal inhabitants in those regions before the Spanish 
came to the Americas. It is referred to as a food in Italy 
as early as 1544. It is believed that the Italians may 
have gotten the tomato from the Turks, and it was 
known originally as the Moor’s apple. After its intro- 
duction into France, the tomato became known as the 
love apple. The French later introduced the tomato 
into the New Orleans diet when they owned the 
Louisiana Territory. By 1597 it was being grown in 
England. 


The reputation of the tomato as a nutritious and 
delicious food took a long time to gain acceptance. 
During the sixteenth century, some herbalists were 
writing that the tomato was a harmful food, but in 
Italy tomatoes were being dried in the sun and eaten 
without any ill effects. By the eighteenth century the 
tomato was being used in soups in England, Spain, 
and Portugal. 


The tomato was introduced into the United States 
as a food around 1710, but did not become significant 
there until it was made into catsup in New Orleans in 
the latter part of the eighteenth century. Today toma- 
toes are a common element in American, Mexican, 
South American, European, and Asian diets. It is 
difficult to imagine a diet without pizza, spaghetti, 
salsa, or catsup. Besides its usefulness as fiber in the 
diet, the tomato is also an excellent source of vitamin 
C. Tomatoes come in a range of colors from red to 
yellow and, in size, from cherry tomatoes to large 
beefsteaks. 


Potato 


The part of the potato plant, Solanum tuberosum, 
that is eaten is called a tuber. A tuber is a bud at the 
end of an underground stem, not a root, that becomes 
enlarged. Native to Peru and Chile, the potato had 
been eaten by the people living in that region for 7,000 
years. The people of the Andes ate cooked tubers, and 
they also dried potatoes and ground them into flour. 
After the Americas were discovered by Europeans, 
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A red missile pepper plant. (James Sikkema.) 


potatoes were introduced into Europe and then later 
into North and Central America, where they had not 
been previously known by the native Americans who 
lived there. Many of the types that are common today 
were known by the Andean people, who also had blue, 
purple, and yellow varieties. 


When the potato was first introduced into 
Europe, it was believed to cause diseases and to be 
toxic. In fact, there are toxins in the potato plant, but 
only in its leaves and flowers-not in the tuber. Potatoes 
became a dietary staple in Europe sometime during the 
eighteenth century. Its hardiness (it grows at high 
elevations in the Andes in a cold climate) helped to 
establish the potato as a crop that would help prevent 
famine. 


Historically, the potato blight in Ireland during 
the mid-eighteenth century was the cause of a famine 
that led to mass emigration by poor Irish peasants to 
North America between 1846 and 1851. The destruc- 
tion of the potato crop in Ireland, the staple for the 
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mass of poor Irish, was caused by a fungus disease. 
Potatoes are also vulnerable to insect infestations. 


Today various insecticides are used to control 
diseases that attack potato plants, and efforts have 
been made to produce a strain of potato that is resist- 
ant to disease. Experiments with hybrids is one avenue 
of research. More than 300 million tons of potatoes 
are produced around the world, with Russia, China, 
Poland, and the United States as the biggest producers 
of potatoes. 


Eggplant and peppers 


Sometime between AD 900 and 1200 the eggplant 
became popular in North Africa and Arabia. Thereafter 
it spread around the Mediterranean to Spain, Italy, 
Greece, and other countries. Spain introduced eggplant 
to the Americas, but today it is eaten mostly as a spe- 
cialty dish, like eggplant parmigiana, ratatouille, and 
caponata, an eggplant relish. It is one of the important 
vegetables in the Japanese diet, and in India it is used in 
curry dishes or is pickled. 


Nutritionally, the eggplant is primarily water with 
some carbohydrate, protein, mineral, and vitamin 
content. The fruit of the eggplant is considered a 
berry. In the seventeenth century its size and shape 
was somewhat different from its appearance today. 
Now it is cultivated for a gourd-like shape and the 
size is on the average about 4 in (10 cm) in diameter 
and 8 in (20 cm) long. The skin is a thin, smooth, dark 
purple color. The plant of the eggplant is shrub-like 
and about 2-3 ft (0.6-0.9 m) high. It has large gray, 
rough leaves and violet flowers. 


Bell, cayenne, chili, and other varieties of peppers 
are used in various ways. Chili peppers are popular in 
Mexico and in the southwest United States. They are 
used as a seasoning, as cayenne, and a number of other 
varieties are also used to spice up dishes. Tabasco 
sauce and paprika are seasonings that come from 
varieties of pepper plants. Bell peppers are used both 
as a culinary addition to a dish, much like onions are 
used, and as a vegetable. Peppers are a good source of 
vitamin C. Albert von Szent-Gyorgyi received the 
Nobel Prize in 1937 for his discoveries regarding vita- 
min C and credits paprika peppers for helping him in 
his research. 


Medicine 


Henbane, Jimson weed, mandrake, and _ bella- 
donna are the common names of nightshades that 
have medicinal uses. These plants contain alkaloids, 
substances that contain nitrogen, which can be 
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isolated from the plant and used as drugs. The narcotic 
property of mandrake can induce sleep and may have 
been used as an anesthetic in ancient times. It is a small 
plant that has most of its leaves at the base. Its flowers 
are yellow-green in color, and it has a thick carrot- 
shaped root, the part that is used to produce medicine. 
While it is not used pharmaceutically anymore, some 
related plants are still a source of drugs. 


Henbane has from 12-15 species, mostly native to 
the Mediterranean. Black henbane is the one that is 
used mainly for drugs, its principal alkaloid being 
hyoscyamine. It is a small annual or perennial with 
hairy, coarsely lobed leaves with an unpleasant odor. 
It is used as a pain reliever for spasms and as a seda- 
tive. Henbane is also sometimes used as an antidote to 
mercury poisoning and in the treatment of morphine 
addiction. 


Jimson weed also contains the hyoscyamine alka- 
loid and can cause a temporary loss of vision, convul- 
sions, dry skin, and dilated pupils. Some of its other 
common names are devil’s apple, thorn apple, and 
stinkweed. Its botanical name is Datura stramonium. 
It grows profusely as a weed in this country. Like the 
henbane it has an unpleasant odor and coarsely lobed 
leaves with prickly capsules that contain its seeds. Its 
alkaloids areatropine, hyoscyamine, and scopolamine, 
and it is used medicinally in various treatments. 


Belladonna, also called deadly nightshade, gets its 
name from its ability to dilate the pupils of the eyes. In 
the past women used belladonna for this purpose 
because they felt it made them more attractive. The 
word means “beautiful lady” in Italian. The plant is a 
medium-sized herb with long, dark green leaves and 
small purple flowers. The alkaloids in the plant come 
from the leaves and the root. Scopolamine and atro- 
pine are the main substances used from belladonna in 
medicine. They have been used as analgesics, anesthe- 
sia, and are especially useful in examining eyes. 
Atropine is also an antidote for some poisons. 


Tobacco 


A number of the nightshades that were used for 
medicine in the past became problematic because of 
adverse side effects, but they no longer stir the kind of 
controversy that tobacco has stirred in this country 
over the past several decades. Europeans discovered 
tobacco and the pleasures of smoking when they con- 
quered the New World. The Spanish and the English 
colonists grew tobacco for export to their native coun- 
tries as early as the seventeenth century. During the 
years of its early use it had the reputation to cure many 
diseases. 
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Alkaloid—A nitrogen-based chemical, usually of 
plant origin, also containing oxygen, hydrogen, 
and carbon. Many are very bitter and may be active 
if ingested. Common alkaloids include nicotine, 
caffeine, and morphine. 


Capsule—A dry, dehiscing fruit derived from two 
or more carpels. 


Dietary staple—An important food that is a main- 
stay of a person’s diet. 


Narcotic—A drug that depresses the central nerv- 
ous system and is usually addictive. 


Solanacene—Botanical term for nightshade plants. 


Solanum tuberosum—Botanical name for the 


potato plant. 
Toxin—A poisonous substance. 


Tuber—A swollen bud of an underground stem, 
such as a potato. 


In its early use it was mainly smoked in pipes. In 
the eighteenth century snuff was a popular form of 
tobacco. Chewing tobacco was popular during the late 
nineteenth century, when cigars and cigarettes were 
also developed. There was some early opposition to 
smoking from religious leaders, and in places like 
China and the Near East, laws were passed to prohibit 
the importation of tobacco. 


Besides the growing of tobacco, its advertising has 
also become a major industry in this country. Tobacco 
manufacturers spend a larger percentage of their 
money in advertising than manufacturers of other 
products. Today in the United States there is much 
opposition to the type of advertising that takes place. 
Many opponents feel that the advertising is directed at 
young smokers who are the most vulnerable to smok- 
ing addiction. 


While the United States is the leading producer of 
tobacco products, it is cultivated in many other parts 
of the world. The process of growing and curing 
tobacco before it is manufactured into cigarettes is a 
complex one and requires a considerable amount of 
hand labor. The plants are from 2-9 ft (0.6-2.7 m) tall, 
with white, pink, or red flowers. The cultivated plants 
today have extremely large leaves. 


The main areas of opposition to tobacco smoking 
are links to life-threatening illness such as heart disease 
and lung cancer. Once addicted to tobacco smoking, 
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the smoker usually finds it difficult to stop because of 
physical dependence on nicotine, the harmful sub- 
stance in tobacco. Nicotine acts on the nervous system 
as a stimulant. It increases the heart rate and narrows 
the blood vessels as well. People who try to stop smok- 
ing usually go through a series of withdrawal symp- 
toms that can include irritability, restlessness, anxiety, 
and insomnia, which often make it difficult for the 
smoker to quit. 


Resources 
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Niobium see Element, chemical 


| Nitric acid 


Nitric acid (HNO3) is a colorless, liquid acid 
widely used in the manufacturing of explosives and 
fertilizers. When dissolved in water, molecules of nitric 
acid separate (or dissociate) into hydrogen ions (H* ) 
and nitrate ions (NO3). The fact that nearly every 
nitric acid molecule dissociates is what makes nitric 
acid a strong acid. Nitric acid is often the starting 
material in the industrial production of nitrates for 
fertilizers. 


Plants take up nitrogen from the soil in the form 
of ammonium ions (NH,4*) and nitrate ions, and 
along with carbon containing molecules made during 
photosynthesis, these ions are used to synthesize 
amino acids, from which proteins are made. Within 
the past hundred years the demand for nitrogen fertil- 
izers has grown dramatically as the need for fertilizers 
for agriculture has grown. The natural manner in 
which nitrates reach the soil involves the reaction of 
nitrogen gas and oxygen gas in the atmosphere to form 
nitrogen dioxide gas (NO2), which then reacts with 
atmospheric water, making nitric acid, which provides 
a natural source of nitrates in water and soil. 

During World War I, the Germans were very inter- 
ested in using ammonium nitrate (NH4NOs), a salt of 
nitric acid, as an explosive. Many organic nitrates such 
as nitroglycerine and TNT are also highly explosive. 
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Nitric acid is made by the reaction of ammonia with 
oxygen gas. The nitric acid which is produced can then 
be used to make a variety of compounds. This is a 
process that has allowed large amounts of fertilizers to 
be produced relatively inexpensively. 


Nitric acid is also formed from the reaction of 
nitrogen oxides produced during the combustion 
(burning) of fossil fuels in automobile engines. These 
nitrogen oxides react with water in the atmosphere and 
form nitric acid, one cause of acid rain. High levels of 
nitrates in drinking water can contribute to the forma- 
tion of nitrosamines, a group of carcinogenic (cancer 
causing) compounds. 


See also Acids and bases; Nitrogen cycle. 


[| Nitrification 


Nitrification is an aerobic microbial process by 
which specialized bacteria oxidize ammonium to 
nitrite and then to nitrate. Nitrification is a very 
important part of the nitrogen cycle, because for 
most plants nitrate is the preferred chemical form of 
nitrogen uptake from soil or water. 


Nitrification is a two-step process. The first stage 
is the oxidation of ammonium (NH,") to nitrite 
(NO, ), a function carried out by bacteria in the 
genus Nitrosomonas. The nitrite formed is rapidly oxi- 
dized to nitrate (NO3_) by bacteria in the genus 
Nitrobacter. Because nitrate and nitrite are much 
more mobile in soils than ammonium, nitrification 
can be viewed as a process that mobilizes nitrogen, 
making it more available for plant uptake but poten- 
tially allowing it to leach from the ecosystem. The 
latter is an undesirable attribute of nitrification 
because fixed nitrogen is an important component of 
the nutrient capital of ecosystems. In addition, large 
concentrations of nitrate or nitrite can pollute ground- 
water and surface waters. 


Nitrification as a bacterial process 


Nitrification is an autotrophic process during 
which bacteria couple energy release from the oxida- 
tion of ammonium with the biosynthesis of simple 
inorganic molecules such as carbon dioxide and 
water into organic compounds. Because chemical 
energy is being tapped by the bacteria, nitrification is 
known as a chemoautotrophic process rather than 
photoautotrophic, as when green plants utilize sun- 
light in their photosynthetic productivity. 
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Only a few types of aerobic bacteria are capable of 
performing the chemical reactions of nitrification. The 
first step in nitrification is the oxidation of ammonium 
to nitrite. This function is mostly carried out by bacteria 
in the genus Nitrosomonas, with lesser activity by the 
genera Nitrosospira, Nitrosococcus, and Nitrosolobus. 
The nitrite formed by these bacteria does not accumu- 
late in soil because it is rapidly oxidized to nitrate. This 
stage is mostly accomplished by bacteria in the genus 
Nitrobacter, along with Nitrosospira and Nitrosococcus. 


Environmental influences on nitrification 


Any chemical reaction requires substrate mole- 
cules, which in the case of nitrification is ammonium. 
The most important natural source of this substrate is 
ammonium released from decaying organic matter 
through the microbial process of ammonification, 
during which this ion is produced as a waste product 
of the oxidation of various forms of organic nitrogen 
such as proteins. There are also inputs of ammonium 
from the atmosphere, both dissolved in precipitation 
and through the dry deposition of gas. The biological 
fixation of atmospheric dinitrogen (or nitrogen gas, 
N>) into ammonia can be another important source of 
input, especially when legumes are cultivated in agri- 
culture as well as in some natural ecosystems, for 
example, sites dominated by alders (A/mus spp.). 
Ammonium may also be added to agricultural soils 
in large quantities when inorganic fertilizers are used 
or when manure or sludges are spread on fields. 


The genera of bacteria that are responsible for nitri- 
fication are highly sensitive to acidity, so this process does 
not occur at significant rates in acidic soil or water, 
especially in those with pH less than 5.5. Plants that 
grow in acidic habitats such as bogs and some forests 
must be capable of utilizing ammonium as their source of 
nitrogen nutrition because nitrate is not available in those 
habitats. Because Nitrobacter is somewhat more sensitive 
to acidity and some other stresses than Nitrosomonas, 
nitrite can accumulate under some conditions. 


Interestingly, nitrification is a process that actually 
generates acidity, equivalent to two H~ ions for every 
ion of NO; produced by the oxidation of NH4”. 
However, the ammonification of organic nitrogen to 
ammonium consumes one H~, as does the uptake of 
nitrate from soil by plant roots. Therefore, nitrification 
only acidifies soils if the ammonium substrate is added 
directly, for example through fertilization or by atmos- 
pheric deposition, or if the nitrate is not taken up by 
plants and leaches from the soil. 


The nitrifying bacteria are also very sensitive to 
high temperatures. Their populations are substantially 
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reduced by exposures to temperatures of 212°F 
(100°C), and they are virtually eliminated at temper- 
atures hotter than 284°F (140°C). As a result, nitrify- 
ing bacteria are often uncommon after a ground fire. 
The rates of nitrification are correspondingly small, 
even if there is an abundant substrate of ammonium. 


The rate of nitrification is known to decline during 
some ecological successions. This is probably caused by 
an increasing acidification of the ecosystem and perhaps 
also by the presence of organic chemicals that inhibit the 
nitrifying bacteria. Decreasing nitrification has been 
observed during the succession of abandoned pastures 
into old-field conifer forests in eastern North America as 
well as in conifer forest successions elsewhere. A poten- 
tial benefit of decreasing nitrification during succession 
is that this causes the major form of soluble, inorganic 
nitrogen to become ammonium, an ion that is bound 
readily by soils and is not easily leached. However, nitri- 
fication does not always decrease during succession; it is 
known to increase when some abandoned farmlands 
develop into an angiosperm forest which tends not to 
acidify soils as much as most conifer forests. 


Humans and nitrification 


The use of nitrogen-containing fertilizers in agricul- 
ture has a strong influence on nitrification and on the 
nitrogen cycle more broadly. Rates of fertilization in 
intensive agricultural systems often exceed 500 kg of nitro- 
gen per hectare per year. Much of the nitrogen addition 
occurs as ammonia or ammonium which is the substrate 
for nitrification, so this process can occur very rapidly, 
and nitrate may be present in large concentrations. 


If soils with large nitrate concentrations become 
wet and anaerobic conditions develop, the rate of 
denitrification is greatly increased. Denitrification 
represents a loss of fixed nitrogen capital, and the 
emitted nitrous oxide (N.O) may contribute to an 
enhancement of Earth’s greenhouse effect. 


If the availability of nitrate overwhelms the ability 
of the plant crop and soil microbes to assimilate this 
nutrient, some of the nitrate will leach from the site 
into groundwater and surface waters such as streams 
and rivers. This can contribute to the increased pro- 
ductivity of surface waters through eutrophication. In 
addition, large concentrations of nitrate in ground- 
water are of great concern for several reasons. 
Nitrate can react with amino compounds to form 
nitrosamines, which are poisonous and carcinogenic. 
Nitrate itself is not particularly toxic, but it can be 
chemically reduced in the gut of animals to form 
toxic nitrite. This reaction occurs especially rapidly 
in the relatively alkaline gut of infant humans, so 
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KEY TERMS 


Ammonification—The microbial conversion of 
organic nitrogen to ammonium in soil or water. 


Denitrification—The anaerobic, microbial reduction 
of nitrate to gaseous nitrous oxide (N2O) or nitrogen 
gas (N2) which are then emitted to the atmosphere. 


Dinitrogen fixation (nitrogen fixation)—The con- 
version of atmospheric dinitrogen (i.e., No») to 
ammonia or an oxide of nitrogen. This process 
can occur inorganically at high temperature and/ 
or pressure and biologically through action of the 
microbial enzyme, nitrogenase. 


Leaching—The process of movement of dissolved 
substances in soil along with percolating water. 


Nitrification—The process by which Nitrosomonas 
bacteria oxidize ammonium to nitrite which is then 
oxidized by Nitrobacter to nitrate. 


they are especially sensitive to nitrite poisoning if they 
drink well waters with large concentrations of nitrate. 
Nitrite combines with hemoglobin in the blood, form- 
ing a relatively stable complex that is therefore not 
available to transport oxygen and carbon dioxide 
and resulting in a toxic condition known as the “blue 
baby” syndrome. Cattle and sheep can also be pois- 
oned by excessive exposures to nitrate, because nitrites 
are also readily formed by bacteria in their rumen. 


See also Nitrogen fixation. 
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tl Nitrogen 


Nitrogen—the fifth most abundant element in the 
universe—is the non-metallic chemical element of 
atomic number 7, with a symbol N, atomic weight 
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14.0067, specific gravity 0.96737 (compared to air), 
melting point -345.74°F (-209.86°C), boiling point 
-320.44°F (-195.8°C). Many of its compounds have 
been discovered in interstellar space. For example, 
the Far Ultraviolet Spectroscopic Explorer (FUSE), 
a space-based telescope launched in 1999 and operated 
by Johns Hopkins University (Baltimore, Maryland), 
have made such discoveries. 


Nitrogen is located in group 15 of the periodic 
table. The elements that make up this group are some- 
times known as the nitrogen family, after nitrogen 
itself. It has two stable isotopes: nitrogen-14, with an 
abundance of 99.634%, and nitrogen-15, with an 
abundance of 0.366%. At least five radioactive iso- 
topes of the element have been prepared, with atomic 
weights of 12, 13, 16, 17, and 18. 


Discovery and naming 


Nitrogen was discovered in the early 1770s, prob- 
ably by a number of different chemists at almost the 
same time. The reason for this multiple discovery was 
that chemists were just learning how to capture, store, 
and study gases during this period. Prior to that time, 
all gases were thought of as different forms of air. In 
fact, they were not called gases, but airs. Credit for the 
discovery of nitrogen is often given to Scottish physi- 
cian and chemist Daniel Rutherford (1824-1887) 
because he was the first person to announce his dis- 
covery and give a detailed description of nitrogen. 
Nitrogen was first identified as the product left behind 
when a substance was burned in a closed sample of air 
(which, of course, removed the oxygen component of 
air). It seems likely that English chemist Henry 
Cavendish (1731-1810) discovered nitrogen at about 
the same time, if not earlier. However, Cavendish 
failed to publish his results until somewhat later than 
Rutherford. Joseph Priestly and Carl Scheele could 
also claim to have discovered the element at about 
the same time. 


The modern name for the element was suggested 
in 1790 by the French chemist Jean Antoine Claude 
Chaptal (1756-1832) based on the fact that it occurs in 
both nitric acid and nitrates. Thus, nitrogen means 
nitrate and nitric acid (nitro-) and origin of (-gen). 


General properties 


Nitrogen is a colorless, odorless, tasteless gas 
composed of diatomic molecules. Its molecules are 
represented by the formula N>. The triple bond that 
holds the two nitrogen atoms together in a nitrogen 
molecule is very strong, and nitrogen is, therefore, a 


2995 


uasou}IN 


Nitrogen 


relatively unreactive element. When a substance burns 
in air, for example, it reacts with oxygen; however, in 
most cases, not with the nitrogen that is also present in 
air. One important exception involves the combustion 
of magnesium in air, in which case both magnesium 
oxide and magnesium nitride are formed. 


Nitrogen has a number of important industrial 
and commercial uses, as do many of its compounds. 
The most common of these compounds are those that 
contain nitrogen and hydrogen (some form of ammo- 
nia or its derivative compounds) or nitrogen, oxygen, 
and a third element, that is, the nitrates and nitrites. 


Where it comes from 


Nitrogen is the most abundant element in the atmos- 
phere, making up about 78% by volume of the air that 
surrounds the Earth. The element is much less common 
in the Earth’s crust, however, where it ranks 33rd (along 
with gallium). Scientists estimate that the average con- 
centration of nitrogen in crustal rocks is about 19 parts 
per million, less than that of elements such as neody- 
mium, lanthanum, yttrium, and scandium, but greater 
than that of well-known metals such as lithium, uranium, 
tungsten, silver, mercury, and platinum. 


The most important naturally-occurring com- 
pounds of nitrogen are potassium nitrate (saltpeter), 
found primarily in India, and sodium nitrate (Chile 
saltpeter), found primarily in the desert regions of 
Chile and other South American nations. Nitrogen is 
also an essential component of the proteins found in 
all living organisms. 


How nitrogen is obtained 


Nitrogen is produced commercially almost exclu- 
sively from air, most commonly by the fractional dis- 
tillation of liquid air. In this process, air is first cooled 
to a temperature below that of the boiling points of its 
major components, a temperature somewhat less than 
-328°F (-200°C). The liquid air is then allowed to 
warm up, allowing the lower-boiling-point nitrogen 
to evaporate from the mixture first. Nitrogen gas 
escaping from the liquid air is then captured, cooled, 
and then liquefied once more. 


This process produces a high-quality product that 
generally contains less than 20 parts per million of 
oxygen. Both an oxygen-free form of nitrogen (con- 
taining less than two parts per million of oxygen) and 
an ultrapure nitrogen (containing less than 10 parts 
per million of argon) are also available commercially. 


A number of methods are available for preparing 
nitrogen from its compounds in the laboratory on a 
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small scale. For example, a hot aqueous solution of 
ammonium nitrite decomposes spontaneously to give 
elemental nitrogen and water. The heating of barium 
or sodium azide (NaN; or Ba[N3]2) also yields free 
nitrogen. In another approach, passing ammonia gas 
over a hot metallic oxide will result in the formation of 
free nitrogen, the free metal, and water. Yet another 
route is the reaction between ammonia and bromine, 
resulting in the formation of nitrogen and ammonium 
bromide. 


How it is used 


As more and more uses for the element have been 
found, the demand for nitrogen in the United States 
increased dramatically over the last several decades of 
the twentieth century. In 1988, for example, it was the 
second most widely produced chemical in the United 
States, with a production of 52.1 billion Ibs (23.7 
billion kg). However, in 2000, nitrogen production in 
the United States decreased to 36.4 billion Ibs (16.5 
billion kg). Since the 1990s, more nitrogen is being 
imported and less of it is being produced in the 
United States. In fact, the United States went from 
the world’s largest exporter of nitrogen fertilizer in the 
1980s to the world’s largest importer in the 1990s. 
Industry experts expect further declines in U.S. pro- 
duction in the 2000s. 


The most important applications of nitrogen 
depend on the element’s inertness. For example, it is 
used as a blanketing atmosphere in metallurgical proc- 
esses where the presence of oxygen would be harmful. 
In the processing of iron and steel, for example, a 
blanket of nitrogen placed above the metals prevents 
their reacting with oxygen, forming undesirable oxides 
in the final products. 


The purging of tanks, pipes, and other kinds of 
containers with nitrogen can also prevent the possibil- 
ity of fires. In the petroleum industry, for example, the 
processing of organic compounds in the presence of air 
creates the possibility of fires, a possibility that can be 
avoided by covering the reactants with pure nitrogen. 


Nitrogen is also used in the production of elec- 
tronic components. Assembly of computer chips and 
other electronic devices can take place with all materi- 
als submerged in a nitrogen atmosphere, preventing 
oxidation of any of the materials in use. Nitrogen is 
often used as a protective agent during the processing 
of foods so that decay (oxidation) does not occur. 


Another critical use of nitrogen is in the produc- 
tion of ammonia by the Haber process, named after its 
inventor, German chemist Fritz Haber (1868-1934). 
The Haber process involves the direct synthesis of 
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ammonia from its elements, nitrogen, and hydrogen. 
The two gases are combined at temperatures of 932 to 
1,292°F (500 to 700°C) under a pressure of several 
hundred atmospheres over a catalyst such as finely 
divided nickel. One of the major uses of the ammonia 
produced by this method is in the production of syn- 
thetic fertilizers. 


About one-third of all nitrogen produced is used 
in its liquid form. For example, liquid nitrogen is used 
for quick-freezing foods and for preserving foods in 
transit. Materials can also be processed at the very low 
temperatures of liquid nitrogen in ways that they can- 
not be handled at room temperature. For example, 
most forms of rubber are too soft and pliable for 
machining at room temperature. They can, however, 
first be cooled in liquid nitrogen and then handled in a 
much more rigid form. 


Chemistry and compounds 


Although molecular nitrogen is relatively inert, it 
will combine with a number of other elements at high 
temperatures. When it reacts with metals such as 
aluminum, magnesium, lithium, calcium, barium, 
strontium, and titanium, the products are known as 
nitrides. Lithium nitride (Li3N), for example, is used 
to provide nitrogen in a variety of metallurgical 
operations. 


Nitrogen and oxygen combine (again, at high tem- 
peratures) directly and indirectly to form a series of 
compounds that include nitrous oxide (or dinitrogen 
monoxide; N,Q), nitric oxide (or nitrogen monoxide; 
NO), dinitrogen trioxide (or nitrous anhydride; N5O3), 
nitrogen dioxide (NO2), and dinitrogen pentoxide (or 
nitric anhydride; NOs). Nitrogen and the halogens 
also react with each other to form a series of very 
unstable, explosive compounds that include nitrogen 
trifluoride (NF3), nitrogen trichloride (NCI), and 
nitrogen triiodide (NI). 


The most common compounds of nitrogen are 
those in which the element demonstrates oxidation 
numbers of 3, 3°, or 5°. Ammonia (NH3) and its 
compounds (ammonium compounds) are examples of 
the first of these, the nitrites (NO ) are examples of the 
3‘ oxidation state, and the nitrates (NO) are exam- 
ples of the 5" oxidation state. 


The process by which nitrogen is cycled through 
the environment, from plants to animals to the atmos- 
phere and back to plants, is known as the nitrogen 
cycle. In that cycle, nitrogen gas in the atmosphere is 
converted (fixed) to a combined form by the action of 
lightning, in which it is converted to an oxide of nitro- 
gen, or by certain nitrogen-fixing bacteria in the soil, 
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which change it into nitrates and nitrites. The com- 
bined nitrogen is then taken up by plants and used to 
form plant proteins. 


Plant proteins are eaten by animals, who convert 
the proteins into animal proteins. When an animal 
dies, the proteins are returned to the soil, where deni- 
trifying bacteria break down compounds of nitrogen 
and return nitrogen to the atmosphere in the form of 
an element. 


Three compounds of nitrogen traditionally rank 
in the top 25 among those chemicals produced in the 
largest volume in the United States. They are ammo- 
nia, nitric acid, and ammonium nitrate. All three of 
these compounds are extensively used in agriculture as 
synthetic fertilizers. More than 80% of the ammonia 
produced, for example, goes to the production of syn- 
thetic fertilizers. 


In addition to its agricultural role, nitric acid is 
also an important raw material in the production of 
explosives. Trinitrotoluene (TNT), gunpowder, nitro- 
glycerin, dynamite, and smokeless powder are all 
examples of the kind of explosives made from nitric 
acid. Slightly more than 5% of the nitric acid pro- 
duced is also used in the synthesis of adipic acid and 
related compounds used in the manufacture of nylon. 


Environmental issues 


Some compounds of nitrogen have been impli- 
cated in a variety of environmental questions. For 
example, sodium nitrate and sodium nitrite have 
been used as food additives because of their ability to 
inhibit the growth of disease causing microorganisms. 
The compounds are most widely used in preserving 
meats such as bacon, ham, sausage, hot dogs, and 
bologna, as well as some fish products. 


However, questions have been raised about the 
possible effects of these additives on human health. 
Nitrites, for example, appear to decrease the ability of 
a young child’s blood to carry oxygen. In addition, 
nitrites combine with organic compounds known as 
amines to form a family of toxic compounds known as 
the nitrosoamines. These hazards have prompted 
some scientists and non-scientists alike to call for the 
ban of nitrates and nitrites as food additives. 


Oxides of nitrogen are also involved in problems 
of air pollution. Although oxygen and nitrogen do 
not combine with each other at room temperature, 
they do react at elevated temperatures, such as those 
produced by an internal combustion engine. As a 
motor vehicle is operated, nitric oxide is constantly 
being produced. This oxide, however, readily reacts 
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Nitrogen cycle 


KEY TERMS 


Fixation—The process by which elemental nitro- 
gen in the atmosphere is converted to a compound, 
such as a nitrate or an ammonium compound. 


Fractional distillation—A process by which two or 
more substances are separated from each other by 
allowing them to boil or evaporate at their own 
distinct boiling points. 


Haber process—The chemical process by which 
nitrogen and hydrogen are combined with each 
other at high temperature and pressure over a cata- 
lyst to produce ammonia. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Nitrogen cycle—A series of chemical reactions by 
which elemental nitrogen in the atmosphere is con- 
verted to nitrates and ammonium compounds, 
those compounds are processed through the plant 
and animal world, and then are returned to the 
atmosphere as free nitrogen. 


with oxygen in the air to form nitrogen dioxide, 
a reddish-brown toxic gas. The tan color that is 
sometimes associated with smog in urban areas is 
caused by the presence of nitrogen dioxide. Since 
nitrogen dioxide is harmful to humans and other 
animals at low concentrations and toxic at higher 
levels, its presence in polluted air is a serious environ- 
mental issue. 


See also Element, chemical; Gases, liquefaction of. 
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l Nitrogen cycle 


The nitrogen cycle refers to the movment of nitro- 
gen through the air, water, and soil of Earth. 


Nitrogen is a critically important nutrient for 
organisms, being one of the most abundant elements 
in their tissues, and an integral component of many 
biochemicals, including amino acids, proteins, and 
nucleic acids. 


The availability of biologically useful forms of 
nitrogen is a common limiting factor in the productiv- 
ity of plants. This is especially true of plants growing in 
terrestrial and marine environments, but is also the 
case for plants in freshwater environments. Many 
plants in a variety of ecosystems are more productive 
if the supply of available nitrogen is increased through 
fertilization with nitrogen-containing compounds. 
This is why fertilization is such a common practice in 
agriculture, and why nitrogen is the most commonly 
applied nutrient. 


Most plants obtain their nitrogen by assimilating 
it from their environment as nitrate or ammonium 
dissolved in the water that is taken up by roots, or as 
a gas (nitrogen oxide) taken up from the air by leaves. 
However, some plants live in a symbiotic relationship 
with microorganisms that have the ability to fix 
atmospheric nitrogen into ammonia. The symbiosis 
between tobacco plants and Rhizobium leguminosarum 
is one example. 


Almost all animals obtain the nitrogen they 
require by eating plants and assimilating the plant’s 
organic forms of nitrogen, which are then broken 
down metabolically and used by the animal to synthe- 
size their own necessary biochemicals. A few animals, 
however, can utilize inorganic sources of nitrogen. For 
example, ruminants such as the cow can utilize urea or 
ammonia, because microorganisms that live in their 
forestomachs can assimilate these inorganic chemicals 
and synthesize amino acids and proteins, which the 
cattle can then use. 


Nitrogen (N) can occur in many chemical forms in 
the environment. Organic nitrogen refers to a very 
diverse array of nitrogen-containing organic molecules, 
ranging from simple amino acids through proteins and 
nucleic acids, to large and complex molecules such as 
humic substances in soil and water. A smaller number of 
inorganic forms of nitrogen occur in the environment, 
but these are very important ecologically. Dinitrogen 
(N>) is a gas, and it is very unreactive because its two 
nitrogen atoms are held together by a relatively strong, 
triple bond. About 80% of the volume of Earth’s 
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The nitrogen cycle. (Hans & Cassidy. Courtesy of Gale Group.) 


atmosphere consists of dinitrogen, but because of its 
almost inert character few organisms can directly use 
this gas in their nutrition. N» must be “fixed” into other 
forms before it can be assimilated by most organisms. 


Nitrate (NO3_) is a negatively charged ion (or 
anion), and is highly soluble in water. Nitrate is the 
preferred form of nitrogen nutrition for most species 
of plants. If nitrate is not assimilated by plants or 
microorganisms, it is readily leached from soils. 


Ammonia (NH3) and ammonium (NH, ) are other 
forms of nitrogen. Ammonium is soluble in water, 
although it is also electrochemically attracted to nega- 
tively charged surfaces associated with clays and organic 
matter in soil, and is therefore not as mobile as nitrate. 
Plants that are adapted to acidic soils can utilize ammo- 
nium as their source of nitrogen nutrition, although most 
species of non-acidic soils can only utilize nitrate. 


Nitric oxide (NO) is a gas that is emitted to the 
atmosphere mostly as a result of combustions. The 
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NO of combustions is generated by oxidation of the 
organic nitrogen of the fuel of biomass, oil, or coal, 
and combination of atmospheric dinitrogen with 
oxygen under conditions of high temperature and 
pressure, as occurs, for example, in the internal com- 
bustion engine of automobiles. NO is produced in 
large quantities by both of these reactions, and it is 
typically emitted into the atmosphere. 


Nitrogen dioxide (NO;) and nitrous oxide (NO) 
are tow other nitrogen sources. 


Depending upon environmental and biological 
conditions, all of these various organic and inorganic 
compounds containing nitrogen can be variously 
transformed. The diverse manners in which the move- 
ments and transformations of these chemicals occur is 
known as the nitrogen cycle. 


Atmospheric N> is very abundant, but this mole- 
cule is highly unreactive and cannot be assimilated by 
most organisms and used in their nutrition. To be 
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Nitrogen cycle 


useful to plants, dinitrogen must be “fixed” into inor- 
ganic forms that can be taken up by roots or leaves. 
Dinitrogen fixation can occur through non-biological 
processes. For example, during a lightning strike there 
is a brief occurrence of a very high temperature and 
high pressure, conditions that favor the combination 
of atmospheric N> and O, to form NO. 


However, biological fixation of dinitrogen is typ- 
ically more important. A few species of microorgan- 
isms can synthesize an enzyme, called nitrogenase, 
which is capable of breaking the triple bond of No, 
generating two molecules of ammonia for each mole- 
cule of dinitrogen that is reacted. Because the nitro- 
genase enzyme is denatured by oxygen (O,), the 
fixation reaction can only occur under anaerobic con- 
ditions, where oxygen is not present. 


There are numerous species of free-living micro- 
organisms that can fix atmospheric dinitrogen. These 
microorganisms are most abundant in wet or moist 
environments, especially in situations where nutrients 
other than nitrate or ammonium are relatively abun- 
dant, for example, in rotting logs or other dead biomass, 
or in lakes that are well fertilized with phosphate from 
sewage. Such conditions are typically relatively deficient 
in available forms of nitrogen, and are commonly 
anoxic, creating obviously favorable opportunities for 
species of microorganisms that can utilize dinitrogen. 


Some species of plants live in an intimate and 
mutually beneficial symbiosis with microorganisms 
that have the capability of fixing dinitrogen. The 
plants benefit from the symbiosis by having access to 
a dependable source of fixed nitrogen, while the micro- 
organisms benefit from energy and habitat provided 
by the plant. The best known symbioses involve many 
species in the legume family (Fabaceae) and strains of 
a bacterium known as Rhizobium japonicum. Some 
plants in other families also have dinitrogen-fixing 
symbioses, for example, red alder (A/nus rubra) and 
certain actinomycetes, a type of microorganism. Many 
species of lichens, which consist of a symbiotic rela- 
tionship between a fungus and a blue-green bacterium, 
can also fix dinitrogen. 


Biological dinitrogen fixation is an ecologically 
important process, being ultimately responsible for 
most of the fixed nitrogen that occurs in the biomass 
of organisms and ecosystems. The only other signifi- 
cant sources of fixed nitrogen to ecosystems are 
atmospheric depositions of nitrate and ammonium 
with precipitation and dustfall, and the direct uptake 
of NO, gases by plants. 


Ammonification is the process by which the 
organically bound nitrogen of microbial, plant, and 
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animal biomass is recycled after their death. 
Ammonification is carried out by a diverse array of 
microorganisms that perform ecological decay serv- 
ices, and its product is ammonia or ammonium ion. 
Ammonium is a suitable source of nutrition for many 
species of plants, especially those living in acidic soils. 
However, most plants cannot utilize ammonium effec- 
tively, and they require nitrate as their essential source 
of nitrogen nutrition. 


Nitrate is synthesized from ammonium by an 
important bacterial process known as nitrification. 
The first step in nitrification is the oxidation of ammo- 
nium to nitrite (NO, ), a function carried out by bac- 
teria in the genus Nitrosomonas. Once formed, the 
nitrite is rapidly oxidized further to nitrate, by bacteria 
in the genus Nitrobacter. The bacteria responsible for 
nitrification are very sensitive to acidity, so this proc- 
ess does not occur at significant rates in acidic soil or 
water. This is the reason why plants of acidic habitats 
must be capable of utilizing ammonium as their source 
of nitrogen nutrition. 


Denitrification is another bacterial process, car- 
ried out by a relatively wide range of species. In deni- 
trification, nitrate is reduced to either nitrous oxide or 
dinitrogen, which is then emitted to the atmosphere. 
Denitrification occurs under conditions where oxygen 
is not present, and its rate is largest when concentra- 
tions of nitrate are large. Consequently, fertilized agri- 
cultural fields that are wet or flooded can have quite 
large rates of denitrification. In some respects, deni- 
trification can be considered to be an opposite process 
to dinitrogen fixation. In fact, the global rates of dini- 
trogen fixation and denitrification are in an approx- 
imate balance, meaning that the total quantity of fixed 
nitrogen in Earth’s ecosystems is neither increasing 
nor decreasing substantially over time. 


Humans and the nitrogen cycle 


One of the major influences of humans on the 
nitrogen cycle occurs through the use of nitrogen-con- 
taining fertilizers in agriculture. Under conditions in 
which agricultural plants have access to as much water 
as they require, their productivity is usually con- 
strained by the rate at which they can obtain nitrogen 
in available forms, particularly nitrate, and sometimes 
ammonium. Under such conditions, farmers attempt 
to increase the availability of these nutrients, usually 
by applying fertilizers. This represents an enormously 
larger rate of nitrogen input than occurs naturally 
by atmospheric deposition and dinitrogen fixation, 
and it is also much larger than the rates in which 
ammonium and nitrate are made naturally available 
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KEY TERMS 


Ammonification—The microbial conversion of 
organic nitrogen to ammonium in soil or water. 


Denitrification—The anaerobic, microbial reduc- 
tion of nitrate to gaseous nitrous oxide (N2O) or 
nitrogen gas (N2) which are then emitted to the 
atmosphere. 


Dinitrogen fixation (nitrogen fixation)—The con- 
version of atmospheric dinitrogen (N2) to ammonia 
or an oxide of nitrogen. This process can occur 
inorganically at high temperature and/or pressure, 
and biologically through the action of the microbial 
enzyme, nitrogenase. 


Leaching—The removal of dissolved substances in 
soil in percolating water. 


Nitrification—The process by which Nitrosomonas 
bacteria oxidize ammonium to nitrite, which is then 
oxidized by Nitrobacter to nitrate. 


Nitrogenase—The microbial enzyme that fixes 
dinitrogen, by cleaving its triple bond and forming 
ammonia. 


Symbiosis—A biological relationship between 
two or more organisms that is mutually benefi- 
cial. The relationship is obligate, meaning that 
the partners cannot successfully live apart in 
nature. 


by ammonification and nitrification. Consequently, 
the ability of the crop and ecosystem to assimilate 
this much nitrogen input is satiated, and some of the 
input, especially nitrate, leaches from the site into 
groundwater and surface waters such as streams and 
rivers. This can cause a severe contamination of these 
waters in agricultural areas, which can lead to risks for 
human health through drinking nitrate-rich ground 
water, and contribute to increased productivity of sur- 
face waters through eutrophication. In addition, when 
soils with large nitrate concentrations become wet, the 
rate of denitrification is greatly increased. This repre- 
sents a loss of fixed nitrogen capital, and the emitted 
nitrous oxide may contribute to an enhancement of 
Earth’s greenhouse effect. 


Humans also influence the nitrogen cycle by 
dumping sewage and other types of organic matter 
into waterbodies. There is a great deal of environmen- 
tal damage associated with these practices, including 
lowered dissolved oxygen levels associated with micro- 
bial oxidation of the organic matter, and the presence 
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of fecal pathogens and parasites. The accidental fertil- 
ization of waterbodies with large amounts of nitrogen 
contributes greatly to eutrophication. 


Humans also affect the nitrogen cycle through the 
emissions of large quantities of NO, gases to the 
atmosphere. The most important sources of emission 
are automobiles, power plants, home furnaces, and 
factories. The emitted NO, is an important air pollu- 
tant, because it is critical in the photochemical oxida- 
tive reactions by which toxic ozone is formed, and 
because the NO, is an important source of nitrate in 
acidic precipitation. 
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l Nitrogen fixation 


Nitrogen fixation refers to the chemical conver- 
sion of nitrogen gas (dinitrogen, N>) to an oxidized 
form (a form with fewer electrons), usually nitric oxide 
(NO) or ammonia (NH3). Nitrogen fixation can occur 
through inorganic reactions that do not involve living 
organisms or as a result of biological processes. 
Because the nitrogen atoms in dinitrogen are bound 
by a very strong triple bond, this gas is very stable and 
cannot be utilized as a source of nutrition by any but a 
few highly specialized microorganisms. These nitro- 
gen-fixing microbes are critically important ecologi- 
cally because nitrogen fixation is the ultimate source of 
the capital of available organic nitrogen in ecosystems. 


Land-based ecosystems fix about 135 million met- 
ric tons of nitrogen each year. Marine ecosystems fix 
about 40 million metric tons annually. Atmospheric 
dinitrogen can be fixed by inorganic reactions occur- 
ring in combustion, lightning strikes, and other cir- 
cumstances involving high temperatures. Overall, 
naturally occurring non-biological fixation has been 
estimated to be equivalent to 10-20% of biological 
fixation of dinitrogen. 
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Nitrogen fixation 


Nitrogen fixation is also associated with certain 
human activities. The internal combustion engines of 
automobiles burn fuels under conditions of very high 
temperature and pressure which favors the oxidation 
of nitrogen gas to nitric oxide, an important air pollu- 
tant and source of fixed nitrogen. The combustion of 
coal and other organic fuels also results in the forma- 
tion of nitric oxide through both the fixation of nitro- 
gen gas and the oxidation of the organic nitrogen of 
the fuel. Also, nitrogen gas is fixed industrially in 
enormous amounts to provide agricultural fertilizers. 


Biological nitrogen fixation is accomplished 
through the action of an enzyme known as nitroge- 
nase. Nitrogenase consists of two distinct proteins 
which contain molybdenum, iron, and _ sulfur. 
Because the nitrogenase proteins are denatured by 
exposure to oxygen (O32), they can only operate in an 
anaerobic environment. 


The nitrogenase enzyme can cleave other triple 
bonds in addition to that of dinitrogen gas. One exam- 
ple is the triple bond that exists in acetylene. Most 
assays of nitrogen fixation rates take advantage of 
this fact, measuring nitrogenase activity through the 
rate at which ethylene is generated by the reaction of 
acetylene with nitrogenase. 


Only certain microorganisms can synthesize the 
nitrogenase enzyme. Some of these microbes are free- 
living in soils and water, while others occur in mutu- 
alisms with fungi or plants. 


A large number of free-living bacteria of anaero- 
bic environments have the ability to fix nitrogen, 
including the genus Clostridium. Fewer genera of aero- 
bic bacteria have this ability. Free-living nitrogen fix- 
ation occurs most vigorously in habitats containing 
large quantities of carbon-rich organic debris such as 
rotting logs, heaps of sawdust, and compost piles. 


Blue-green bacteria are free-living, photosynthetic 
microbes that fix nitrogen in aquatic habitats and 
moist soil, including the genera Anabaena, Nostoc, 
and Calothrix. Strains of these microbes also live in 
mutualisms with certain fungi in a symbiosis known as 
lichens which have an ability to fix nitrogen. Anabaena 
and Nostoc also occur in a mutualism with the floating 
aquatic fern Azolla which can be cultivated on the 
surface of rice paddies to fix nitrogen at a rate as 
great as 100-150 kg N/ha.yr, saving on the use of 
synthetic fertilizer. 


Nitrogen-fixing bacteria can also occur in mutu- 
alisms with certain vascular plants. The best known of 
these associations are with species of legumes (order 
Leguminosae). About one-half of the world’s 10,000 
species of legumes occur in a_ nitrogen-fixing 
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mutualism with bacteria in the genus Rhizobium. 
About 50 of these species are utilized in agriculture, 
for example, the food crops garden pea (Pisum sati- 
vum), broad bean (Vicia faba), and soybean (Glycine 
max), and the soil conditioners red clover (Trifolium 
pratense) and alfalfa (Medicago sativa). The strain of 
Rhizobium is specific to each legume species. 


Rhizobium occurs in specialized nodules on the 
roots of the legumes. These are developed when the 
soil-dwelling Rhizobium invades a root hair, stimulat- 
ing the plant to form a nodule. Nodule development is 
inhibited in acidic soils and if the concentrations of 
nitrate in soil are large. To protect the nitrogenase 
enzyme, the interior of the nodules is anaerobic. This 
is due in part to the presence of an oxygen-binding 
pigment known as leghaemoglobin which colors the 
nodule interior a dark red. The leghaemoglobin also 
serves as an oxygen carrier important for other aspects 
of bacterial metabolism, in this way performing a 
similar function as the haemoglobin of animals. 


Several hundred species in other plant families 
also develop root nodules that can fix nitrogen. The 
best known of these are the woody plants known as 
alders (Alnus spp.), which develop nodules containing 
actinomycetes in the genus Frankia. Red alder (Alnus 
rubra) reaches tree-size, and its stands can fix hun- 
dreds of kilograms of nitrogen per year. Other non- 
leguminous plants that are known to fix nitrogen 
include the genera Casuarina, Ceanothus, Myrica, 
Dryas, and Shepherdia, variously associated with 
fungi, actinomycetes, or bacteria. 


Some species of grasses occur in a relatively loose, 
non-obligate mutualism with nitrogen-fixing microor- 
ganisms. These associative symbioses include those of 
the crabgrass Digitaria with the bacterium Spirillum 
and that of another weedy grass, Paspalum, with 
Azotobacter. Although these nitrogen-fixing symbio- 
ses do not involve agriculturally important species of 
plants, they may nevertheless prove to be significant. 
Research is being conducted into the possibility of 
transferring the associative ability of nitrogen fixation 
of these species into grasses that are important in 
agriculture, such as corn (Zea mays) and wheat 
(Triticum aestivum). If this feat of bioengineering 
could be accomplished, it could lead to significant 
savings of nitrogen fertilizer which must be manufac- 
tured using non-renewable resources. 


One last example of a nitrogen-fixing mutualism 
involves termites. These insects have a bacterium, 
Enterobacter agglomerans, in their gut that fixes nitro- 
gen. This is important to termites because their diet of 
cellulose is highly deficient in nitrogen. 
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Nobelium see Element, transuranium 


Noble gases see Rare gases 


fl Noise pollution 


As late as the 1950s, most of the sounds on the 
planet Earth were probably still of natural origin 
rather than derived from technological sources. 
Today, however, the opposite appears to be true. 
Noise pollution, sometimes called environmental pol- 
lution, is human or machine sounds that are created, 
which disrupt the natural environment and society in 
general. 


Cars, trucks, lawn mowers, leaf blowers, chain 
saws, power drills, television, radio, video games, 
computers, and so forth adds to an almost endless 
list of noise makers in modern life. Moreover, the 
world keeps getting noisier. Noise—which can be 
defined as unwanted sound waves that were not 
present in the pre-modern electromagnetic spec- 
trum—is one of the most common forms of pollution, 
one that can easily damage the hearing and general 
health of people and animals. 


Noise and human hearing 


The inner ear of humans (and other vertebrates) 
contains a snail-shaped structure called a cochlea that is 
lined with thousands of microscopic hairs. When sound 
vibrations enter the cochlea, they cause the tiny hairs to 
move back and forth. If strong vibrations blast into the 
cochlea, the hairs can be flattened and damaged. The 
damage usually results in some degree of hearing loss. 


Sound is measured in decibels (dB). Zero dB rep- 
resents the quietest sound that a healthy human can 
hear. One hundred dB equals a noise that is 10 billion 
times as intense as one dB. Brief exposure to more than 
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110 dB can damage ears immediately; prolonged expo- 
sure to more than 85 dB can damage ears gradually. 


Examples of decibel-level sounds that one may 
encounter in modern life are as follows: 


¢ Quiet library or soft whisper—30 dB, 
- Normal conversation—50 to 60 dB, 
- Busy traffic or noisy restaurant—70 dB, 


- Subways, heavy city traffic, alarm clock at 2 ft (61 
cm), or factory noise—80 dB, 


- Noise in industrial plants, or call centers—90 dB, 
- Train traveling 45 mi (28 km) per hour—93 dB, 


- Chain saw, stereo headphones, night club or pneu- 
matic drill—100 dB, 


- Loudest sound that can be tolerated by the human 
ear—about 120 dB, 


- Sound at a rock concert in front of speakers, sand- 
blasting, or thunderclap—120 dB, 


- Gunshot blast or jet plane—140 dB, 
- Automobile drag race—171 dB, and 
- Sound at a rocket launching pad—180 dB. 


As noted, the most powerful sounds that humans 
encounter include jets taking off, loud amplified 
music, gun shots, and chain saws. Just a single expo- 
sure to these sounds can damage human ears. 


Humans also damage ears if they are exposed to 
noises that are less loud, but that are heard more often. 
For example, office workers who daily endure noise 
from telephones and loud machines may suffer some 
hearing loss over time. Workers in loud factories also 
experience hearing loss. 


People can even hurt their hearing when playing. 
Motorboats, motorcycles, and snowmobiles all make 
loud noises likely to hurt ears. Playing loud music on a 
personal stereo can also damage hearing. If someone 
near can hear the music someone else is playing on their 
personal stereo, then that person is probably causing 
noise pollution for others and hearing loss for themselves. 


Noise hurts more than just hearing. When people 
are exposed to loud noise, bodies react as if in danger. 
Physiological responses to noise include increased 
heart rate, stress, eye conditions, muscle tension, ele- 
vated cholesterol levels and hormone secretion, and of 
course high blood pressure; even migraines can be 
induced by noise. Noise also impairs concentration. 
Studies have shown that children’s learning and 
achievement can be also be affected by exposure to 
noise. Noise over 55 decibels can disrupt sleep and 
produce aggression if it is uninvited and persists long 
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enough. While such a situation might be acceptable for 
a short time, millions of people around the world live 
with excessive noise every day and night. 


A noise level of 75 decibels generates high levels of 
stress in most people. Tinnitus, or ringing in the ear, 
may occur at 80 decibels. The 100 decibels regularly 
encountered in nightclubs can cause ear damage after 
only fifteen minutes. Noise can also induce mental 
states that lead to suicide and homicide. In Great 
Britain, anti-noise campaigners are keeping a count 
of the number of crime-related deaths that occur each 
year traceable to a response to noise. 


Who is affected? 


Over ten million Americans today have lost part of 
their hearing because of noisy lives. People who work at 
airports seem especially at risk: One study suggests that 
more than half the people working near runways suffer 
some hearing loss. Noise pollution tends to be just as 
much a problem in other countries as in the United 
States. For example, one scientist studied people who 
worked in a paper mill in India. Noise levels ranged 
between 80 to 100 dB all day. More than one-third of 
the workers showed some hearing loss. In Germany, 
citizens and companies spend nearly four billion dollars 
a year correcting hearing problems. 


Noise pollution can also cause distress in life forms 
other than human. For example, sudden loud noises 
can wake hibernating animals. This, in turn, raises their 
metabolic rates and can cause them to consume fat 
reserves they need to survive through to spring. 


Sounds produced by humans can also interfere with 
the ability of animals to communicate. Such interference 
can inhibit an animal’s ability to protect itself, to find 
food, and to live a normal life. For example, ships emit 
low-frequency sounds that interfere with whale commu- 
nications. Other human noises can frighten whales away 
from their normal migration routes. In the desert, kan- 
garoo rats (Dipodomys spp.) exposed to the roar of a 
dune buggy lose their ability to hear snakes approaching. 
Japanese quail (Coturnix Coturnix Japonica) have to call 
much louder than usual when they live in a noisy envi- 
ronment. Sooty terns (Sterna fuscata) have been 
observed to abandon their nests when jets create sonic 
booms. Intense bursts of noise have also caused condors 
(Gymnogyps californianus) to abandon their nests. 


The federal government and noise 


Because noise pollution causes so many problems, 
the U.S. government has passed laws to regulate noise. 
In 1987, for example, Congress passed the National 
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Overflights Act. This law called for studies to deter- 
mine the effect of air traffic over national parks. It also 
prohibited low-flying planes from flying over certain 
parts of Grand Canyon National Park. 


Since 1972, when the Noise Control Act (formally, 
the Noise Pollution and Abatement Act of 1972) was 
passed, the Environmental Protection Agency (EPA) 
has been responsible for researching and regulating 
noise pollution in the United States. The Noise 
Control Act reads in part as follows: “The Congress 
declares that it is the policy of the United States to 
promote an environment for all Americans free from 
noise that jeopardizes their health or welfare.” Between 
1972 and 1981, EPA’s Office of Noise Abatement and 
Control (ONAC) issued hundreds of reports about the 
severity of noise pollution in the United States, trained 
community leaders in ways to reduce noise pollution, 
and recommended numerous regulations to reduce the 
impact. Its work was designed to educate communities 
and set uniform emission standards throughout the 
country. In 1982, however, ONAC was shut down as 
part of President Ronald Reagan’s deficit reduction 
plan. The Noise Control Act was never repealed or 
amended, but it was no longer enforced at the federal 
level. By 1999, the poorly funded ONAC was maintain- 
ing only a skeleton office. At the same time, some 
sections of the Noise Control Act pertaining to labeling, 
noise emission standards, and noise sources were in 
need of updating. 


As of 2006, noise pollution is viewed as an envi- 
ronmental problem in the United States and many 
other industrialized countries. Federal, state, and 
local laws and standards have been enacted to mini- 
mize noise. Road development and urban planning 
must take into consideration the noise that they will 
generate during the construction and maintenance of 
such projects. Building codes specifically state restric- 
tions to noise. The Noise Control Act has been dis- 
continued at the federal level. However, it has been 
taken up at the state and municipal levels, especially 
concerning transportation noise. Many cities in the 
United States, especially those in California, are pass- 
ing laws and regulations that establish guidance to 
minimize noises in the public domain. Allowable 
sound levels are regularly enforced through noise ordi- 
nances throughout cities across the United States. 


Protection from noise 


Individuals can take many simple steps to protect 
themselves from the harmful effects of noise pollution. 
If people must be around loud sounds, they can pro- 
tect their ears with earplugs or ear protectors. They 
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can muffle sound by using acoustic ceiling tiles, drap- 
eries, carpets, and sound-absorbing furniture in their 
homes, offices, and schools. They can also buy quieter 
models of machines and let storeowners and manufac- 
turers know that they prefer quieter products. 
Individuals can also help their communities investi- 
gate noise pollution and develop regulations to reduce 
the problem locally. 


Some communities have enacted anti-noise ordi- 
nances. New York City issues fines to people who run 
excessively noisy air conditioners, to street construction 
crews whose equipment is too loud, and to impatient 
drivers who honk their horns. Police in Redondo Beach, 
California, can remove large speakers from cars if the 
music can be heard more than 50 ft (15.2 m) away. 


Communities can also reduce noise by locating 
freeways far from residential neighborhoods, by 
reducing the speed on freeways and other high-speed 
roads, by requiring developers to plant trees and 
shrubbery as sound mufflers, and by requiring people 
to build houses and other structures with materials 
that help absorb sound. 


Many engineers are aware of the need to reduce 
noise pollution, and some of them are busy devising 
new ways to solve the noise problem. In Japan, 
Yokohama Tire Company has introduced a new high- 
performance tire that gives a quieter ride. Korean engi- 
neers have developed an anti-noise system for com- 
puters that reduces a typical noise level of 30 decibels 
to a nearly undetectable 20 decibels. U.S. researchers 
have invented a new composite consisting of alternating 
layers of sound-absorbing foam and sound-containing 
vinyl that can be placed in machinery housings to 
reduce noise. At the Georgia Institute of Technology, 
an inventor has developed a quiet curtain for nursing 
home patients who cannot sleep that is made of noise- 
absorbing materials that can reduce noise by 12 deci- 
bels. In Germany, roads are paved with materials that 
reduce sound, tires are manufactured to whine less, and 
lawn mowers and other equipment are designed to 
operate quietly. Manufacturers in some Australian 
states must label the noise level of products such as 
chain saws and lawn mowers. 


As the human population continues to increase, 
the amount of noise in the world will also grow as 
people crowd together with gadgets, machines, and 
vehicles. To help ease the impact of this increasing 
amount of noise, some companies are developing a 
new technology called anti-noise (similar to white 
noise). Anti-noise works by emitting a sound that 
exactly matches the noise. When the sound waves 
from the anti-noise device meet the sound waves 
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KEY TERMS 


Anti-noise—Sound wave produced by a computer 
that matches the sound wave of an offending 
sound; when the two sound waves meet, the anti- 
noise cancels out the noise. 


Cochlea—A snail-shaped structure in the inner ear 
which contains the anatomical structures responsi- 
ble for hearing. 


Decibel—A unit of measurement of the intensity of 
sound, abbreviated dB. 


Noise—Any unwanted, annoying, or disturbing 
sound; especially sound that can cause physical 
or psychological damage. 


from the noise, they cancel each other out. In such a 
case, no sound waves reach our ears; humans do not 
hear the noise. Anti-noise can work as a kind of muf- 
fler on a noisy engine, or it can be built into head- 
phones to silence all approaching noise. Even if 
humans cannot eliminate noise pollution, it may be 
possible to use anti-noise devices to escape some of the 
damage that noise can cause. 


Resources 
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i Non-Euclidean geometry 


Non-Euclidean geometry refers to certain types of 
geometry that differ from plane geometry and solid 
geometry, which dominated the realm of mathematics 
for several centuries. There are other types of geome- 
try that do not assume all of Euclid’s postulates such 
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as hyperbolic geometry, elliptic geometry, spherical 
geometry, descriptive geometry, differential geometry, 
geometric algebra, and multidimensional geometry. 
These geometries deal with more complex components 
of curves in space rather than the simple plane or 
solids used as the foundation for the geometry 
invented by Euclid of Alexandria (c. 325-c. 265 BC), 
what is called Euclid’s geometry or Euclidean geome- 
try. The first five postulates of Euclidean geometry 
will be listed in order to better understand the changes 
that are made to make it non-Euclidean. 


1.) A straight line can be drawn from any point to 
any point. 


2.) A finite straight line can be produced continu- 
ously in a straight line. 


3.) A circle may be described with any point as 
center and any distance as a radius. 


4.) All right angles are equal to one another. 


5.) If a transversal falls on two lines in such a way 
that the interior angles on one side of the transversal 
are less than two right angles, then the lines meet on 
the side on which the angles are less than two right 
angles. 


A consistent logical system for which one of these 
postulates is modified in an essential way is non- 
Euclidean geometry. Although there are different 
types of Non-Euclidean geometry which do not use 
all of the postulates or make alterations of one or more 
of the postulates of Euclidean geometry, hyperbolic 
and elliptic are usually most closely associated with the 
term non-Euclidean geometry. 


Hyperbolic geometry is based on changing 
Euclid’s parallelpostulate, which is also referred to as 
Euclid’s fifth postulate, the last of the five postulates 
of Euclidian Geometry. Euclid’s parallel postulate 
may also be stated as one and only one parallel to a 
given line goes through a given point not on the line. 


Elliptic geometry uses a modification of Postulate 
II. Postulate II allows for lines of infinite length, which 
are denied in Elliptic geometry, where only finite lines 
are assumed. 


The history of non-Euclidean geometry 


Euclid was thought to have instructed in 
Alexandria after Alexander the Great established cen- 
ters of learning in the city around 300 BC. Euclid was 
the mathematician who collected all of the definitions, 
postulates, and theorems that were available at that 
time, along with some of his insights and develop- 
ments, and placed them in a logical order and 
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completed what mathematicians now know as 


Euclid’s Elements. 


The influence of Greek geometry on the mathe- 
matics communities of the world was profound for in 
Greek geometry was contained the ideals of deductive 
thinking with its definitions, corollaries, and theorems 
which could establish beyond any reasonable doubt 
the truth or falseness of propositions. For an esti- 
mated 22 centuries, Euclidean geometry held its 
weight. 


Despite the general acceptance of Euclidean 
geometry, there appeared to be a problem with the 
parallel postulate as to whether or not it really was a 
postulate or that it could be deduced from other def- 
initions, propositions, or axioms. The history of these 
attempts to prove the parallel postulate lasted for 
nearly 20 centuries, and after numerous failures, gave 
rise to the establishment of Non-Euclidean geometry 
and the independence of the parallel postulate. 


Several Greek scientists and mathematicians con- 
sidered the parallel postulate after the appearance of 
Euclid’s Elements, around 300 BC. Aristotle’s treat- 
ment of the parallel postulate was lost. However, it 
was Arab scholars who appeared to have obtained 
some information on the last text and reported that 
Aristotle’s treatment was different from that of Euclid 
since his definition depended on the distance between 
parallel lines. Proclus and Ptolemy also published 
some attempts to prove the parallel postulate. 


Persian mathematician and astronomer Omar 
Khayyam (1048-1131) provided extensive coverage 
on the proof of the parallel postulate or theory of 
parallels in his discussions on the difficulties of making 
valid proofs from Euclid’s definitions and theorems. 
During the thirteenth century, Husam al-Din al-Salar 
wrote a text on the parallel postulate in an attempt to 
improve on the development by Omar Khayyam. 


The eighteenth century produced more sophisti- 
cated proofs and although not correct, produced 
developments that were later used in non-Euclidean 
geometry. Italian mathematician Girolamo Girolamo 
Saccheri (1667-1733) in one of his proofs considered 
non-Euclidian concepts by making use of the acute- 
angle hypothesis on the intersection of two straight 
lines. 


The attempt to solve this problem was made also 
by Farkas Bolyai, the father of Johann Bolyai, one of 
the founders of non-Euclidean geometry but his proof 
was also invalid. It is interesting to note that Johann’s 
father cautioned his son not to get involved with the 
proof of the parallel postulate because of its 
complexity. 
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The founders of non-Euclidean geometry 


The writings of German mathematician Carl 
Fredrich Gauss (1777-1855) showed that he, too, 
first considered the usual attempts at trying to prove 
the parallel postulate. However, a few decades later, 
his unpublished reports in his correspondence with 
fellow mathematicians such as W. Bolyai, Olbers, 
Schumacker, Gerling, Tartinus, and Bessel showed 
that Gauss was working on the rudiments of non- 
Euclidian geometry. Gauss shared his thoughts on 
this topic and asked them not to disclose this informa- 
tion but Gauss never published them. It has been 
proposed by historians that Gauss was concerned 
that these concepts were too radical for acceptance 
by mathematicians at that time. And if this was the 
case, it probably was correct since the two founders of 
non-Euclidean geometry, Hungarian mathematician 
Janos Bolyai (1802-1860) and Russian mathematician 
Nicolai Lobechevsky, received very little acceptance 
until after their deaths. 


It was at the University of Kazan, in the Russian 
province of Kazakhstan, that Nicolai Ivanovitch 
Lobachevsky made his contributions in Non- 
Euclidean geometry. In his early days at the university, 
he did try to find a proof of the parallel postulate, but 
later changed direction. As early as 1826, he made use of 
the hypothesis of the acute angle already developed by 
Saccheri and Lambert in his lecture noting that two 
parallels to a given point can be drawn from a point 
where the sum of the angles of the triangle is less than 
two right angles. His works On the Imaginary Geometry, 


New Principles of Geometry, With a Complete Theory of 


Parallels, Applications of the Imaginary Geometry to 
Certain Integrals and Geometrical Researches are on 
the theory of parallel lines. He later completed his 
work in one French and two German publications. 
Lobachevsky developed his PanGeometry on the 28 
propositions of Euclidean Geometry and the negation 
of the parallel postulate. He developed the concepts for 
non-Euclidean geometry by introducing two new fig- 
ures—the horocycle and the horoscope. Using these two 
concepts and some transformation formulas, he devel- 
oped his new geometry. 


Although Lobachevsky continued throughout his 
career improving the development of non-Euclidean 
geometry, Johann Bolyai, the other mathematician 
given credit for its development apparently only 
spent slightly over a decade in his mathematical con- 
siderations. As indicated previously, Johann’s father 
suggested that he not waste his time working on the 
complex problems of the parallel postulate. However, 
Johann and his friend Carl Szasz worked on the theory 
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of parallels while students at the Royal College for 
Engineers at Vienna from 1817 to 1822. In 1823, 
Bolyai discovered the formula for the transformation 
that connected the angle of parallelism to the corre- 
sponding line. He continued with his development and 
sent his manuscript to his father who published it in 
1832. The article was entitled “The Science of 
Absolute Space” in the Appendix of his father’s 
book. Prior to its publication, Johann’s father had 
sent the paper to Gauss for his consideration. It is 
reported that the paper originally sent in 1831 to 
Gauss was lost. Three months after the publication, 
the article was sent again to Gauss and, in 1832, his 
father received his reply. Gauss indicated that he was 
impressed by the work. He noted that he had been 
working on the same problem with similar results 
and was pleasantly surprised to have the development 
completed by his friend’s son. Johann was deeply 
suspicious of this reply and apparently suspected 
Gauss of trying to take credit for his work. However, 
in this instance there was no problem, since Gauss had 
no publications on the topic and could not claim prior- 
ity but Johann continued to be suspicious. After the 
publication of his work, Johann did very little signifi- 
cant mathematical research. And, even though he was 
interested in having his work published before 
Lobachevsky, when he heard of Lobachevsky’s con- 
tributions, he never completed the necessary research 
to report to the mathematical journals. 


The most important conclusions of Bolyai’s 
research in non-Euclidean geometry were the following: 
(1) The definition of parallels and their properties inde- 
pendent of the Euclidian postulate. (2) The circle and 
the sphere of infinite radius. The geometry of the sphere 
of infinite radius is identical with ordinary plane geom- 
etry. (3) Spherical trigonometry is independent of 
Euclid’s postulate. (Direct demonstration of the for- 
mula.) (4) Plane trigonometry in non-Euclidean geom- 
etry. (Applications to the calculation of areas and 
volumes.) and (5) Problems that can be solved by ele- 
mentary methods. (Squaring the circle, on the hypoth- 
esis that the fifth postulate is false.) 


Elliptic non-Euclidean geometry 


A later development following that of Bolyai’s 
and Lobachevsky’s hyperbolic non-Euclidean geome- 
try was that of elliptic non-Euclidian geometry. 
German mathematician Georg Friedrich Bernhard 
Riemann (1826-1866) developed the rudiments of 
elliptic non-Euclidean geometry. His introduction to 
his foundations of spherical geometry apparently was 
used as the basis for his elliptic geometry that made use 
of the postulate that the sum of the angles of a triangle 
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in space are greater than 180°. Based on the foundations 
that Riemann had introduced, Klein was able to further 
develop elliptic non-Euclidean geometry and was actually 
the mathematician who defined this new field as elliptic 
non-Euclidian geometry. Klein’s Erlanger Program 
made a significant contribution in providing major 
distinguishing features among parabolic (Euclidean 
geometry), hyperbolic, and elliptic geometries. 
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i Non-point source 


Non-point sources refer to numerous, relatively 
small sources of gases, metals, pesticides, nutrients, or 
other pollutants into the environment. Collectively, 
these many sources can represent a substantial 
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contribution of pollutants into environment on a 
regional scale. Non-point sources are in contrast to 
point sources, which refer to discrete sources of pollu- 
tion, such as a large smokestack or a sewage outfall. 


For example, if the many buildings in a city are 
heated from electricity that is generated at a power 
plant that burns coal or oil, then it represents a point 
source of emissions of sulfur dioxide, oxides of nitrogen, 
and particulates to the atmosphere. The urban air quality 
will also be influenced by numerous other relatively small 
sources of emissions, for example, those from automo- 
biles, trucks, and buses. Emissions from these non-point 
sources coalesce to contribute to regional air pollution. 


In many coastal areas, sewage treatment facilities 
release treated waste into the ocean. This point source of 
pollution may include nitrogen, phosphorus, heavy met- 
als and other complex chemical compounds. Non-point 
sources of pollution include runoff from yards and 
roads and the input from sewer systems during storms. 
Both of these sources contribute to water pollution. 


Environmental degradation is caused by a combi- 
nation of emissions of pollutants from both point- 
sources and non-point sources. Point sources are eas- 
ier to identify and monitor. Extensive systems are in 
place to monitor the emissions from electrical facilitie, 
water treatment facilities and other large sources of 
pollution. Non-point sources on the other had are 
much more difficult to identify, much less regulate. 
Many environmental agencies have been able to put 
good controls in place for point source polluters, but 
have been unable to effectively solve the problem of 
pollution by non-point sources. 


See also Point source. 


[ Nonmetal 


A nonmetal is a chemical element that generally 
does not conduct heat or electricity very well, is usually 
a solid or a gas at normal temperatures, and (for solids) 
is difficult to reshape by pounding or beating. 
Nonmetals include elements such as carbon, sulfur, oxy- 
gen, and nitrogen. They are normally defined in contrast 
to metals, which are bright, shiny, solid elements (with 
one exception) that are good electrical and heat conduc- 
tors. They are ductile, which means that pieces can be 
drawn into wires, and they are malleable, which means 
that they can be beaten into thin sheets. In chemical 
reactions, nonmetals usually react to make negatively 
charged ions (anions) while metals usually react to make 
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positively charged ions (cations). Only about 20 ele- 
ments are considered nonmetals, while the rest of them 
are considered metals. With the exception of hydrogen, 
all of the nonmetals are found in the right-hand side of 
the periodic table. In fact, many periodic tables have a 
bold line in a sort of stair-step shape in the right-hand 
side of the table. This bold line is the “border-line” 
between the metals and the nonmetals. Elements that 
are adjacent to the line share metal and nonmetal prop- 
erties and are called metalloids or semi-metals. 


There are some exceptions to the general proper- 
ties of nonmetals. For example, carbon can conduct 
electricity, although it has all other nonmetal proper- 
ties. Bromine is a liquid at normal temperatures, and it 
is the only liquid nonmetal. All of the elements that are 
gases at normal temperatures are nonmetals. All of the 
metals, on the other hand, are solids at normal temper- 
atures except for mercury, which is a liquid. (The 
element gallium melts at 91—-93°F [31—32°C], which is 
just above room temperature.) 


See also Anion; Cation; Element, chemical. 


| North America 


The landmass occupied by the present-day coun- 
tries of Canada, the United States, and the Republic of 
Mexico make up North America. Greenland (Kalaallit 
Nunaat), an island landmass to the northeast of 
Canada, is also included in North America, for it has 
been attached to Canada for almost two billion years. 


Plate tectonics is the main force of nature respon- 
sible for the geologic history of North America. Over 
ages of geologic time, the plates have come together 
to form the continents, including North America. 
Other processes, such as sedimentation and erosion, 
modify the shape of the land that has been forged by 
platetectonics. 


North American geologic history includes several 
types of mountain ranges as a result of plate tectonics. 
When the edge of a plate of earth’s crust runs over 
another plate, forcing the lower plate deep into Earth’s 
elastic interior, a long, curved mountain chain of vol- 
canos usually forms on the forward-moving edge of 
the upper plate. When this border between two plates 
forms in the middle of the ocean, the volcanic moun- 
tains form a string of islands, or archipelago, such as 
the Antilles and the Aleutians. This phenomenon is 
called an island arc. 
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When the upper plate is carrying a continent on its 
forward edge, a mountain chain, like the Cascades, 
forms right on the forward edge. This edge, heavily 
populated with volcanos, is called a continental arc. 
The volcanic mountains on the plate border described 
above can run into a continent, shatter the collision 
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area and stack up the pieces into a mountain range. 
This is how the Appalachians were formed. Imagine 
how high your school would reach if it were squeezed 
by bulldozers so it remained the same length east to 
west as it is now, but from north to south measured the 
width of a convenience store restroom. The result 
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would be a tall wall of fractured rubble, and that is just 
what a collisional mountain belt is. 


When a continent-sized “layer cake” of rock is 
pushed, the upper layers move more readily than the 
lower layers. The layers separate from each other, and 
the upper few miles of rock move on ahead, floating on 
fluid pressure between the upper and lower sections of 
the crust like a fully loaded tractor trailer gliding 
effortlessly along an icy road. The flat surface where 
moving layers of crust slide along the top of the layers 
beneath it is called a thrust fault, and the mountains 
that are heaved up where the thrust fault reaches the 
surface are one kind of fault block mountains. The 
mountains of Glacier National Park slid along the 
Lewis thrust fault over younger rocks, and out onto 
the Great Plains. 


Another kind of fault block mountains comes 
from stretching of Earth’s crust. A model of this kind 
of mountains could be made by compacting a 6-in 
(15-cm) thick layer of moist sand on top of a rubber 
(not rubberized) sheet. When the sheet stretches, mimick- 
ing the elastic properties of the lower crust, the sand 
will crack along lines perpendicular to the direction 
the sheet is being pulled. Some of the surface will 
remain the same height, and some blocks will slide 
down the sides of the blocks which remain stable. 
This is particularly noticeable if the top surface of 
the compacted sand has been dusted with powder. 
This is a model of the process that formed the moun- 
tains in the Basin and Range province. 


Mountain ranges start being torn down by phys- 
ical and chemical forces while they are still rising. 
North America has been criss-crossed by one immense 
range of mountains after another throughout its 
almost four-billion-year history. 


A range of mountains may persist for hundreds of 
millions of years, like the Appalachians. On repeated 
occasions, the warped, folded rocks of the Appalachians 
were brought up out of the continent’s basement and 
raised thousands of feet by tectonic forces. If mountains 
are not continuously uplifted, they are worn down by 
erosion in a few million years. In North America’s geo- 
logic past, eroded particles from its mountains were 
carried by streams and dumped into the continent’s 
inland seas, some of which were as large as the 
present-day Mediterranean. Those rivers and seas are 
gone from the continent, but the sediments that filled 
them remain, like dirt in a bathtub when the water is 
drained. The roots of all the mountain ranges that have 
ever stood in North America all still exist, and much of 
the sand and clay into which the mountains were trans- 
formed still exists also, as rock or soil formations. 
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Geologic history 
North America in the Archean eon 


North America was not formed in one piece, or at 
one time, the way a cake is baked from batter. Various 
parts of it were formed all over the world, at various 
times over four billion years, and were brought 
together and assembled into one continent by the 
endless process of plate tectonics. What is now called 
North America began to form in the first two and one- 
half billion years of Earth’s history, a period of time 
called the Archean eon. 


Some geologists speculate that the earth that cre- 
ated the oldest parts of North America barely 
resembled the middle-aged planet on which we live. 
The planet of four billion years ago had cooled enough 
to have a solid crust, and oceans of liquid water. But 
the crust may have included hundreds of small tectonic 
plates, moving perhaps ten times faster than plates 
move today. These small plates, carrying what are 
now the most ancient rocks, scudded across the oceans 
of a frantic crazy-quilt planet. Active volcanos and 
rifts played a role in rock formation on the Archean 
Earth. The oldest regions in North America were 
formed in this hyperactive world. These regions are 
in Greenland, Labrador, Minnesota, and Wyoming. 


Earth changed over the next billion years. A sud- 
den surge of continental construction created much of 
North America. Between three and four billion years 
ago, great basalt plateaus gradually built up under the 
oceans. As the planet cooled, the rock on the under- 
sides of these plateaus changed from basalt to eclogite. 
Basalt floats on Earth’s mantle, but the heavier eclo- 
gite sinks into it. All over the world, the eclogite tore 
away from the basalt plateaus and sank into Earth’s 
hot mantle. Vast amounts of magma liquefied from 
the eclogite slabs as they sank into the hot mantle. This 
phenomenon is called partial melting, and it resembles 
what happens to cheese in a microwave oven. Solid 
cheese separates into melted fat and hard milk solids. 
The eclogite is the leftover solid cheese; the liquid 
magma is the melted fat. This magma rose through 
the basalt and formed 50% of what would become 
North America’s continental crust. But in the 
Archean eon, these pieces were still widely scattered 
on the planet. 


In the late Archean eon, the plates of Earth’s crust 
may have continued to move at a relatively high speed. 
Evidence of these wild times can be found in the 
ancient core of North America. The scars of tectonic 
events appear as rock outcrops throughout the part of 
northern North America called the Canadian Shield. 
One example of this kind of scar, a greenstone belt, 
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may be the mangled remains of ancient island arcs or 
rifts within continents. Gold and chromium are found 
in the greenstone belts, and deposits of copper, zinc, 
and nickel. Formations of ironore also began to form 
in the Archean eon, and fossils of microscopic cyano- 
bacteria-the first life on Earth—are found imbedded 
in them. 


North America in the Proterozoic eon 


North America’s little Archean continents 
slammed together in a series of mountain-building 
collisions. The core of the modern continent was 
formed 1,850 million years ago when five of these 
collisions occurred at once around northeastern 
Canada. This unified piece of ancient continental 
crust, called a craton, lies exposed at the surface in 
the Canadian Shield, and forms a solid foundation 
under much of the rest of the continent. 


In the two billion years of the Proterozoic eon 
(2,500-570 million years ago), North America’s geo- 
logic setting became more like the world as we know it. 
The cores of the modern continents were assembled, 
and the first collections of continents, or superconti- 
nents, appeared. Life, however, was limited to bacteria 
and algae, and unbreatheable gases filled the atmos- 
phere. Rampant erosion filled the rivers with mud and 
sand, because no land plants protected Earth’s barren 
surface from the action of rain, wind, heat, and cold. 


Sometimes tectonic stresses pulled the forming 
continents apart, creating cracks hundreds of miles 
or kilometers long in the crust. These cracks quickly 
filled with upwellingmagma to form dikes of solid 
rock. There are so many of these dikes of black rock 
that they are collectively called dike swarms. 


Rich accumulations of both rare and common 
metallic elements make Proterozoic rocks a significant 
source of mineral wealth for North America, as on 
other continents. Chromium, nickel, copper, tin, tita- 
nium, vanadium, and platinum ores are found 
together in the onion-like layers of crystallized igneous 
rocks called layered intrusions. Greenstone belts are 
mined for copper, lead, and zinc, each of which is 
mixed with sulfur to form a sulfide mineral. Sulfide 
minerals of lead and zinc are found in limestones 
formed in shallow seas, while mines in the ancient 
continental river and delta sediments uncover buried 
vanadium, copper, and uranium ores. 


Most of the steel framework for buildings and 
machines and tools comes from the processing of a 
rich and peculiar legacy of the Precambrian environ- 
ment. Volcanos under the seas of Archean and 
Proterozoic time erupted huge amounts of ferric iron 
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(Fe* *) into water filled with dissolved oxygen. The iron 
minerals that formed from the reaction of ferric iron 
and oxygen, hematite and iron hydroxides and sulfides, 
settled gently on the floors of lakes and quiet seas, 
season after season, for more than two billion years. 
The layers of ironminerals and chert formed amazing 
evenly striped rocks which have provided the world 
with its iron for more than a century. These banded 
iron formations are found in Greenland, Canada, and 
the Mesabi Range of Minnesota. 


The banded iron formations disappear from the 
rock record at around 1.7 billion years ago, about the 
same time that oxides (minerals formed by reaction 
with oxygen) appeared abundantly in stream deposits. 
Some geologists theorize that previous to 1.7 billion 
years ago, oxygen was busy oxidizing iron in the sea to 
enter the atmosphere, and when the iron supply ran 
out, then the oxygen-rich atmosphere bubbled up out 
of the sea. 


Somewhat similar to a continent-sized zipper, a 
huge rift opened from Kansas to Michigan’s upper 
peninsula around 1,150 million years ago. Its tectonic 
activity shut down before tearing the continent in half, 
but left a trough 93 mi (150 km) wide filled with up to 
10 mi (15 km) of stacked basalt lava flows and stream 
sediments. The rift is exposed today in the Keweenaw 
peninsula in upper Michigan. It once contained giant 
boulders of pure copper, some weighing several tons. 


During the middle to late Proterozoic eon, continen- 
tal collisions attached new pieces of continental crust to 
North America’s southern, eastern, and western borders. 
Between 30% and 40% of North America joined the 
continent in the Proterozoic. The crust underlying 
the continental United States east of Nevada joined the 
craton, as well as the crust underlying the Sierra Madre 
Occidental of Sonora, Chihuahua, and Durango in 
Mexico. The Mazatzal Mountains, whose rootoutcrop 
in the Grand Canyon’s inner gorge, rose in these moun- 
tain-building times in southern and central North 
America. 


Phanerozoic time 


North America experienced the sea washing over 
its boundaries many times during the three billion-plus 
years of its Archean and Proterozoic history. Life had 
flourished in the shallow tidewater. Algae, a long-term 
resident of North America, was joined later by worms 
and other soft-bodied animals. Little is known of early 
soft-bodied organisms, because they left no skeletons 
to become fossils. Only a handful of good fossils 
remain from the entire world’s immense Precambrian 
rock record. 
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Then, about 570 million years ago, several unre- 
lated lineages of shell-bearing sea animals appeared. 
This was the beginning of the Phanerozoic eon of 
earth history, which has lasted from 570 million years 
ago to the present day. Vast seas covered much of 
North America in the early Phanerozoic, their shore- 
lines changing from one million-year interval to the 
next. The seas teemed with creatures whose bones and 
shells we have come to know in the fossil record. These 
oceanic events are memorialized in the layers of stone 
each sea left behind, lying flat in the continent’s heart- 
land and folded and broken in the cordilleras. 
Geologists have surveyed the stacked sheets of stone 
left by ancient North American seas and have made 
maps of the deposits of each continental sea. The 
stacked layers are divided into sequences, each named 
for the sea that laid it down. Each sequence consisted of 
a slow and complex flooding of the continent. Sea level 
mountain uplift, the growth of deltas, and other factors 
continually changed the shape of the continental sea. 


Eastern and southern borders of North 
America 


The eastern coast of North America was once part 
of an ancient “Ring of Fire” surrounding an ocean that 
has disappeared forever from Earth. From Greenland 
to Georgia, and through the Gulf coast states into 
Mexico, the collision of continents raised mountains 
comparable to the Himalayas and Alps of today. 
Several ranges were raised up on the eastern border of 
North America between 480-230 million years ago. 


The Taconic mountains rose 480 million years 
ago, wrinkled under pressure like the hood of a 
wrecked car, from Maryland to the Gaspe Peninsula 
of Quebec. The compressed rocks from this mountain- 
building event are exposed in the Taconic Range of 
New York, and in eastern Pennsylvania. But by 410 
million years ago the peaks that had towered over the 
east coast had been eroded away, and the sea washed 
over their exposed roots and covered them with level 
deposits of limestone. As these mountains wore down, 
the resulting sediment filled a shallow sea basin run- 
ning from New York southward to Alabama, in layers 
up to 1,000 ft (300 m) thick. 


Another collision about 450 million years ago cre- 
ated the Acadian mountain range, whose roots are 
exposed today in Newfoundland. These mountains 
began to be torn down by rain and wind, and by the 
time they had worn down to nothing, more than 63,000 
cubic miles of sediment made from them had been 
dumped into the shallow continental sea between New 
York and Virginia-about the same amount of rock as 
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the Sierra Nevada mountains of today. The bones of 
amphibians, the first land animals, are found in the 
rocks laid down by the streams of East Greenland. 


The sleepless crust under North America’s 
Pennsylvanian-age borders tossed and turned in complex 
ways. Three hundred million years ago, North America 
sat on the equator, its vast inland sea surrounded by rain 
forests whose fossilized remains are the coal deposits of 
the eastern United States. Small mountain ranges rose 
out of the sea that covered the center of the continent in 
Colorado, Oklahoma, and Texas. The Ouachitas stood 
in the Gulf coast states, the last great mountain range to 
stand there. In the eastern United States, the Allegheny 
mountain range stood where the Acadian and Taconic 
ranges had stood before. 


The Ouachitas welded South America to the Gulf 
coast, at roughly the same time as the Alleghenies 
welded the East coast of North America to West 
Africa. The Ouachitas and Alleghenies stretched, 
unbroken, all the way around the eastern and southern 
coasts of North America. This joining of the world’s 
continents formed Pangaea, the most recent supercon- 
tinent in geologic history. Pangaea’s 150 million year 
history ended with the birth of the Atlantic Ocean and 
the separation of North and South America. As South 
America and Africa tore away from North America, 
Florida was left behind, attached to the intersection of 
the Allegheny and Ouachita mountains. Another leg- 
acy of this cracking of Earth’s crust is the New Madrid 
fault, which runs through the North American Plate 
under the Mississippi valley. 


Western border of North America 


The tectonic story begun on the western border of 
North America around 340 million years ago contin- 
ues in the present day. Land masses created far away 
from North America began to collide with the conti- 
nent. Off the western coast, the tectonic forces began 
moving in a new direction, and a long quiet interval 
came to an end. These are some of the phenomena that 
resulted: 


Around 340 million years ago, an offshore island 
arc, called the Antler Arc, struck the shores about 
where Nevada and Idaho now are (then the western- 
most part of the continent), extending the shoreline of 
North America a hundred miles westward. 


By 245 million years ago, the beginning of the age 
of dinosaurs, another island arc had run into the 
American west. The Golconda Arc added a Sumatra- 
sized piece of land to North America, and the conti- 
nent bulged out to present-day northern California. 
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After the Golconda Arc piled onto the West Coast 
of that time, the crust broke beneath the continent’s 
border, and the ocean’s plate ran under North 
America’s west coast like a speeding low-slung sport 
coupe might run under the rear bumper of a tractor- 
trailer. A continental arc was born around 230 million 
years ago in western North America, and its volcanos 
have been erupting frequently from the dawn of the 
age of dinosaurs (the Mesozoic era) until today. 


Several more island arcs struck western North 
America since the middle Jurassic period. The granite 
mountains of the Sierra Nevada are the roots of one of 
these island arcs. Landmasses created on the Pacific 
Plate have been scraped off it like the roof of the sports 
coupe mentioned earlier would be scraped off as it 
crammed itself under the rear bumper of a tractor- 
trailer. This mechanism is the origin of the west coast’s 
ranges, the Cascades, and much of British Columbia 
and Alaska’s southern coast. 


A range of fault block mountains rose far inland 
as the continent was squeezed from west to east. The 
Sevier mountains stood west of the Cretaceous peri- 
od’s interior seaway, in what is now Montana, Idaho, 
Nevada, and Utah. The dinosaurs of that time (80-130 
million years ago) left their tracks and remains in the 
mud and sand worn off these mountains. 


In the same manner as large island chains were 
carried to North America on moving plates of oceanic 
crust, small pieces of land came to the coasts in this way 
as well. Numerous “exotic terrains,” impacting on the 
western coasts during the Mesozoic and Cenozoic eras, 
added large areas now covered by British Columbia, 
Washington, Oregon, California, and Mexico. These 
little rafts of continental crust were formed far from 
their present location, for the fossils in them are of 
creatures that lived halfway around the world-but 
never in North America. A sizeable piece of continental 
crust-southern Mexico as far south as the Isthmus of 
Tehuantepec-joined northern Mexico between 180-140 
million years ago. 


Interior West 


Starting 80 million years ago, new forces began to 
act on the inland west. Geologists do not know exactly 
what happened beneath the crust to cause these 
changes, but the features created on the surface by 
tectonic action underneath the crust are well known. 


At the same time as the Sevier mountains ceased to 
rise, a similar range, facing the opposite direction, began 
to move upward. Earth’s upper crust beneath the Rocky 
mountain states was shoved westward in the Laramide 
orogeny, lifting the Rocky mountains for the first time. 
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These first modern Rocky Mountains drained the con- 
tinent’s last great shallow sea of inland North America 
as they rose. Huge mountains now stood in places where 
seas had rolled over Colorado, Wyoming, Utah, Idaho, 
Montana, and Alberta. In Mexico, the Laramide orog- 
eny raised the Sierra Madre Occidental, and formed the 
mineral deposits that enrich Sonora, Chihuahua, 
Durango, and Zacatecas. In Colorado, Wyoming, and 
neighboring states, the Rocky Mountains began to 
erode away, and by 55 million years ago, the first 
Rockies had disappeared from the surface—the moun- 
tains’ roots were buried in sediment from the eroded 
mountain tops. More recent uplift again exposed the 
Rockies, and ice age glaciers sculpted their tops into 
today’s sharp peaks. 


Twenty-five million years ago, after a quiet inter- 
lude, North America’s western continental arc awoke, 
and its abundant volcanos again added new rock to 
the continent from British Columbia to Texas and 
down the mountainous spine of Mexico. The only 
area in the Southwest in which volcanos were uncom- 
mon was the Colorado Plateau, whose immunity to 
the tectonic forces around it is still a mystery. Around 
the borders of the Colorado Plateau’s remarkably 
thick crust, one volcanic catastrophe after another 
covered the land. In this time the San Juan mountains 
were formed in Colorado. The Rocky Mountains 
began to slide westward and rose again on the thrust 
faults beneath them. 


Ten million years ago, the Great Basin area of the 
United States was much shorter when measured east 
to west than it is today. It was then a mountainous 
highland. Some geologists propose that Nevada was 
an alpine plateau like Tibet is today—perhaps more 
than 10,000 ft (3,048 m) high. Starting then and con- 
tinuing for five million years, this area began to be 
pulled apart. Long faults opened in the crust, and 
mountain-sized wedges slowly fell between ridges 
that were still standing on the unbroken basement 
rock miles below. Sediment from the erosion of these 
new ridges filled the valleys, enabling the valleys to 
become reservoirs of underground water, or aquifers. 
The low parts got so low that the area is indeed a basin; 
water does not flow out of it. Some geologists believe 
that the Basin and Range province stretches around 
the Colorado Plateau, into Texas, and extends down 
the Sierra Madre Occidental as far south as Oaxaca. 


Another kind of pulling-apart of the continent 
happened in New Mexico’s Rio Grande rift. As at 
the Keweenaw rift a billion years before, tectonic 
forces from beneath Earth’s crust began pulling the 
surface apart just as east Africa is being pulled apart 
today. The broad rift’s mountainous walls eroded, and 
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the sediment from that erosion piled up in the ever- 
widening valley. A new ocean was about to be formed 
in the southwest. Lava poured from fissures in the 
crust near Taos, New Mexico, filling the valley floor. 
Also like the Keweenaw rift, the Rio Grande rift 
stopped growing after a few million years, as the tec- 
tonic processes ceased pulling the continent apart. The 
modern Rio Grande was born as a consequence of this 
rift, and still runs through the rift valley. 


A cataclysmic volcanic event happened in Oregon 
and Washington 17 million years ago. For an 
unknown reason, perhaps a disturbance deep in 
Earth’s mantle, or a meteor impact, lava began pour- 
ing out of cracks in Earth. So much lava poured onto 
the surface at once that it ran from southeastern 
Oregon down the Columbia river valley to the Pacific 
Ocean. Huge cracks in the ground called fissures 
flooded broad areas with basalt lava over about 
500,000 years. This flood of basalt is called the 
Columbia river plateau. A hot spot, or an upwelling 
of molten rock from Earth’s mantle, appears to have 
caused the Columbia River plateau. As the North 
American plate moved westward between then and 
now, the hot spot stayed in one place, scorching 
holes in Earth’s crust under Idaho and erupting the 
lava that makes the Snake River Plain a fertile farm- 
land. This hot spot is assumed to be the heat source 
that powers the geysers of Yellowstone National Park. 


Arctic region 


In the early Jurassic period, 200 million years ago, 
the northernmost edge of North America tore away 
from the continent and began rotating counterclockwise. 
This part of the continent came to rest to the northwest 
of North America, forming the original piece of Alaska- 
its northernmost mountains, the Brooks Range. In the 
late Cretaceous period, the farthest part of this landmass 
from North America struck the edge of Siberia, and 
became the Chukotsk Peninsula. The remaining land- 
mass of Alaska joined North America bit by bit, in the 
form of exotic terrains. The Aleutians, a classic island 
arc, formed in the Tertiary period. The about 40 active 
volcanos of the Aleutians have erupted numerous times 
in the twentieth century, including several eruptions in 
the last decade from Mt. Augustine, Pavlov, Shishaldin, 
and Mt. Redoubt. 


The Ice Age in North America 


For reasons that are not yet fully understood, 
Earth periodically enters a time of planet-wide cool- 
ing. Large areas of the land and seas are covered in ice 
sheets thousands of feet thick, that remain unmelted 
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for thousands or hundreds of thousands of years. 
Today, only Greenland and Antarctica lie beneath 
continent-sized glaciers. But in the very recent geo- 
logic past, North America’s northern regions, includ- 
ing the entire landmass of Canada, were ground and 
polished by an oceanic amount of water frozen into a 
single mass of ice. This ice began to accumulate as the 
planet’sweather cooled, and began to stay frozen all 
year round. As it built up higher and higher, it began 
to move out from the piled-high center, flowing while 
still solid. 


Vast amounts of Canadian soil and rock, called 
glacial till, rode on the ice sheets as they moved, or 
surfed slowly before the front of the ice wall. Some of 
the richest farmland in the United States midwest and 
northeast arrived in its present location in this way-as 
well as boulders that must be removed from fields 
before plowing. In the unusual geographic conditions 
following the retreat of the ice sheets, barren soil lay 
on the landscape, no longer held down by the glacier. 
Windstorms moved tremendous amounts of this soil 
far from where the glacier left it, to settle out of the sky 
as a layer of fertile soil, called loess in German and 
English. Loess soils settled in the Mississippi and 
Missouri valleys, and also Washington, Oregon, 
Oklahoma, and Texas. 


This continental glaciation happened seven times 
over the last 2.2 million years. Warm intervals, some of 
them hundreds of thousands of years long, stretched 
between these planetary deep-freezes. Geologists do 
not agree whether the ice will return or not. Even if 
the present day is in a warm period between glacia- 
tions, tens or hundreds of thousands of years may 
elapse before the next advance of the ice sheets. 


Modern geologic events in North America 


California lies between two different kinds of plate 
boundaries. To the south, the crust under California is 
growing; to the north it is shrinking. The part of 
California that sits on the Pacific plate between these 
two forces is moved northward in sudden increments of 
a few feet, which are felt as earthquakes. A few feet at a 
time, in earthquakes that happen every few decades, the 
part of California west of the San Andreas Fault will 
move northward along the coast. 


Active faults also exist elsewhere in the United 
States, in the midwest and in South Carolina. The 
last sizeable earthquakes in these regions occurred 
more than a hundred years ago, and geologists assume 
that earthquakes will probably occur within the next 
hundred years. The Pacific Northwest and Alaska, 
sitting atop active tectonic environments, will 
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KEY TERMS 


Archean eon—The interval of geologic time from 3.8 
billion years ago to 2.5 billion years ago. 


Canadian shield—The oldest part of North America, 
made of rocks formed between 3.8 and 2.5 billion 
years ago, that underlies much of northern and east- 
ern Canada. 


Collisional mountain belt—A mountain range, like 
the Appalachians, caused by one continent running 
into another continent. 


Continental arc—A volcanic mountain range, like 
the Cascades, that forms on the tectonically active 
edge of a continent, over a subduction zone. 


Craton—A piece of a continent that has remained 
intact since Earth’s earliest history, and which func- 
tions as a foundation, or basement, for more recent 
pieces of a continent. 


Fault block mountains—A mountain range, like the 
Front Range of the Rocky Mountains, caused by hor- 
izontal forces that squeeze a continent, fracturing its 
crust and pushing blocks of crust up to form moun- 
tains. Also, a mountain range, like the Shoshone 
Range of Nevada, caused by horizontal forces that 


certainly be shaken by earthquakes for millions of 
years to come. The Great Basin, the western Rocky 
Mountains, and the United States northeast are all 
considered tectonically active enough for earthquakes 
to be considered possible. 


North America’s volcanic mountain ranges, the 
Cascades, and the relatively recent Mexican volcanic 
belt, have erupted often in the recent geologic past. 
These mountains will certainly continue to erupt in the 
near geologic future. 
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stretch a continent, fracturing the crust and causing 
some blocks of crust to sink down, leaving other 
blocks standing at high elevations above the valleys. 


Glacial till—Rocks, soil and other sediments trans- 
ported by a glacier then deposited along its line of 
farthest advance. 


Island arc—A volcanic mountain range, like the 
Aleutians, built on a tectonically active plate boun- 
dary in the sea, which appears as islands. 


Phanerozoic eon—The interval of geologic time 
beginning 570 million years ago, the rocks of 
which contain an abundant record of fossilized life. 


Plate tectonics—The interactions of the plates of 
Earth’s crust, which float on top of Earth’s mantle, 
and whose movements through geologic time have 
caused the major features of the continents. 


Precambrian era—The combined Archean and 
Proterozoic eons, the first four billion years of 
Earth’s history. 


Proterozoic eon—tThe interval of geologic time 
beginning 2.5 billion years ago and ending 570 mil- 
lion years ago. 


t Nova 


Novais a Latin word meaning new, and it describes 
the appearance of a seemingly new star in the sky, a 
brilliant object in a place where there was previously 
only a very faint star, or perhaps nothing at all. 
Astronomers estimate that novae (the plural of nova) 
occur about 20 to 60 times per year in the Milky Way 
galaxy. 


A nova is a phenomenon that happens in a binary 
star system containing a white dwarf and a stable 
companion star. A white dwarf is the dead, collapsed 
core of a star that formerly was about the size of the 
sun. When the sun dies, it will become a white dwarf. 
Unlike the sun, however, many stars exist in binary 
systems, where two stars orbit one another. In many 
binaries, a distance much less than the distance from 
the sun to Earth may separate such stars. 


Suppose astronomers have a binary system with a 
white dwarf and a companion star that is expanding to 
become a red giant star. As the surface of the red giant 
star expands, it gets progressively closer to the white 
dwarf. Eventually, the surface of the giant may reach a 
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critical point between the two stars where the gravity 
of the white dwarf is actually stronger than the giant’s 
own gravity. If this happens, matter will begin stream- 
ing off the giant’s surface and onto the white dwarf. 
This is like overfilling a bucket with water—eventually 
the water will overflow, and if there is an adjacent 
bucket, begin pouring into it. Likewise, the large star 
will begin to lose matter once its surface expands past 
its Roche lobe, the imaginary surface beyond which 
the giant star’s gravity is no longer sufficient for it to 
retain its matter. 


The white dwarf has tremendously strong gravity, 
because it is very massive and very small. Therefore, 
the companion star’s matter, which is mostly hydro- 
gen, is squashed into a dense, thin, hot layer on the 
white dwarf’s surface. The more matter that streams 
onto the white dwarf, the hotter it gets, and eventually, 
thermonuclear fusion reactions begin. These reactions 
are just like those that occur in the center of a stable 
star like the sun, converting the hydrogen to helium 
with an accompanying enormous release of energy. In 
a brief but violent cataclysm, the hydrogen on the 
white dwarf’s surface burns away, and while it does, 
the white dwarf brightens by as much as a factor of a 
million (15 magnitudes). This is a nova, and after 
reaching its peak brightness, it slowly fades over a 
period of weeks to months. 


Because mass transfer in a binary system does not 
stop after a nova explosion, the white dwarf will start 
to re-accumulate matter. Novae therefore are recur- 
rent, with the length of time between nova outbursts in 
a system depending on how fast the companion star is 
losing matter to the white dwarf. If the stream is just a 
trickle, it might be thousands of years until the next 
outburst. Other novae recur much more frequently. As 
a single star, the sun is unlikely ever to become a nova 
after it dies. It may accrete enough matter just from the 
interstellar medium to become a nova, but such novae 
are extremely rare events due to the low rate of accre- 
tion of matter. 


Novae should never be confused with supernovae, 
which are not just big novae. Supernovae involve the 
explosion and destruction of a star or a white dwarf, 
while a nova is merely the conflagration of a surface 
layer of hydrogen on a white dwarf. Novae are much 
more common than supernovae, and they do not 
release nearly as much energy. Nevertheless, they are 
a good reason to be familiar with the sky: things do 
change in space. A person never knows when looking 
up into the night sky, and seeing a familiar constella- 
tion looking a bit different. Just this kind of thing 
happened as recently as December 1999, when a 
bright, naked-eye nova appeared in the constellation 
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Aquila, the Eagle. At its maximum, it was as bright as 
many of the stars in the constellation, and for a few 
days at least, viewers were treated to the spectacle of a 
truly new star in an otherwise familiar constellation. 


A reoccurring nova occurred in 2006. Approxi- 
mately 5,000 light-years away in the constellation 
Ophiuchus, RS Ophiuchi was seen exploding. The 
nova reached its maximum brightness on February 
13, 2006. It has erupted in the later years of 1898, 
1933, 1958, 1967, and 1985. 


See also Stellar evolution; Supernova. 


| Novocain 


Novocain is the trademark name for procaine 
hydrochloride (Cj2H2)9N202HCI). It is used as a local 
anesthetic, particularly in dentistry, surgeries, and spi- 
nal anesthesia. A local anesthetic is a drug that tem- 
porarily blocks nerve conduction. Novocain is injected 
into tissue, a nerve trunk, or next to a nerve, or into the 
spinal canal. Like other local anesthetics, novocain 
prevents the initiation and conduction of nerve 
impulses by acting on the neuronal cellmembrane. 
Nerve impulses are conducted by the exchange of 
sodium and potassium ions through the cell mem- 
brane. Novocain alters the permeability of the cell 
membrane to sodium ions, thus altering the polarity 
of the membrane and its ability to conduct a nerve 
impulse. As the anesthetic effect increases, the thresh- 
old for electrical stimulation increases and conduction 
of the nerve impulse decreases. Eventually, the nerve 
conduction is totally blocked. 


Procaine hydrochloride was first synthesized by 
Einhorn in 1905 as a substitute for cocaine, the first 
local anesthetic. Cocaine, an alkaloid obtained from 
the leaves of the cocaplant, Erythroxylon coca, is 
highly addictive and toxic. Procaine hydrochloride 
replaced cocaine as a local anesthetic because it is 
much less toxic, cheaper and easier to produce, and it 
is easier to sterilize. In contrast to cocaine, it is not 
addictive because it is less stimulating to the central 
nervous system. 


Novocain is absorbed rapidly and begins to act 
within two to five minutes. The duration of the anes- 
thetic effect usually lasts one to two hours, depending 
on the method of delivery, concentration of the solu- 
tion, and the individual patient. Sometimes novocain 
is mixed with a drug called a vasoconstrictor. A vaso- 
constrictor constricts the blood vessels, reducing the 
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flow of blood, which slows the rate of absorption so 
that the anesthetic effect lasts longer. Novocain is an 
odorless, white crystalline powder that is water solu- 
ble. It is available as a prepared solution as either pure 
or, depending on its intended use, mixed with other 
drugs. 


See also Analgesia. 


I Nuclear fission 


Nuclear fission when the nucleus of an atom 
splits, usually into two pieces. This reaction was dis- 
covered when a target of uranium was bombarded by 
neutrons. Fission fragments were shown to fly apart 
with a large release of energy. The fission reaction was 
the basis of the atomic bomb, which was developed by 
the United States during World War II. After the war, 
controlled energy release from fission was applied to 
the development of nuclear reactors. Reactors are 
utilized for production of electricity at nuclear power 
plants, for propulsion of ships and submarines, and 
for the creation of radioactive isotopes used in medi- 
cine and industry. 


History 


The fission reaction was discovered in 1938 by two 
German scientists, Otto Hahn (1879-1968) and Fritz 
Strassmann (1902-1980). They had been doing a series 
of experiments in which they used neutrons to bom- 
bard various elements. If they bombarded copper, for 
example, a radioactive form of copper was produced. 
Other elements became radioactive in the same way. 
When uranium was bombarded with neutrons, how- 
ever, an entirely different reaction seemed to occur. 
The uranium nucleus apparently underwent a major 
disruption. 


The evidence for this supposed process came from 
chemical analysis. Hahn and Strassmann published a 
scientific paper showing that small amounts of barium 
(element 56) were produced when uranium (element 
92) was bombarded with neutrons. It was very puz- 
zling to them how a single neutron could transform 
element 92 into element 56. 


Lise Meitner (1878-1968), a long-time colleague 
of Hahn who had left Germany due to Nazi persecu- 
tion, suggested a helpful model for such a reaction. 
One can visualize the uranium nucleus to be like a 
liquid drop containing protons and neutrons. When 
an extra neutron enters, the drop begins to vibrate. If 
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the vibration is violent enough, the drop can break 
into two pieces. Meitner named this process “fission” 
because it is similar to the process of cell division in 
biology. It takes only a small amount of energy to start 
the vibration which leads to a major breakup. 


Scientists in the United States and elsewhere 
quickly confirmed the idea of uranium fission, using 
other experimental procedures. For example, a cloud 
chamber is a device in which vapor trails of moving 
nuclear particles can be seen and photographed. In 
one experiment, a thin sheet of uranium was placed 
inside a cloud chamber. When it was irradiated by 
neutrons, photographs showed a pair of tracks going 
in opposite directions from a common starting point in 
the uranium. Clearly, a nucleus had been photo- 
graphed in the act of fission. 


Another experimental procedure used a Geiger 
counter, which is a small, cylindrical tube that produ- 
ces electrical pulses when a radioactive particle passes 
through it. For this experiment, the inside of a modi- 
fied Geiger tube was lined with a thin layer of ura- 
nium. When a neutron source was brought near it, 
large voltage pulses were observed, much larger than 
from ordinary radioactivity. When the neutron source 
was taken away, the large pulses stopped. A Geiger 
tube without the uranium lining did not generate large 
pulses. Evidently, the large pulses were due to uranium 
fission fragments. The size of the pulses showed that 
the fragments had a very large amount of energy. 


To understand the high energy released in uranium 
fission, scientists made some theoretical calculations 
based on Albert Einstein’s famous equation E=mc’. 
The Einstein equation says that massm can be con- 
verted to energy £, and the conversion factor is a huge 
number, c, which is the velocity of light squared. One 
can calculate that the total mass of the fission products 
remaining at the end of the reaction is slightly less than 
the mass of the uranium atom plus neutron at the start. 
This decrease of mass, described in the correct units and 
multiplied by c, accounts numerically for why the fis- 
sion fragments are so energetic. 


From uranium fission to chain reaction 


Through fission, neutrons of low energy can trigger 
offa very large energy release. With the imminent threat 
of war in 1939, a number of scientists began to consider 
the possibility that a new and very powerful “atomic 
bomb” could be built from uranium. Also, they specu- 
lated that uranium perhaps could be harnessed to 
replace coal or oil as a fuel for industrial power plants. 


Nuclear reactions in general are much more power- 
ful than chemical reactions. A chemical change such as 
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A nuclear chain reaction: the successive fissioning of ever-increasing numbers of uranium-235 atoms. (Argosy. The Gale Group.) 


burning coal or even exploding TNT affects only the 
outer electrons of an atom. A nuclear process, on the 
other hand, causes changes among the protons and 
neutrons inside the nucleus. The energy of attraction 
between protons and neutrons is about a million times 
greater than the chemical binding energy between 
atoms. Therefore, a single fission bomb, using nuclear 
energy, might destroy a whole city. Alternatively, 
nuclear electric power plants theoretically could run 
for a whole year on just a few tons of fuel. 


In order to release a substantial amount of energy, 
many millions of uranium nuclei must split apart. The 
fission process itself provides a mechanism for creat- 
ing a so-called chain reaction. In addition to the two 
main fragments, each fission event produces two or 
three extra neutrons. Some of these can enter nearby 
uranium nuclei and cause them in turn to fission, 
releasing more neutrons, which cause more fissions, 
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and so forth. In a bomb explosion, neutrons have to 
increase very rapidly, in a fraction of a second. In a 
controlled reactor, however, the neutron population 
has to be kept in a steady state. Excess neutrons must 
be removed by some type of absorber material. 


In 1942, the first nuclear reactor with a self-sus- 
taining chain reaction was built in the United States. 
The principal designer was Enrico Fermi (1901-1954), 
an Italian physicist and the 1938 Nobel Prize winner in 
physics. He had emigrated to the United States to 
escape from Benito Mussolini’s fascism. Fermi’s reac- 
tor design had three main components: lumps of ura- 
nium (the fuel), blocks of carbon (the moderator, 
which slows down the neutrons), and control rods 
made of cadmium (an excellent neutron absorber). 
The reactor was built at the University of Chicago. 
When the pile of uranium and carbon blocks was 
about 10 ft (3 m) high and the cadmium control rods 
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The Davis-Besse Nuclear Power Plant on the shore of Lake Erie in Oak Harbor, Ohio. (Robert J. Huffman. Field Mark Publications.) 


were pulled out far enough, Geiger counters showed 
that a steady-state chain reaction had been successfully 
accomplished. The power output was only about 200 
watts, but it was enough to verify the basic principle of 
reactor operation. The power level of the chain reaction 
could be varied by moving the control rods in or out. 


The Manhattan Project, 1942-1945 


General Leslie R. Groves was put in charge of the 
project to convert the chain reaction experiment into a 
usable military weapon. Three major laboratories were 
built under wartime conditions of urgency and secrecy. 
Oak Ridge, Tennessee, became the site for purifying 
and separating uranium into bomb-grade material. At 
Hanford, Washington, four large reactors were built to 
produce another possible bomb material, plutonium. 
At Los Alamos, New Mexico, the actual work of bomb 
design was started in 1943 under the leadership of the 
physicist J. Robert Oppenheimer (1904-1967). 


The element uranium is a mixture of two isotopes, 
uranium-235 and uranium-238. Both isotopes have 92 
protons in the nucleus, but uranium-238 has three 
additional neutrons. Both isotopes have 92 orbital 
electrons to balance the 92 protons, so their chemical 


properties are identical. When uranium is bombarded 
with neutrons, the two isotopes have differing nuclear 
reactions. A high percentage of the uranium-235 
nuclei undergo fission, as described previously. The 
uranium-238, on the other hand, simply absorbs a 
neutron and is converted to the next heavier isotope, 
uranium-239. It is not possible to build a bomb out of 
natural uranium. The reason is that the chain reaction 
would be halted by uranium-238 because it removes 
neutrons without reproducing any new ones. 


The fissionable isotope, uranium-235, constitutes 
only about 1% of natural uranium, while the non- 
fissionable neutron absorber, uranium-238, makes up 
the other 99%. To produce bomb-grade, fissionable 
uranium-235, it was necessary to build a large isotope 
separation facility. Since the plant would require much 
electricity, the site was chosen to be in the region of the 
Tennessee Valley Authority (TVA). The technology of 
large-scale isotope separation involved solving many 
difficult, unprecedented problems. By early 1945, the 
Oak Ridge Laboratory was able to produce kilogram 
amounts of uranium-235 purified to better than 95%. 


An alternate possible fuel for a fission bomb is 
plutonium-239. Plutonium, which results from 


radioactive decay of uranium-239, is extremely rare in 
nature. Fermi’s chain-reaction experiment had shown 
that uranium-239 can be made in a reactor. However, 
to produce several hundred kilograms of plutonium 
required a large increase from the power level of 
Fermi’s original experiment. Plutonium production 
reactors were constructed at Hanford, Washington, 
located near the Columbia River to provide needed 
cooling water. A difficult technical problem was how 
to separate plutonium from the highly radioactive fuel 
rods after irradiation. This was accomplished by 
means of remote handling apparatus that was manip- 
ulated by technicians working behind thick protective 
glass windows. 


With uranium-235 separation started at Oak Ridge 
and plutonium-239 production under way at Hanford, 
a third laboratory was set up at Los Alamos, New 
Mexico, to work on bomb design. In order to create 
an explosion, many nuclei would have to fission almost 
simultaneously. The key concept was to bring together 
several pieces of fissionable material into a so-called 
critical mass. In one design, two pieces of uranium- 
235 were shot toward each other from opposite ends 
of a cylindrical tube. A second design used a spherical 
shell of plutonium-239, to be detonated by an “implo- 
sion” toward the center of the sphere. 


The first atomic bomb was tested at an isolated 
desert location in New Mexico on July 16, 1945. On 
August 8, a single atomic bomb destroyed the city of 
Hiroshima with about 140,000 deaths, most immedi- 
ate and some lingering. On August 9, a second bomb 
was dropped on Nagasaki, causing about half as many 
deaths. Japan surrendered unconditionally a few days 
later. 


The decision to use the atomic bomb has been 
vigorously debated over the years. Some claim that it 
brought a quick end to the war and avoided many 
casualties that a land invasion of Japan would have 
cost. However, many historians have come to doubt 
these claims, noting that Japan was already essentially 
defeated, its air and sea forces being almost entirely 
destroyed. Declassified documents have shown that 
the Japanese leadership had already been seeking 
terms of surrender for some months through diplo- 
matic channels, asking only that the Emperor’s per- 
sonal safety be guaranteed. (The Emperor was viewed 
as a divine figure.) The U.S. leadership, however, 
insisted on unconditional surrender. Many U.S. mili- 
tary leaders objected beforehand to the atomic bomb- 
ings, horrified by the prospect of deliberately destroying 
innocent civilians in order to terrorize distant politi- 
cal and military leaders. Nor were Hiroshima and 
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Nagasaki significant military targets; in fact, they 
were deliberately spared all U.S. conventional bomb- 
ing beforehand in order that they might show the 
effects of the atomic bombs clearly. The statement 
that the atomic bombings saved half a million or a 
million U.S. lives, often made by Allied leaders and 
others after the war, is not, historians have shown, 
based on the casualty estimates actually made by the 
U.S. military during planning for an autumn invasion 
of the main Japanese island, Honshu; Allied death 
forecasts were more on the order of 20,000. Most 
historians who specialize in this topic agree that a 
desire to impress the Soviet Union with the almost 
cosmic power at the United States’ disposal was a 
contributing motive to the dropping of the atomic 
bombs, and that the war could have been ended rap- 
idly without either an invasion or the atomic bomb- 
ings if the U.S. had offered guarantees for the 
Emperor’s safety. After receiving Japan’s uncondi- 
tional surrender, the U.S. did grant the Japanese 
Emperor immunity from war-crimes prosecution. It 
should be noted that some historians continue to 
defend the traditional view that the dropping of the 
atomic bombs was necessary to end the war promptly 
and so prevent a far larger slaughter. 


The horror of mass annihilation in a nuclear war is 
made vivid by the images of destruction at Hiroshima. 
The possibility of a ruthless dictator or a terrorist group 
getting nuclear weapons—or of their use, again, by the 
United States or some other non-dictatorial state—is a 
continuing threat to world peace. 


Nuclear reactors for electric power 
production 


The first nuclear reactor designed for producing 
electricity was put into operation in 1957 at 
Shippingsport, Pennsylvania. From 1960 to 1990, 
more than 100 nuclear power plants were built in the 
United States. These plants now generate about 20% 
of the nation’s electric power. World-wide, there are 
over 400 nuclear power stations. 


The most common reactor type is the pressurized 
water reactor (abbreviated PWR). The system oper- 
ates like a coal-burning power plant, except that the 
firebox of the coal plant is replaced by a reactor. 
Nuclear energy from uranium is released in the two 
fission fragments. The fuel rod becomes very hot 
because of the cumulative energy of many fissioning 
nuclei. A typical reactor core contains hundreds of 
these fuel rods. Water is circulated through the core 
to remove the heat. The hot water is prevented from 
boiling by keeping the system under pressure. 
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The pressurized hot water goes to a_ heat 
exchanger where steam is produced. The steam then 
goes to a turbine, which has a series of fan blades that 
rotate rapidly when hit by the steam. The turbine is 
connected to the rotor of an electric generator. Its 
output goes to cross-country transmission lines that 
supply the electrical users in the region. The steam that 
made the turbine rotate is condensed back into water 
and is recycled to the heat exchanger. This method of 
generating electricity was developed for coal plants 
and is known to be very reliable. 


Safety features at a nuclear power plant include 
automatic shutdown of the fission process by insertion 
of control rods, emergency water cooling for the core 
in case of pipeline breakage, and a concrete contain- 
ment shell. It is impossible for a reactor to have a 
nuclear explosion because the fuel enrichment in a 
reactor is intentionally limited to about 3% uranium- 
235, while almost 100% pure uranium-235 is required 
for a bomb. The worst accident at a PWR would be a 
steam explosion, which could contaminate the inside 
of the containment shell. 


The active ingredient in the reactor core consists of 
several tons of uranium. As the reactor is operated, the 
uranium content gradually decreases because of fission, 
and the radioactive waste products (the fission frag- 
ments) build up. After about a year of operation, the 
reactor must be shut down for refueling. The old fuel 
rods are pulled out and replaced. These fuel rods, which 
are very radioactive, are stored under water at the 
power plant site. After five to ten years, much of their 
radioactivity has decayed. Only those materials with a 
long radioactive lifetime remain, and eventually they 
will be stored in a suitable underground depository. 


The controversy about nuclear power plants 


All methods of producing electricity have serious 
environmental, social, and political impacts, and 
nuclear power is no exception. There are vehement 
arguments both for and against nuclear power. The 
main objections to nuclear power plants are the possi- 
bility of catastrophic accidents at plants or related 
facilities that lead to the release of radiation, the unre- 
solved problem of nuclear waste storage, and the pos- 
sibility of plutonium diversion for weapons production 
by a terrorist group. As of 2006, an ongoing crisis was 
centered on the question of whether Iran’s nuclear 
power program was purely peaceful or was intended 
to enable to the production of a nuclear weapon. The 
United Nations Atomic Energy Agency stated that 
there was no evidence of a weapons program, but the 
U.S. and others pointed to Iran’s efforts to enrich 
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uranium—also a necessary step in peaceful fuel produc- 
tion—as indicative of weapons ambitions. 


As for nuclear waste storage, proponents of 
nuclear power argue that waste will eventually be proc- 
essed into a safe form, or remain safely buried in stable 
geological formations for hundreds of thousands of 
years. Opponents argue that schemes for reprocessing 
are unproven or prohibitively expensive, and that it is 
not possible to realistically guarantee containment, 
even deep underground, over such long periods of 
time. Waste may also be diverted for terrorist use; it is 
intrinsically toxic and long-lived, and could be dis- 
persed by a conventional explosive rather than a nuclear 
weapon. Nuclear power plants themselves might be 
targeted by terrorists (security was tightened at all 
U.S. plants after the attacks of September 11, 2001) 
or by the enemy in a time of war. 


The main advantage of nuclear power plants is that 
they do not cause large amounts of atmospheric pollu- 
tion. No smokestacks are needed because no fuel is 
being combusted. France initiated a large-scale nuclear 
program after the Arab oil embargo in 1973 and has 
been able to reduce its acid rain and carbon dioxide 
emissions by more than 40%. (Its nuclear waste is 
accumulating steadily, however, and efforts to reproc- 
ess it at plants in Germany have met with intense pop- 
ular opposition and actual blockade.) Germany and 
Sweden have both committed to phasing out their 
own nuclear programs (though political see-sawing 
has repeatedly cast doubt on these commitments). 


On a related note, nuclear power plants do not 
contribute directly to global warming because they do 
not emit carbon dioxide, a feature that has caused a 
few prominent environmentalists to renounce their 
longstanding opposition to nuclear power. On the 
other hand, opponents of nuclear power argue that 
nuclear power is so expensive—despite promises in the 
1950s from U.S. officials that it would produce elec- 
tricity “too cheap to meter”—that buying it in effect 
puts carbon dioxide into the atmosphere, because the 
same money could have been spent far more effectively 
on other technologies for reducing carbon dioxide 
emissions, such as wind power or end-use energy effi- 
ciency. By analogy, caviar is a nutritious food, but it is 
so expensive that if one has a limited budget then 
buying caviar reduces the amount of food in the larder 
rather than increasing it. Proponents of nuclear power 
note that shipments of nuclear fuel are minimal com- 
pared to other fuel-dependent energy sources, so the 
hazards of oil spills are avoided—although the ship- 
ments of fuel that do occur are tempting targets for 
terrorists. 
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KEY TERMS 


Chain reaction—An on-going process in which a 
neutron produced from fission enters a nearby 
nucleus, causes it to fission, and releases additional 
neutrons to continue the process. 


Critical mass—The minimum amount of fission- 
able uranium or plutonium that is necessary to 
maintain a chain reaction. 


Geiger counter—A small, cylindrical tube used to 
detect radioactivity, giving an output of voltage 
pulses when radiation passes through it. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Plutonium—A man-made element that is created 
from uranium—238 by neutron bombardment and 
can be used as a material for fission energy. 


Radioactive waste—The radioactive fragments pro- 
duced by fission, which accumulate in the fuel rods 
of anuclear reactor and eventually must be removed. 


As of late 2006, no new orders for a nuclear power 
plant had been made in the United States since 1973. 
However, thanks to heavy government subsidies for 
nuclear power offered under the Energy Policy Act of 
2005, some experts expected a few new orders for U.S. 
nuclear plants to be placed in 2007 or 2008. 
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| Nuclear fusion 


Nuclear fusion is the process by which two light 
atomic nuclei combine to form a heavier atomic 
nucleus. As an example, a proton (the nucleus of a 
hydrogen atom) and a neutron will, under the proper 
circumstances, combine to form a deuteron (the 
nucleus of an atom of deuterium, an isotope of hydro- 
gen). In general, the mass of the heavier nucleus thus 
produced is less than the total mass of the two lighter 
nuclei. This missing mass corresponds to energy 
released in the reaction. 


When a proton and neutron combine, for example, 
the mass of the resulting deuteron is 0.00239 atomic 
mass unit less than the total mass of the proton and 
neutron combined. This “loss” of mass is expressed in 
the form of 2.23 MeV (million electron volts) of kinetic 
energy of the deuteron and other particles and as other 
forms of energy produced during the reaction. Nuclear 
fusion reactions are like nuclear fission reactions, there- 
fore, in the respect that some quantity of mass is trans- 
formed into energy. 


Some typical fusion reactions 


The particles most commonly involved in nuclear 
fusion reactions include the proton, neutron, deu- 
teron, a triton (a proton combined with two neutrons), 
a helium-3 nucleus (two protons combined with a 
neutron), and a helium-4 nucleus (two protons com- 
bined with two neutrons). Except for the neutron, all 
of these particles carry at least one positive electrical 
charge. That means that fusion reactions always 
require very large amounts of energy in order to over- 
come the force of repulsion between two like-charged 
particles. For example, in order to fuse two protons 
with each other, enough energy must be provided to 
overcome the force of repulsion between the two pos- 
itively charged particles. 


Naturally occurring fusion 


As early as the 1930s, a number of physicists had 
considered the possibility that nuclear fusion reactions 
might be the mechanism by which energy is generated 
in stars. Certainly no familiar type of chemical reac- 
tion, such as oxidation, could possibly explain the vast 
amounts of energy released by even the smallest star 
over billions of years. In 1939, the German-American 
physicist Hans Bethe worked out the mathematics of 
fusion energy release, in which a proton first fuses with 
a carbon atom to form a nitrogen atom. The reaction 
then continues through a series of five more steps, the 
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The JET (Joint European Torus) nuclear fusion reactor. (Photo Researchers, Inc.) 


net result of which is that four protons disappear and 
are replaced by one helium atom. 


Bethe chose this sequence of reactions because it 
requires less energy than does the direct fusion of four 
protons and, thus, is more likely to take place in a star. 
Bethe was able to show that the total amount of energy 
released by this sequence of reactions was comparable 
to that which is actually observed in stars. 


The Bethe carbon-cycle is not the only nuclear 
fusion reaction possible. Another approach, for exam- 
ple, would be one in which two protons fuse to form a 
deuteron. That deuteron could, then, fuse with a third 
proton to form a helium-3 nucleus. Finally, the helium- 
3 nucleus could fuse with a fourth proton to form a 
helium-4 nucleus. The net result of this sequence of 
reactions would be the combining of four protons 
(hydrogen nuclei) to form a single helium-4 nucleus. 
The only net difference between this reaction and 
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Bethe’s carbon cycle is the amount of energy involved 
in the overall set of reactions. 


Thermonuclear reactions 


The reason that fusion reactions can occur in stars 
is that when they first form by gravitational compres- 
sion of drifting gas, the temperatures in their centers are 
raised high enough to bring about fusion. Thereafter, 
gravity keeps a star together and fusion keeps it hot. 
Since the temperatures needed for fusion are in the 
millions of degrees, fusion reactions are also known as 
thermonuclear (“thermo” for heat) reactions. 


Artificial fusion reactions 


The understanding that fusion reactions are 
responsible for energy production in stars brought 
the accompanying realization that such reactions 
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might be a source of energy for human needs. The 
practical problems with building a fusion power 
plant are great, however: it is extremely difficult to 
keep a fusion reaction going at all, much less drawing 
more energy out of the reaction than one puts into it 
(the “break-even point’). Scientists are still at least 
half a century from achieving affordable fusion 
power—by optimistic estimates. A simpler challenge, 
unfortunately, is to construct a fusion device that does 
not need to be controlled, that is, a fusion bomb. 


The hydrogen bomb 


Scientists who worked on the first fission (atomic) 
bomb during World War II were aware of the possi- 
bility of building an even more powerful bomb that 
operated on fusion. Here is how a basic fusion bomb 
works: 


The core of the fusion bomb consists of a fission 
bomb, such as the one they were then developing. That 
core is then be surrounded by a casing filled with 
isotopes of hydrogen. Isotopes of hydrogen are 
forms of hydrogen that all have a single proton in 
their nucleus, but may have zero, one, or two neu- 
trons. The nuclei of the hydrogen isotopes are, respec- 
tively, the proton, the deuteron, and the triton. 


In the first fraction of a second of the detonation 
of such a device, the fission bomb would explode, 
releasing huge amounts of energy. In fact, the temper- 
ature at the heart of the fission bomb would reach 
several million degrees. 


That temperature would not last very long, but in 
the microseconds that it did exist, it would provide the 
energy for fusion to begin to occur within the casing 
surrounding the fission bomb. Protons, deuterons, 
and tritons would begin fusing with each other, releas- 
ing more energy and triggering further fusion. The 
original explosion of the fission bomb would have 
ignited a small, starlike reaction in the casing sur- 
rounding it. 


From a military standpoint, the fusion bomb had 
one powerful advantage over the fission bomb: there is 
no technical upper limit on the size of a fusion bomb. 
One simply makes the casing surrounding the fission 
bomb larger and larger, until (in theory) there is no 
longer a way to lift the bomb into the air so that it can 
be dropped on an enemy. 


On November 1, 1952, the United States the 
world’s first fusion bomb, annihilating Eniwetok 
Atoll in the Pacific and leaving an underwater crater 
over 6,000 feet across. This bomb was about 1,000 
times more powerful than the fission bombs with 
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which the U.S. had destroyed the Japanese cities of 
Hiroshima and Nagasaki in 1945. The Soviet Union 
exploded its first nuclear device in 1953. The two 
superpowers soon became proficient at manufacturing 
fusion bombs in an assembly-line manner, producing 
tens of thousands of the devices. 


Peaceful applications of nuclear fusion 


As research on fusion weapons was going on, 
attempts were also being made to develop peaceful 
uses for nuclear fusion. The most obvious challenge 
is simply to find a way to hold the nuclear fusion 
reaction in place as it occurs. One cannot build a 
machine made out of metal, plastic, glass, or any 
other common kind of material. At the temperatures 
at which fusion occurs, any one of these materials 
would vaporize instantly. Traditionally, two general 
approaches have been developed to solve this prob- 
lem, namely, magnetic confinement and inertial con- 
finement. To understand the first technique, imagine 
that a mixture of hydrogen isotopes has been heated to 
a very high temperature. At a sufficiently high temper- 
ature, the nature of the mixture begins to change. 
Atoms totally lose their electrons, and the mixture 
consists of a swirling mass of positively charged nuclei 
and electrons. Such a mixture is known as a plasma. 


One way to control that plasma is with a magnetic 
field. One can design such a field so that a swirling hot 
mass of plasma within it can be held in any kind of a 
shape one chooses. The best-known example of this 
approach is a doughnut-shaped Russian machine 
known as a tokamak. In the tokamak, two powerful 
electromagnets create fields that are so powerful that 
they can hold a hot plasma in place as readily as a 
person can hold an orange in his hand. 


The technique, then, is to heat the hydrogen iso- 
topes to higher and higher temperatures while contain- 
ing them within a confined space by means of the 
magnetic fields. At some critical temperatures, nuclear 
fusion will begin to occur. At that point, the tokamak 
is producing energy by means of fusion while the fuel is 
being held in suspension by the magnetic field. 


Inertial confinement 


A second method for creating controlled nuclear 
fusion makes use of a laser beam or a beam of elec- 
trons or atoms. In this approach, hydrogen isotopes 
are suspended at the middle of the machine in tiny 
hollow glass spheres known as microballoons. The 
microballoons are then bombarded by the laser, elec- 
tron, or atomic beam and caused to implode. During 
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implosion, enough energy is produced to initiate 
fusion among the hydrogen isotopes within the pellet. 
The plasma thus produced is then confined and con- 
trolled by means of the external beam. 


The production of useful nuclear fusion energy by 
either of these methods depends on three factors: tem- 
perature, containment time, and energy release. That 
is, it is first necessary to raise the temperature of the 
fuel (the hydrogen isotopes) to a temperature of about 
100 million degrees. Then, it is necessary to keep the 
fuel suspended at that temperature long enough for 
fusion to begin. Finally, some method must be found 
for tapping off the energy produced by fusion. 


A measure of the success of a machine in produc- 
ing useful fusion energy is known as the Lawson con- 
finement parameter, the product of the density of 
particles in the plasma and the time the particles are 
confined. That is, in order for controlled fusion to 
occur, particles in the plasma must be brought close 
together and they must be kept together for some 
critical period of time. All of this must take place, of 
course, at a temperature at which fusion can occur. 


D-D and D-T reactions 


The two nuclear reactions now most commonly 
used for power research purposes are designated as D- 
D and D-T reactions. The former stands for deute- 
rium-deuterium and involves the combination of two 
deuterium nuclei to form a helium-3 nucleus and a free 
neutron. The second reaction stands for deuterium- 
tritium and involves the combination of a deuterium 
nucleus and a tritium nucleus to produce a helium-4 
nucleus and a free neutron. The most common form of 
an inertial confinement machine, for example, uses a 
fuel that consists of equal parts of deuterium and 
tritium. 


Hope for the future 


Research on controlled fusion power has now been 
going on for a half century with disappointing results. 
Some experts believe that success is “just around the 
corner”’—ust a few billion dollars more!—but others 
argue that the problems of an economically feasible 
fusion power plant will never be solved. 


In late twentieth century, scientists began to 
explore approaches to fusion power that departed 
from the more traditional magnetic and inertial con- 
finement techniques. One such approach was called 
the PBFA process. In this machine, electric charge is 
allowed to accumulate in capacitors and then dis- 
charged in 40-nanosecond micropulses. Lithium ions 
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Cold fusion—A form of fusion that some research- 
ers believe can occur at or near room temperatures 
as the result of the combination of deuterons with 
palladium metal as a catalyst. 


Deuteron—The nucleus of the deuterium atom, 
consisting of one proton combined with one 
neutron. 


Isotopes—Two or more forms of the same element, 
whose atoms differ from each other in the number 
of neutrons contained in their nuclei. 


Neutron—A subatomic particle with a mass of 
about one atomic mass unit and no electrical 
charge. 


Nuclear fission—A nuclear reaction in which one 
large atomic nucleus breaks apart into at least two 
smaller particles. 


Nucleus—The core of an atom consisting of one or 
more protons and, usually, one or more neutrons. 


Plasma—A form of matter that consists of positively 
charged particles and electrons completely inde- 
pendent of each other. 


Proton—A subatomic particle with a mass of about 
one atomic mass unit and a single positive charge. 


Thermonuclear reaction—A nuclear reaction that 
takes place only at very high temperatures, usually 
of the order of a few million degrees. 


are accelerated by means of these pulses and forced to 
collide with deuterium and tritium targets. Fusion 
among the lithium and hydrogen nuclei takes place, 
and energy is released. However, the PBFA approach 
to nuclear fusion has been no more successful than has 
that of more traditional methods. 


Cold fusion 


The scientific world was stunned in March, 1989 
when two electrochemists, Stanley Pons and Martin 
Fleischmann, reported that they had obtained evi- 
dence for the occurrence of nuclear fusion at room 
temperatures. During the electrolysis of heavy water 
(deuterium oxide), it appeared that the fusion of 
deuterons was made possible by the presence of pal- 
ladium electrodes used in the reaction. If such an 
observation could have been confirmed by other sci- 
entists, it would have been truly revolutionary. It 
would have meant that energy could be obtained 
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from fusion reactions at moderate temperatures. The 
Pons-Fleischmann discovery was the subject of 
immediate and intense scrutiny by other scientists 
around the world. 


It soon became apparent, however, that evidence 
for cold fusion could not consistently be obtained by 
other researchers. A number of alternative explanations 
were developed by scientists for the fusion results that 
Pons and Fleischmann believed they had obtained. 
Today, few scientists are still convinced that Pons and 
Fleischmann had made a breakthrough. In what has so 
far been a replay of the Pons-Fleischmann story, 
nuclear engineer Rusi Taleyarkhan of Purdue 
University announced the detection of desktop cold 
fusion in March, 2005. The fusion was supposedly 
triggered by the collapse of tiny bubbles in heavy 
water caused by ultrasonic waves. Taleyarkhan’s find- 
ings were published in a reputable peer-reviewed jour- 
nal and, since the collapse of such bubbles is known to 
generate extraordinarily high temperatures, his work 
struck many scientists as more plausible than Pons 
and Fleischmann’s. However, as of late 2006 all 
attempts to duplicate Taleyarkhan’s results had failed, 
and most physicists believed that his apparent break- 
through was another case of honest measurement error. 
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l Nuclear magnetic resonance 


Nuclear magnetic resonance (NMR) is the effect 
produced when a radiofrequency field is imposed at 
right angles to a (usually much larger) static magnetic 
field to perturb the orientation of nuclear magnetic 
moments generated by spinning electrically charged 
atomic nuclei. When the perturbed spinning nuclei 
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interact with the very large (10,000 to 50,000 gauss) 
static magnetic field, characteristic spectral shifts and 
fine structure are produced that reflect the molecular or 
chemical environments seen by the nucleus. Hydrogen 
nuclei, fluorine, carbon-13, and oxygen-17, all have 
distinctive magnetic properties that make them suitable 
for NMR studies. Thus, NMR is a process in which the 
nuclei of certain atoms absorb energy from a magnetic 
field that gyrates, or has a direction that rotates about 
some fixed axis. NMR provides a means of measuring 
nuclear properties using ordinary electromagnetic fields 
rather than high-energy particles as in a particle accel- 
erator. Its applications range from nuclear measure- 
ments to medical imaging. 


History 


NMR arose from theoretical work first published 
by the American physicist Isidor Isaac Rabi (1898— 
1988) in 1937. It was applied by Rabi in measurements 
of the magnetic moment of atomic nuclei. The method 
was later applied, independently, by Swiss-American 
physicist Felix Bloch (1905-1983) and his associates at 
Harvard University (Massachusetts) and American 
physicist Edward Mills Purcell (1912-1997) and his 
associates at Stanford University (California) in 1940 
to measure the magnetic moment of the neutron. 
Although both teams used different techniques and 
instrumentation to discover NMR, they discovered 
the same response of magnetic nuclei, when positioned 
in a uniform magnetic field, to a continuous radio 
frequency magnetic field as it was tuned through res- 
onance levels. They shared the Nobel Prize in physics 
in 1952 for their discovery. Later, it was used to meas- 
ure atomic and molecular structure. Currently NMR 
has wide application in imaging of internal organs for 
medical diagnosis. 


Physical principles 


The process on which NMR is based is essentially 
one in which the nucleus of an atom is caused to 
wobble, or precess, like a top. The wobble is main- 
tained and increased, applying a force that varies at 
the same rate as the wobble itself. 


Nuclear spin magnetic moment 


Atomic nuclei possess nuclear spin, the angular 
momentum of the nucleus, which is due to rotation. 
Since nuclei contain an electric charge, in the form of 
protons, their rotation often produces an electric current 
that creates a magnetic field. Like an electromagnet, 
therefore, the nucleus has a magnetic moment. 
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Magnetic torque on a nucleus 


When immersed in a magnetic field, a nucleus will 
experience a twisting force, or torque, which tends to line 
the spin axis of the nucleus up with the field, the same 
effect that causes two bar magnets to stick to each other 
in opposed directions. Because the nucleus is spinning, 
however, it will precess like a spinning top or gyroscope. 


Nuclear orientation energy 


The energy of the precessing nucleus depends on 
its orientation in the magnetic field. This energy can be 
increased by applying a rotating magnetic force to the 
nucleus. The force must rotate at a frequency known 
as the Larmor frequency, which is proportional to the 
applied magnetic field. This gyrating combination of 
fixed and rotating magnetic fields produces nuclear 
magnetic resonance. 


Quantum effects 


Since a nucleus is a system having atomic dimen- 
sions, quantum mechanical considerations limit its 
orientation energy in the magnetic field to certain 
specific values, which differ by multiples of the energy 
of a photon having the Larmor frequency. This is 
because the nucleus gains energy by absorbing pho- 
tons-light quanta-from the rotating magnetic field. 


Resonant frequency 


The resonant frequency of a nucleus in NMR 
depends on three factors: the distribution of mass 
and charge in the nucleus, and the magnetic field. 
Thus even if two atoms have identical nuclei, they 
may have different resonant frequencies if they are 
located within different external fields. This may be 
the case, for example, if they occur within different 
chemical compounds, the motion of the electrons with 
a molecule will contribute to the total magnetic nuclei. 


Uses of NMR 


Applications of NMR are based on its ability to 
measure nuclear properties of atoms within a sample of 
material. All NMR applications use three: (1) a strong 
magnetic field; (2) a radio frequency signal generator to 
provide a rotating field; and (3) a detector to observe 
the resonance. The detector is an induction coil that 
picks up the electric signal from the precessing nuclei. 


Nuclear magnetic moments 


The magnetic moment of an atomic nucleus is one 
of the determining factors of the Larmor frequency. 
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Angular momentum—Rotational 
resistance to change in rotation rate. 


momentum; 


Atomic nucleus—The small, dense, central portion 
of an atom. 


Gyration—Motion similar to that of a gyroscope; 
the precession of rotation axis. 


Induction—The process in which a changing mag- 
netic field causes electric current. 


Magnetic moment—The strength of a magnetized 
object. 


Oscillation—A smooth vibrational motion or change. 


Precession—A systematic change in the direction 
of a rotation axis. 


Resonance—The enhancement of the response of a 
system to a force, when that force is applied at a 
particular frequency known as the resonant frequency. 


Thus, NMR can be used to get information about 
nuclear magnetic moments. 


Chemical analysis 


The Larmor frequency is dependent on the mag- 
netic field at the location of the nucleus, which 
depends on the influence of nearby atoms. Thus, the 
NMR frequency depends on the chemical structure of 
the molecules in a sample of material. NMR is there- 
fore a useful tool for chemical analysis. 


Medical applications 


The largest area of application of NMR is in med- 
ical diagnosis. In this area, the technology is usually 
referred to as magnetic resonance imaging (MRI). The 
principle of MRI is identical to that of the use of NUR 
in chemical analysis. Essentially, the different materials 
in the body resonate at different frequencies depending 
on their chemical compositions. Position information is 
obtained by using an external magnetic field which 
varies with position, so that resonance at a particular 
frequency with a given substance, such as fatty tissue, 
will occur only at a particular position or set of posi- 
tions within the body. The resonant response is then 
analyzed and displayed using a computer. 
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I Nuclear medicine 


Nuclear medicine is a medical specialty that uses 
radioactive materials, called radionuclides, to help 
diagnose and treat a wide variety of diseases, and for 
biomedical research. The development of nuclear 
medicine reflects the advances in the fields of nuclear 
physics, nuclear chemistry, and later, molecular biol- 
ogy. While there was considerable research in the 
nuclear sciences during the first part of the twentieth 
century, it was not until the 1930s and 1940s, when 
radioactive substances were made readily available by 
nuclear reactors and cyclotrons, that nuclear medicine 
evolved into a separate specialty. 


Nuclear medicine procedures are an important 
diagnostic tool, and are performed in hospitals and 
many outpatient facilities all over the world. A nuclear 
medicine team commonly consists of a nuclear medi- 
cine physician, a nuclear medicine technologist, a 
nuclear medicine physicist, and a radiopharmacist. 
Nuclear medicine procedures sometimes detect the 
presence of disease rather than provide a specific diag- 
nosis, and are frequently performed together with 
other medical imaging modalities such as x ray, CT 
(computerized tomography), MRI (magnetic reso- 
nance imaging), and ultrasonography. In some cases, 
a disease may be detected before an organ function is 
altered or symptoms appear. Early detection prompts 
early treatment. 


Radionuclides and radiopharmaceuticals 


A nuclear medicine procedure always requires the 
use of a radionuclide. Radionuclides, by virtue of their 
natural tendency to achieve stability, decay or disinte- 
grate at a constant rate. Each radionuclide has its own 
distinct method of decay and rate of decay, or half-life. 
During disintegration, radionuclides emit electromag- 
netic radiation (photons), which can be detected, 
localized, and quantitated by sophisticated radiation 
detectors. Most frequently, the radionuclide is chemi- 
cally bound to a stable molecule or compound chosen 
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for its ability to localize in a specific organ system. The 
combination of the radionuclide bound to a molecule 
or compound is known as a radiopharmaceutical. The 
foundation of radionuclide or radiopharmaceutical 
use is based on the tracer principle, invented by the 
Hungarian chemist Georg von Hevesy (1885-1966) in 
1912. Hevesy demonstrated that radioactive nuclides 
had chemical properties that were identical to those of 
their nonradioactive, or stable, form, and could there- 
fore be used to “trace” various biochemical and phys- 
iological behaviors in the body and obtain diagnostic 
information. 


Typically, the radiopharmaceutical is injected 
intravenously (in a vein), but some studies require inha- 
lation (as a radioactive gas), or ingestion. The distribu- 
tion of the radiopharmaceutical in the body or organ 
can reveal the normal or altered state of blood flow, 
capillary permeability, tissuemetabolism, or specific 
function of an organ system. For example, if the phys- 
iology of an organ system or area of an organ is 
changed for reasons such as a tumor, absence of 
blood flow, duct blockage, or disease process, the way 
in which the radiopharmaceutical is incorporated will 
reflect any alteration. Nuclear medicine procedures can 
show structural as well as functional changes. 


Radiopharmaceuticals are also chosen for their par- 
ticular radioactive properties such as half-life, type of 
radiation emitted during decay, photonenergy, cost, and 
availability. Today, °’"Technetium ("Te [half-life = 
6.0 hours]), a daughter product of ”Molybdenum 
(Mo), is the most commonly used radionuclide for 
nuclear medicine procedures and for making radiophar- 
maceuticals. Technetium is considered ideal because it 
gives a low radiation dose to the patient, has a low energy 
(140keV), most of its decay emissions are gamma-rays, it 
has a short half-life (six hours), is inexpensive and readily 
obtained, and combines easily with many compounds. 


Instrumentation 


Unlike an x-ray procedure, where an image is 
obtained by an x-ray beam (generated by a machine) 
that passes through the body, a nuclear medicine 
image occurs when the radioactive decay occurring 
within the body is detected and recorded externally. 
Nuclear medicine images are most often obtained by a 
machine called a scintillation camera or gamma cam- 
era, invented in 1958 by the American physicist Hal 
Anger. The images or pictures are often called scans, 
which is a word left over from the time when nuclear 
medicine images were obtained by scintillating detec- 
tor machines called rectilinear scanners. A scintillation 
or gamma camera is made of many components. This 
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machine is capable of detecting radiation and convert- 
ing the detected events into electrical impulses. Most 
gamma cameras are equipped with computers to proc- 
ess the information collected, to store the information, 
and produce an image of the organ of interest. The 
resulting picture is usually seen as a two-dimensional 
image on a black and white or colortelevision monitor. 
Some common nuclear medicine imaging procedures 
include lung, thyroid, liver, spleen, biliary system, 
heart, kidney, brain, and bone scans. 


Treatment and nonimaging procedures. 


Nonimaging nuclear medicine exams such as 
radioimmunoassay studies require mixing serum with 
radioactive tracers to detect the presence of a certain 
hormone, chemical, or therapeutic drug. In other non- 
imaging studies the patient is given a radiopharmaceut- 
ical, and after a certain amount of time, samples of 
blood or urine are obtained and tested. Occasionally, 
a large amount of a radioactive substance is given to a 
patient to produce a biologic effect. For example, the 
therapeutic treatment for Grave’s disease, a hyperactive 
condition of the thyroid gland, requires a high dose of 
radioactive iodine ('*'I)—enough to destroy thyroid 
tissue. Radioactive iodine is often used to treat or detect 
thyroid conditions because the thyroid naturally 
organifies, or “traps,” iodine a person’s thyroid cannot 
tell the difference between stable or radioactive iodine. 
When radioactive iodine is ingested, the thyroid, 
depending on its physiological state, absorbs a certain 
amount, temporarily making the thyroid radioactive. 


Recent developments in nuclear medicine 


Advances in monoclonal antibody research, 
radiopharmaceuticals, and computer technology 
have allowed nuclear medicine practitioners to probe 
deeper into the workings of the human body. Tumor- 
specific antibodies have been labeled or mixed with 
radiopharmaceuticals and administered to patients for 
both localizing and treating various types of tumors. 


Conventional planar studies do not give detailed 
information about the depth of an abnormality seen 
on an image. The tomographic (tomos is the Greek 
word for slice) principle has been applied to nuclear 
medicine procedures enabling the physician to see 
regions of an organ in slices or layers. Two tomo- 
graphic methods in nuclear medicine are single proto- 
nemission computerized tomography (SPECT) and 
positron emission tomography (PET). Like conven- 
tional images, tomographic images show how a radio- 
pharmaceutical is distributed within an organ. Areas 
of normal, increased, or decreased distribution can be 
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Blood-brain barrier—A blockade of cells separat- 
ing the circulating blood from elements of the cen- 
tral nervous system (CNS); it acts as a filter, 
preventing many substances from entering the cen- 
tral nervous system. 


Disintegration—Spontaneous nuclear transforma- 
tion characterized by the emission of energy and/or 
mass from the nucleus. 


Gamma ray—Electromagnetic radiation originat- 
ing from the nucleus of an atom. 


Half-life—The time taken for a group of atoms to 
decay to half their original number. 


lonizing radiation—Any electromagnetic or partic- 
ulate radiation capable of direct or indirect ion 
production in its passage through matter. 


Monoclonal antibody—An antibody made in a lab- 
oratory, derived from a single clone, so that each 
hybrid cell produces the same antibody. 


Nuclide—Any nucleus plus its orbital electrons. 
Photon—The quantum or particle of light. 


Positron—A type of beta particle with a positive 
charge. 


Radionuclide—Radioactive or unstable nuclide. 


seen, thus revealing areas of altered biochemical and 
physiological function. When a tomographic study is 
obtained, the gamma camera detector circles the body 
and obtains multiple two dimensional images at vari- 
ous angles. The images are reconstructed by a special 
computer program and an organ can be visualized, in 
slices or layers, from top to bottom, front to back, and 
left to right. Viewing organs in slices eliminates inter- 
ference from areas overlying a possible abnormality. 


Single photon emission computed tomography 
(SPECT) studies are most often used for cardiac imag- 
ing and brain imaging, although the tomographic 
technology can be helpful for viewing other organs 
as well. SPECT studies use conventional radionuclides 
such as °°™technetium and '*Iodine. PET studies use 
only positron emitting radionculides such as 
"Carbon, and '8Fluorine. The radionuclides used for 
PET are very short lived and therefore a cyclotron 
must be on site. Cyclotrons and PET equipment is 
very expensive, so there are few institutions that per- 
form these tests. Their clinical use is consequently very 
limited. The focus of PET is biochemical rather than 
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structural and is used most often for exploring neuro- 
chemical phenomena in the brain. PET can help dis- 
tinguish one form of dementia from another, test for 
psychiatric drug effectiveness, and demonstrate 
regional metabolic differences between certain psychi- 
atric disorders. PET and SPECT imaging procedures 
are used to study the areas of the brain affected by 
strokes, epilepsy, and Parkinson’s disease. Newer 
SPECT radiopharmaceuticals, because of their ability 
to cross the blood-brain barrier, have made it possible 
to study brain function and metabolism. Since assess- 
ing brain function is important to both physical med- 
icine and behavioral medicine, SPECT may very well 
move these studies into the clinical setting. 
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Nuclear physics see Physics 


Nuclear power 


Nuclear power is any method of doing work that 
makes use of nuclear fission or nuclear fusion reac- 
tions. In its broadest sense, the term refers to both the 
uncontrolled release of nuclear energy, as in fission or 
fusion weapons, and to the controlled release of 
energy, as in nuclear power plants. Most commonly, 
however, the expression “nuclear power” is reserved 
for the latter. Approximately 430 nuclear reactors 
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devoted to the manufacture of electricity are operating 
worldwide. 


The world’s first exposure to nuclear power came 
with the detonation of two fission (atomic) bombs 
over the Japanese cities of Hiroshima and Nagasaki 
in 1945, events that coincided with the end of World 
War II. (It has long been assumed by many historians 
and members of the general public that these atomic 
bombings were necessary to produce a Japanese sur- 
render and to forestall a United States invasion of 
Japan; this belief has been disputed by some historians 
in recent years.) A number of scientists and laypersons 
perceived an optimistic aspect of these terrible events; 
they hoped that the power of nuclear energy could be 
harnessed for human good. Those hopes have been 
realized, but to only a modest degree. Starting in the 
1970s, intense political opposition to nuclear power 
arose in many nations, including the U.S. Some tech- 
nical problems associated with the use of nuclear 
power have never been satisfactorily solved, although 
proponents of this technology argue that none are 
insurmountable. After three decades of progress in 
the development of controlled nuclear power, interest 
in this energy source has leveled off and, in many 
nations, declined. Indeed, strong popular opposition 
to nuclear power exists in many countries today, and 
nuclear power has become a locus of political struggle, 
with citizens’ groups (supported by some scientists) 
ranged, typically, against industry and government 
experts. Nuclear advocates see nuclear opponents as 
irrationally fearing nuclear technology; nuclear oppo- 
nents see nuclear advocates as irresponsibly advocat- 
ing use of unreliable nuclear technology. The nuclear- 
power issue remains a highly contentious one in many 
nations. 


The nuclear power plant 


A nuclear power plant is a system in which some of 
the energy released by nuclear fission is used to generate 
electricity. Every such plant contains four fundamental 
elements: reactor, coolant system, electrical-power 
generating unit, and safety system. 


The source of energy in a nuclear reactor is a 
fission reaction in which neutrons collide with nuclei 
of uranium-235 or plutonium-239 (the fuel), causing 
them to split apart. The products of a fission reaction 
include not only energy but also new elements (known 
as fission products) and free neutrons. A constant and 
reliable flow of neutrons is insured in the reactor by a 
moderator, which slows down the speed of neutrons, 
and by control rods, which limit the number of neu- 
trons available in the reactor and, hence, the rate at 
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which fission can occur. In a nuclear weapon, the 
fission chain reaction, once triggered, proceeds at an 
exponentially increasing rate, resulting in an explo- 
sion; in a nuclear reactor, it proceeds at a steady, 
controlled rate. Most commercial nuclear power 
plants are incapable of undergoing an explosive 
nuclear chain reaction, even should their safety sys- 
tems fail; this is not true of all research reactors (e.g., 
some breeder reactors). 


Energy produced in the reactor is carried away by 
means of a coolant such as pressurized water, liquid 
sodium, or carbon dioxide gas. The circulating coolant 
absorbs heat in the reactor; once outside the reactor, it 
is allowed to boil or the heat it contains is used to boil 
water in a secondary loop. Steam produced in either of 
these ways is then piped into the electrical generating 
unit, where it turns the blades of a turbine. The tur- 
bine, in turn, turns a generator that produces electrical 
energy. 


The high cost of constructing a modern nuclear 
power plant—three to four billion dollars, in the 
U.S.—teflects in part the wide range of safety features 
needed to protect against various possible mishaps, 
especially those which could release to the environ- 
ment any of the plant’s inventory of radioactive sub- 
stances. (Small special-purpose reactors, such as those 
used to power nuclear submarines or aircraft carriers, 
have different costs and technical features from the 
large, land-based reactors used to supply electrical 
grids.) Some of those features are incorporated into 
the reactor core itself. For example, all of the fuel in a 
reactor is sealed in a protective coating made of a 
zirconium alloy. The protective coating, called a clad- 
ding, helps retain heat and radioactivity within the 
fuel, preventing it from escaping into the plant itself. 


Every nuclear plant is also required to have an 
elaborate safety system to protect against the most 
serious potential problem of all, loss of coolant. If 
such an accident were to occur, the reactor core 
might melt itself down, possibly breaching the struc- 
tures which contain it and releasing radioactive mate- 
rials to the rest of the plant and, perhaps, to the 
outside environment. To prevent such an accident, 
the pipes carrying the coolant to and from the reactor 
are required to be very thick and strong. In addition, 
back-up supplies of the coolant must be available to 
replace losses in case of a leak. 


On another level, the whole plant itself (in much of 
the world, including Europe and the U.S.) is required 
to be encased within a dome-shaped containment 
structure made of steel-reinforced concrete several 
feet thick. The containment structure is designed to 
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prevent the release of radioactive materials in case of 
an accident within the reactor. The containment also 
serves against as a barrier against efforts to deliber- 
ately damage the reactor from outside, as by firing 
shoulder-launched missiles at the reactor or crashing 
a hijacked airplane into it. 


Another safety feature is a system of high-effi- 
ciency filters through which all air leaving the building 
must pass. These filters are designed to trap micro- 
scopic particles of radioactive materials that might 
otherwise be vented to the atmosphere. Other speci- 
alized devices and systems have also been developed 
for dealing with other kinds of accidents in various 
parts of the power plant. 


Types of nuclear power plant 


Nuclear power plants differ from each other pri- 
marily in the methods they use for transferring heat 
produced in the reactor to the electricity generating 
unit. Perhaps the simplest design of all is the boiling 
water reactor plant (BWR), in which coolant water 
surrounding the reactor is allowed to boil and form 
steam. This steam is then piped directly to turbines, 
which produce rotary mechanical power that turns 
electrical generators. A very different type of plant is 
one that was popular in Great Britain for many years; 
this design that carbon dioxide as a coolant. In this 
type of plant, carbon dioxide gas passes through the 
reactor core, absorbs heat produced by fission reac- 
tions, and is piped into a secondary system where it 
gives up some of its energy to water, which begins to 
boil. This steam is then used to power a turbine and 
generator. 


Safety concerns 


In spite of all the systems developed by nuclear 
engineers, the general public has long had serious 
concerns about the use of such plants as sources of 
electrical power. In France, for example, where more 
than half of the electrical power supply comes from 
nuclear power plants, public support for nuclear 
power has declined in recent years; France has now 
placed a moratorium on the construction of new 
plants. Germany, which relies on nuclear power for 
approximately 30% of its electricity, has decided to 
phase out all ofits nuclear power plants as quickly as it 
can obtain replacement power from other sources. In 
the U.S., enthusiasm for nuclear power in the 1950s 
and 1960s faded in the 1970s, giving way to wide- 
spread—but often unscientific or ill-founded—public 
unease about nuclear dangers, a vigorous antitechnol- 
ogy and antinuclear activist movement, and investor 
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concern over the high monetary cost of nuclear power; 
no new nuclear power plants have been ordered in the 
U.S. for over 20 years. The nuclear-power industry 
remains strongest in Asia, where approximately 25 
new plants are now under construction. 


One concern about nuclear power plants, of 
course, is an echo of the world’s first exposure to 
nuclear power, the atomic bomb blasts. Many people 
fear that a nuclear power plant may go out of control 
and explode like a nuclear weapon. In spite of experts’ 
insistence that such an event is impossible, a few major 
disasters have perpetuated the fear of nuclear power 
plants exploding or failing catastrophically in some 
other mode. Although commercial nuclear power 
plants cannot explode, they have a demonstrated 
potential to pass out of the control of their operators, 
with unpredictable consequences. By far the most seri- 
ous of those events was the explosion that occurred at 
the Chernobyl nuclear power plant near Kiev in the 
Ukraine in 1986. 


On April 16 of that year, one of the four power- 
generating units in the Chernobyl complex exploded, 
blowing the top off the containment building. (The 
explosion was caused by hydrogen gas released by 
the overheating core; it was not a nuclear explosion.) 
Hundreds of thousands of nearby residents were 
exposed to dangerous levels of radiation and were 
evacuated from the area. Radioactive clouds released 
by the explosion were detected downwind in 
Scandinavia and western Europe. More than a decade 
later, the remains of the Chernobyl reactor remain far 
too radioactive for anyone to spend more than a few 
minutes near the former reactor core. The Soviet gov- 
ernment had, of course, always insisted that such a 
disaster was impossible. In the U.S., the most famous 
nuclear incident to date is the accident at the Three 
Mile Island nuclear plant in 1979. The reactor suffered 
a partial meltdown that was contained by the giant, 
pill-shaped steel vessel containing the core; some 
radioactive gas was released to the environment, and 
a hydrogen explosion raised pressures inside the con- 
tainment dome to within a few pounds per square inch 
of the dome’s design pressure. Again, experts had 
reassured the public that the chances against such an 
event were literally astronomical—comparable to 
those of a giant meteor striking a major city. 


Critics of nuclear power also worry about the 
amount of radioactivity released by nuclear power 
plants on a day-to-day basis. This concern is probably 
of less importance than is the possibility of a major 
disaster; studies have shown that nuclear power plants 
are so well shielded that the amount of radiation to 
which nearby residents are exposed is no more than 
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that of a person living many miles away. Nevertheless, 
some epidemiological evidence hints that the small 
amounts of radioactive material released during rou- 
tine operation may have detectable medical effects on 
nearby populations. These claims are, of course, 
intensely disputed. 


In any case, safety concerns in the United States 
have been serious enough to essentially bring the con- 
struction of new plants to a halt in the last decade. 
Licensing procedures are now so complex and so 
expensive that few industries are interested in working 
their way through the bureaucratic maze to construct 
new plants. However, it should also be noted that 
orders for new nuclear power plants in the U.S. had 
practically ceased in the late 1970s, years before the 
Chernobyl or Three Mile Island accidents or the reg- 
ulatory response to them. Some analysts argue that the 
stagnation of the nuclear-power industry should be 
attributed primarily to economics, rather than to 
political opposition. 


Nuclear waste management 


Perhaps the single most troubling issue for the 
nuclear power industry is waste management. 
Nuclear wastes can be classified into two general cat- 
egories, low-level wastes and high-level wastes. The 
former consist of materials that release a relatively 
modest level of radiation and/or that will soon decay 
to a level where they no longer present a threat to 
humans and the environment. Storing these materials 
in underground or underwater reservoirs for a few 
years or in some other system is usually a satisfactory 
way of handling these materials. 


High-level wastes are a different matter. After a 
period of time, the fuel rods in a reactor are no longer 
able to sustain a chain reaction and must be removed. 
These rods are still highly radioactive, however, and 
present a serious threat to human life and the environ- 
ment that can be expected to last for tens of thousands 
of years. These rods and any materials derived from 
them (as, for example, during chemical dismantling of 
the rods to extract their plutonium for the production 
of nuclear weapons or for use as a nuclear fuel), are 
considered high-level wastes. 


For more than two decades, the United States 
government has been attempting to develop a plan 
for the storage of high-level nuclear wastes. At one 
time, the plan was to bury the wastes in a salt mine 
near Lyons, Kansas. Objections from residents of the 
area and other concerned citizens made that plan 
infeasible. More recently, the government decided to 
construct a huge crypt in the middle of Yucca 
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Mountain in Nevada for the burial of high-level 
wastes. The government insists that Yucca Mountain 
is safe and will eventually become the long-term stor- 
age site for the nation’s high-level radioactive wastes. 
Until the site is put into full operation, however (if it 
is), the wastes slated for burial in it are held in “tem- 
porary” storage on the grounds nuclear power plants 
throughout the United States. 


History 


The first nuclear reactor was built during World 
War II as part of the Manhattan Project to build an 
atomic bomb. This reactor was constructed under the 
direction of Italian physicist Enrico Fermi (1901— 
1954) in a large room beneath the squash courts at 
the University of Chicago. Until the day on December 
2, 1942, when the Chicago reactor was first put into 
operation, scientists had relied entirely on mathemat- 
ical calculations to determine the effectiveness of 
nuclear fission as an energy source; thus, the scientists 
who constructed the first reactor were taking an extra- 
ordinary chance. 


That reactor consisted of alternating layers of 
uranium and uranium oxide with graphite (carbon) 
as a moderator. Cadmium control rods were used to 
control the concentration of neutrons in the reactor. 
Since the various parts of the reactor were constructed 
by piling materials on top of each other, the unit was at 
first known as an “atomic pile.” 


Nuclear fusion 


Many scientists believe that the ultimate solution 
to the world’s energy problems may be in the harness- 
ing of nuclear fusion. A fusion reaction is one in which 
two small atomic nuclei combine with each other to 
form one larger nucleus. For example, two hydrogen 
nuclei may combine with each other to form the 
nucleus of an atom known as deuterium, or heavy 
hydrogen. Fusion reactions are responsible for the 
production of energy in stars. Most commonly, four 
hydrogen atoms fuse in a series of reactions to form a 
single helium atom. An important byproduct of these 
reactions is the release of an enormous amount of 
energy. By weight, a fusion reaction releases many 
times more energy than does a fission reaction. 


The world was introduced to the concept of fusion 
reactions in the 1950s when first the United States and 
then the Soviet Union exploded fusion (hydrogen) 
bombs. The energy released in the explosion of each 
such bomb was more than 1,000 times greater than the 
energy released in the explosion of a single fission 
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Cladding—A material that covers the fuel elements 
in a nuclear reactor in order to prevent the loss of 
heat and radioactive materials from the fuel. 


Containment—Any system developed for prevent- 
ing the release of radioactive materials from a 
nuclear power plant to the outside world. 


Coolant—Any material used in a nuclear power 
plant to transfer the heat produced in the reactor 
core to another unit in which electricity is generated. 


Generator—A device for converting kinetic energy 
(the energy of movement) into electrical energy. 


Neutron—A subatomic particle that carries no 
electrical charge and that has a mass of zero. 


Nuclear fission—A reaction in which a larger 
atomic nucleus breaks apart into two roughly 
equal, smaller nuclei. 


Nuclear fusion—A reaction in which two small 
nuclei combine with each other to form one larger 
nucleus. 


Nuclear pile—The name given to the earliest form 
of a nuclear reactor. 


Turbine—A device consisting of a series of baffles 
mounted on a wheel around a central shaft used to 
convert the energy of a moving fluid into the energy 
of mechanical rotation. 


bomb such as that used by the U.S. to destroy the 
city of Hiroshima. 


As with fission, scientists and nonscientists alike 
expressed hope that fusion reactions could someday be 
harnessed as a source of energy for everyday needs. 
This line of research has been much less successful, 
however, than research on fission power plants. In 
essence, the problem has been to find a way of pro- 
ducing, in a controlled, sustainable fashion, the very 
high temperatures (millions of degrees Celsius) needed 
to sustain fusion. Optimistic reports of progress on a 
fusion power plant appear in the press from time to 
time, but some authorities now doubt that fusion 
power will ever be an economic reality. 


The future of nuclear power 


Proponents of nuclear power argue that a fresh 
round of power-plant construction should be under- 
taken to meet growing electricity demand. Coal-fired 
plants presently produce most of the world’s 
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electricity, but release air pollution and greenhouse 
gases; nuclear power, its advocates argue, does not 
release these substances. Given the threat of global 
climate change, it follows that it is of utmost impor- 
tance to build more nuclear power plants. Opponents 
of nuclear power respond that greater reductions in air 
pollution and greenhouse-gas emissions could be 
achieved by spending the same money on non-nuclear 
technologies (i.e., efficiency improvements and renew- 
able energy sources such as solar power). They also 
argue that a massive increase in the number of nuclear 
power plants bring increased risks for nuclear accidents 
and for proliferation of nuclear weapons to states that 
do not as yet have them. Globally, nuclear power is 
approximately stagnant as of 2006; wind power is being 
deployed more rapidly than nuclear power, and at a 
fraction the cost per kilowatt-hour delivered. Whether 
it is about to undergo the renaissance urged by its 
advocates or the accelerated phaseout urged by its 
opponents may not be apparent for some years. 


See also Accelerators; Atomic models; Bioterrorism. 
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[ Nuclear reactor 


A nuclear reactor is a device by which energy is 
produced as the result of a nuclear reaction, either 
fission or fusion. All commercially available nuclear 
reactors make use of fission reactions, in which the 
nuclei of large atoms such as uranium are broken 
apart into smaller nuclei with attendant release of 
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energy. It is theoretically possible to construct reactors 
that operate on the principle of nuclear fusion, in 
which small nuclei are combined with each other 
with the release of energy. But after a half century of 
research on fusion reactors, no practicable device has 
yet been developed. 


Theory of fission reactors 


When neutrons strike the nucleus of a large atom, 
they can cause that nucleus to split apart into two 
roughly equal pieces known as fission products. In 
that process, additional neutrons and very large 
amounts of energy are also released. Only three iso- 
topes are known to be fissionable, uranium-235, 
uranium-233, and plutonium-239. Of these, only the 
first, uranium-235, occurs naturally. Plutonium-239 is 
produced synthetically when nuclei of uranium-238 
are struck by neutrons and transformed into plutonium. 
Since uranium-238 always outweighs uranium-235 in 
commercial nuclear reactor fuel, plutonium-239 is 
made as a byproduct in all commercial reactors now 
in operation. Uranium-233 can also be produced syn- 
thetically by the bombardment of thorium with neu- 
trons. Thus far, however, this isotope has not been put 
to practical use in nuclear reactors. 


The release of neutrons during fission makes it 
possible for a rapid and continuous repetition of the 
reaction. Suppose that a single neutron strikes a one- 
gram block of uranium-235. The fission of one ura- 
nium nucleus in that block releases, on an average, 
about two to three more neutrons. Each of those 
neutrons, then, is available for the fission of three 
more uranium nuclei. In the next stage, about nine 
neutrons (three from each of three fissioned uranium 
nuclei) are released. As long as more neutrons are 
being released, the fission of uranium nuclei can con- 
tinue. (In practice, a single neutron cannot begin a 
chain reaction even in a pure 1-g block of uranium- 
235; too many neutrons will simply escape from the 
sample without causing a fission event. However, the 
chain-reaction principle is used in practice.) 


A reaction of this type that continues on its own 
once under way is known as a chain reaction. During a 
nuclear chain reaction, many billions of uranium 
nuclei may fission in less than a second. Enormous 
amounts of energy are released in a very short time, a 
fact that becomes visible with the explosion of a 
nuclear weapon. 


Arranging for the uncontrolled, large-scale release 
of energy produced during nuclear fission is a rela- 
tively simple task. Fission (atomic) bombs are essen- 
tially devices in which a chain reaction is initiated and 
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Submerged in water, the fuel element is removed from the 
High Flux Isotope Reactor (HFIR) at the Oak Ridge National 
Laboratory. Cerenkov radiation is causing the blue glow 
because light moves at a slower pace than energetically 
charged particles when in water. The HFIR is used exclusively 
to research manmade elements heavier than plutonium. 
(U.S. Dept. of Eng., National Audubon Society Collection/Photo 
Researchers, Inc.) 


then allowed to continue on its own. The problems of 
designing a system by which fission energy is released 
at a constant and useable rate, however, are much 
more difficult. 


Reactor core 


The heart of any nuclear reactor is the core, which 
contains the fuel, a moderator, and control rods. The 
fuel used in some reactors consists of uranium oxide, 
enriched with about 3-4% of uranium-235. In other 
reactors, the fuel consists of an alloy made of uranium 
and plutonium-239. In either case, the amount of fis- 
sionable material is actually only a small part of the 
entire fuel assembly. 


3036 


The fuel elements in a reactor core consist of cylin- 
drical pellets about 0.6 in (1.5 cm) thick and 0.4 in (1.0 
cm) in diameter. These pellets are stacked one on top of 
another in a hollow cylindrical tube known as the fuel 
rod and then inserted into the reactor core. Fuel rods 
tend to be about 12 ft (3.7 m) long and about 0.5 in 
(1.3 cm) in diameter. They are arranged in a grid pat- 
tern containing more than 200 rods each at the center of 
the reactor. The materials that fuel these pellets are 
made of must be replaced on a regular basis as the 
proportion of fissionable nuclei within them decreases. 


Moderators 


A nuclear reactor containing only fuel elements would 
be unusable because a chain reaction could probably not 
be sustained within it. The reason is that nuclear fission 
occurs best with neutrons that move at relatively modest 
speeds, called thermal neutrons. But the neutrons released 
from fission reactions tend to be moving very rapidly, at 
about 1/15 the speed of light. In order to maintain a chain 
reaction, therefore, it is necessary to introduce some mate- 
rial that will slow down the neutrons released during 
fission. Such a material is known as a moderator. 


The most common moderators are substances of 
low atomic weight such as heavy water (deuterium 
oxide) or graphite. Hydrides (binary compounds con- 
taining hydrogen), hydrocarbons, and beryllium and 
beryllium oxide have also been used as moderators in 
certain specialized kinds of reactors. 


Control rods 


A chain reaction could easily be sustained in a 
reactor containing fuel elements and a moderator. In 
fact, the reaction might occur so quickly that the 
reactor would explode. In order to prevent such a 
disaster, the reactor core also contains control rods. 
Control rods are solid cylinders of metal constructed 
of some material that has an ability to absorb neu- 
trons. One of the metals most commonly used in the 
manufacture of control rods is cadmium. 


The purpose of control rods is to maintain the 
ratio of neutrons used up in fission compared to neu- 
trons produced during fission at about 1:1. In such a 
case, for every one new neutron that is used up in 
causing a fission reaction, one new neutron becomes 
available to bring about the next fission reaction. 


The problem is that the actual ratio of neutrons 
produced to neutrons used up in a fission reaction is 
closer to 2:1 or 3:1. That is, neutrons are produced so 
rapidly that the chain reaction goes very quickly and is 
soon out of control. By correctly positioning control 
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rods in the reactor core, however, many of the excess 
neutrons produced by fission can be removed from the 
core and the reaction can be kept under control. 


The control rods are, in a sense, the dial by which the 
rate of fission is maintained within the core. When the 
rods are inserted completely into the core, most neutrons 
released during fission are absorbed, and no chain reac- 
tion occurs. As the rods are slowly removed from the 
core, the rate at which fission occurs increases. At some 
point, the position of the control rods is such that the 1:1 
ratio of produced to use up neutrons is achieved. At that 
point, the chain reaction goes forward, releasing energy, 
but under precise control of human operators. 


Reactor types 


In most cases, the purpose of a nuclear reactor is 
to capture the energy released from fission reactions 
and put it to some useful service. For example, the heat 
generated by a nuclear reactor in a nuclear power 
plant is used to boil water and make steam, which 
can then be used to generate electricity. The way that 
heat is removed from a reactor core is the basis for 
defining a number of different reactor types. 


For example, one of the earliest types of nuclear 
reactors is the boiling water reactor (BWR) in which the 
reactor core is surrounded by ordinary water. As the 
reactor operates, the water is heated, begins to boil, and 
changes to steam. The steam produced is piped out of 
the reactor vessel and delivered (usually) to a turbine 
and generator, where electrical power is produced. 


Another type of reactor is the pressurized water 
reactor (PWR). Ina PWR, coolant water surrounding 
the reactor core is kept under high pressure, prevent- 
ing it from boiling. This water is piped out of the 
reactor vessel into a second building where it is used 
to heat a secondary set of pipes also containing ordi- 
nary water. The water in the secondary system is 
allowed to boil, and the steam formed is then trans- 
ferred to a turbine and generator, as in the BWR. 


Some efforts have been made to design nuclear 
reactors in which liquid metals are used as heat transfer 
agents. Liquid sodium is the metal most often sug- 
gested. Liquid sodium has many attractive properties 
as a heat transfer agent, but it has one serious draw- 
back. It reacts violently with water and great care must 
be taken, therefore, to make sure that the two materials 
do not come into contact with each other. 


At one time, there was also some enthusiasm for 
the use of gases as heat transfer agents. A group of 
reactors built in Great Britain, for example, were 
designed to use carbon dioxide to move heat from the 
reactor to the power generating station. Gas reactors 
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have, however, proved technically troublesome and 
have not experienced much popularity in other nations. 


Applications 


At the end of World War II, great hopes were 
expressed for the use of nuclear reactors as a way of 
providing power for many human energy needs. For 
example, some optimists envisioned the use of small 
nuclear reactors as power sources in airplanes, ships, 
and automobiles. These hopes have been realized to 
only a limited extent. Nuclear powered submarines 
and aircraft carriers, for example, have become a prac- 
tical reality. But other forms of transportation do not 
make use of this source of energy (although NASA 
continues research into nuclear-powered rockets). 


Instead, the vast majority of nuclear reactors in 
use today are employed in nuclear power plants, where 
they supply the energy needed to manufacture electri- 
cal energy. In a power reactor, energy released within 
the reactor core is transferred by a coolant to an 
external building in which are housed a turbine and 
generator. Steam obtained from water boiled by reac- 
tor heat energy is used to drive the turbine and gen- 
erator, thereby producing electrical energy. 


Reactors with other functions are also in use. 
Reactors are also used to make plutonium and tritium 
for nuclear weapons. Enriched uranium—uranium 
with a high percentage of uranium-235—can also be 
used for making nuclear weapons. A breeder reactor is 
a type of reactor in which new reactor fuel (plutonium) 
is manufactured from uranium-238. By far the most 
common material in any kind of nuclear reactor is 
uranium-238. This isotope of uranium does not 
undergo fission and does not, therefore, make any 
direct contribution to the production of energy. But 
the vast numbers of neutrons produced in the reactor 
core do react with uranium-238 in a different way, 
producing plutonium-239 as a product. This pluto- 
nium-239 can then be removed from the reactor core 
and used as a fuel in other reactors. Reactors whose 
primary function it is to generate plutonium-239 are 
known as breeder reactors. 


Research reactors may have one or both of two 
functions. First, such reactors are often built simply to 
test new design concepts for the nuclear reactor. When 
the test of the design element has been completed, the 
primary purpose of the reactor has been accomplished. 


Second, research reactors can also be used to take 
advantage of the various forms of radiation released 
during fission reactions. These forms of radiation can 
be used to bombard a variety of materials to study the 
effects of the radiation on the materials. 
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KEY TERMS 


Chain reaction—An on-going process in which a 
neutron produced from fission enters a nearby 
nucleus, causes it to fission, and releases additional 
neutrons to continue the process. 


Electron volt—A unit for measuring energy. An elec- 
tron volt is the energy gained or lost by an electron as 
it passes through a potential difference of one volt. 


Generator—A device for converting kinetic energy 
(the energy of movement) into electrical energy. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Neutron—A subatomic particle that carries no 
electrical charge and that has a mass of zero. 


Nuclear fission—A reaction in which a larger 
atomic nucleus breaks apart into two roughly equal 
smaller nuclei. 


Nuclear fusion—A reaction in which two small 
nuclei combine with each other to from one larger 
nucleus. 


Turbine—A device consisting of a series of baffles 
mounted on a wheel around a central shaft used to 
convert the energy of a moving fluid into the energy 
of mechanical rotation. 


Nuclear reactors have experienced several notable 
failures to contain their radioactive contents, especially 
the Chernobyl disaster in Ukraine in 1986. Proponents 
of nuclear power argue that reactor dangers are exag- 
gerated by public fears; opponents of nuclear power 
argue that reactors remain intrinsically dangerous, 
and that the nuclear fuel cycle produces other dangers 
as well that make nuclear power an unwise option. 
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l Nuclear weapons 


Nuclear weapons are explosive devices that 
release nuclear energy. An individual nuclear weapon 
may have an explosive force equivalent to millions of 
tons (megatons) of trinitrotoluene (TNT, the chemical 
explosive traditionally used for such comparisons) and 
can completely destroy a large city. 


The destructive power of nuclear weapons derives 
from the core of the atom, the nucleus. One type of 
nuclear weapon, the fission bomb, uses the energy 
released when nuclei of heavy elements such as pluto- 
nium fission or split apart. Another, even more power- 
ful type of nuclear weapon, the fusion or hydrogen 
bomb, uses the energy released when nuclei of hydro- 
gen are fuse or unite. 


Nuclear devices have been produced in many sizes 
and for many purposes. Bombs are devices that can be 
dropped from airplanes; warheads can be delivered by 
missiles launched from land, air, or sea, or by torpe- 
does; artillery shells can be fired from cannon; mines 
can be placed on the land or in the sea. Some nuclear 
weapons are small enough to destroy only a portion of 
a battlefield and are called “tactical” others, as already 
mentioned, are large enough to destroy entire cities or 
other major targets and are called “strategic.” 


Unlike chemical explosives, nuclear weapons have 
had no peacetime uses. In the 1950s, the U.S. govern- 
ment briefly considered using nuclear weapons to blast 
artificial harbors in the Alaskan coastline but eventu- 
ally discarded the idea. As of late 2006, nuclear weap- 
ons were possessed by a number of nations, including 
the United States, France, Great Britain, China, India, 
Israel, Pakistan, the Russian Federation, and North 
Korea. 


The year 2006 was an active one for nuclear pro- 
liferation concerns: North Korea exploded its first 
nuclear device in October 2006. Also during 2006, the 
United States and European Union jointly asserted that 
Iran was seeking to develop nuclear technologies that 
could used in weapons production. Iran denied the 
claims and asserted that its nuclear programs were 
designed for the peaceful uses of atomic energy. 
Using a combination of inspection and remote mon- 
itoring (e.g., satellite imagery), The International 
Atomic Energy Agency (IAEA) in its August 2006 
Board summary asserted that that there were no indi- 
cation of reprocessing activities in Iran but also that 
“Iran has not addressed the long outstanding verifica- 
tion issues or provided the necessary transparency to 
remove uncertainties associated with some of its activ- 
ities. Iran has not suspended it enrichment related 
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activities; nor has Iran acted in accordance” with the 
provisions demanded by the international community 
with regard to transparency. 


Since their invention during World War II (1914— 
1918), as of 2006 nuclear weapons had been used only 
twice for non-test purposes. The United States used 
nuclear weapons against the Japanese cities of 
Hiroshima and Nagasaki near the end of World War 
II (1939-1945). Although U.S. officials at the time 
asserted that the use of nuclear weapons shortened 
the war and ultimately saved lives and substantial eco- 
nomic cost for both sides, the decision to use the atomic 
bomb has long been intensely and emotionally debated. 
U.S. Army Air Forces at the time of the bombings, 
Henry H. Arnold, later said that “it always appeared to 
us that, atomic bomb or no atomic bomb, the Japanese 
were already on the verge of collapse.” Moreover, most 
of the Japanese casualties were civilians. 


German physicist Albert Einstein (1879-1955) did 
not know it at the time, but when he published his 
Special Theory of Relativity in 1905 he provided the 
world with the basic information needed to build 
nuclear weapons. One aspect of Einstin’s work (embod- 
ied in the famous equation E=mc’) stated that the 
amount of matter of an object (i.e., its mass) is equiv- 
alent to a specific amount of energy. The exact amount 
of energy in an object equals its mass multiplied by the 
square of the speed of light. The speed of light is large— 
186,282 miles per second (300,000 km/sec)—so even a 
small piece of matter contains a vast amount of energy. 
A baseball-size sample of uranium-235, for example, 
can explode with as much energy as 20,000 tons of 
TNT—and this involves the conversion of only a tiny 
fraction of the uranium’s mass into energy. One pound 
of explosive material in a fission weapon is approxi- 
mately 100,000 times as powerful as one pound of 
TNT. Nuclear fusion weapons, developed in the 
1950s, are far more powerful even than this. 


As World War II approached, two German chem- 
ists, Fritz Strassmann (1902-1980) and Otto Hahn 
(1879-1968), pointed a stream of neutrons at a sample 
of uranium and succeeded in splitting the nuclei of some 
of its atoms. This splitting of nuclei is termed nuclear 
fission. The energy released through nuclear fission was 
the source of power for the first atomic bomb, which 
was built in the United States by a large team of scien- 
tists lead by U.S. physicist J. Oppenheimer (1904— 
1967). This secret research and development program 
was termed the Manhattan Project. 


The first atomic bomb was detonated in 
Alamogordo, New Mexico, on July 16, 1945. Three 
weeks later, on August 6, a United States bomber, the 
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Enola Gay, dropped a four-ton atomic bomb containing 
12 Ib (5.4 kg) of uranium-235 on the Japanese city of 
Hiroshima. Seventy thousand people died as a direct 
result of the blast. Within two months, nearly twice 
that many were dead from blast injuries and radiation. 
Three days later, on August 9, a bomb containing several 
pounds of plutonium was dropped on Nagasaki. Thirty 
thousand people died in the seconds following the explo- 
sion, and more later. The Japanese surrendered the next 
day, ending World War II. 


These first nuclear weapons were atomic bombs 
or A-bombs. They depended on the energy produced 
by nuclear fission for their destructive power. 
However, scientists like U.S. physicist Edward Teller 
(1908-2003) knew even before the first atomic bomb 
exploded that the fission weapons could be used to 
create an even more powerful explosive, now called a 
thermonuclear device, hydrogen bomb, or H-bomb. 
This weapon gets it power from the energy released 
when atoms of the hydrogen isotopes deuterium or 
trittum are forced together, a process called nuclear 
fusion. Starting a nuclear fusion reaction is even more 
complicated than setting off a fission atomic bomb; it 
requires such heat to initiate it that a fission bomb is 
used as a detonator to explode the fusion bomb. The 
United States tested its first hydrogen bomb on 
November 1, 1952. It exploded with the force of 10.4 
megatons (millions of tons of TNT equivalent). Three 
years later, the Soviet Union exploded a similar device. 


For the next 40 years, the United States, with its 
allies, and the former Soviet Union, with its allies, 
raced to build more nuclear weapons. Each side pro- 
duced tens of thousands of nuclear weapons. The end 
of the Cold War and the breakup of the Soviet Union 
in the early 1990s led to a significant decrease in the 
numbers of nuclear weapons in the world; however, 
the U.S. and the Russian Federation still possess thou- 
sands of nuclear weapons. 


How nuclear weapons work 


Conventional, chemical explosives get their power 
from the rapid rearrangement of chemical bonds, the 
links between atoms made by sharing electrons. In 
chemical explosives, atoms dissociate from other 
atoms and form new associations; this releases energy, 
but the atoms themselves do not change. Nuclear 
weapons are based on an entirely different principle. 
They derive their explosive power from changes in the 
structure of the atom itself, specifically, in the core of 
the atom, its nucleus. 


Atomic bombs use the energy released when nuclei 
of heavy elements split apart or fission. Uranium and 
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Nuclear weapons 


plutonium are the two elements that can be used as fuel 
for this type of weapon. When nuclei of these atoms are 
struck with rapidly moving neutrons, they are broken 
into two nearly equal size pieces. They also release more 
neutrons, which split more nuclei. This is called a chain 
reaction. If enough atomic nuclei split they will release 
enough neutrons to ensure that all the nuclei of all the 
atoms in a sample will be split. Enormous amounts of 
energy are then released in a fraction of a second. This 
release of energy is the power behind the atomic bomb. 


Uranium and plutonium are termed fissile materi- 
als because they can support a fission chain reaction if 
enough material is concentrated in one place. Too 
small a sample would not generate enough neutrons 
to keep the fission process going; for example, a 1-lb 
(.45-kg) sample of uranium-235, a sample about the 
size of a ping-pong ball, is not large enough to support 
a chain reaction. The atomic bombs used in World 
War II proved that 12 or so pounds (about 5.5 kg) of 
fissile material, larger than a ping-pong ball but still 
small enough to fit into a hand, is enough to maintain 
a chain reaction. The smallest amount of material that 
can support a chain reaction is called the critical mass. 


The instant enough bomb material is gathered 
together into a critical mass, a chain reaction begins. 
(At higher density, less mass is required.) This means 
that fissile material cannot be assembled in a critical 
mass until it is meant to explode. Therefore, the sam- 
ple of uranium or plutonium in an atomic bomb is 
separated into several pieces, each of which is below 
critical mass. To set the bomb off, the separated pieces 
of bomb material are rammed together to create a 
critical mass. One design for creating a critical mass 
involves firing a subcritical “bullet” of fissile material 
into a subcritical “target” of fissile material. Together, 
the bullet and the target create a critical mass that 
starts a chain reaction leading to a nuclear explosion. 


A different design was used to detonate the bomb 
dropped on Nagasaki. Plutonium was stored in one 
large but subcritical mass. It was compressed to a crit- 
ical density by means of surrounding chemical explo- 
sives. When the chemical explosive detonated, the blast 
forced the bomb material into a density that reached 
criticality. In either type of design, once criticality is 
reached the explosion follows in a millionth of a second. 


In order for nuclear fission to occur, a bomb must 
use heavy atoms (isotopes) for fuel. Heavy atoms have 
many nucleons—neutrons and protons—in their 
nuclei. When these heavy nuclei split apart they release 
energy (and neutrons, which may cause nearby heavy 
nuclei to split apart also). Another more powerful type 
of nuclear weapon uses forms of hydrogen as fuel. 
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Hydrogen has few subatomic particles in its nuclei— 
usually only a proton, but a proton plus a neutron in 
the isotope deuterium, and a proton plus two neutrons 
in the isotope tritium. Instead of splitting apart, these 
light atomic nuclei are forced together in high-speed 
collisions, a process called nuclear fusion. Energy is 
released when hydrogen nuclei fuse, forming helium. 
Fusion only occurs at temperatures of millions of 
degrees, such as exist in the hearts of stars. (The Sun 
and other stars generate their energy primarily by 
fusing hydrogen into helium.) On Earth only an 
atomic bomb can raise kilograms of material to such 
a temperature, which is why atomic bombs are used as 
detonators for hydrogen fusion bombs. 


Because hydrogen is lighter than uranium, more 
hydrogen atoms fit into a sample of the same weight. 
Thus, even though one fusion reaction releases less 
energy than one fission reaction, more hydrogen 
than uranium atoms can be packed into a nuclear 
weapon and many more fusion reactions can take 
place in the weapon than fission reactions can take 
place in a fission bomb. Fusion weapons, therefore, 
produce bigger explosions than fission weapons of the 
same physical bulk. 


By 1954, a new feature had been added to the 
hydrogen bomb to create an even more dangerous 
weapon. Like earlier hydrogen bombs, this weapon 
was detonated with the explosion of an atomic or 
fission weapon. This raised temperatures enough to 
cause the hydrogen atoms in the bomb to fuse and 
explode like a regular hydrogen bomb. The designers 
also enclosed this new bomb in a shell of uranium-238. 
Neutrons released from the fusion of hydrogen caused 
the uranium-238 in the surrounding jacket to undergo 
fission, adding to the power of the blast. This new 
device was, in effect, a fission-fusion-fission bomb. 


The power or “yield” of a nuclear weapon is 
expressed in terms of how much TNT would be 
required to equal the weapon’s blast. Units of kilotons 
(thousands of tons) and megatons (millions of tons) of 
TNT are used to describe nuclear blasts. 


Effects of nuclear weapons 


Nuclear weapons produce two important effects 
that are also produced by conventional, chemical 
explosives: they release heat and generate shock 
waves, pressure fronts of compressed air that smash 
objects in their paths. The heat released in a nuclear 
explosion creates a sphere of burning, glowing gas that 
can range from hundreds of feet to miles in diameter, 
depending on the power of the bomb. This fireball emits 
a flash of heat that travels outward from the site of the 
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explosion (ground zero), the area directly under the 
explosion. This heat can cause second degree burns to 
bare human flesh miles away from the blast site if the 
bomb is large enough. (Although this heat can start 
fires, it seems that much of the fire damage in 
Hiroshima and Nagasaki following the nuclear explo- 
sions resulted from damaged electrical, fuel, gas, and 
other systems following physical damage caused by the 
shock or blast wave that accompanied the explosion.) 


The explosion of a nuclear weapon creates a shock 
wave or front of moving air thousands of times more 
powerful than any produced by any storm, destroying 
objects in its path. Many nuclear weapons are 
designed to be detonated high above their targets to 
take advantage of this shock effect. The more power- 
ful the bomb, the higher in the sky it is usually 
intended to be detonated. The fission bombs dropped 
on Japan (Hiroshima, 13.5 kilotons; Nagasaki, 22 
kilotons) exploded between 1,500 and 2,000 ft (458— 
610 m) above their targets. A bomb with the power of 
10 megatons is capable of destroying most houses 
within a distance of more than 10 miles (16 km) from 
the blast site. 


Unlike conventional explosives, nuclear devices 
can also release significant amounts of radioactivity 
and pulses of electromagnetic energy. Radioactivity is 
the release of fast particles and high-energy photons 
from unstable atomic nuclei. Besides the greater explo- 
sive power of nuclear weapons, radiation is the pri- 
mary feature that most clearly distinguishes chemical 
from nuclear explosions. Radiation can kill outright at 
high doses and cause illnesses, including cancer, at 
lower doses. The initial burst of radiation during a 
nuclear explosion is made up of x rays, gamma rays, 
and neutrons. The energy of this radiation is so high 
that it can often penetrate buildings. Later, radioac- 
tive materials contaminate the explosion site and often 
enters the atmosphere where it can travel thousands of 
miles before falling back to earth. This source of radi- 
ation is called radioactive fallout. Radioactive fallout 
can harm living things for years following a nuclear 
explosion. Fission bombs and fission-fusion-fission 
bombs produce more fallout than hydrogen bombs 
because the fusion of hydrogen atoms generates less 
radioactive byproducts than does fission of uranium 
or plutonium. 


Electromagnetic pulses (EMPs) are also produced 
by nuclear weapons that are exploded at high alti- 
tudes, and are caused by the interaction of radiation 
from the explosion with electrons in the atmosphere 
and with the Earth’s magnetic field. EMPs are essen- 
tially powerful radio waves that can destroy many 
electronic circuits. 
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The effects of fires and destruction following a 
large-scale nuclear war might even change the climate 
of the planet. In 1983, a group of scientists including 
U.S. astronomer Carl Sagan (1934-1996) published 
the “nuclear winter” theory, which suggested that par- 
ticles of smoke and dust produced by fires caused by 
many nuclear explosions would, for a time, block the 
Sun’s rays from reaching the surface of Earth. This, in 
turn, would reduce temperatures and change wind 
patterns and oceancurrents. These climatic changes, 
according to the theory, could destroy crops and lead 
to the death by famine of many more animals and 
humans than were killed outright by nuclear explo- 
sions. Some scientists have challenged these predic- 
tions, but others, including some United States 
government agencies, support them. On the other 
hand, there is no controversy about whether a large- 
scale nuclear war could kill hundreds of millions of 
people and imperil the future of modern civilization, 
even apart from nuclear winter effects. 


Nuclear weapons today 


Today nuclear weapons are built in many sizes 
and shapes not available in the 1940s and 1950s, and 
are designed for use against many different types of 
military and civilian targets. Some weapons are less 
powerful than 1,000 tons of TNT (kilotons), while 
others have the explosive force of millions of tons of 
TNT (megatons). Small nuclear shells exist that can be 
fired from cannons. Nuclear warheads mounted on 
missiles can be launched from land-based silos, ships, 
submarines, trains, and large wheeled vehicles. Several 
warheads can be fitted into one missile and directed to 
different targets in the same geographic area upon 
reentry into Earth’s atmosphere. These multiple inde- 
pendently-targeted reentry vehicles (MIRVs) can 
release ten or so individual nuclear warheads far 
above their targets, making enemy interception more 
difficult and increasing the deadliness of each individ- 
ual missile. 


In general, nuclear weapons with “low” yields 
(that is, in the kiloton, rather than the megaton, 
range) are termed “tactical” and are designed to be 
used in battle situations against specific military tar- 
gets, such as a concentration of enemy troops or tanks, 
a naval vessel, or the like. These weapons are termed 
tactical because the word tactics, in military jargon, 
refers to the relatively small-scale maneuvers under- 
taken to win particular battles. Larger nuclear weap- 
ons are classed as “strategic” because the word 
strategy refers to the large-scale maneuvers under- 
taken to win whole wars. Strategic nuclear weapons 
are targeted mostly at cities and at other nuclear 
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KEY TERMS 


Atomic bomb—An explosive weapon which uses 
uranium—235 or plutonium as fuel. Its tremendous 
destructive power is produced by energy released 
from the “splitting of atoms” or nuclear fission. 
Also called A-bomb, atom bomb, or fission bomb. 


Hydrogen bomb—An nuclear explosive weapon 
which uses hydrogen isotopes as fuel and an atom 
bomb as a detonator. More powerful than an atom 
bomb, the Hydrogen bomb derives its destructive 
power from energy released when nuclei of hydro- 
gen are forced together to form helium nuclei in a 
process called nuclear fusion. Also called H-bomb 
or Thermonuclear bomb. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Nuclear fission—‘Splitting the atom.” A nuclear reac- 
tion in which an atomic nucleus splits into fragments 
with the release of energy, including radioactivity. 


Nuclear fusion—A nuclear reaction in which an 
atomic nucleus combines with another nucleus and 
releases energy. 


weapons, and are mostly designed to be dropped by 
bombers or launched on ballistic missiles; tactical 
nuclear weapons are delivered by smaller devices 
over shorter distances. However, one nation’s “tacti- 
cal” warhead may be another’s “strategic” warhead: 
Russia, for example, maintains that U.S. tactical war- 
heads in Western Europe are in fact strategic war- 
heads, since they can strike targets inside Russia 
itself, while Russian “tactical” warheads in the same 
arena cannot strike the U.S. heartland. 


In the summer of 2002, President George W. 
Bush’s administration sought and received permission 
from Congress to design a new class of nuclear weap- 
ons: “mini-nukes,” relatively low-yield tactical nuclear 
weapons for use against underground bunkers and 
other small battlefield targets. Advocates of these 
new weapons point to the uniquely powerful, compact 
“punch” that can be delivered by a nuclear weapon; 
critics argue that even a small nuclear weapon may 
cause many civilian casualties, and, more important, 
that actual use of a nuclear weapon of any size would 
break the taboo on such use that has held since the end 
of World War II, making the use of larger, more 
destructive nuclear weapons more likely in future 
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Nuclear weapon—A bomb or other explosive that 
derives it explosive force from the release of 
nuclear energy. PlutoniumA heavy, rare natural 
element that undergoes fission in a nuclear bomb. 
It is produced artificially by bombarding uranium— 
238 with neutrons. The addition of one neutron 
to the nucleus of uranium—238 changes it into 
plutonium—239 which is called ‘“weapons grade 
plutonium,” the most efficient form for making 
weapons. 


Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 


Radioisotope—A type of atom or isotope, such as 
strontium-90, that exhibits radioactivity. 


TNT—Trinitrotoluene, a high explosive. 


Uranium—A heavy natural element found in nature. 
More than 99% of natural uranium is a form called 
U-238. Only U-235 readily undergoes fission and it 
must be purified from the other form. 


conflicts. Also, nations that currently do not have 
nuclear weapons might be motivated to obtain them 
if they saw that the United States or some other power 
was willing to use them for ordinary war-fighting. 


Even the ability of nuclear weapons to release 
radioactivity has been exploited to create different 
types of weapons. “Clean bombs” are weapons 
designed to produce as little radioactive fallout as 
possible. A hydrogen bomb without a uranium jacket 
would produce relatively little radioactive contamina- 
tion, for example. A “dirty bomb” could just as easily 
be built, using materials that contribute to radioactive 
fallout. Such weapons could also be detonated near 
Earth’s surface to increase the amount of material that 
could contribute to radioactive fallout. “Neutron” 
bombs originally designed to be used against Soviet 
forces in areas of Europe with cultural treasures (art 
museums, etc.) are able to shower battle fields with 
deadly neutrons that can penetrate buildings and arm- 
ored vehicles without destroying them. Any people 
exposed to the neutrons, however, would die. 
(Neutron bombs also destroy with blast effects, but 
their deadly radiation zone extends far beyond their 
blast area) 
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The United States and Russia signed a Strategic 
Arms Reduction Treaty in 1993 to eliminate two thirds 
of their nuclear warheads in ten years. By 1995, nearly 
2,500 nuclear warheads had been removed from bomb- 
ers and missiles in the two countries, according to U.S. 
government officials. (“Elimination,” in this context, 
does not necessarily mean dismantlement; many of the 
weapons that have been “eliminated” by treaty have 
actually been put in storage, not destroyed. As of 2006, 
approximately 28,000 intact nuclear weapons remained 
in the possession of Russia and the United States.) 
Although thousands of nuclear weapons still remain 
in the hands of many different governments, especially 
those of the U.S. and the Russian Federation, recent 
diplomatic trends have at least helped to lower the 
number of nuclear weapons in the world. This has 
caused many people to erroneously assume that the 
danger of nuclear weapons evaporated with the end of 
the Cold War. 


However, the number of nations possessing 
nuclear weapons continues to increase, and the possi- 
bility of nuclear weapons being used against human 
beings for the first time since World War II may be 
larger than ever. In May, 1995, more than 170 members 
of the United Nations agreed to permanently extend 
the Nuclear Non-Proliferation Treaty, first signed in 
1960. Under terms of the treaty, the five major coun- 
tries with nuclear weapons—the United States, Britain, 
France, Russia, and China—agreed to commit them- 
selves to eliminating their arsenals as an “ultimate” 
goal. The other 165 signatory nations agree not to 
acquire nuclear weapons. Israel, which many Western 
intelligence assert possesses some nuclear weapons (but 
officially denies doing so), did not sign the treaty. Two 
other nuclear powers, India and Pakistan, also refused 
to renounce nuclear weapons. India and Pakistan, each 
of which probably possess several dozen nuclear weap- 
ons, have fought a number of border wars in recent 
decades, and in 2002 came frighteningly close, as many 
observers thought, to fighting a nuclear war. As men- 
tioned above, North Korea became the world’s most 
recent confirmed nuclear power in October, 2006. 


See also Nuclear power; Nuclear reactor. 
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| Nuclear winter 


Nuclear winter is a global climate event predicted 
in the 1980s by some scientists: after a nuclear war (the 
theory goes), prolonged, worldwide cooling and dark- 
ening would be caused by sunlight-blocking smoke 
and soot entering the atmosphere. The term “nuclear 
winter” was coined by American astronomer Carl 
Sagan (1934-1996) and his colleagues in their 1983 
article (later referred to as the TTAPS study, from 
the authors’ initials). This article was the first one to 
take into consideration not only the direct damage, 
but also the indirect effects of a nuclear war. 


During the Cold War concern about the use of 
nuclear weapons initially concentrated on initial blast 
damage and the dangers of radioactive fallout. 
Subsequently, researchers began to explore the possi- 
ble environmental effects of nuclear war. 


The basic assumption during a nuclear war is that 
the exploding nuclear warheads would create huge 
fires, resulting in smoke and soot from burning cities 
and forests being emitted into the troposphere in vast 
amounts. This would block the sun’s incoming radia- 
tion from reaching the surface of Earth, causing cool- 
ing of the surface temperatures. The smoke and soot 
soon would rise because of their high temperature, 
allowing them to drift at high altitudes for weeks with- 
out being washed out. Finally, the particles would 
settle in the Northern Hemisphere mid-latitudes as a 
black particle cloud belt, blocking sunshine for several 
weeks. 


The ensuing darkness and cold, combined with 
nuclear fallout radiation, would kill most of Earth’s 
vegetation and animal life, which would lead to star- 
vation and diseases for the human population surviv- 
ing the nuclear war itself. At the same time, the upper 
troposphere temperatures would rise because the 


3043 


49}UIM Je3jONN 


Nucleic acid 


smoke would absorb sunlight and warm it up, creating 
a temperature inversion, which would keep smog at 
the lower levels. Another predicted consequence is 
that nuclear explosions would produce nitrogen 
oxides, which would damage the protective ozone 
layer in the stratosphere, thus allowing more ultra- 
violet radiation to reach Earth’s surface. 


Although the basic findings of the original 
TTAPS study have been confirmed by later reports, 
some later studies report a lesser degree of cooling 
would occur, and only for weeks instead of the initially 
estimated months. According to different scenarios, 
depending on the number of nuclear explosions, their 
spatial distribution, targets, and many other factors, 
this cloud of soot and dust could remain for many 
months, reducing sunlight almost entirely, and 
decrease average temperatures to well below freezing 
over a majority of the densely inhabited areas of the 
Northern Hemisphere. 


In contrast, some climate models posit a “nuclear 
summer,” predicting that a worldwide warming would 
follow a nuclear war because of the many small con- 
tributions to the greenhouse effect from carbon diox- 
ide, water vapor, ozone, and various aerosols entering 
the troposphere and stratosphere. 


Opponents of the nuclear winter theory argue that 
there are many problems with the hypothesized sce- 
narios either because of the model’s incorrect assump- 
tions (e.g., the results would be right only if exactly the 
assumed amount of dust would enter the atmosphere, 
or because the model assumes uniformly distributed, 
constantly injected particles). Other critics of the 
nuclear winter scenario point out that the models 
used often to not include processes and/or feedback 
mechanisms that may moderate or mitigate the initial 
effects of nuclear blasts on the atmosphere (e.g., the 
moderating effects of the oceans). 


The nuclear winter scenario remains scientifically 
controversial because the exact level of atmospheric 
damage, along with the extent and duration of subse- 
quent processes cannot be agreed upon with full 
confidence. 


What all scenarios and models forecast is that a 
nuclear war would have a significant effect on the atmos- 
phere and climate of Earth, and consequently, would 
drastically and negatively affect many aspects of life 
such as food production and energy consumption. In 
any case, a global thermonuclear war would already 
have killed most human beings through the direct explo- 
sive effects of the weapons and the destruction of the 
food-production and distribution industries. 


See also Atmospheric circulation. 
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l Nucleic acid 


Two nucleic acids, deoxyribonucleic acid (DNA) 
and ribonucleic acid (RNA), are found in living things 
which serve to store, translate, and pass on the genetic 
information of an organism to the next generation. 
Nucleic acids are universal to all life, in eukaryotic 
and prokaryotic cells, as well as in viruses. The mito- 
chondria of eukaryotic cells also contain some DNA, 
known as mitochondrial DNA. 


Nucleic acids have a special physical structure that 
lets them be the information chemicals of living things. 
DNA and RNA are both giant molecules consisting of 
long chains of small, repeating chemical units called 
nucleotides joined together like the box cars of a train. 
Each nucleotide unit carries a single piece of informa- 
tion, corresponding to an individual letter in a word; 
when nucleotides are strung together in long chains, the 
nucleic acids contain messages corresponding to words 
and sentences. The information in the genes (lengths of 
nucleic acid) in the nucleus is translated by cells into 
polypeptides and proteins in the cytoplasm. The cell 
then can read these “words” and know what to do. 


Proteins are important because they make up cell 
structure and because they function as enzymes, which 
are catalysts which control the various biochemical 
pathways in cell metabolism. 


There are important differences between the two 
nucleic acids. DNA has two long chains, or strands, of 
nucleotides that mirror each other and which are 
arranged in a double helix format. RNA has a single 
strand. Furthermore, the four bases of the nucleotides 
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of DNA are adenine, cytosine, guanine, and thymine, 
while those of RNA lack thymine, which is substituted 
by uracil. The DNA, copies of which are found in 
every cell of the body, represents the permanent copy 
of an organism’s entire genetic information, which is 
passed on to the next generation. The RNA is never 
more than a temporary copy of a small fraction of the 
information. There are three types of RNA: messenger 
RNA (mRNA), transfer RNA (tRNA), and riboso- 
mal RNA (rRNA). DNA serves as the master set of 
blueprints for all of an organism’s functions, and 
RNA acts as the specialist that interprets a small por- 
tion of these instructions for use in the cells and tissues 
of the organism. In short, living organisms use the 
nucleic acid DNA to preserve their biological infor- 
mation and the nucleic acid RNA to access it. 


See also Chromosome; Gene; Genetics. 


il Nucleon 


Nucleon is a generic word for the heavy particles 
that make up the atomic nucleus: the protons and 
neutrons. It is like the generic word fruit, used to 
include apples, oranges, and many others, except 
that the class of nucleons contains only two members. 


The nucleon number of a nucleus is just another 
term for mass number; it is simply the total number of 
nucleons in the nucleus. In the symbol for a particular 
kind of nucleus, the nucleon number or mass number 
is written to the upper left of the symbol of the 
element. For example, the symbol for a nucleus of 
carbon-14, the isotope of carbon that contains six 
protons (because all carbon nuclei do) plus eight neu- 
trons for a total of 14 nucleons, is 'C. 


The use of the ending -on for the names of sub- 
atomic particles began with electron, a word that was 
coined in 1891 by the Irish physicist George J. Stoney 
(1826-1911) by modifying the word electric to come up 
with a name for the basic unit of electricity. This was 
six years before J. J. Thomson (1856-1940) actually 
measured the electron as a particle. 


After Ernest Rutherford (1871-1937) discovered 
the atomic nucleus in 1911, he proposed the name 
proton for the very lightest of all nuclei: the nucleus 
of the ordinary hydrogen atom. Proto- is Greek for 
first. In 1932, when James Chadwick (1891-1974) dis- 
covered another particle in the nucleus that was very 
similar to the positive proton except that it was electri- 
cally neutral, it was natural for him to call it a neutron. 
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It was then equally natural to call both nuclear par- 
ticles nucleons, especially when nuclear theory began 
to treat the proton and the neutron as two different 
states of the same fundamental particle. 


Nucleons are no longer thought to be the ultimate 
nuclear particles, however. Current theory says that 
each proton and neutron is made up of a trio of 
fundamental particles called quarks—particles that 
are thought to be the truly basic entities in nuclear 
matter. The proton is thought to consist of two quarks 
of charge + 2/3 each (called up quarks) and one quark 
of charge -1/3 (called down quarks). The charge of the 
whole proton, which is + 1, is the sum of the charges of 
its quarks: two times + 2/3 and one times -1/3 make 
+ 3/3 or + 1. The neutron, on the other hand, consists 
of one up quark of charge + 2/3 and two down quarks 
of charge -1/3 each. The neutron’s net charge of zero 
comes from the charges of its quarks: one times + 2/3 
and two times -1/3 make zero. 


l Nucleus, cellular 


The nucleus is a large membrane-bound cell 
organelle which houses the chromosomes and which 
occupies roughly 10% of the volume of all eukaryotic 
cells. The nucleus is separated from the rest of the cell 
and the cytoplasm by a double membrane known as 
the nuclear envelope. The outer layer of the nuclear 
membrane is studded with small openings called 
nuclear pores, which allow for the controlled move- 
ment of selected molecules in and out of the nucleus. 
Most of a eukaryotic cell’s DNA is found in the chro- 
mosomes of the nucleus, while a very small amount of 
DNA is present in the mitochondria. All plant and 
animal cells with a nucleus and known as eukaryotic 
cells, (meaning true nucleus) while bacterial cells 
which lack a nucleus are known as prokaryotic cells. 


Nuclear structures 


The DNA-containing nucleus has been described 
as a balloon filled with thick solution with a fibrous 
mesh which holds the DNA in place and which moves 
molecules about. 


The major components of the nucleus include the 
chromosomes, the nucleolus, the nucleoplasm, and 
the nuclear cortex. Chromosomes are made of DNA; 
the nucleolus manufactures ribosomal components; 
and the nucleoplasm is the fluid and filaments inside 
the nucleus. The nuclear cortex is a dense area on the 
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KEY TERMS 


Cytoplasm—All the protoplasm in a living cell that 
is located outside of the nucleus, as distinguished 
from nucleoplasm, which is the protoplasm in the 
nucleus. 


Genetic code—tThe blueprint for all structures and 
functions in a cell as encoded in DNA. 


Organelle—Membrane-bound structures within 
the cell which have specific functions. Some organ- 
elles are mitochondria, chloroplasts, nuclei, and 
lysosomes. 


Ribosomes—A protein composed of two subunits 
that functions in protein synthesis. 


inner face of the nucleus, which tethers the chromo- 
somes in place when the cell is not undergoing division. 


Not all cells have a nucleus. Bacterial cells lack a 
nucleus and so do the red blood cells of mammals. Red 
blood cells (or corpuses) need to be flexible enough to 
get into tiny capillaries to deliver oxygen and nutrients 
to the cells. Some cells have more than one nucleus 
(multinucleated), for example, nutrient-providing cells 
in the garden pea plant and lilies both have some 
multi-nucleated, nutrient-providing cells. The long, 
tube-like skeletal muscle cells in vertebrates are also 
multinucleated. 


Nuclear functions 


The nucleus is the core of a eukaryotic cell. Its 
primary function is to separate events inside from the 
cytoplasm outside. This separation of space and time 
supports the careful choreography of the detailed 
molecular dance happening inside the nucleus. 


A non-dividing nucleus (in a state) “resting,” is 
actually making the molecules which allow the rest of 
the cell to function. One of the most important events 
taking place in the nucleus is transcription, which is 
the transfer of the instructions on the DNA to the 
RNA. DNA 1s a stable store of genetic information, 
which must be transcribed (via RNA molecules) to 
construct the proteins coded in its blueprint. 


Messenger RNA makes a “mirror image” copy of 
a stretch of the DNA molecule and then moves RNA 
out of the nucleus through the nuclear pores into the 
cytoplasm. There the RNA locates the ribosomes 
where it consumes the protein products with the help 
of transfer RNA molecules. 
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Prior to cell division, the nucleus replicates itself 
so that the two new cells will each contain genetic 
information. Several nuclear enzymes coordinate the 
replication of DNA. During cell division, the nuclear 
envelope breaks down, and equal copies of DNA and 
cytoplasm are partitioned into two daughter cells. 
After division, the nuclear envelopes reform in each 
daughter cell around its own copy of DNA. This 
fundamental sequence of events allows for the contin- 
uation of eukaryotic life during embryonic develop- 
ment and cellular regeneration throughout life. 


See also Chromosome. 
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I Numbat 


Numbats are the sole members of the family 
Myrmecobiidae. “Mumbat” is the aborigine name 
for these small marsupial mammals, otherwise 
known as banded anteaters. They are slightly larger 
than rats and weigh about | lb (0.5 kg). Considered 
one of the most attractive marsupials, their general 
color varies from grayish brown to reddish brown, 
broken by several prominent white bars across the 
back and rump. A white-bordered dark stripe passes 
from the base of each ear through the eye to the snout. 
The tail length is about 7 in (17.7 cm), and when it is 
erect and fluffed it looks like a bottle brush. 


Numbats are active only in the daytime, and live 
in shrub woodland and eucalyptus forest. They search 
fallen branches and logs for termites, which they pick 
up with their slender, cylindrical, 4-in (10-cm) tongue. 
Although numbats do not chew their food, their small 
and widely spaced teeth number between 50 and 52, 
the largest number of teeth found in any marsupial. 
Numbats use hollow logs for shelter throughout the 
year and may dig burrows in the ground to take refuge 
from the cold. They are solitary for most of the year 
except when breeding or young are present. Generally, 
four young are born between January and May, 
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A numbat (Myrmecobius fasciatus). (Bill Bachman. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


attaching themselves to the nipples of the female, who 
lacks the typical marsupial pouch. 


Numbats were much more widespread in the past, 
and now occur only in the southwest portion of west- 
ern Australia. Destruction of their habitat for agricul- 
ture and predation by introduced foxes has 
contributed to their decline. Despite stabilization of 
their habitat and fox removal, numbat populations are 
currently small and scattered. Because they are con- 
sidered rare and vulnerable, breeding colonies have 
been established and some captive-bred animals have 
been returned to suitable habitat in the wild. 


I Number theory 


Number theory a branch of mathematics that 
studies the properties and relationships of numbers. 
Specifically, it deals with the natural, or counting 
numbers, including prime numbers. Number theory 
is important because the simple sequence of counting 
numbers from one to infinity conceals many relation- 
ships beneath its surface. 
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Prime and composite numbers 


One of the most important distinctions in number 
theory is between prime and composite numbers. 
Prime numbers can only be divided evenly (with noth- 
ing left over) by 1 and themselves. Prime numbers 
include 2, 3, 5, 7, 11, 13, 17, and so on to infinity. 
The number | is not considered a prime. All primes are 
odd numbers except for 2, because any even number 
can be divided evenly by 2. 


A composite number can be divided, or factored, 
into two or more prime numbers in addition to 1 and 
itself. Ten is a composite number because it can be 
divided by 2, 5, 1, and itself. The numbers 2 and 5 are 
the prime factors of 10. Any whole number that is not 
a prime is a composite. 


One difference between prime and composite 
numbers is that it takes relatively little time to deter- 
mine if a number is prime, but far longer to determine 
the prime factors of a composite number, especially if 
the composite is very large (100 digits or more). This 
discrepancy in computation time is important in devel- 
oping computer security systems. 


Prime numbers do not occur in a predictable way. 
There are sequences of primes which can be partially 
described in a formula, but sooner or later the formula 
breaks down. One formula, invented by French phi- 
losopher and mathematician Marin Mersenne (1588— 
1648) is 2? - 1, where p is a prime number. Although 
this formula generates many primes, it also misses 
many primes. Another formula, invented by Swiss 
mathematician and physicist Leonhard Euler (1707— 
1783), generates prime numbers regularly for the series 
of consecutive numbers from 0 to 15 and then stops. 
The formula is x” + x + 17, in which x is any number 
from 0 to 15. 


Famous formulas in number theory 


Number theory is full of famous formulas that 
illustrate the relationships between whole numbers 
from 1 to infinity. Some of these formulas are very 
complicated, but the most famous ones are very sim- 
ple, for example, the theorem by Fermat below that 
proves if a number is prime. 


Fermat’s theorem 


French mathematician Pierre de Fermat (1601— 
1665) is one of the most famous number theoreticians 
in history, but mathematics was only his hobby. 
Fermat was a judge in France, and he published very 
little during his life. He did correspond extensively 
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with many leading intellectuals of his day, and his 
mathematical innovations were presented to these 
pen pals in his letters. 


One of Fermat’s many theorems provides a quick 
way of finding out if a number is prime. Say n is any 
whole number, and p is any prime number. Raise n to 
the power of p, and then subtract n from the result. If p 
is really a prime number, then the result can be divided 
evenly by p. If anything is left over after the division, 
then the number p is not prime. A shorter way of putting 
this formula is this: n? - n can be divided evenly by p. 


Here is a simple illustration of Fermat’s theorem. 
Letn = 8andp = 3. If Fermat’s theorem is right, then 
8° - 8 must be divisible by 3. Multiply 8 by itself three 
times (8 x 8 x 8): the product is 512. Subtract 8 from 
512: the result is 504. Divide 504 by 3: the result is 168. 
Fermat’s theorem works for any whole numbers that 
meet the conditions of the formula. 


Gauss and congruence 


German mathematician Karl Friedrich Gauss 
(1777-1855) made many contributions to pure and 
applied mathematics. He was born to poor parents in 
Germany. His high intelligence was noticed early and 
nurtured by his mother and uncle, but his father never 
encouraged Gauss in his education. 


One of Gauss’s most important contributions to 
number theory involved the invention of the idea of 
congruence (or agreement) in numbers and the use 
of what he called “modulos” or small measures or 
sets of numbers. In effect, his theory of congruence 
allows people to break up the infinite series of whole 
numbers into smaller, more manageable chunks of 
numbers and perform computations upon them. This 
arrangement makes the everyday arithmetic involved 
in such things as telling time much easier to program 
into computers. 


Gauss said that if one number is subtracted from 
another (a - 5), and the remainder of the subtraction 
can be divided by another number, m, then a and b are 
congruent to each other by the number m. Gauss’s 
formula is as follows: a is congruent to b modulo c. 
For example, 720 - 480 = 240. The remainder, 240, 
can be divided by 60, 20, 10, and other numbers. 
However, for this purpose, only 60 will be applied. 
Using Gauss’s expression, 720 is congruent to 480 by 
modulo 60. That is, both 720 and 480 are related to a 
third number (the remainder after 480 is subtracted 
from 720), which can be multiplied by 60. 


In an abstract sense, this computation is related to 
such everyday arithmetic functions as telling the time 
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of day on a digital watch. When the watch tells the 
time, it does not say “240 minutes past noon.” It says 
“4 o’clock” or “4:00.” To express the time of day, the 
digital watch uses several kinds of modulos (or small 
measures) that have been used for centuries: 60 
minutes in an hour, 12 hours in the a.m. or p.m. of a 
day, and so on. If the watch says it is 4:00 in the 
afternoon, then, from one frame of reference, it has 
subtracted 480 minutes from the 720-minute period 
between 12 noon to midnight. What remains is 240 
minutes past noon. That is, 720 - 480 = 240. The 
remainder, 240, can be divided evenly by the modulo 
60 (and by other numbers which will be ignored). 


When one tells the time every day, however, peo- 
ple do not use Gauss’ terminology. Clocks are already 
divided into modulos and one simply notes the hour 
and how many minutes come before or after the hour. 
The importance of Gauss’s congruence theory is that 
he created the formulas that allowed an immense vari- 
ety of arithmetic actions to be performed based on 
different sets of numbers. 


Famous problems in number theory 


Number theory is an immensely rich area and it is 
defined by the important problems that it tries to 
solve. Sometimes a problem was considered solved, 
but years later the solution was found to be flawed. 
One important challenge in number theory has been 
trying to find a formula that will describe all the prime 
numbers. To date, that problem has not been solved. 
Two of the most famous problems in number theory 
involve Fermat. 


Fermat’s failed prime number formula 


Many mathematicians, including Mersenne and 
Euler, have tried to find a formula that will define all 
the prime numbers. No one has ever succeeded. 


Fermat had one of the most famous failures. He 
thought that if he squared 2 and then raised the square 
of 2 to a higher power, which he labeled n (a whole 
number), then the results would be nothing but 
primes. His formula looks like this: 32" + 1 = [a 
prime number]. This formula appeared to work until 
Leonhard Euler proved it wrong. Euler found that if 5 
is substituted for n in the formula »2n + 1, the result- 
ing number is 4,294,967,297, which can be divided 
equally by 641 and 6,700,417. 


Fermat’s last theorem 
Fermat wrote his famous Last Theorem in the 


margin of a book some time in the late 1630s. He 
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said that the equation x" + y” = z" has no solutions in 
whole numbers if n is greater than 2. Mathematicians 
have been trying to prove or disprove this theorem for 
centuries. Princeton University professor Andrew J. 
Wiles apparently had proved it correct but later flaws 
were found in his proof. By late 1994, Wiles thought 
the flaws had been solved. Wiles announced in June 
1992 that he had proved Fermat right. In 1998, 
Christopher Breuil, Brian Conrad, Fred Diamond, 
and Richard Taylor proved that Wiles had indeed 
proved Fermat’s Last Theorem. 


Current applications 


Number theory was labeled the Queen of 
Mathematics by Gauss. For many years, it was 
thought to be without many practical applications. 
That situation has changed significantly in the twen- 
tieth century with the rise of computers. 


Prime and composite numbers play an important 
role in modern cryptography or coding systems. Huge 
volumes of confidential information (such as credit 
card numbers and bank account numbers) and large 
amounts of money are transferred electronically 
around the world every day, all of which must kept 
secret. One of the important applications of number 
theory is keeping secrets. 


Using Fermat’s theorem, a computer can quickly 
compute if a number-even a large number-is prime. 
However, once a computer finds out that a number is 
not prime, it then takes a long time to find out what its 
factors are, especially if the number is a large compo- 
site (say 120 digits long). It can take years on a super- 
computer to find the prime factors of large composite 
numbers. 


This time gap between finding out if a number is 
prime and factoring the primes in a composite number 
is useful to cryptographers. To create a security sys- 
tem, they invent numerical codes for the letters and 
characters of a message. Then they use an encoding 
algorithm (a series of steps to solve a problem) to turn 
a message into a long number. If the message is more 
than a certain length, say 100 characters, then the 
cryptography program breaks the message into blocks 
of 100 characters. Once the message is translated into a 
number, the program multiplies the number of an 
encoded message by a certain prime (which could be 
a 100-digit number) and by a composite number. The 
composite number is the product of two prime num- 
bers, which have been randomly selected and which 
must be in both the encoding algorithm of the sender 
and the decoding algorithm of the receiver. The prime 
numbers making up the composite number are usually 
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KEY TERMS 


Algorithm—Method for solving a numerical prob- 
lem consisting of a series of mathematical steps. 


Composite number—A number that can be divided 
into two or more prime numbers in addition to 1 
and itself. 


Congruence—The relationship between two num- 
bers if they have the same remainder when they are 
divided by a number. 


Cryptography—the study of creating and breaking 
secret codes. 


Factors—Numbers that are multiplied with other 
numbers to equal a product. In the multiplication of 
2 x 2=4, each 2 is a factor. In addition, factors are 
the numbers that result when numbers are divided. 
For example, 10 and 10 are factors of 100. 


Modulo—A number by which two other numbers 
can be divided to give the same remainder. 


Prime numbers—Numbers that can only be div- 
ided evenly by 1 and themselves. 


Product—The result of multiplying two or more 
numbers. Six multiplied by 7 gives the product of 42. 


Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


Whole numbers—tThe positive integers: 1, 2, 3, 
Beas 


quite long (100 digits and longer). When the message is 
transmitted from the sender to the receiver, some of 
the numbers are made public, but the primes that 
make up the composite number are kept secret. The 
decoding algorithm of the authorized person who 
receives the message only knows them. Anyone who 
is eavesdropping on the transmission will see many of 
the numbers, but without the prime numbers from the 
encoding and decoding programs, it is impossible to 
decode the message in any reasonable time. 


Computer cryptography systems are only one 
application of number theory. Other formulas of num- 
ber theory allow computer programs to find out many 
years in advance what days of the week will fall on what 
dates of the month, so that people can find out well in 
advance what day of the week Christmas or the Fourth 
of July will occur. Many computers have preinstalled 
internal programs that tell users when they last modi- 
fied a file down to the second, minute, hour, day of the 
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week, and date of the month. These programs work 
thanks to the formulas of number theorists. 
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I Numeration systems 


Numerals are symbols or groups of symbols that 
represents a number. For example, the symbols 12, 
twelve, and XII are different numerals that all repre- 
sent the same number. Numeration systems are struc- 
tured methods or procedures for counting in order to 
determine the total units in a collection. Numeration 
systems consist of counting bases (base 2, base 5, base 
10, base 20, etc.) and some form of representation. 
This representation might be as primitive as the hand 
signals used in aborigine cultures and in the trading 
pits of stock exchanges, or it could be written on paper 
or inscribed magnetically in an electronic medium like 
a computer hard-drive. 


Why numeration systems exist 


Numeration systems exist for three reasons: to 
identify, to order, and to tally. 


Numeration systems are used to identify people and 
property, because they preserve confidentiality, increase 
security, and minimize errors caused when there are 
many people with the same name or many identical 
objects in the same production run in a factory assembly 
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Base ten numerals 


tens = 10 

hundred = 100 

thousands = 1,000 

ten thousands = 10,000 
hundred thousands =100,000 
millions = 1,000,000 

ten millions = 10,000,000 
hundred millions 100,0000,0000 
billions = 1,000,000,000 


line. There are thousands of people named John Jones, 
and even if John Jones uses his middle initial, he can still 
be confused with another John Jones with the same 
initial. Thus, numeration systems are developed for 
credit cards, social security cards, bank accounts, serial 
numbers for products, and other reasons. These identi- 
fication numbers might be very long to defeat a criminal 
who is randomly guessing at numbers in order to steal 
from someone’s bank account or credit card account. 


Numeration systems also define a person or unit’s 
order in a series, for example, to determine who 
crosses a finish line in a race in first, second, or third 
place. Numbers that define order are known as the 
ordinal numbers (first, second, etc.) and contrast with 
the cardinal numbers (one, two, three, etc.) which 
express a tally or total of units. 


Finally, numeration systems are used to tally or 
total; to find out how many items or units are involved 
ina calculation involving addition, subtraction, multi- 
plication, or division. 


History 


No one knows exactly when ordered numeration 
systems began, but counting has been around for tens 
of thousands of years. A notched baboon bone dating 
back 35,000 years was found in Africa and was appa- 
rently used for counting. In the 1930s, a wolf bone was 
found in Czechoslovakia with 57 notches in several 
patterns of regular intervals. The bone was dated as 
30,000 years old and is assumed to be a hunter’s record 
of his kills. 


The earliest recorded numbering systems go back 
at least 3000 BC, when Sumerians in Mesopotamia 
were using a numbering system for recording business 
transactions, and Egyptians and people in ancient 
India were also using numbering systems around the 
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same time. The decimal, or base 10, numbering system 
goes back to at least 1800 BC, and decimal systems 
were common in European and Indian cultures from 
at least 1000 BC. One of the most important innova- 
tions in western culture was the development of the 
Hindu-Arabic notation system (1, 2, 3,... 9), which is 
the international standard today. The Hindu-Arabic 
system had been around for at least 2,000 years before 
the Europeans heard about it, and it has many impor- 
tant innovations. One of these was the place-holding 
concept of zero. Although the concept of zero as a null 
place holder had appeared in many cultures in differ- 
ent forms, the first actual written zero as is known 
today appeared in India in 876 AD. The Hindu- 
Arabic system was brought into Europe in the tenth 
century with Gerbert of Aurillac (945-1003), and it 
slowly and steadily began to replace Roman numerals 
d, U, Il, IV, ...) in Europe, especially in business 
transactions and mathematics. By the sixteenth cen- 
tury, Europe was well versed in the far simpler and 
more economical Hindu-Arabic system of notation, 
though Roman Numerals were still used, and are 
even used today. 


Numeration systems continue to be invented to 
this day, especially when companies develop systems 
of serial numbers to identify new products. The binary 
(base 2), octal (base 8), and hexadecimal (or base 16) 
numbering systems used in computers were exten- 
sively developed in the late 1950s for processing elec- 
tronic signals in computers. 


The bases of numeration systems 


The base of a numeration system is its frame of 
reference or the starting point on which it grounds its 
counting method. Although any numeration system 
must be abstract, the basic concept of number makes 
more sense to people if it has some obvious, immediate 
reference point in human experience. For that reason, 
many bases of numeration systems are founded upon 
the most obvious and immediate things in a person’s 
visual field: a person’s arms, hands, fingers, and toes. 
Common bases of numeration systems are the two 
arms of a person (base 2 system), the fingers of one 
hand (base 5 system), the fingers of both hands (base 
10 system), or the total of all a person’s fingers and 
toes (base 20 system). There are many other bases for 
numeration systems (base 4, base 7, base 8, base 16, 
etc.), but only a few will be discussed here. 


Base 2 


Although most base 2 numeration systems have now 
been replaced by decimal (or base 10) systems, the base 2 
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system was one of the most common numeration systems 
in ancient times. In a base 2 system, to indicate a number 
like three or four, the person says “two-and-one” or 
“two-and-two.” The number 10 is indicated with “two- 
and-two-and-two-and-two-and-two.” However, as a per- 
son counts to higher and higher numbers in a base 2 
system, it becomes harder and harder to remember 
one’s place in the long string of twos. Thus, as cultures 
grew more complex and needed to count to higher num- 
bers, base 2 systems became obsolete. 


Base 10 or decimal 


The base 10 or decimal system has now spread 
throughout the world and is the most commonly used 
numeration system today. The digits to the left and 
right of the decimal point are named according to their 
distance from the decimal. The first ten numbers, in 
their order of distance from the left of the decimal 
point are: 

These numbers continue indefinitely. To the right 
of the decimal point the numbers are one tenth, one 
hundredth, one thousandth, one ten-thousandth, one 
hundred-thousandth, one millionth, and so on. 


Base 60 


The base 60 system seems very strange to Western 
readers. From long habit, Westerners are accustomed 
to the decimal system, and it is easy to understand 
numbering systems based on two (arms), five (fingers), 
ten (fingers on both hands), and so on. However, the 
base 60 system survives in the time-measuring system 
of 60 seconds to a minute and 60 minutes to an hour. It 
also survives in angle measurement and in naviga- 
tional systems that measure longitude and latitude: 
60 seconds equal one minute of arc, 60 minutes equal 
one degree of arc, and 360 degrees of arc equal an 
entire circle. 


The base 60 system began with the Sumerians in 
Mesopotamia around 3000 BC. No one knows how it 
got started, though scholars speculate that it had 
something to do with the 60 to | ratio between the 
weights of the Sumerian measurement system. Others 
speculate that it was the result of the combining of a 
base 6 and base 10 numbering system. A rational 
explanation for using 60 as a base is that 60 can be 
divided evenly by 2, 3, 4, 5, and 6, which simplifies 
many computations. 


Place-value systems 


A place-value system assigns a certain value to the 
spatial location of a number in a series. For example, 
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Numeration systems 


in the decimal system, a number’s position relative to 
others in a series defines its category as being in the 
tens, hundreds, thousands, ten-thousands, and so on. 
In the number 1,234, the “4” occupies the slot repre- 
senting zero through 9, the “3” occupies the slot rep- 
resenting 10 through 99, the “2” occupies the slot 
representing 100 through 999, and the “1” occupies 
the slot representing 1000 through 9999. 


Place value systems are important because they 
make common arithmetic functions much more effi- 
cient. If people are to manipulate spatial symbols read- 
ily, they need a method that is simple, consistent, and 
symmetrical so that numbers can be lined up visually, 
and can be quickly grouped at a glance according to 
their value. Without the place values of the decimal 
system, simple arithmetic functions of addition, sub- 
traction, multiplication, and division are enormously 
difficult because they are intimidating, time-consum- 
ing, overly complicated, and prone to error. 


The Roman numeral system (I, II, I, IV, ...) 
lacks an efficient way to represent place, and it 
makes simple arithmetic functions very difficult to 
perform for most people. Compare below the simple 
process of adding 17, 38, and 3 in Roman numerals 
and Hindu-Arabic numerals. 


XVII 17 
XXXVII] 38 
I 3 
LVIII 58 


Most people who are familiar with Hindu-Arabic 
numbers find that adding the Roman numerals on the 
left is baffling. 


Although place-value systems make it easier for 
people to do arithmetic, they also help computers 
perform electronic computations at very fast speeds. 
A common place-value system used in computers is 
the binary number system, which is a base 2 system. 
The binary system has two values: “0” and “1.” These 
values correspond with the signals “high” and “low” 
in the electronic circuits of computers. Because these 
numbers are so simple, computers can process them 
electronically up to a trillion times per second, depend- 
ing on the speed of the computer. 


In the binary system, each place from right to left 
is valued at 2 times the place to its right. Thus, the first 
place can be zero or one, the second place to the left is 
valued at two, the third place to the left is valued at 
four, the fourth place to the left is valued at eight, and 
so on. The following list indicates the binary values of 
the first ten numbers of a decimal system: 
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KEY TERMS 


Arc—tThe continuous path described by a curved 
line. 


Base—The foundation or reference point upon 
which a counting system is built. 


Hindu-Arabic numbers—Although commonly 
called Arabic numerals, the numbering system rep- 
resented as 1, 2, 3, 4, ..., 9 represents a combina- 
tion of innovations from Arabic and Hindu (or 
Indian) cultures. 


Latitude—The lines that run east and west on a map 
that are used to measure the distance north and 
south of the equator. 


Longitude—The lines on a map that run perpendic- 
ular to the equator, which are used to measure 
distances east and west. 


Mesopotamia—The area in the ancient Middle East 
between the Tigris and Euphrates rivers, which is 
now in Iraq. 


Place-value—The location of a number relative to 
others in a sequence. In the decimal system the 
number 3 in the series 2,300 occupies the hundreds 
place. 


Roman numerals—The numbering system devel- 
oped during the Roman Empire: |, Il, Ill, IV, V, and 
so on. 


decimal binary 

0 
= 1 
= 10 
= 11 
= 100 
= 101 
110 
= 111 
= 1000 
= 1001 
= 1010 


oO 
I 


DOAN DU BWHN 
ll 


_ 


For example, the decimal number 3 above has two 
1s in its binary format. The 1 on the right in the binary 
format is equal to 1, because its place value can only be 
1 or 0. However, the | on the left in the binary format 
(for the decimal number 3) occupies the place that is 
valued at 2 in the binary system. Consider another 
example: look at the decimal number 10 as it is for- 
matted in the binary system: 1010. The fourth number 
(1) from the right occupies the place valued at 8; the 0 
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in the third place means it is valued at zero; the 1 in the 
second place from the right means it is valued at 2; and 
the 0 in the right-most place means zero. Thus, in the 
binary place-value system, 8 + 0 + 2+ 0 = 10. 


Although this system seems cumbersome to peo- 
ple who are used to the decimal notation system, it is 
perfectly suited for the ways that computers manipu- 
late electric currents to process large quantities of data 
at very fast rates. 
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| Nut 


A nut is a type of fruit. Like all fruits, a nut 
develops from the ovary of a mature, fertilized flower. 
A nut is thick, dry, hard, and partly or entirely 
enclosed by a husk. A nut is indehiscent, in that it 
does not open along a naturally occurring seam, and 
remains closed even when fully mature. 


A nut is a simple fruit, in that it is derived from the 
pistil of a single flower. Although a nut contains only 
one seed, the flower from which it develops has a com- 
pound ovary, with many ovules (immature and unfer- 
tilized seeds). Following fertilization, the other ovules 
of the flower undergo spontaneous abortion and die. 


Familiar nuts include acorns, hickory nuts, wal- 
nuts, and beechnuts. The word nut is also used 
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mistakenly to refer to the seeds or fruits of some 
other plants. Thus, pine nuts and peanuts are really 
seeds and not nuts. Brazil nuts and coconuts are really 
a different type of fruit, technically referred to as 
drupes, and not nuts. 


Most nuts have a large concentration of protein, 
and are an important food source for wildlife. Humans 
often eat nuts as well. Formerly, Native Americans 
would leach out the astringent tannins from acorns so 
they could be eaten. North Americans once prized the 
nuts of the American chestnut (Castanea dentata) as a 
food. However, these trees have been decimated by an 
introduced fungus, known as the Chestnut blight. Now, 
nuts of the sweet chestnut tree (Cadtomea sakua) are 
occasionally served instead. 


Peter A. Ensminger 


l Nuthatches 


Nuthatches are small, short-tailed, large-headed 
birds in the family Sittidae in the order Passeriformes, 
the perching birds. There are about 27 species of 
nuthatches, occurring on all continents except South 
America, Africa, and Antarctica. 


Most species of nuthatches are forest birds that 
clamber over the bark of trees seeking insects, spiders, 
and arthropod eggs. Nuthatches can climb in any direc- 
tion—including head-first down tree trunks—and even 
clamber upside-down beneath large limbs. The pre- 
ferred food is arthropods, but when these are not abun- 
dant (during autumn, winter, and spring), nuthatches 
eat fruits and seeds, including the relatively large nuts of 
trees, such as beech, oak, hazel, and chestnut. The edible 
matter of hard fruits such as acorns and hazelnuts can 
be rather difficult to extricate from their protective tis- 
sues. Some species of nuthatches accomplish this task by 
wedging the nut into a woody crevice and then hammer- 
ing it open using their relatively stout beak. Hence the 
origin of their common name, nuthatch. 


Two species of nuthatch, the brown-headed 
nuthatch of North America (Sitta pusilla) and the 
orange-winged sittella (Neositta chrysoptera) of 
Australia, are known to manipulate small twigs with 
their beaks for use in drawing insects within reach 
from deep in bark crevices or rotted wood. These are 
rare examples of the use of tools by birds. 
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A white-breasted nuthatch (Sitta carolinensis) at Kensington 
Metropark, Michigan. Nuthatches are often seen on the 
trunks of trees pointing downward in search of insects and 
larvae. (Robert J. Huffman. Field Mark Publications.) 


Nuthatches are not gregarious, although during 
winter they will sometimes flock with other small for- 
est birds, such as chickadees, tits, and kinglets. 
Presumably, this is done for reasons of safety, because 
flocks of small birds have a better chance of detecting 
predators early. 


Nuthatches defend territories, and are non-colo- 
nial breeders. The typical nuthatches (genus Sitta) nest 
in deep crevices or cavities in trees. The cavities may be 
natural, or the nuthatch may excavate it in soft, rotted 
wood. Most nuthatch species will also use an aban- 
doned cavity previously excavated by another species, 
such as a woodpecker, and they may also use nest 
boxes. If the entrance to a cavity is too large, 
Eurasian species of nuthatches will make the hole 
smaller, and safer, by plastering its edges with mud. 
North American nuthatches do not do this. 


Nuthatches have their greatest species diversity in 
central Asia, where there are 13 species, of which 12 are 
in the genus Sitta. There are four species of nuthatches 
in North America. The red-breasted nuthatch (Sitta 
canadensis) breeds widely in northern coniferous and 
mixed wood forests. This species is non-migratory, gen- 
erally remaining in the same locale during winter. The 
red-breasted nuthatch usually excavates its own nest 
cavity in rotted wood of dead trees or stumps, and it 
smears the edge of the entrance hole with conifer pitch, 
although the reason for this behavior is not known. The 
white-breasted nuthatch (S. carolinensis) is a wide- 
spread resident of broadleaf and mixed wood forests. 
The brown-headed nuthatch occurs in southeastern 
pine forests, and the pygmy nuthatch (S. pygmaeus) 
inhabits pine forests of the West. 


Bill Freedman 
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l Nutmeg 


The nutmeg family, Myristicaceae, order 
Magnoliales, consists of evergreen trees of the tropical 
rain forests. The genus Myristica includes about 120 
species, the best known of which is the nutmeg tree 
(Myristica fragrans ). 


The nutmeg tree is native to the Moluccas, a 
group of islands in eastern Indonesia, also known as 
the Spice Islands. However, nutmeg is now cultivated 
in much of southern Asia, the West Indies, and Brazil. 
The nutmeg tree is the source of nutmeg and mace, two 
valuable spices that have been the objects of secret 
trading, theft, monopolies, and violent battles. Other 
Myristica species, such as M. argentea, M. malabarica, 
and M. fatua, are rather similar to M. fragrans. 
However, their fruit does not have the characteristic, 
intense aroma or flavor, and these species are only 
used for local medicinal purposes, as food additives, 
or for adulteration of more-valuable nutmeg or mace. 


Mpyristica fragrans can reach a height of 60 ft (20 m) 
and has leathery, somewhat aromatic leaves that grow 
to about 6 in (15 cm) long. This dioecious (male and 
female flowers occur on separate plants) tree has small, 
unscented, yellow flowers that superficially resemble 
those of lily-of-the-valley. Plantations cultivate mostly 
female trees, but intersperse them with male trees. 
When the tree is about eight years old, it bears its first 
crop of fruit, and it can continue to bear fruit up to the 
age of 80-100 years. 


The tough, yellowish, one-seeded fruit (known as 
a drupe) is about 2 in (5 cm) in diameter and has a 
peach-like shape. When ripe, the fleshy outer covering 
of the fruit splits open, revealing its oval seed (the 
nutmeg), which is wrapped in a bright, red-orange, 
lacy covering called an aril (the mace). 


After the fruit is picked, the outer covering is 
removed. The aril is taken off the seed, flattened into 
strips, dried, and sold either as whole strips or finely 
ground. The seeds are air-dried for several weeks, or 
sometimes, more rapidly over a fire. The nutmeg kernel 
is removed from the seed coat or husk, and is then 
dipped in lime to prevent insect infestation and seed 
germination. Nutmeg is sold either whole or ground up. 


The nutmeg tree flowers and bears fruit year- 
round. The trees are harvested two to three times per 
year, with an annual average of 500 fruits (nutmegs) 
per tree. About 400 Ib (180 kg) are needed to produce | 
Ib (0.5 kg) of mace. 


The inferior, or damaged fruits are made into oil 
of mace or nutmeg butter, and sold to industries for 
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the manufacturing of soap, perfume, flavoring for 
candy, gum, soft drinks, and condiments. Nutmeg is 
often used in rich foods and sauces (for example, in 
eggnog and custard), and baked goods. Mace has a 
similar flavor to nutmeg, but is much more subtle, and 
is used in baked goods, sauces, soups, and meat dishes. 


Nutmeg has been used medicinally for its sedative 
properties. An alkaloid-like substance called myristi- 
cin is a psychotropic, which in excessive doses can 
cause hallucinations, disorientation, and convulsions. 


Christine Miner Minderovic 


l Nutrient deficiency diseases 


Nutrient deficiency diseases occur when there is 
an absence of nutrients which are essential for growth 
and health. Lack of food leading to either malnutri- 
tion or starvation gives rise to these diseases. Another 
cause for a deficiency disease may be due to a struc- 
tural or biological imbalance in the individual’s meta- 
bolic system. 


There are more than 50 known nutrients in food. 
Nutrients enable body tissues to grow and maintain 
themselves. They contribute to the energy require- 
ments of the individual organism and they regulate 
the processes of the body. Carbohydrates, fats, and 
proteins provide the body with energy. The energy 
producing component of food is measured in calories. 
Aside from the water and fiber content of food, which 
are also important for their role in nutrition, the 
nutrients that serve functions other than energy pro- 
duction can be classified into four different groups: 
vitamins, fats, proteins, and minerals. All are neces- 
sary for proper body function and survival. 


Early vitamin deficiency diseases 


Polish-born Casimir Funk (1884-1967) originated 
the word vitamin in 1912, spelling it as vitamine, 
because he thought they were part of a group of 
organic compounds containing nitrogen, called 
amines. The final -e was later dropped in 1920 at the 
suggestion of the English nutritionist Jack Cecil 
Drummond who pointed out that these trace-like sub- 
stances found only in food and essential for good 
health were not always amines. By 1914 Funk theor- 
ized that beriberi, scurvy, and pellagra were caused by 
a vitamin deficiency. 
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Scurvy 


Scurvy is one of the oldest vitamin deficiency dis- 
eases recorded and the first one to be cured by adding 
a vitamin to the diet. Scurvy was a common malady of 
sailors of the age of exploration of the New World. It 
has been recorded that Vasco da Gama was supposed 
to have lost half of his crew to scurvy in his journey 
around the Cape of Good Hope at the end of the 
fifteenth century and Richard Hawkins reported that 
he lost 10,000 sailors from the disease a century later. 


The main symptom of scurvy is hemorrhaging. 
Hemorrhage marks appear as spots under the skin or 
bruises, given the medical terms of petechiae and 
ecchymoses. The gums are swollen and _ usually 
become infected (gingivitis). Bleeding can take place 
in the membranes covering the large bones as well as in 
the membranes of the heart and brain. Wounds heal 
slowly and the bleeding in or around vital organs can 
be fatal. The disease is slow to develop and is mani- 
fested early by fatigue, irritability, and depression. 


In 1747 a British naval physician, James Lind, ina 
response to a an outbreak of scurvy conducted a con- 
trolled experiment. He took 12 of the sailors who had 
developed scurvy and divided them up into six groups 
and gave each pair different medicines such as nutmeg, 
cider, seawater, and vinegar, while others were given 
lemons or oranges. The two men given the oranges and 
lemons both completely recovered in about a week 
after the experiment. 


His Treatise of the Scurvy published in 1753 is the 
first example of a controlled clinical trial experiment. 
In his treatise, Lind gave a thorough review of other 
authors who had written on scurvy along with a care- 
ful clinical description of the condition. It was not 
until the end of the eighteenth century that the 
British navy finally had its sailors drink a daily portion 
of lime or lemon juice to prevent scurvy. 


Vitamin C (ascorbic acid) is necessary for collagen 
formation, which is the protein component of connec- 
tive tissue, strong blood vessels, healthy skin and 
gums, formation of red blood cells, wound healing, 
and the absorption of iron. In addition to scurvy, 
other scurvy-like conditions can develop from a defi- 
ciency of vitamin C, such as adult acne, easy bruising, 
sore gums, and hemorrhages around bones. Good 
sources for vitamin C are citrus fruit, broccoli, straw- 
berries, cantaloupe, and other fruits and vegetables. 


Beriberi 


Discovering the causes for beriberi became part of 
the history of discovering vitamins. Christian Eijkman 
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Nutrient deficiency diseases 


(1858-1930) was a Dutch physician who was a member 
of a government commission sent to the East Indies in 
the 1880s to study the disease beriberi, which was 
prevalent in southeast Asia, where the main diet is 
comprised of unenriched rice and wheat. 


There are three forms of this disease: infantile beri- 
beri, wet beriberi, and dry beriberi. Infantile beriberi 
occurs when a mother who breast feeds her child is lack- 
ing vitamin B, thiamine. The mother who nurses the child 
may not manifest the disease, but the deficiency occurs 
through the breast feeding and the child usually dies after 
the fifth month. In the childhood and adult versions of the 
disease there is a preliminary condition of fatigue, loss of 
appetite, and a numb tingling feeling in the legs. This 
condition can then lead to either wet or dry beriberi. 


In wet beriberi there is an accumulation of fluid 
throughout the body and a rapid heart rate that can 
lead to sudden death. In dry beriberi there is no fluid 
swelling, but there is a loss of sensation and a weakness 
in the legs. The patient first needs to walk with the aid 
of a stick and then becomes bedridden and easy prey to 
an infectious disease. 


In Exjkman’s laboratory he noticed that some of the 
fowl he was experimenting with developed paralysis and 
polyneuritis, as in the dry form of beriberi. The director 
of the hospital forbade Eijkman from feeding these 
birds with table scraps which consisted mainly of pol- 
ished rice. He therefore began to feed them with whole 
rice, after which he noticed that they regained their 
movement and there was no recurrence of paralysis. 


The idea that the birds had some form of beriberi 
was rejected by Eijkman’s colleagues. His explanation 
for the cure was that the polished rice had some toxin 
in it which the unpolished rice did not have. This 
explanation was rejected by a fellow researcher, 
Gerrit Grijns (1865-1944), who also stayed on to 
study the disease after the commission had already 
left. He found that when the chickens were taken off 
the rice diet completely and feed with meat instead, 
they did not develop the characteristic paralysis, but if 
the meat were overcooked, then the condition would 
reappear. In 1901 Grijns showed that beriberi could be 
cured by putting the rice polishings back into the rice. 


Vitamin B, (thiamine) prevents the disease or 
symptoms of beriberi. Food sources for this vitamin 
are meats, wheat germ, whole grain and enriched 
bread, legumes, peanuts, peanut butter, and nuts. 


Pellagra 
Pellagra is a vitamin deficiency disease associated 


with poverty. The symptoms of pellagra are referred to 
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as the “three D’s”: diarrhea, dermatitis, and dementia. 
If disease is not treated it may lead to death. Gaspar 
Casal (c. 1691-1759) was the first to publish a thor- 
ough explanation of pellagra in 1762 after his death. 
He studied and wrote about the disease which he 
observed in a region of Spain where it was called 
“mal de la rosa,” because of the reddened dermatitis 
which appeared around the back of the neck. Even 
though the belief of his time was the disease was 
caused by an infection, Casal believed origins were 
from inadequate nutrition. 


The popular belief that pellagra was caused by 
infection lasted from the sixteenth century to the early 
twentieth century until Joseph Goldberger (1881-1929) 
a member of the United States Public Health Service 
studied the high numbers of cases in the southern 
United States. Goldberger established that pellagra 
was caused by an insufficient amount of niacin (vitamin 
B;) also known as nicotinic acid and the active form of 
niacin that the body uses called niacinamide. 


Rickets 


Rickets is a bone disease deficiency caused by a 
lack of vitamin D, called the “sunshine” vitamin 
because it is the only vitamin that can be produced by 
the effects of sunlight on the skin. It was a common 
disease of infants and children, but since all milk and 
infant formulas have vitamin D added to them, it is 
rarely seen today. In rickets, legs will become bowed by 
the weight of the body and the wrists and ankles are 
thickened. The teeth are badly affected and take a 
longer time to come in. All the bones are affected by 
not having sufficient calcium and phosphorous for their 
growth and development. Lack of exposure to sunlight, 
which helps to produce vitamin D, is a major cause for 
childhood rickets. Crowded slum conditions in areas 
where there was little or no sunlight were responsible 
for its appearance in the earlier stages of the industrial 
revolution. 


An adult version of rickets caused by a deficiency 
of vitamin D, calcium, and phosphorous is called 
osteomalacia. The bones become soft and deformed 
and there is rheumatic pain. The disease is observed in 
the Middle East and Asia more so than in western 
countries. The way to prevent rickets and other bone 
diseases such as osteoporosis is a combination of cal- 
cium, phosphorous, and vitamin D. 


Other vitamin deficiency diseases 
Night blindness or the difficulty of seeing in dim 


light is caused by a deficiency in vitamin A which helps 
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in the formation of visual purple needed by the eyes for 
night vision. The deficiency can also cause glare blind- 
ness when the eye is either exposed to too much light or 
a sudden change in the amount of light when entering 
a darkened room. Another eye disease caused by vita- 
min A deficiency is xerophthalmia which can lead to 
blindness. This condition affects the cells of the cor- 
nea, other eye tissues, and the tear ducts, which stop 
secreting. 


Vitamin A deficiency can create a number of 
adverse skin conditions, problems with tasting and 
smelling, and it may also cause difficulties with the 
reproductive system. 


Vitamin E and K deficiencies are rare. Vitamin E 
protects against substances that oxidize quickly and 
vitamin K promotes normal blood clotting. Vitamin 
By,» (cobalamin) provides protection against perni- 
cious anemia and mental disturbances. Vitamin Be 
can also protect against anemia as well as dermatitis, 
irritability, and convulsions. 


Mineral deficiency diseases 


There are about 25 mineral elements in the body 
usually appearing in the form of simple salts. Those 
which appear in large amounts are called macro min- 
erals while those that are in small or trace amounts are 
micro minerals. Some that are essential are calcium, 
phosphorous, cobalt, copper, fluorine, iodine, iron, 
sodium, chromium, and tin. Aluminum, lead, and 
mercury are not as essential. 


Goiter 


Iodine is necessary for the proper functioning of 
the thyroid gland which controls the body’s basal 
metabolism rate through its production of two hor- 
mones, thyroxine, and triiodinethyronine. Without a 
sufficient amount of iodine in the diet the gland begins 
to enlarge its cells in its efforts to produce the hor- 
mone, thus producing a goiter, which is a swelling 
around the neck. Certain regions lack iodine in the 
soil which leads to cretinism, the physical and mental 
development of an infant passed on from the lack of 
iodine in the mother’s diet. 


Protein (amino acid) deficiencies 


Proteins are needed in the body for amino acids. 
Proteins are broken down in the digestive system to 
form amino acids which are then absorbed by the rest 
of the body to form new proteins in the form of vital 
body tissues such as muscle, connective tissue, and 
skin. There are two types of protein, fibrous and 
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globular proteins. Fibrous protein is insoluble and 
goes into making the structural tissues of the body. 
Globular protein forms amino acids that become 
enzymes and hormones and other vital parts of cellu- 
lar functioning within the body. 


Adults rarely suffer from protein deficiency dis- 
eases unless there is an impairment in the intestinal 
tract, but in countries plagued by insufficient food 
children will develop protein deficiency diseases that 
lead to very high mortality rates. 


Marasmus and kwashiorkor 


A specific wasting away disease caused by protein 
deficiency in third world countries that lack adequate 
food supplies 1s called kwashiorkor. It is a word which 
describes the condition of an infant who has to be 
weaned away after a year to make room for the next 
baby. The weaning food, which is mainly sugar and 
water or a starchy gruel lacks protein or has a poor 
quality of protein. The weaning diet for these young 
children leads to other nutrient deficiency diseases as 
well. 


Symptoms of kwashiorkor are apathy, muscular 
wasting, and edema. Both the hair and the skin lose 
their pigmentation. The skin becomes scaly and there 
is diarrhea and anemia, and permanent blindness can 
result from this condition. Marasmus is another con- 
dition of a wasting away of the body tissues from the 
lack of calories as well as protein in the diet. In mar- 
asmus the child is fretful rather than apathetic and is 
skinny rather than swollen with edema. Aside from 
contrasting symptoms between the two diseases, there 
may be converging symptoms which would be 
described as marasmic kwashiorkor. 


There is a wide variation of deficiencies between 
energy and protein deficient diseases as in the cases 
described by marasmus and kwashiorkor. The term 
protein-energy malnutrition (PEM) is used to describe 
those differences. PEM is the result of poverty as well 
inadequate information on diet. In some countries 
there is the mistaken belief that the child should not 
be given high protein food, which is served to the 
father, while the child drinks the fluid the meat was 
cooked in. 


In cases of severe PEM it is necessary to hospital- 
ize the child and to administer antibiotics to prevent 
infections which accompany the condition. Diets rich 
in protein should be continued after hospitalization, 
using skimmed milk powder for an energy basis. 
Legumes (beans) and fish meal are also good sources 
for protein. Social and political problems have to 
be managed to allow relief workers to help and to 
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Nutrient deficiency diseases 


provide an ongoing source of food preparations that 
can be consumed for adequate nourishment by those 
in need. 


Treatment and prevention 


The amounts of most nutrients, especially vita- 
mins, needed to both prevent and treat deficiency dis- 
eases are small. The average intake of Img of vitamin 
B, is sufficient to prevent a deficiency disease of that 
vitamin, while 10mg of B, could cure an advanced case 
of someone about to die of beriberi. Although small 
doses of vitamins cure deficiencies, large doses of some 
vitamins such as A and D can be harmful since these 
two vitamins are already stored by the liver. Vitamins 
A and D are fat soluble vitamins and can accumulate 
to the point of becoming toxic. Most other vitamins 
are water soluble and are excreted in the urine 
throughout the day. 


Diet and supplements 


Most nutritionists insist on a well-balanced diet 
consisting of the major food substances as an effective 
and economical way of obtaining nutrients for health. 
On the other hand, advocates of health food stores 
maintain that the FDA’s required daily allowances 
(RDAs) for nutrients are much too low and that culti- 
vation of much of our food supply and its preparation 
robs our diet of much of its nutrient value. 


The American Dietetic Association (ADA) rec- 
ommends that nutrient needs should come from a 
variety of foods taken from different dietary sources 
rather than self-prescribed vitamin supplementation. 
In order to avoid either the problem of nutrient defi- 
ciencies or excesses they recommend that physicians or 
licensed dieticians should be the source of prescribing 
supplementation. 


The ADA, however, does make allowances for 
supplement usage under the following conditions: 
Iron supplements may be required by women when 
there is excessive menstrual bleeding. Pregnant and 
breast-feeding women need supplements, especially 
iron, folic acid, and calcium. People who are dieting 
and are therefore are on very low calorie diets may 
require supplementation if they are not getting the 
right amount of the nutrients they need. Vegetarians 
may need boosts of vitamin B-12, calcium, iron, and 
zinc. Newborns are sometimes given vitamin K to pre- 
vent abnormal bleeding. Those people who have dia- 
gonsised disorders or diseases or are being treated with 
medications which affects the absorption or metabo- 
lism of the nutrient may require supplementation. 
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KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH2) and a 
carboxyl group (-COOH). One of the building 
blocks of a protein. 


Calcium—An essential macro mineral necessary 
for bone formation and other metabolic functions. 


Controlled experiment—Also called a controlled 
trial. The dividing into groups of experimental sub- 
jects to see what the effects of a drug will be when 
tested along with a dummy drug or placebo (a drug 
other than the one being tested). 


Dermatitis—An inflammation of the skin. A symp- 
tom of vitamin deficiency. 


Edema—An abnormal collection of fluids in the 
body tissues. One of the forms of the disease beri- 
beri called wet beriberi. 


Essential nutrients—Those nutrients that must be 
obtained from food for good health and to prevent 
nutrient deficiency diseases. 


lodine—A mineral necessary for the proper func- 
tioning of the thyroid gland. 


Niacin—An essential B vitamin needed to prevent 
pellagra. 


Night blindness—Inability to see at night due to a 
vitamin A deficiency. 


Recent research on vitamins A and C 


Research using 22,000 physicians under the super- 
vision of the Department of Medicine at Harvard is 
studying the long-term effects of beta carotene (vita- 
min A) in lowering the incidence of cancer and boost- 
ing resistance to infection. It is also being studied in 
the treatment of AIDS. Beta carotene is a safer version 
of vitamin A than the preformed oil form called reti- 
nol. It is found in carrots, sweet potatoes, broccoli, 
spinach, collards, turnip greens, kale, and many other 
vegetables that. 


Vitamin C, also known as ascorbic acid, is used asa 
supplement by more people than any other supplement. 
Its popularity is due to the work of the two-time Nobel 
laureate, Linus Pauling who maintained that vitamin C 
was effective in preventing and lessening the effect of 
colds and in the treatment of cancer. Pauling’s vitamin 
C program called for megadoses that far exceeded the 
government’s RDA recommendations. Pauling recom- 
mended a daily dose of between 2,000 and 9,000 
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milligrams (mg). The National Research Council rec- 
ommends 60 mg for adult daily and 100 mg for smokers. 


The discovery of micro nutrition was made in the 
early twentieth century as a result of finding the cure 
for certain diseases, the nutrient deficiency diseases 
such as scurvy, beriberi, and pellagra. The new dimen- 
sions of fully understanding and using our knowledge 
of nutrients remain to be established from the ongoing 
research in this area of nutritional science. 
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| Nutrients 


Nutrients are any chemicals that are required for 
life. Nutrients can be of two basic types: (1) inorganic 
substances absorbed by autotrophic organisms such as 
plants and certain microorganisms for use in their 
synthetic reactions and metabolism; or (2) biomass 
ingested as nourishment by animals and heterotrophic 
microorganisms. 


Plants absorb a wide range of mineral nutrients, 
which they utilize in their photosynthetic reactions 
and other metabolic processes to manufacture all of 
the biochemicals that they require for growth and 
reproduction. Some nutrients are required by plants 
in relatively large quantities. These are called macro- 
nutrients and include compounds of the following 
elements: carbon, hydrogen, oxygen, nitrogen, phos- 
phorus, potassium, calcium, magnesium, and sulfur. 
Of these, carbon is required in the largest quantity, 
typically making up about one-half of the dry weight 
of plant tissues, while hydrogen, oxygen, nitrogen, and 
calcium occur in concentrations of one to several per- 
cent. Phosphorus, potassium, magnesium, and sulfur 
typically account for 0.1% to 1% of the dry weight of 
plants. Micronutrients are required by plants in much 
smaller quantities and include metals such as copper, 
iron, and zinc. 
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Animals must eat plants or other animals to obtain 
virtually all of their nutrients. After ingestion, animals 
typically digest their food and thereby break it down 
into relatively simple biochemicals and inorganic chem- 
icals, which are then absorbed through the gut and used 
in the animal’s metabolism. The largest nutritional need 
of animals is for energy to support their respiration and 
growth, and sources of fixed energy such as plant or 
animal biomass are ingested for this purpose. There are 
also a few micronutrients that animals require in small 
quantities, but they cannot synthesize. These include 
biochemicals called vitamins, which must be ingested 
with food. Some animals can also utilize mineral forms 
of certain nutrients, which they may take directly from 
the inorganic environment without eating biomass. For 
example, many large grazing mammals will utilize salt 
licks when they are available, because these animals 
crave sodium, which is not usually present in suffi- 
ciently large concentrations in the plants that they eat. 


Appropriate nutrition for all organisms is a matter 
of both quantity and balance. For good nutritional 
health, all of the essential inorganic and organic 
nutrients must be available, but they must be obtain- 
able in an appropriate balance. A severe shortage of 
even a micronutrient required in trace quantities can 
result in severe metabolic dysfunctions, and even death 
of organisms. 


See also Vitamin. 


| Nutrition 


Nutrition is the means by which organisms obtain 
and use nutrients. Nutrition is also the determination of 
the kinds and quantities of substances (nutrients) 
needed by organisms to sustain life. Some organisms 
such as plants require only a supply of light, water, and 
a few other molecules and ions in order to thrive, and 
are known as autotrophs, or self nourishers, for they 
literally build their own molecules and capture energy 
in the process. There are a few other non-plant auto- 
trophic organisms in the deep oceans near geothermal 
vents that are able to build their own nutrients without 
using sunlight. 


While green plants get the energy they need 
directly from sunlight, animals must get the energy 
that they need for life functions from plants. 


The major types of molecules found in organisms are 
water, carbohydrates, proteins, lipids, and nucleic acids. 
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Nutrition 


A healthy diet includes a variety of foods. (© Gabe Palmer/ 
Corbis.) 


Proteins are large molecules built from different 
combinations of large numbers of amino acids. Of the 
20 different amino acids that make up our body’s 
proteins, we can build 12 from other foods, but there 
are eight amino acids that humans also need and 
which they cannot make, called essential amino 
acids. One of the eight essential amino acids (methio- 
nine) is found in corn, but not in beans, and two others 
(lysine and tryptophan) are found in beans, but in only 
small amounts in corn. Therefore, the combination of 
beans and corn, found in many Mexican foods, sup- 
plies a balance of the essential amino acids. 


In 2005, the Food Pyramid was redesigned to 
provide more personalized nutritional guidelines for 
children and adults. The redesigned pyramid also con- 
siders gender, physical activity level, exercise guide- 
lines, and food safety. A personalized food pyramid 
can be built by visiting the United States Department 
of Agriculture’s “My Food Pyramid” website at 
<http://www.mypyramid.gov/mypyramid/index.aspx> 


The first section of the Food Pyramid, one of two 
parts with the greatest volume, consists of grains: bread, 
pasta, cereals, and rice. This food group, mostly carbo- 
hydrates, should provide most of the food energy 
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needed. The recommendations are given in servings. 
A serving varies from food to food, but is in the range 
of 1-2 oz (30-60 g) per serving. Depending on physical 
size, age, gender, and activity, 6-11 servings per day are 
recommended from the cereal group. Grains are divided 
into two sub-groups, whole-grains and refined grains. At 
least half of grain servings should be from whole grains. 


The second level of the food pyramid consists of 
vegetables, which are divided into five sub-groups. 
These are especially important in supplying micronu- 
trients. Micronutrients are elements that help regulate 
physiological pathways. A second benefit derived from 
this group comes from indigestible fiber, which is cor- 
related with better functioning and health of the large 
intestine. Basic recommendations call for eating 1-3 
cups of vegetables per day, based on age and gender. 
Eating more dark green vegetables, orange vegetables, 
and dry peas and beans are also recommended. 


The pyramid’s third level consists of fruit, which 
has now been separated from the vegetable group. One 
to two cups of fruit are recommended per day, accord- 
ing to variables of age and gender. The pyramid also 
contains a suggestion to go light on fruit juices, instead 
giving whole fruits preference. 


The two protein groups in the pyramid are the 
milk group and the meat group. The milk group also 
includes cheese and yogurt. The meat group includes 
proteins in the form of meats, eggs, beans, and nuts. 
The major function of proteins is to repair or build 
new tissue and to supply enzymes and hormones 
Serving suggestions vary according to age, gender, 
and physical activity, but fall within 1-6.5 ounces of 
meat protein per day and 2-3 cups from the milk group 
per day. The pyramid also recommends nuts, espe- 
cially sunflower seeds, almonds, or hazelnuts as good 
sources for vitamin E. 


The smallest section of the pyramid contains the 
lipids, demonstrating that fats and oils should be con- 
sumed in small quantities for optimum health. Vegetable 
oils or fat from nuts or fish is recommended over animal 
fat. In addition, as of January 1, 2006, food manufac- 
turers are required to list the total amount of trans fatty 
acids, also known as “trans fats” on food labels. Trans 
fatty acids are mainly found in baked goods, margarines, 
snack foods, fried foods, and salad dressings. Diets high 
in trans fats have a proven link with elevated levels of 
LDL (“bad”) cholesterol in the blood. 


Minerals and trace elements 


Micronutrients are subdivided according to the 
quantities needed in the human diet. If more than 
100 milligrams (mg) per day of an element is needed 
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KEY TERMS 


Anion—A negatively charged ion (i.e., Cl). 


ATP—Adenosine triphosphate; a high energy molecule 
that cells use to drive energy-requiring processes such 
as biosynthesis, transport, growth, and movement. 


Carbohydrates—Compounds that contain carbon, 
hydrogen, and oxygen. The ratio of carbon to oxygen 
is about one to one. Examples are sugar, starch, and 
cellulose. 


Electrolyte—Compounds that ionize in a solution; 
electrolytes dissolved in the blood play an important 
role in maintaining the proper functioning of the 
body. 


FAD—Flavin-Adenine Dinucleotide. 


Gluconate, lactate, etc.—These terms refer to the 
anionic components of organic salts. For example, 
a positive potassium ion can be balanced in an elec- 
trolyte with a gluconate anion. If the liquid part were 
to be evaporated, the residue would be crystalline, 
potassium gluconate salt. 


Life processes—Term referring to activities such as 
metabolism, cell division, excretion, and movement. 


(for an adult), it is classed as a mineral. The seven 
essential minerals are calcium, magnesium, phos- 
phorus, sodium, potassium, sulfur, and chlorine. 
Substances that are essential but needed in amounts 
of less than 100 mg per day are called trace elements. 
These are iron, copper, iodine, manganese, zinc, 
molybdenum, selenium, and chromium. There are 
likely others (such as boron) that are yet to be 
identified. 


Calcium and phosphorus are both used structur- 
ally to form bones and teeth. Lesser known but vital 
functions of calcium include its uses as an enzyme 
activator and as a regulator of nerve and muscle activ- 
ity. Phosphorous is also a component of nucleotide 
molecules that are structural components of the nucleic 
acids, DNA and RNA, and of the energy transfer 
molecules such as ATP, NAD, and FAD. 


Magnesium is found in bones too, but, more 
importantly, it is needed in adequate amounts to 
work with calcium in regulating nerve and muscle 
activity. In fact, an early symptom of magnesium 
shortage can be irregular heart action. Sodium is nec- 
essary for the proper functioning of the nerves and 
muscles. Sodium is more concentrated in the fluids 
outside of the cells than the intraocular fluids. 
Sodium is more often consumed in excess because it 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Lipids—Molecules in this group are made of the 
same elements as carbohydrates, but in lipids there 
is much more carbon than oxygen. Examples are fats, 
oils, and cholesterol. 


Nucleic acids—This is a generic term including both 
RNA (ribonucleic acid) and DNA (deoxyribonucleic 
acid). The DNA encodes genetic information and the 
RNA molecules use it to direct protein building. 


Nucleotide—Molecular units that make up the 
nucleic acids. Each is composed of a nitrogen base, 
a sugar, and a phosphate group. 


Oxidation—A biochemical process which is part of 
metabolism. It involves the steady but relatively slow 
release of energy from food molecules for cell 
activity. 

Proteins—Large molecules built from long chains of 
smaller molecules, the amino acids. Nitrogen is an 
element in protein in addition to the carbon, hydro- 
gen, and oxygen found in major food molecules. The 
tough flexible parts of an animal such as skin, carti- 
lage, and muscle are mostly protein. 


is easy to enhance the flavors of foods by adding table 
salt (sodium chloride). Potassium ions are most con- 
centrated in the fluid inside cells. There is evidence that 
high blood pressure can be prevented or controlled by 
increasing one’s intake of potassium. Chloride func- 
tions as an electrolyte balance for the sodium and 
other positive ions in cell and tissue fluids and is 
necessary for the salivary enzyme ptyalin to help digest 
starch. Sulfur is a component of three amino acids and 
is part of the enzyme molecules active in the oxidation 
of fatty acids. 


These minerals must be in their ionic form so as to be 
soluble and absorbable. Many minerals are often che- 
lated, that is, attached to a larger organic particle such as 
an amino acid, or anions such as gluconate, lactate, or 
citrate to be properly observed. Some trace elements 
function in cooperation with an enzyme or a vitamin 
molecule to bring about physiological responses. 


More and more, people are choosing foods for 
their vitamin or mineral content, because the foods 
provide specific nutrients that may otherwise be miss- 
ing. Adding daily supplements of vitamins C, E, and A 
(or its precursor beta carotene) to diets may promote 
good health and fight disease. 


See also Vitamin. 
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Nux vomica tree 
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| Nux vomica tree 


The nux vomica tree (Strychnos nux-vomica) is a 
species in the tropical family Loganiaceae. The range 
of the nux vomica in cultivation extends from Sri 
Lanka, India, southern China, southeast Asia, and 
northern Australia. 


The nux vomica grows as tall as 49.2 ft (15m). The 
nux vomica has roundish, opposite leaves and attrac- 
tive white flowers. The roughly spherical fruits of the 
nux vomica are large hard-rinded berries that contain 
three to eight round, flattened, grayish seeds. These 
seeds are covered with silky hairs, are known as strych- 
nine nuts, and are hard and extremely bitter in taste. 
The seeds of the nux vomica contain several alkaloids 
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that are useful for some purposes, particularly strych- 
nine, and to a lesser extent brucine. 


The alkaloids are extracted from ground strych- 
nine nuts by boiling with alcohol and acetic acid. 
Lactose is then added to the extract, and the result is 
known as strychnine extract. 


In very small doses, strychnine has been used as a 
tonic and stimulant and to treat some nervous and 
digestive disorders. However, strychnine is a virulent 
poison and must be used with great care. Symptoms of 
acute strychnine poisoning include painful cramps, 
convulsion, and eventually paralysis, often leading to 
death by incapacitation of the respiratory system. 


Strychnine is sometimes used as a rodenticide to 
control rats, mice, and other rodent pests of agricul- 
ture and human residences. In this use, strychnine 
could be considered to be a natural, organic pesticide. 
However, strychnine is still an extremely toxic chem- 
ical which can cause significant non-target damages 
during its routine use. This could occur, for example, if 
poisoned rodents are scavenged by raptorial birds or 
mammalian predators which are then secondarily 
poisoned. As such, the use of strychnine as a pesticide 
or as a medicine for humans must be carefully man- 
aged and controlled. 


Bill Freedman 


Nylon see Artificial fibers; Polymer 
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| Oaks 


Oaks (Quercus spp.), members of the Beech 
family (Fagacea), are trees and shrubs having simple, 
alternate leaves. Characterized by their strong, com- 
plex wood, wind-pollinated flowers, fruits called 
acorns, and their ability to live for centuries, oaks 
have played an important role in temperate landscapes. 
Of the 500 species in the genus Quercus, approximately 
90 are found in the United States and Canada, with 
another 112 species in Mexico. Another member of the 
Beech family that is closely related to the oaks is the 
tanoak (L. densiflorus), which is found in California 
and is the only representative of this Asian genus found 
in North America. It has flowers similar to the chinka- 
pin (Castanopsis) and bears acorns like the oaks, thus 
making it a possible evolutionary link between the two 
genera. 


Evolution 


The Quercus genus is quite old, being one of the 
early angiosperms of the Miocene epoch (26-12 mil- 
lion years ago). Over time, oaks have divided into 
two main lineages, with an intermediate subgenus for 
less genetically distinct species. The red oaks 
(Erythrobalanus) are characterized by pointed leaves 
with bristles or spines that can be either lobed or 
unlobed. The acorns have a hairy inner shell and 
mature in two years (except for California live oaks, 
Q. agrifolia which mature in one year) on the twigs of 
the first year’s growth. The smooth bark is dark gray, 
black or brown, with reddish brown wood. The white 
oak (Leucobalanus) leaves are rounded and smooth 
but can also be lobed or unlobed. Acorns mature in 
one year and have a smooth inner shell. The wood is 
light brown or yellow and the bark is scaly or rough 
brown to light gray. The leaves of the intermediate 
oaks (Protobalanus) are unlobed, although some may 
have green spines or teeth. The inner shell of the 
acorns can be either smooth or hairy, but does not 
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mature until the second year. The bark can be either 
scaly or rough, with a wide color range. The wood is 
generally light brown and not as commercially valua- 
ble as that in the other oak families. 


Biology and ecology 


Found in a wide variety of habitats, oaks prefer 
loamy, well drained soils. The roots are quite exten- 
sive, reaching out at least three times the height of the 
tree and down as deep as 15-40 ft (4.6-12.2 m), depend- 
ing on site conditions. 


There are both evergreen and deciduous species. 
Each leaf of the evergreen oaks falls after one to two 
years, but there is no synchronous leaf loss. New 
leaves form during either the first spring growth or a 
smaller secondary flush of growth which can occur 
when conditions are favorable. Deciduous oaks follow 
the typical pattern of fall leaf loss in response to 
decreased daylight, winter dormancy, and spring 
flush of new leaves and flowers. 


Oaks vary in size from small shrubby species to 
trees with majestic dimensions. The tallest oak, reach- 
ing up 123 ft (37.5 m), with a circumference of 21.6 ft 
(6.6 m) and a canopy spread over 83.6 ft (25.5 m) is a 
black oak found in Warrensville Heights, Ohio. Other 
oaks notable for their size are: the Wye live oak 
(Q. virginiana) in Maryland standing 91.8 ft (28 m) 
tall; a 106.6-ft (32.5 m) tall coast live oak (Q. agrifolia) 
in Chiles Va Mey, California; and a northern red oak 
(Q.rubra) in Ashford, Connecticut, standing 77 ft (23.5 m) 
tall and spreading 105 ft (32 m). 


Oaks rely primarily on wind pollination, with 
massive quantities of pollen produced in the male 
flowers (25-100 per catkins) each spring. The female 
flowers tucked inconspicuously in the nodes of axial 
twigs mature a little later, avoiding self-pollination. 
Either single or clusters of two to three acorns begin 
forming. Most trees begin acorn production after 20 
years. Crop production varies yearly according to 
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Oaks 


numerous factors, but an individual tree can produce 
over 5,000 nuts in a good year. Of these, roughly 25% 
are likely to be infested with weevils, making them 
inedible and unviable. 


Because of their huge investment in acorn produc- 
tion, oaks play a critical role in supporting wildlife and 
maintaining regional biodiversity. Many migratory 
species of birds and bats roost or nest in them, in 
addition to using the food resource. In California, it 
is estimated that over 5,000 species of insects, more 
than 80 species of reptiles and amphibians, 150 species 
of birds, and over 60 species of mammals rely upon 
oaks for some part of their lifecycle. Acorn or mast 
production is such a significant element of most oak 
ecosystems that crop failure can be life threatening for 
many species. 


Diseases 


Oaks are subject to infection by numerous patho- 
gens, most of which do little more than temporary 
harm to the tree. The exceptions are root-related dis- 
eases caused by various fungi. Oak wilt, caused by 
Endoconidiphora fagacearum has become a serious 
problem in the eastern and central United States. 
Oak root rot or honey fungus (Armellaria spp.) and 
avocado root rot (Phytophthora spp.) are more prob- 
lematic in the western region. Most oaks are resistant 
unless environmental stresses weaken the tree to the 
point that the fungus can proliferate. Little can be 
done to save a severely infected oak. 


Distribution 


Because of their widespread distribution, oaks 
play a significant ecological role in many forest com- 
munities. Of the 90 forest-type covers described in the 
United States and Canada, oaks are an important 
element in 64 and include both evergreen and decidu- 
ous species. Some of the more important species in 
North America include the northern red oak (Q. rubra), 
the black oak (Q. velutina), and the white oak (Q. alba) 
in the east. The coast live oak (Q. agrifolia), the gambel 
oak (Q. gambelii), and the wayleaf oak (Q. undulata) 
are most widespread in the western region. 


Most species are limited to either the eastern or 
western regions of the continent, with chinkapin oak 
(Q. muehlenbergii) and shin oak (Q. havardii) the only 
species to bridge the gap through the prairies. Due to 
the spread of development pressures and conversion of 
rangeland into housing and commercial uses, there are 
now several species of oaks facing serious decline. Of 
these, the Oglethorpe oak (Q. oglethorpensis) in Georgia, 
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the valley oak (Q. lobata), blue oak (Q. douglasii), and 
Englemann oak (Q. engel/manii) in California and sev- 
eral species with limited ranges in Texas, New Mexico, 
and Arizona are considered either rare, threatened, or 
endangered. 


Contributing to this problem is the lack of regen- 
eration of many oak species. For a wide variety of 
reasons, including changes in understory vegetation, 
soil compaction, damage by grazing animals, changes 
in fire frequency and associated forest species, natural 
recruitment of new trees is limited in many areas. 
Mixed age stands are not as common as single age 
stands in many areas. More intensive management to 
provide light openings, reduce soil compaction, and 
eliminate competitive species is slowly beginning to 
turn this trend around. Prescribed burning to restore 
a more natural fire ecology is being done in many 
areas. The thick bark of oaks is particularly adapted 
to withstand forest fires and they can resprout from 
the root crown if the tree is burned. 


Historic importance 


The name Quercus comes from the Celtic, quer 
meaning “fine,” and cuez meaning “tree.” Histori- 
cally, the Celtic religion as well as that of other 
cultures venerated old oak trees, using them as a 
focus for spiritual rituals. The Druids believed the 
oak to be a sacred tree, the symbol of their religion, 
and potent source of wisdom. The ancient Greeks 
believed the rustling leaves of a sacred oak to be 
oracles from Zeus. In Allonville, France, an oak 44.3 
ft (13.5 m) in circumference was consecrated as a 
Roman Catholic church in 1696 and the chapel built 
into the canopy can hold 5-10 worshippers. Since 
many oaks live for over 300 years, their longevity 
and durability became the subject of literary meta- 
phors and the trees serve as reminders of many historic 
events. The oldest documented oak lived for 950 years 
in Switzerland. 


When William Penn landed in 1682, the Holly 
Halls white oak stood tall near Elkton, Maryland. 
Recently threatened by development, it has been 
afforded protection by the city and still remains. 
A bur oak (Q. macrocarpa), known as the Council Oak, 
standing in Sioux City, lowa shaded Lewis and Clark 
as they met with the natives. Longfellow’s famous 
poem “Evangeline” includes reference to a live oak 
(Q. virginiana) still standing as an historic landmark 
in St. Martinville, Louisiana. The Jack London Oak 
(Q. agrifolia) was planted near the Oakland (California) 
City Hall after the author died. The oak tree first 
visited by Spanish explorer Vizcaino in 1602 and the 
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site of the first mass held by Father Serra in Monterey, 
California, in 1770 finally died and was replaced by a 
monument in 1896. The Oak of Peace still standing in 
Glendale, California, was the site of the meeting between 
General Andres Pico and Colonel John C. Fremont that 
ended the War with Mexico in 1847. Species of oak 
are the state trees of Connecticut, Georgia, Illinois, 
Iowa, Maryland, New Jersey, and the District of 
Columbia. 


Economic importance 


Because they are widespread and generally large, 
oaks have been used in numerous ways. The leaves, 
flowers, and bark were used by indigenous peoples in 
both Europe and North America for making medici- 
nal drinks used to cure fevers, stop vomiting, and 
control diarrhea. Tannins extracted from the bark were 
used both for dying and tanning hides. The chestnut oak 
(Q. prinus) was logged to virtual extinction due to the 
high quality tannin it provided for the tanning 
industry. 


Acorns 


In addition to the wildlife reliant on acorns as a 
food source, many indigenous peoples also utilized 
this resource. Acorns provided a staple food supply 
for many Native Americans, especially in California. 
A valuable source of nutrients, acorns are high in fat, 
carbohydrates, some protein, and vitamins A, C, and 
E. Preparations included leaching the bitter tannins by 
grinding the inner nut into flour, immersing this in 
running water, and then making either gruel or 
bread. Each oak species tastes different and certain 
species, such as California black oak (Q. kelloggii) 
were preferred, due to their lower tannin content. 
Acorns remain viable for several months following 
ripening and can be stored in granaries for years. 
Considered a sign of fertility by Nordic and Native 
American peoples, acorns were used symbolically in 
many ceremonies. 


Wood 


The structural characteristics of the wood make 
oak one of the most versatile hardwoods, valued by 
many industries. The strength of oak wood is a result 
of the inner structure of vessels and fibers. The ring 
porous nature of the woody tissue results from uneven 
vessel growth. During the spring and summer, large 
vessels and fibers grow, followed by smaller vessels as 
the season progresses. In deciduous species, the vessels 
are almost non-existent and during the fall and winter 
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are replaced by fibers. This provides distinct growth 
rings and adds to the structural integrity of the wood. 
It also provides a distinctive grain pattern when 
planed into thick planks for panelling and cabinetry. 


In red oaks, the vessels remain open over time, 
allowing fluid conduction to continue. These species 
are used in making railroad timbers and furniture. The 
vessels of the white oaks become gummed up with 
tyloses and are more valuable for barrel staves and 
flooring. Casks made of oak are in high demand for 
fermenting wine in France and many other countries. 
Many of the early sailing ships used oak timbers for 
hulls and ribs. A famous example is Old Ironsides, a 
U.S. Navy frigate whose restoration used many large 
timbers of live oak (Q. virginiana). The destruction of 
the English oak (Q. robur) forests in Europe to con- 
struct the navies of the 1600s was one of the many 
economic incentives for colonizing the New World 
with its untouched expanses of hardwood forests. 


The cork oak (Q. suber) is another commercially 
valuable species found throughout the Mediterranean 
region. The thick bark composed mostly of cork cells 
can be harvested every 10 years in early summer to 
provide sheets of soft, smooth cork useful in many 
ways. The cork cells capture air inside as they dry, 
making the material extremely resilient and buoyant. 
Cork has been used to manufacture floats, handles, 
stoppers, and as insulation, since it is a poor conductor 
of heat and sound. 


Probably the most common worldwide use of oak 
is as fuel. Oak burns very hot, providing up to 23 
million BTU per cord. Charcoal made of oak was 
extremely important to small local industries during 
the nineteenth century. Most hardwood forests are 
managed for fuel wood harvesting or lumber, with 
oaks considered the most valuable species. 


Ecological significance 


In addition to ecological and aesthetic landscape 
value, another important role of oaks is in maintaining 
watershed integrity. The sometimes deep, always 
extensive root system of oaks stabilizes slopes, limits 
erosion, and allows groundwater recharge. The wide 
canopies dissipate the rainfall and prevent surface 
erosion, while allowing slow saturation into the soil. 
The ability of oaks and other trees to reduce air pollu- 
tion and trap airborne particulates is well documented. 
Noise abatement and temperature modulation in 
urban areas is also provided by the large, dense 
oaks. These important contributions of oaks to the 
sustainability and livability of our landscapes are 
vital. Careful examination of the role played by 
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oaks in maintaining watershed integrity and 
preservation efforts on a bioregional scale are needed 
to ensure that the oak woodlands endure into the 
future. 


Resources 


BOOKS 

Altman, Nathaniel. Sacred Trees. San Francisco: Sierra 
Club Books, 2000. 

Lewington, Richard, and David Streeter. The Natural 
History of the Oak Tree. New York: Dorling 
Kindersley, 1993. 

Logan, William Bryant. Oak: The Frame of Civilization. 
New York: W. W. Norton, 2006. 


Rosi Dagit 


Oats see Grasses 


l Obesity 


Obesity is a condition where the body of mam- 
mals, such as humans, have stored so much natural 
energy reserves that the fatty tissues they are stored in 
have expanded to a point where it is medically consid- 
ered a significant health risk, with a possible increased 
rate of mortality to that body. Obesity is also consid- 
ered generally as any weight that is at least 20% above 
a person’s ideal weight. This statistic is further broken 
down by percentage and degree of obesity: 20 to 40% 
over ideal weight is considered mildly obese, 40 to 
100% over ideal weight is considered moderately obese, 
and more than 100% over ideal weight is severely 
(morbidly) obese. 


In order to fit the definition of obesity, the excess 
weight must be due to adipose, or fat, tissue. Muscle 
mass does not account for the weight attributed to 
obesity. Therefore, a body-builder with tremendous 
muscle mass for example is not, by definition, obese. 
A deleterious condition, obesity is harmful because of 
the many other health problems associated with it. In 
fact, even moderate obesity can contribute to addi- 
tional health problems. The condition has been linked 
to common but very serious diseases such as high 
bloodpressure, non-insulin dependent diabetes mellitus, 
cardiovascular (heart) disease, and arthritis. 


A proposed link between obesity and certain kinds 
of cancer has also been put forth in recent years, making 
the health risks of weight-gain more evident. According 
to experts, obesity has reached epidemic proportions 
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within the United States, affecting millions of American 
citizens. This increase in obesity, and associated illness, is 
believed to be the result of a modern trend toward ele- 
vated daily caloric intake combined with a decrease in 
physical activity. As many as two-thirds of the American 
adult population report trying to lose weight or keep 
weight off. Yet, recent information shows that many 
Americans do not follow well-established lifestyle guide- 
lines that can accomplish both. 


According to the American Heart Association, as 
of 2004, among U.S. citizens age 20 years and older, 
136.5 million are overweight or obese. Of that number, 
69.6 million are men and 66.9 million are women. Of 
the total numbers for overweight and obese people, 
64.0 million are considered obese, with 27.9 million 
being men and 36.1 million being women. 


Measurements 


Body mass index (BMI) has been the medical 
standard for obesity measurement since the early 
1980s, when government researchers developed it to 
take height into account in weight measurement. BMI 
equals a person’s weight in kilograms (kg) divided by 
that person’s height in meters (m) squared (kg/m7). In 
June 1998, the U.S. federal government changed its 
guidelines for BMI, making a BMI of 18.5 to 24.9 a 
healthy weight/height ratio. (A person with a BMI of 
less than 18.5 is considered underweight.) In BMI 
terms, the overweight range is 25.0 to 29.9 for both 
men and women. 


A person is considered obese if their BM] is within 
30.0 to 40.0, and considered extremely obese if their 
BMI is over 40.0. Depending on where a person is 
positioned within this BMI range—and depending 
on whether the person’s waist size (waist circumfer- 
ence) is below or above 40 inches (102 centimeters) for 
men, or below or above 35 inches (89 centimeters) for 
women—then that person can be at: increased, high, 
or extremely high risk for health-related problems. 


According to these guidelines, a person who is 5 
feet (1.52 meters) in height and weighs 155 pounds 
(70.3 kilograms) has a BMI of 30.3, and is considered 
obese. Someone who is 5 feet/4 inches (1.62 meters) in 
height and weighs 155 pounds (70.3 kilograms) has a 
BMI of 26.7, and is considered overweight, but not 
obese. A person who is 5 feet/11 inches (1.80 meters) 
and weighs 155 pounds (70.3 kilograms) is in the 
healthy BMI range, with a BMI of 21.7. 


An accurate, but inconvenient method of estimat- 
ing body fat uses a blood test. Here, a water-soluble 
compound that is detectable and measurable in solu- 
tion is injected into the person. Because the substance 
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Height 
SO 
5'3" 
BAM 


Small Frame 


128-134 lbs. 
130-136 
132-138 


HEIGHT AND WEIGHT GOALS 


Men 


Medium Frame 


131-141 Ibs. 
133-143 
135-145 


Large Frame 


138-150 lbs. 
140-153 
142-153 


55 
5'6" 
5'7" 


134-140 
136-142 
138-145 


137-148 
139-151 
142-154 


144-160 
146-164 
149-168 


5'8" 
5'9" 
5'10" 


140-148 
142-151 
144-154 


145-157 
148-160 
151-163 


152-172 
155-176 
158-180 


Sulit 
6'0" 
6'1 " 


146-157 
149-160 
152-164 


154-166 
157-170 
160-174 


161-184 
164-188 
168-192 


6'2" 
6'3" 
6'4" 


Height 


4'10" 
411" 
5'0" 


155-168 
158-172 
162-176 


Small Frame 


102-111 Ibs. 
103-113 
104-115 


164-178 
167-182 
171-187 


Women 


Medium Frame 


109-121 Ibs. 
111-123 
113-126 


172-197 
176-202 
181-207 


Large Frame 


118-131 Ibs. 
120-134 
112-137 


5'4" 
519" 
5130 


106-118 
108-121 
111-124 


115-129 
118-132 
121-135 


125-140 
128-143 
131-147 


5'4" 
uy! 
5'6" 


114-127 
117-130 
120-133 


124-141 
127-141 
130-144 


137-151 
137-155 
140-159 


ISlyAu 
5'8" 
5'9" 


123-136 
126-139 
129-142 


133-147 
136-150 
139-153 


143-163 
146-167 
149-170 


5'10" 
Brille 
6'0" 


132-145 
135-148 
138-151 


142-156 
145-159 
148-162 


152-176 
155-176 
158-179 


Recommended ideal height and weight. (Stanley Publishing. The Gale Group.) 


is water soluble, it does not mix well with fat, nor 
highly fatty tissues such as adipose tissue. After allow- 
ing some time for the substance to distribute through- 
out the body, blood samples are taken. The 
concentration of the substance in blood then indicates 
how much it has been diluted in the body. This con- 
centration, then, gives an estimate of lean body tissue. 
Using this, the amount of fatty tissue can be calcu- 
lated. Another method is skinfold measurement. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A simpler and less invasive way to determine per- 
cent of body fat, this technique uses skinfold calipers. 
A caliper is an instrument consisting of a pair of 
movable curved arms that measures the thickness of 
skin folds at certain body regions. Thicker skinfolds 
have more fat content, and the amount of fat under skin 
is thus, correlated with total body fat. A more techno- 
logically oriented way of estimating percent body fat 
uses bioelectrical impedance. By transmitting a small 
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electrical pulse through the body, the amount of body 
fat can be estimated. Because water conducts electric- 
ity more readily than fat, and as lean tissue contains 
more water than fat, the electrical surge can detect the 
amount of lean tissue, and thus fat tissue, present. 


Widespread weight problem 


Excessive weight can result in many serious and 
potentially deadly health problems, including high 
blood pressure, diabetes, infertility and increased risk 
for heart disease and heart attack. In common terms, 
obese means very overweight and often carries nega- 
tive connotations. But in weight-control medicine, 
obese is a non-judgmental term that simply means a 
certain body mass index. 


Obesity is a chronic, metabolic disease caused by 
multiple and complex inherited and acquired factors. 
It is a condition that affects millions of Americans and 
is an increasing worldwide problem. Obesity is also 
prevalent in Europe, Caribbean nations, China, 
Japan, Malaysia, Samoa, the Middle East, and other 
countries. However, estimating the number of obese 
individuals is difficult because experts cannot agree on 
an exact definition. The World Health Organization 
(WHO) recognizes three grades of excess body weight: 
grade | meaning the individual is overweight, while 
grades 2 and 3 signify obesity. Being overweight is not 
the same as being obese. A person who is overweight 
simply weighs more than a statistically calculated tar- 
get weight given their gender, height, and age. 


Recent surveys have determined that approxi- 
mately 54% of adults, about 11% of adolescents of 
ages twelve to seventeen years, and more than 14% of 
children of ages six to eleven years in the United States 
are overweight. These staggering figures, while not 
specifically measuring obesity, point to increases in 
obesity overall. The problem of obesity has gained 
much attention because it results in roughly 300,000 
preventable deaths in the United States each year, 
which is surpassed only by the negative health out- 
comes of tobacco use. Obesity costs are estimated to 
exceed $100 billion annually and continue to grow 
with the rate of increase in obese individuals. In the 
1990s, the average number of obese individuals 
(defined as those with body weights 30% or more 
above their ideal body weight) increased over 6% in 
adult Americans of ages 18 to 29 years. The greatest 
change is seen in the southern United States, where a 
67% increase in the number of obese individuals was 
measured between 1991 and 1998. Overall, the pro- 
portion of the society that is obese has risen from 25% 
to over 32%. As of 2005, eight out of ten Americans 
over 25 years of age are overweight and 78% of 
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Americans do not meet basic activity levels that are 
recommended by federal health agencies; and, of that 
percentage, 25% are completely sedentary. It is pre- 
dicted that by the year 2025, over 40% of the adult 
U.S. population will be obese. 


Genetic, environmental, and societal factors 


The physical explanation for weight gain is sim- 
ple: more calories are consumed than burned by a 
body. As a result, the body stores the excess calories 
as fat. However, the exact reasons why some people 
become obese while others do not is not clear. 


Genetic factors influence how the body regulates 
appetite and the rate at which it turns food into energy 
(metabolic rate), but a genetic tendency to gain weight 
does not automatically mean that a person will be 
obese. Eating habits and patterns of physical activity 
also are important. While there is a genetic component 
to weight, no one is destined to be obese. If weight has 
been a major problem in a family, the obese person 
may not be able to become as thin as he or she would 
like, but losing weight is possible. 


Recent studies have shown that the amount of fat 
in a person’s diet may be more important than the 
number of calories. Carbohydrates like cereals, 
breads, fruits, and vegetables and protein (fish, lean 
meat, turkey breast, skim milk) are converted to fuel 
almost as soon as they are consumed. Most fat calo- 
ries, however, are immediately stored in fat cells, 
which add to the body’s weight and girth as they 
expand and multiply. 


Obesity can also be a side-effect of certain disor- 
ders and conditions, including an underactive thyroid 
gland or damage to the part of the brain that helps 
regulate appetite. Certain medicines, such as steroids 
and antidepressants, also may cause weight gain. 


Obesity is recognized by the National Institutes of 
Health as a disease in itself, and the medical problems 
caused by obesity are serious and often life-threatening. 
In fact, obesity is not just a cosmetic problem—tt is a 
health hazard. Someone who is 40% overweight is 
twice as likely to die prematurely as an average-weight 
person after 10 to 30 years of being obese. Obesity has 
been linked to diabetes, heart disease, high blood 
pressure, stroke, infertility, snoring, menstrual irregu- 
larities, higher rates of certain types of cancer, gall- 
bladder disease and gallstones, osteoarthritis, gout, 
and breathing problems (including sleep apnea). 


The location of fat on a person’s body is one clue 
to the risk of developing certain obesity-related con- 
ditions. Apple-shaped people who store most of their 
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weight around the waist and abdomen are at greater 
risk for cancer, heart disease, stroke, and diabetes than 
pear-shaped people whose extra pounds settle primarily 
in their hips and thighs. 


Almost all of these problems are relieved by per- 
manent significant weight loss. But for many obese 
people, health concerns are less important than the 
emotional suffering they face at the hands of thinner 
people. U.S. society and many other industrial soci- 
eties in the world place great emphasis on physical 
appearance, and those societies equate attractiveness 
with slimness, especially in women. Many Americans 
assume that obese people are gluttonous, lazy, stupid 
and self-indulgent, and because of these attitudes, 
obese people face daily prejudice and discrimination 
at work, at school, while job-hunting, and in social 
situations. Feelings of rejection, shame, and depres- 
sion are common. 


While it is unacceptable to discriminate against 
people on the basis of race, religion, gender, sexual 
persuasion, or ethnic group, many Americans still dis- 
criminate against the obese. Overweight people find it 
more difficult to get and keep a job; almost half those 
who are 100 pounds (45 kilograms) or more overweight 
are unemployed. For those who do have jobs, obese 
workers are often overlooked because they do not 
present a corporate or professional image. Heavy peo- 
ple are often discriminated against by their insurance 
carriers when the insurer refuses to provide therapy 
that will help relieve obesity, ignoring current scientific 
literature on how surgery can prevent, diminish, and 
often cure diseases and conditions associated with obe- 
sity. Frequently, heavy patients are discriminated 
against by their doctors, who tell them that their med- 
ical problems will disappear if they just stop eating. 


The types of disabilities experienced by obese peo- 
ple are not widely acknowledged by society. It is com- 
mon for heavy people to be discriminated against in 
social situations, where they are often treated as non- 
persons. Most people think that obesity is the result of 
slothful living, poor personal eating and exercise hab- 
its, and lack of intelligence and self-control. 


Physiological causes 


Obesity is a condition that is influenced by genetic 
and environmental factors (such as energy intake 
and expenditure, fetal nutrition, culture). There are 
four major physiological causes of obesity: endocrine 
disorders (growth hormone deficiency, Cushing syn- 
drome), genetic syndromes (Prader-Willi syndrome or 
Alstrom syndrome), disorders of the central nervous 
system (tumor, trauma) or the most common cause, 
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multifactorial or primary obesity (caused by an inter- 
action of multiple genes). 


A number of metabolic functions can be affected 
by genetic background and result in a variable pro- 
duction, storage, and distribution of body fat among 
different people. Therefore, some people are more 
susceptible to obesity than others. Although obesity 
appears to run in families, the twin studies have indi- 
cated that only 50% of the tendency for obesity is 
inherited, the rest is contributed by the environment. 


Although at present, environmental factors 
responsible for the weight imbalance are obscure, an 
imbalance between energy intake (diet) and energy out- 
put (exercise and energy demands of the body) appears 
as a main problem resulting in surplus body fat. Energy 
output is related to the level of physical activity under- 
taken by a person. People engaging in regular exercise 
are likely to loose or not gain weight over time, while a 
reduction in physical activity brought about by an 
increase in inactive lifestyle (television watching, com- 
puter games, etc.) leads to weight gain. The changes in 
lifestyle affect energy intake. An increase in consump- 
tion of fat and sugar-containing foods results in over- 
eating, as those foods have poor satiating capacity. It is 
clear that the combination of bad dietary habits and 
low exercise levels increases the risk of obesity and 
related diseases. This risk is increased in people with 
lower metabolic rates. Metabolism, defined as the sum 
total of all the chemical reactions occurring within the 
cells of the body, can be affected by thyroid hormone 
levels, growth hormone levels, and insulin levels. Some 
researchers suspect that imbalances in these hormones 
can cause obesity. An important cause can also be a 
malfunction in the hypothalamus region of the brain 
that regulates appetite and satiety. Satiety is a feeling of 
satisfaction after eating. If the hypothalamus malfunc- 
tions, an individual may not experience feelings of full- 
ness after eating, and overeat as a result of feeling 
constantly hungry. Moreover, it appears that fetal 
development and nutrition can have an influence on 
development of obesity later in life. It has been sug- 
gested that maternal malnutrition leads not only to low 
birth weight, but also to an increased risk of developing 
obesity postnatally. 


Health effects 


Two leading causes of death and disability among 
adults are heart disease and stroke. People who are over- 
weight are more likely to have elevated blood pressure, 
or hypertension, which is a major risk factor for both 
stroke and chronic congestive heart failure. Also, high 
blood levels of cholesterol and triglycerides (fats) can 
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lead to heart disease. Often, raised levels of cholesterol 
and triglycerides are linked to being overweight. Obesity 
can also lead to angina (chest pain) from decreased oxy- 
gen to the heart. Fortunately, the loss of a relatively 
small amount of weight can make a dramatic difference. 
A reduction of 10% of body weight can decrease the 
chances of heart disease in obese individuals. 


Another major disease, affecting millions of peo- 
ple, that is linked to obesity is diabetes. Diabetes mel- 
litus is a disease caused by an inability of the body to 
metabolise carbohydrates and control blood sugar 
levels. Some people, having type I diabetes mellitus, 
are born with the disease. Type IJ, or non-insulin 
dependent diabetes mellitus, is acquired over time, 
but can be serious nonetheless. Both kinds of diabetes 
are a major cause of heart disease, stroke, kidney 
disease, blindness, and early death. People who are 
obese are much more likely to develop type II diabetes. 


Several kinds of cancer have been linked to obe- 
sity and excess body fat. Obese males are at greater 
risk of developing colon cancer, rectal cancer, and 
prostate cancer. Women who are obese are at greater 
risk of developing cervical cancer, ovarian cancer, and 
breast cancer. Exact mechanisms are, by and large, 
unknown. For some types of cancer, it is not known 
whether the increase in risk is due to obesity itself or a 
high fat, high calorie diet. 


Other serious diseases, like sleep apnea, gout, and 
osteoarthritis are also linked to obesity. Sleep apnea is 
characterized by short periods of time where breathing 
stops during sleep. The risk for sleep apnea increases 
with increasing body weight. Osteoarthritis is a painful 
degenerative joint disorder that has been called wear- 
and-tear arthritis since it is caused by physical stress 
on joints. It most often affects knees, hips, and lower 
back vertebrae. Extra weight can place pressure on 
these joints, accelerating the wearing away of the car- 
tilage that normally protects them. Gout is a joint 
disease, but it is caused by high levels of uric acid. 
Uric acid can form crystal deposits in the joints, caus- 
ing pain and inflammation. Gout is more common in 
obese people. 


All of the diseases listed above become exagger- 
ated in people who display morbid obesity. Morbid 
obesity is defined as a body weight that is twice 
the ideal value. Morbidly obese individuals are at 
greater risk of developing serious health problems. 
Fortunately, obesity can be managed and a reduction 
in weight can produce reductions in associated disease. 
Long-term changes in eating habits and physical activ- 
ity are listed as the best ways to lose weight and keep it 
off over time. 
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Diets and treatments 


Most weight-loss diets do not work because they 
are poorly designed and they do not help people keep 
the weight off. In fact, any diet that emphasizes limit- 
ing calories for a set period of time, or that focuses on 
crash dieting, will fail. The person may lose weight 
temporarily but as soon as the diet stops, the pounds 
return. To lose weight and keep it off, an obese person 
must change eating habits permanently and get more 
exercise. 


An obese person who wants to lose weight should 
not focus on dieting, because dieting means depriva- 
tion, and no one chooses to remain deprived for long. 
Losing weight by dieting alone will weaken muscles, 
lower energy levels, and increase fatigue. Dropping 
weight too quickly can lessen muscle mass, which can 
be harmful. The best plan is to try to lose about one 
pound (about one-half kilogram) a week so that the 
loss will not harm the body. This loss should be linked 
to a realistic exercise program to burn fat, build muscle 
and increase cardiovascular fitness. 


The success rate for dieting is approximately 3 to 
5%. There are a wide variety of weight-loss programs 
available. Do-it-yourself programs include individual 
efforts and groups of like-minded people such as 
Overeaters Anonymous and TOPS (Take Off Pounds 
Sensibly). 


Non-clinical programs are commercial franchises 
that offer program materials that may or may not be 
produced with guidance from health care providers. 
These programs rely heavily on counselors (who are 
typically not health care providers) to provide services 
to clients. 


Clinical programs are provided by a licensed pro- 
fessional who may or may not have had the specialized 
training to treat obese patients. Clinical programs 
include such services as nutrition, medical care, behav- 
ior therapy, exercise and psychological counseling, 
and may use very-low-calorie diets, medications, and 
surgery. The medication and surgery clinical programs 
offer help to overweight individuals who have not 
been able to lose weight with other approaches. 


For people who are severely obese, diet and life- 
style changes may be accompanied by surgery to 
reduce or bypass portions of the stomach or small 
intestine. Because such surgery can be risky, it is 
done only after other weight-loss strategies have 
failed, and only on patients whose obesity seriously 
threatens their health. Patients who have had some 
variety of stomach bypass or stapling maintain a 
weight loss of at least 60% at the end of five years. 
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However, weight loss after surgery is not guaranteed 
and depends on how effectively the patient follows the 
recommended program. 


Other surgical procedures, such as liposuction and 
jaw wiring, are not recommended for obese patients. 


Appetite-suppressant drugs are sometimes pre- 
scribed to help people lose weight. These drugs 
work by increasing levels of brain chemicals that con- 
trol feelings of fullness and satisfaction. However, 
most of the weight lost while taking appetite suppres- 
sants is usually regained after stopping them. Also, 
suppressants containing amphetamines can _ be 
abused by patients. Two weight-loss drugs, dexfen- 
fluramine hydrochloride (Redux®) and fenfluramine 
(Pondimin®) as well as a combination fenfluramine- 
phentermine (Fen/Phen®) drug, were taken off the 
market when they were shown to cause potentially 
fatal heart defects. In November 1997, the U.S. Food 
and Drug Administration (FDA) approved a new 
weight-loss drug, sibutramine, (Meridia®). Available 
only with a doctor’s prescription, Meridia® can sig- 
nificantly elevate blood pressure and cause dry mouth, 
headache, constipation, and insomnia. This medica- 
tion should not be used by patients with a history of 
congestive heart failure, heart disease, stroke, or 
uncontrolled high blood pressure. 


The Chinese herb ephedra (Ephedra sinica), com- 
bined with caffeine, exercise, and a low-fat diet in 
doctor-supervised weight-loss programs, is an alterna- 
tive approach that can cause at least a temporary weight 
loss. However, the large doses of ephedra required to 
achieve the desired result can also cause serious medical 
problems including high blood pressure, heart attack, 
seizures, stroke, and death. Ephedra should not be used 
by anyone with a history of diabetes, heart disease, or 
thyroid problems. Diuretic herbs, which increase urine 
production, can cause short-term weight loss but cannot 
help patients achieve lasting weight control. 


Acupressure and acupuncture can also suppress 
food cravings. Visualization and meditation can create 
and reinforce a positive self-image that enhances the 
patient’s determination to lose weight. By improving 
physical strength, mental concentration, and emotional 
serenity, yoga can provide the same benefits. 


Healthy lifestyles 


The best approach to achieving and maintaining 
weight loss is a life-long commitment to regular exer- 
cise and sensible eating habits. Up to 85% of dieters 
who do not exercise on a regular basis will regain their 
lost weight within two years. In five years, the figure 
rises to 90%. Exercise increases the metabolic rate by 
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KEY TERMS 


Adipose tissue—Fatty tissue. 


Hydrostatic weighing—A technique to estimate 
percent body fat based on the density of an individ- 
ual. Density is measured by immersing the person 
in a tank of water. 


Metabolism—The sum total of all chemical reac- 
tions occurring in the body. 


Obesity—A chronic, metabolic condition of excess 
body weight attributable to fat. 


Skinfold caliper—A curved, hinged claw-shaped 
tool used to measure the thickness of skinfolds con- 
taining subcutaneous fat deposits. Skinfold thick- 
ness is correlated to percent body fat, thus skinfold 
calipers are used to estimate percent body fat. 


creating muscle, which burns more calories than fat. 
When regular exercise is combined with regular, 
healthful meals, calories continue to burn at an accel- 
erated rate for several hours. Obese people need to aim 
for permanent lifestyle changes of healthier eating, 
regular physical activity, and a better outlook toward 
food, because without a long-term commitment, body 
weight will slowly increase. 


See also Genetics. 
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Obsession 


| Obsession 


The main concern of psychiatrists and therapists 
who treat people with obsessions is the role they play 
in a mental illness called obsessive-compulsive disor- 
der (OCD). Obsessions need to be distinguished from 
compulsions in order to understand how they inter- 
connect with compulsive behavior and reinforce this 
debilitating illness. 


In psychiatric literature, obsessions are defined as 
disruptive thoughts and impulses that cause the suf- 
ferer a great deal of distress. These thoughts can then 
lead to compulsive behavior, such as the ritualistic 
washing of hands, to relieve the anxiety that the obses- 
sional thoughts create. The obsessions come first, then 
compulsive behavior follows. Obsessions often take 
the form of thoughts about becoming contaminated, 
engaging in unwanted sexual acts, about committing a 
violent act, or doubts about having performed an act, 
such as locking the door when leaving the house. 


Obsessive-compulsive disorder (OCD) 


Obsessive-compulsive disorder is classified as an 
anxiety disorder. Other anxiety disorders are panic 
attacks, agoraphobia (the fear of public places), pho- 
bias (fear of specific objects or situations), and certain 
stress disorders. This illness becomes increasingly 
more difficult to the patient and family, because it 
tends to consume more and more of the individual’s 
time and energy. While a person who is suffering from 
an obsession is aware of how irrational or senseless the 
fear is, he or she is overwhelmed by the need to per- 
form ritualistic behavior in order to relieve the anxiety 
connected with the obsession. 


People who suffer from OCD may have obses- 
sions but no compulsions to act on them. The obses- 
sive thoughts, nevertheless, consume a great deal of 
time and energy. Someone who is very religious and 
has sexual obsessions that violate the person’s per- 
sonal beliefs may become extremely distressed when 
the thoughts become all-consuming. 


Obsessive-compulsive personality disorder 


People with personality traits, like being a perfec- 
tionist or rigidly controlling, may not have OCD, but 
may have obsessive-compulsive personality disorder. 
In this illness the patient may spend excessive amounts 
of energy on details and lose perspective about the 
overall goals of a task or job. Obsessive personalities 
tend to be rigid and unreasonable about how things 
must be done. They tend also to be workaholics, 
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forgoing the pleasures of leisure-time activities over 
work. They are often inflexible, unaffectionate, lack 
generosity, or may tend to hoard objects that are 
worthless and have no sentimental value to them. 


Like obsessive-compulsive disorder, it can be 
time-consuming, but it does not carry with it specific 
obsessions or compulsions. The obsessive behavior 
arises more from generalized attitudes about perfec- 
tionism than from a specific concern about contami- 
nation or obsessive thoughts of a specific nature. The 
obsessive personality may be able to function quite 
successfully in a work environment but makes every- 
one else miserable by demanding the same excessive 
standards of perfection. 


Treatments for obsessive-compulsive 
illnesses 


The problem for treatment of obsessive-compulsive 
illnesses must follow careful diagnosis of the specific 
nature of the disorder. 


The methods used to treat these illnesses include a 
careful physical and psychological evaluation, medi- 
cations, and therapies. 


In behavior therapy, the patient is encouraged to 
control behavior, which the therapist feels can be 
accomplished with direction. The patient is also 
made to understand that thoughts cannot be con- 
trolled, but that when compulsive behavior is changed 
gradually through behavior modification methods, 
obsessive thoughts will diminish. In this therapy 
patients are exposed to the fears that produce anxiety 
in them, called flooding, and gradually learn to deal 
with their fears. 


Cognitive therapists feel it is important for OCD 
patients to learn to think differently in order to 
improve their condition. Most professionals who 
treat obsessive-compulsive illnesses feel that a combi- 
nation of therapy and medication is helpful. Some 
antidepressants, like Anafranil (clomipramine) and 
Prozac (fluoxetine), are prescribed to help alleviate 
the condition. 


See also Compulsion. 
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KEY TERMS 


Anxiety disorder—An illness in which anxiety plays 
a role. 


Behavior therapy—A therapeutic program that 
emphasizes changing behavior. 


Cognitive therapy—A therapeutic program that 
emphasizes changing a patient's thinking. 
Compulsive behavior—Behavior that is driven by 
an obsession. 


Flooding—Exposing a person with an obsession to 
his or her fears as a way of helping him or her face 
and overcome them. 


Obsessive-compulsive disorder—A mental illness 
in which a person is driven to compulsive behavior 
to relieve the anxiety of an obsession. 


Obsessive-compulsive personality disorder—The 
preoccupation with minor details to the exclusion 
of larger issues; exhibiting overcontrolling and per- 
fectionistic attitudes. 
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| Ocean 


Oceans are large bodies of saltwater that surround 
the continents and occupy the basins between them. 
Ocean basins are the part of the seafloor that lies 
beyond the margins of the continents, generally in 
water deeper than 600 feet (183 meters). 


As Earth formed in a cloud of gas and dust more 
than 4.5 billion years ago, a huge amount of lighter 
elements, including hydrogen (H) and oxygen (O), 
became trapped inside the planet as the gases con- 
densed and formed molten rock. Materials of different 
densities separated out; in the young planet’s molten 
interior, heavy elements sank and light elements rose. 
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Gases rose through thousands of miles of molten 
and melting rock, to erupt on the surface through 
volcanoes and fissures. Within the planet and above 
the surface, oxygen combined with hydrogen to form 
water (H,0). Enormous quantities of water—enough 
to fill oceans if it were liquid—shrouded the globe as 
an incredibly dense atmosphere of water vapor. Near 
the top of the atmosphere, where heat could be lost to 
outer space, water vapor condensed to liquid and fell 
back into the water vapor layer below, cooling the 
layer. This atmospheric cooling process continued 
until the first raindrops fell to Earth’s surface. Over 
thousands of years, and perhaps at different times 
during the life of Earth, the surface depressions filled 
to create the oceans. 


It may be that most of the water on Earth today 
has been cycling between the oceans, the land, and 
Earth’s atmosphere for more than four billion years. 
However, small amounts of “new” water escape the 
planet’s interior, from volcanoes, even today. 


Water absorbs a large amount of heat energy 
before its temperature changes. Put the other way 
round, water must lose a large amount of heat energy 
before it cools noticeably. The net result of this phe- 
nomenon is that water, more than air or earth, tends to 
remain at the temperature at which it is already. Water 
is not given to sudden, wild extremes of temperature. 
Therefore water has a strong moderating effect on 
climates. Where there is water, there are more moderate 
temperatures. A maritime (oceanlike) climate tends to 
be moister and subject to less fluctuation in temperature 
than regions far from the ocean such as the interior of 
the United States. 


Nearly all coasts experience this maritime effect, 
but it is especially apparent along coasts where there 
are large ocean currents. The moderating effects of the 
Gulf Stream are a good example. Caribbean sunshine 
warms the waters of the Gulf Stream in the tropics. 
This warm water then flows up the east coast of the 
United States and Canada until crossing the Atlantic 
to the coast of Western Europe. This warm current is 
why England’s climate is so much warmer than areas 
at about the same latitude in North America. 
However, when the Gulf Stream is diverted south- 
ward, Western Europe experiences extreme cold—the 
last such event, during the fourteenth through nine- 
teenth century, is known as the “Little Ice Age.” 


The moderating influence of the Gulf Stream may 
be changing. Evidence published in 2005 suggests that 
the flow of the Gulf Stream may be diminishing. If this 
proves to be the case, the climate of regions like 
England could be profoundly affected. 
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Ocean basin 


KEY TERMS 


Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Maritime climate—A moist climate that is neither 
too hot nor too cold, caused by the moderating 
effect of water on temperatures. 


Pelagic sediment—Sediment in the open ocean. 


Pillow lava—The shape adopted by lava when it 
erupts deep under water. 


Trenches—Deep, trough-like depressions in the 
ocean floor. 
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| Ocean basin 


Ocean basins are the part of Earth’s surface that 
extends seaward from the continental margins. The 
ocean basins constitute one of the two major topo- 
graphic features of Earth’s surface, the other being the 
continents. They range in depth from an average of 
about 6,500 ft (2,000 m) down into the deepest 
trenches. Ocean basins cover about 70% of the total 
sea area and about half of the planet’s total surface 
area. 


In contrast to the landforms of the continents 
familiar to humans—features such as mountains, pla- 
teaus, hills, and rivers—the various topographic fea- 
tures of the ocean basins are still not well understood. 
The ocean basins are thousands of meters below the 
water’s surface, and they can be explored only with 
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remote measuring equipment or in special research 
submarines known as submersibles. 


The familiar landscapes of continents are mir- 
rored, and generally magnified, by comparable fea- 
tures in the ocean basin. The largest underwater 
mountains, for example, are higher than those on the 
continents, and underwater plains are flatter and more 
extensive than those on continents. 


The basins of Earth’s four ocean basins, the 
Atlantic, Pacific, Indian, and Arctic, differ from each 
other in many respects. Yet, they all contain certain 
common features such as oceanic ridges, trenches, and 
fracture zones and cracks, abyssal plains and hills, 
seamounts and guyots. 


Oceanic ridges 


Some of the most impressive topographic features 
of the ocean basins are the enormous mountain 
ranges, or oceanic ridges. The Mid-Atlantic Ridge, 
for example, begins at the tip of Greenland, runs 
down the center of the Atlantic Ocean between the 
Americas on the west and Africa on the east, and 
ends at the southern tip of the African continent. At 
that point, it continues around the eastern edge of 
Africa, where it becomes the Mid-Indian Ridge. 


The Mid-Indian Ridge then divides along the cen- 
ter of the Indian Ocean basin, with a second arc curv- 
ing away south of the Australian continent. As that 
ridge continues eastward from Australia, it eventually 
heads northward on the floor of the Pacific Ocean, 
along the western coastline of South and Central 
America. In this region, the ridge is known as the 
East Pacific Ridge. Because of all these interconnec- 
tions, one may consider the ridge as a single oceanic 
feature that encircles Earth and stretches more than 
40,000 mi (65,000 km). 


In most locations, the oceanic ridges are 6,500 ft 
(2,000 m) or more below the surface of the oceans. Ina 
few places, however, they actually extend above sea 
level and form islands. Iceland, the Azores, and 
Tristan de Cunha are examples of such islands. 


Running along the middle of an oceanic ridge, 
there is often a deep crevice known as a rift, or median 
valley. This central rift can plunge as far as 6,500 ft 
(2,000 m) below the top of the ridge that surrounds it. 
According to the theory of plate tectonics, ocean 
ridges are formed when molten rock, or magma, 
escapes from Earth’s interior to form the lithospheric 
plates (which include the seafloor) of Earth, a process 
known as seafloor spreading. Rifts may be the specific 
parts of the ridges where the magma escapes. 
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Trenches 


Trenches are long, narrow, canyon-like struc- 
tures, most often found adjacent to a continental mar- 
gin. They occur much more commonly in the Pacific 
than in any of the other oceans. The deepest trench on 
Earth is the Marianas trench, which runs from the 
coast of Japan south and then west toward the 
Philippine Islands. Its deepest spot is 36,152 ft 
(11,022 m) below sea level and it runs a distance of 
about 1,580 m (2,550 km). The longest trench is 
located along the coast of Peru and Chile. Its total 
length is 3,700 m (5,900 km) and it has a maximum 
depth of 26,420 ft (8,055 m). 


Earthquakes and volcanic activity are commonly 
associated with trenches. In fact, the trenches that 
encircle the Pacific Ocean are sometimes called the 
Ring of Fire because of the volcanic activity located 
there. According to the plate tectonic theory, trenches 
form at sites where one lithospheric plate is forced 
beneath another, or subducted, as a result of seafloor 
spreading elsewhere. Friction between the two plates is 
responsible for the associated earthquakes and vol- 
canic activity. 


Fracture zones 


Fracture zones are the source of additional seis- 
mic activity in ocean basins. These are regions where, 
along numerous faults, sections of the ocean floor slide 
past each other, relieving tension created by seafloor 
spreading at the ocean ridges. Ocean crust in a fracture 
zone looks like it has been sliced up by a giant knife. 
The faults usually cut across ocean ridges, often nearly 
at right angles to the ridge. A map of the North 
Atlantic Ocean basin, for example, shows the Mid- 
Atlantic Ridge traveling from north to south across 
the middle of the basin, with dozens of fracture zones 
cutting across the ridge from east to west. 


Some of the largest fracture zones are located along 
the eastern edge of the Pacific Ocean. The Clipperton 
And Clarion Fracture Zones, for example, originate 
along the western coast of Mexico and extend up to 
3,300 mi (5,300 km) to the west. At their maximum, 
these zones may be almost 30 mi (50 km) wide and 
10,500 ft (3,150 m) deep. 


Abyssal plains and hills 


Abyssal plains are relatively flat areas of the ocean 
basin with slopes of less than one part in a thousand. 
They tend to be found at depths of 13,000-16,000 ft 
(4,000-5,000 m). Oceanographers believe that abyssal 
plains are so flat because they are layered with sediments 
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that have washed off the surface of the continents for 
thousands of years. On the abyssal plains, these layers of 
sediment have now covered up any irregularities that 
may exist in rock of the ocean floor beneath them. 


Abyssal plains found in the Atlantic and Indian 
Ocean tend to be more extensive than those in the 
Pacific Ocean. The majority of the world’s largest 
rivers empty into the Atlantic and Indian Oceans, 
supplying both ocean basins the sediments from 
which abyssal plains are made. 


Abyssal hills are irregular structures on the ocean 
floor that average about 825 ft (250 m) in height. They 
often occur over very wide stretches of the ocean floor 
and are especially common in the Pacific Ocean. 
Abyssal hills are probably just smaller versions of the 
volcanic features known as seamounts. 


Volcanic cones 


Largely unseen by human eyes, the ocean basins 
are alive with volcanic activity. Magma flows upward 
from the mantle to the ocean bottom not only through 
rifts, but also through numerous volcanoes and other 
openings in the ocean floor. Seamounts are submarine 
volcanoes and can either be active or extinct. Guyots 
are extinct volcanoes that were once above sea level, 
but have since subsided below the surface. As they 
subsided, wave or current action eroded the top of 
the volcano to a flat surface. 


Seamounts and guyots typically rise about 0.6 mile 
(1 km) above the ocean floor. One of the largest known 
seamounts is Great Meteor Seamount. It extends to a 
height of more than 1,300 ft (4,000 m) above the ocean 
floor in the northeastern part of the Atlantic Ocean. 


See also Continental shelf; Hydrothermal vents; 
Oceanography. 
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Ocean sunfish 
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| Ocean sunfish 


The ocean sunfish (Mola mola), also called the 
headfish, is so named because of its unique shape: it 
looks as if it is all head and no body. 


The ocean sunfish is a very large species that lives 
in tropical and temperate waters. It has a flattened, 
oval body that may measure 11 ft (3.5 m) in length and 
weigh as much as 2,000 Ib (1,000 kg). In contrast to its 
huge size, it has a vertebrae column of only 0.5 in (12 
mm) in length. The body is oval and has a thick 
leathery skin. Most ocean sunfish are gray, olive 
brown, sometimes nearly black, with light undersides. 


The ocean sunfish has a snout which protrudes 
out beyond a small mouth, which consists of both an 
upper and lower jaw. The jaws are toothed and are 
joined to form a single, sharp-edged beak. 


The fins of the ocean sunfish are distinctive: there 
is a single long dorsal fin extending from the top and 
an equally long anal fin. The body ends abruptly with 
a low tail fin, and a rounded and wavy tail. The 
pointed-tailed sunfish (Mola lanceolata), has a tail 
drawn out into a point in the middle. The oblong- 
shaped sunfish (Ranzania truncata) has a tail with a 
more rounded margin. These two species are smaller 
than the Mola mola, with the Ranzania truncata sel- 
dom exceeding 2 ft (60 cm). 


The young of ocean sunfish are a relatively normal 
fish shape compared to the shape of the adult. A 
captured female sunfish had approximately 300 mil- 
lion eggs in its ovaries. The larvae of the sunfish are 
about 0.10 in (2.5 mm) long and similar in shape to 
conventional fish. The shape soon changes with the 
growth of both the anal and dorsal fins, and the body 
becomes covered with spines. This coat of spines is 
then lost until there are only five spines left. These five 
long spines shorten until they are lost completely. 
After this stage the bulky, disc-like, body begins to 
form. The young ocean sunfish is then about 0.5 in 
(12 mm) long. 


In order to steer its way through the ocean, the 
ocean sunfish waves both the anal and dorsal fins in 
unison from side to side. These fins add a twisting 
motion as they wave. The small, continuously flapping, 
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pectoral fins are thought to only act as stabilizers, 
having no effect on the propulsion or steering of the 
animal. The tail is used as a rudder. Steering is accom- 
plished by the use of the gills. The sunfish steers itself 
by squirting a strong jet of water out of one gill open- 
ing or the other, or out of its mouth. The food of the 
ocean sunfish consists of plankton, jellyfish, shellfish, 
crustaceans, squid, and small fish, so speed is not 
essential. The life of ocean sunfish is very simple and 
does not require much intelligence, and its brain is 
smaller than its spinal cord. 


The ocean sunfish has frustrated harpooners for 
many years. When pierced by a harpoon, a sunfish 
makes no attempt to take evasive action, but rather 
makes sounds described as sighing, groaning, or 
grunting. These sounds are made by grinding their 
throat teeth together and may or may not indicate 
distress. No evasive action is necessary because the 
ocean sunfish has about 2-3 in (5-7.5 cm) of gristle 
under its tough skin. Harpooners have been known to 
try dozens of times before piercing this skin. Indeed, it 
has even been said to be bullet-proof. 


Often ocean sunfish are seen sunning themselves on 
the ocean surface, most often during calm weather. 
Basking in the sun by sunfish has often been disputed. 
Some believe that sunfish seen at or near the surface 
must either be dead or dying. A biologist has investigated 
this phenomenon and concluded that ocean sunfish in 
this position are, for the most part, sick or dying. At 
times, the ocean sunfish may go down to a depth of 
about 650 ft (200 m). The sunfish is most often seen 
singly or in pairs, but at certain times of the year they 
may come together in schools of a dozen or more. 
Underwater investigations have shown that the ocean 
sunfish, when at rest, goes to a darker color and when it 
begins to swim the color changes to a very light shade. 


Ocean trench see Plate tectonics 


tl Ocean zones 


Ocean zones are regions of the ocean that contain 
distinctive plant and animal life. They are sometimes 
referred to as ocean layers or environmental zones. In 
1957 Joel Hedgpeth first suggested a system of ecolog- 
ical zonation for the ocean. According to that system, 
the ocean environment is divided into two broad cat- 
egories: the benthic realm, consisting of the seafloor; 
and the pelagic realm, which consists of the ocean 
waters. Each of these realms is then subdivided into 
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separate zones according to the depth of the water, 
which strongly influences the types of plant and ani- 
mal life that live there. 


Water depth vs. light penetration 


The single most important factor in distinguishing 
vertical subdivisions of the benthic and pelagic realms 
is the availability of solar energy. Because it is strongly 
absorbed and scattered by water, phytoplankton and 
other suspended particulates, light cannot penetrate 
deeply into the ocean. Plants require sunlight to carry 
on photosynthesis, the process that converts carbon 
dioxide, water, and other nutrients to simple carbohy- 
drates, providing food for themselves and for animals 
at higher trophic levels. In the open ocean, where light 
penetrates the deepest, there is sufficient light for pho- 
tosynthesis at depths aboveabout 650 ft (200 m). This 
interval from the surface to 650 ft (200 m) is therefore 
known as the euphotic (“eu-” = good, “photo-” = light) 
zone, or simply the photic zone. By some estimates, 
about two-thirds of all the photosynthetic activity that 
occurs on Earth (on land and in the water) takes place 
within the euphotic zone. 


Below the euphotic zone to a depth of about 3000 
m is the layer known as the dysphotic (“dys-” = poor) 
zone. In these regions light is only about 1% of that at 
the surface and photosynthesis is rarely possible. 
Below the dysphotic zone down to the deepest parts 
of the ocean, light is essentially nonexistent. This layer 
is called the aphotic (“‘a-” meaning, without) zone. At 
one time, scientists thought that very little life existed 
within the aphotic zone. However, because of research 
using remotely operated cameras and deep-sea sub- 
mersibles the existence of a variety organisms living 
on the deepest parts of the ocean floor has been dis- 
covered. Some oceanographers do not distinguish 
between the dysphotic zone and the aphotic zone 
since the ecology of these regions is similar. 


The benthic realm 


The benthic realm includes all of the ocean floor 
and extends from the coast to the deepest parts of the 
ocean. The section of the shoreline above the high 
tide line is known as the supralittoral, supratidal, or 
splash zone. It is covered by water only during the 
highest tides of the year. The next lower region of the 
shoreline, between high and low tide, is referred to as 
the littoral or intertidal zone. The portion of the 
seafloor below low water, extending outward to the 
edge of the continental shelf, is the sublittoral or 
subtidal zone. Depending on the turbidity of the 
water, the base of the sublittoral zone commonly 
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corresponds to the base of the euphotic zone. Some 
classifications use the term littoral to refer to the 
entire shore zone, from the supratidal to subtidal 
zones of the continental shelf. The floor of the con- 
tinental slope, extending from a depth of about 650- 
13,200 ft (200-4,000 m), is defined as the bathyal 
zone. The abyssal zone is comprised of flat, nearly 
featureless expanses of ocean floor at depths ranging 
from 13,200-20,000 ft (4,000-6,000 m). The deepest 
parts of the ocean bottom, within the ocean trenches, 
are referred to the hadal zone. 


The benthic realm is a biologically rich environ- 
ment. It is estimated that up to 98% of all marine 
species are found on or near the ocean floor. Some of 
these species are fish or shellfish swimming just above 
the ocean floor, but most are organisms that burrow in 
the sand or mud, bore into or are attached to rocks, 
live in shells, or simply move along the ocean floor. 


In the deeper parts of the benthic zone, below the 
photic zone, plants and therefore herbivores are 
unable to thrive. However, when organisms from the 
photic zone die, they rain down on deeper parts of the 
ocean. This dead organic matter from above supports 
thriving benthic communities. 


The pelagic realm 


Scientists often separate the pelagic realm into 
two regions. The portion of the ocean that overlies 
the continental shelf, to a maximum depth of about 
650 ft (200 m), is known as the neritic or coastal zone. 
The portion outward from the continental shelf is 
called the pelagic or oceanic division. 


Epipelagic zone 


The epipelagic zone, from the surface to 650 ft 
(200 m), roughly corresponding to the euphotic zone, 
supports phytoplankton (algae and microscopic 
plants). They are the primary producers of the ocean, 
the lowest level on the oceanic food web. 


On the next level of the pelagic food web are the 
primary consumers, mostly zooplankton or microscopic 
animals. They feed on phytoplankton and, in turn, 
become food for larger animals or secondary consumers 
such as sardines, herring, and other small fish. Tuna, 
bonito, sharks and marine mammals are higher-level 
consumers, making their diet of smaller fish. 


Mesopelagic zone 
The open ocean below the photic zone to a depth 


of 3,000 ft (1,000 m) is known as the mesopelagic zone. 
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In the mesopelagic zone, a number of organisms sur- 
vive by spending daylight hours within this zone and 
then rising toward the surface during evening hours. 
In this way, they can feed on the phytoplankton and 
zooplankton in the photic zone while avoiding visual 
predators during the day. The most common organ- 
isms found in the mesopelagic zone are small fish, 
squid, and small crustaceans. 


A number of inhabitants of the deeper dysphotic 
zone have evolved some interesting adaptations for 
living in this twilight world. They often have very 
large eyes, capable of detecting light only 1% as 
intense as that visible to the human eye. A majority 
also have light-producing organs that give off a phos- 
phorescence that makes them glow in the dark. 


Bathypelagic, abyssopelagic, 
and hadalpelagic zones 


Organisms found in the aphotic zones of the open 
ocean, the bathypelagic zone (about 3,000-13,000 ft 
[1,000-4,000 m]), the abyssopelagic zone (about 
13,000-20,000 ft [4,000-6,000 m]), and the hadalpelagic 
zone (below 20,000 ft [6,000 m]), have evolved some 
unusual adaptations for survival in their lightless envi- 
ronment. In these regions, pressures may exceed 500 
atmospheres—500 times that of atmospheric pressure, 
or the equivalent of several tons per square inch—and 
temperatures never get much warmer than about 3°C 
(37°F). Organisms within these zones generally prey 
on each other and have developed special features 
such as expandable mouths, large and very sharp 
teeth, and special strategies for hunting or luring prey. 


Recent discoveries 


As oceanographers extend their studies to the 
deepest parts of the oceans, they continually encounter 
surprises in the kinds of marine life found there. One 
of the most interesting of these surprises was the dis- 
covery of deep-sea vents found near the Galapagos 
Islands in 1977. These vents are located in regions 
where molten rock lies just below the surface of the 
seafloor, producing underwater hot springs. Volcanic 
chimneys form when the escaping super-heated water 
deposits dissolved minerals and gases upon coming in 
contact with the cold ocean water. The vents are sur- 
rounded by intriguing communities of organisms 
never seen before the 1977 discovery. 


The basis for these non-photosynthesis based 
communities are bacteria that obtain energy from the 
oxidation of hydrogen sulfide escaping from the vents— 
a process called chemosynthesis. These bacteria are 
the primary producers and are consumed tubeworms, 
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KEY TERMS 


Benthic—Pertaining to the ocean floor. 


Chemosynthesis—The chemical process by which 
bacteria, by oxidizing hydrogen sulfide, serve as 
primary producers for a marine community. 


Consumer—An organism that consumes other organ- 
isms as a food source. 


Littoral—The part of the benthic realm between 
high and low water points. 


Pelagic—The water portion of the ocean, usually 
divided into the neritic and oceanic divisions. 


Phytoplankton—Microscopic aquatic plants. 


Producer—An organism that is capable of utilizing 
non-living materials and an external energy source 
to produce organic molecules (for example, carbo- 
hydrates), which are then used as food. 


Zooplankton—Minute animal life that lives in water. 


huge clams, and mussels, and other organisms living 
around the vents. These communities live in isolation 
from photosynthetic-based communities and may pro- 
vide clues to the nature of early life on Earth. Since the 
initial discovery, hydrothermal vent communities have 
been found in a variety of locations in the deep ocean. 


See also Hydrothermal vents; Photic zone. 
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| Oceanography 


Oceanography is the study of the oceans. Oceano- 
graphy is an example of a science that involves diverse 
approaches; it is a combination of the sciences of 
biology, chemistry, geology, physics, and meteorology. 
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Oceanographers emerge from ALVIN, a submersible vessel 
used for underwater study. (H. Chezar. U.S. Geological Survey 
Photographic Library, Denver, CO.) 


Physical oceanography is the study of ocean basin 
structures, water and sediment transportation, and the 
interplay between ocean water, air, and sediments and 
how this relationship effects processes such as tides, 
upwellings, temperature, and salinity. Findings aid 
oceanic engineers, coastal planners, and military 
defense strategists. Current areas of research include 
oceanic circulation—especially ocean currents and 
their role in predicting weather-related events—and 
changes in sea level and climate. 


Chemical oceanography investigates the chemical 
make-up of the oceans. Many studies in this area are 
geared to understanding how to use the oceans’ 
resources to produce food for a growing population. 
In addition, the oceans may contain future sources of 
medicine, provide us with alternative energy, and help 
us to better protect our environment. 


Even though the study of the oceans has entered 
the technological age, there is much we still do not 
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know. Modern-day oceanographers use satellites to 
study changes in salt levels, temperature, currents, 
biological events, and transportation of sediments. 


Biological oceanography involves the study of the 
known life forms in the ocean, and the constant discov- 
ery of new life forms. Oceanographers at institutions 
such as Woods Hole Oceanographic Institution realize 
that the ocean life we know of likely represents a fraction 
of the ocean’s life. The deep ocean, once thought to be 
devoid of life, in fact harbors a variety of life. 


Ocelot see Cats 


| Octet rule 


The octet rule is a simple chemical guideline that 
allows chemists to predict the placement of electrons 
around the nucleus (electron orbitals), the identifica- 
tion of electrons added or lost during chemical reac- 
tions, and the chemical reactivity of atoms based upon 
their particular electron configuration. The octet rule 
is used when drawing Lewis dot structures and dia- 
gramming electron configurations. Although the octet 
rule does not work for all elements, it does work well 
for such elements as carbon, bromine, chlorine, iodine, 
and oxygen. 


The octet rule is used to describe the attraction of 
elements toward having, whenever possible, eight 
valence-shell electrons (four electron pairs) in their 
outer shell. Because a full outer shell with eight elec- 
trons is relatively stable, many atoms lose or gain 
electrons to obtain an electron configuration like 
that of the nearest noble gas. Except for helium (with 
a filled 1s shell), noble gases have eight electrons in 
their valence shells. 


The electron configurations of sodium and chlor- 
ide ions—the components of table salt (NaCl)—pro- 
vide a useful insight to the octet rule. 


Sodium (Na) with an electron configuration of 
1s?2s°2p°3s' sheds its outermost 3s electron and, as a 
result, the Na* ion has an electron configuration of 
15°25? 2p°. This is the same electron configuration as 
neon, a noble gas (i.e., highly stable and relatively 
nonreactive). 


Chorine (Cl), on the other hand, has an electron 
configuration of 1s72s°2p°3s°3p°. Chorine needs one 
electron to fill its outermost third shell with eight 
electrons. When chorine takes on the electron shed 
by sodium then the Cl” ion’s electron configuration 
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becomes 1572s?2p°3s°3p° and this is the same config- 
uration as argon, the nearest noble gas. 


In general, the octet rule works for representative 
metals (Groups IA, HA) and nonmetals, but not for the 
transition, inner-transition or post-transition elements. 
These elements seek additional stability by having filled 
half-filled or filled orbitals d or f subshell orbitals. The 
octet rule does not, however, accurately predict the 
electron configurations of all molecules and com- 
pounds. Not all nonmetals, nor metals, can form com- 
pounds that satisfy the octet rule. As a result, the octet 
rule must be used with caution when predicting the 
electron configurations of molecules and compounds. 
For example, some atoms violate the octet rule and are 
surrounded with more than four electron pairs. 


See also Atomic models; Bohr model; Bond 
energy; Chemical bond; Chemistry; Electron cloud; 
Molecular formula; Molecular geometry. 


tl Octopus 


The octopus is an invertebrate in the phylum 
Mollusca (the mollusks), class Cephalopoda, which 
also includes nautilids, cuttlefish, and squid. Octopi 
are cephalopod mollusks which are generally considered 
to be the most advanced members of the class. There are 
about 220 species of octopus. Octopi are found in every 
ocean of the world, ranging in size from a tiny Philippine 
species barely an inch across to giant specimens that 
measure as much as 13 ft (4 m) in length and weigh 
165 Ib (75 kg). All octopi are predators. 


The octopus has no hard, protective shell; instead, 
its boneless body is covered by the soft mantle. The 
body of the octopus is rounded, like a head, and 
positioned, apparently, “above” the octopus’s eyes, 
which makes it look even more head like. The eyes 
are one of the octopus’s most striking features, and are 
comparable in complexity and design to human eyes. 


The octopus has eight legs, lined with double rows 
of suction cups, that encircle its parrot-like beak. 
These cups are powerful; it requires 6 oz (170 g) of 
force to remove a single attached cup (of typical size), 
so the combined suction power of dozens of suckers 
makes a very secure grip. The octopus attaches the 
suction cups by placing them on the surface it wishes 
to cling to, and then tightening the tiny muscles at the 
top of each sucker, producing a vacuum effect. 


Each of the octopus’s skin cells contains a packet 
of pigments (red, yellow, blue, brown, and black) 
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A gulf longarm octopus off the coast of western Mexico. 
(JLM Visuals.) 


surrounded by muscles that, when contracted, can 
balloon the packet to many times its original size. 
When this happens, the entire octopus changes 
color—a trick it can perform faster than any other 
color-changing animal. These color changes often 
seem to be associated with moods: a frightened octo- 
pus will turn stark white, an angry one, fiery red. 
A contented octopus usually is the color that will 
camouflage it with its surroundings. The skin can also 
change texture, becoming smooth, spiny, or lumpy as 
the octopus wishes. A few years ago a remarkable 
species of “mimic” octopus was discovered that com- 
bines changes of shape with color alterations to make 
itself look like more dangerous creatures, such as 
banded seasnakes or poisonous flatfish. What makes 
the mimic octopus so remarkable is that it can mimic 
radically different-looking creatures, and does so by 
changing its own shape and coloration dramatically. 
While mimicry is common in nature, no other known 
species can alter itself so drastically. 


The octopus distracts attackers by squirting out a 
jet of sepia, or ink, through its siphon. The resulting 
ink cloud is similar in size to the octopus, which imme- 
diately turns pale as it shoots out the ink. The octopus 
quickly flees, swimming backward via powerful jets of 
water sprayed through its siphon. Predators of the 
octopus include orcas, dolphins, sharks, groupers, 
moray eels, seals, and the Atlantic halibut. 


Although the octopus has a dangerous reputation, 
it is, in fact, a shy creature that prefers to be left alone, 
even by other octopuses. Attacks on human swimmers 
rarely, if ever, happen except when the octopus has 
been tormented and bites its attacker. The hard beak 
can inflict deep wounds, and the blue-ringed octopus 
of Australian waters injects potentially fatal venom 
with its bite. The octopus’s beak is used normally to 
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subdue prey, such as fish, other mollusks, and crabs. 
When an octopus catches a fish, the octopus kills it 
quickly by biting the fish’s backbone just behind the 
head. Single-shelled mollusks cannot be pulled apart 
by the octopus’s strong suckers, so the octopus drills a 
hole in the shell with its radula, or rasp-covered 
tongue, a tactic typical of predatory mollusks. Once 
the mollusk shell is breached, the octopus injects 
venom that kills the snail and makes it semi-liquid. 


Octopi are the most intelligent mollusks, and their 
nervous systems are of interest because they are organ- 
ized along quite different lines than mammalian nerv- 
ous systems, which are highly centralized. The 
octopus’s nervous system has a central component 
that is often said to be comparable to a bird’s, plus 
an additional, distributed component spread through- 
out its arms and body in a network of nerve centers or 
ganglia. In particular, the motions of each arm are 
governed by an embedded system of some 50 million 
neurons that encodes the movements necessary for 
executing complex, coordinated movements and so 
relieves the brain of this work. 


Octopuses prefer to live alone and come together 
only during the mating season. Copulation consists of 
the male slipping the tip of one of its arms into the 
female’s mantle; this arm has a groove running along 
its length down which pass packets of sperm. In some 
species, the sperm are contained in the tip of an arm, 
which breaks off inside the female. After mating, the 
female octopus retires to a small cave, where she 
lays several thousand eggs. She weaves them into strings, 
which she attaches to the roof of the cave. As the eggs 
develop, she keeps them clean by blowing jets of water 
on them and running her arms through them. Hatchling 
octopuses are tiny replicas of their parents. 


Every octopus has two optical glands (so named 
because they sit upon the optical nerves) which shut 
off the octopus’s desire to eat once it has mated. This 
means that once a male or female octopus has repro- 
duced, it will soon die, whether in the wild or in 
captivity. Most octopi live for about two years. 


F. C. Nicholson 


l Odontology 


Forensic odontology is the application of den- 
tistry to the investigation of crime. It has its main 
applications in identification of corpses and human 
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remains and in bite analysis. Although each person 
is born with the same number and type of teeth, the 
dental pattern of each individual is unique. Most 
people have dental records, or these can be created 
through making a dental impression from a suspect. 
These can then be compared to either teeth found on 
a corpse or bite marks found at the scene of a crime. 
However, the interpretation of dental evidence is a 
specialist task, undertaken by a forensic odontologist 
who may be called as an expert witness in a case. 


One day, DNA analysis may become the “gold 
standard” for identifying an individual. However, if 
skeletal remains or fragmented corpses from mass 
disasters are involved, recovery of DNA is by no 
means certain. Identification by dental records 
remains the most reliable source of identification 
under such circumstances. Dental enamel is the hard- 
est substance in the human body, so it does not decay 
alongside other tissue and will be found alongside 
skeletal remains. 


Although everyone starts out with the same num- 
ber of teeth, these differ naturally in length, width, 
and shape. During life, people sustain damage to their 
teeth; there may be missing teeth, chips, dental work, 
or misalignments. Taken together, these individual 
features create a unique pattern. If the person visited 
a dentist, then there will be a dental record that can be 
used to establish identity. Even if only a few teeth are 
available with a set of human remains, the forensic 
odontologist can still offer an opinion as to the age 
and habits of that person. This opinion can be set into 
context with other identifying information. 


Bite marks are a valuable type of impression evi- 
dence that can be used to identify or eliminate a sus- 
pect. They sometimes appear as characteristic curved 
bruises on the flesh of victims of sexual assault or child 
abuse. The odontologist will study a dental cast of 
such bite marks and compare them with dental impres- 
sions made from suspects. Bite marks may also be 
found in soft materials at the scene of crime such as 
cheese, chocolate, pencils, or apples. They can be an 
important form of individualizing evidence in the 
hands of the forensic odontologist. Bitemark evidence 
has been used to in the trials of many criminals, includ- 
ing the serial killer Ted Bundy. 


See also Biometrics; Crime scene investigation; 


Crime scene reconstruction; Forensic — science; 
Skeletal analysis. 

Susan Aldridge 
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Dr. Lowell J. Levine, a New York forensic odontologist, testified 05/22/79, that the bite marks found on Lisa Levy reflect 
characteristics of Ted Bundy’s teeth. (© Bettmann/Corbis.) 


Ohm’s law is an equation describing the relation- 
ship between the voltage across an electrical compo- 
nent, the electrical resistance of the component, and 
the current flowing through the component. It is 
named after its discoverer, Georg Simon Ohm (1789— 
1854). Ohm found that for most electric circuits, the 
voltage across the circuit was equal to the current 
flowing through the circuit times the electrical resist- 
ance of the circuit. For the same voltage, a circuit with 
a low resistance will have a higher current than a 
circuit with a higher resistance. The voltage, properly 
called the potential difference, is measured in volts, 
and the current in amperes. The resistance therefore 
has units of volts per ampere, defined as ohms (Q). 


Ohm’s law is not a fundamental law that always 
applies, such as the law of gravity. Rather, it is an 
empirical law that has been found by experiment to 
work well enough most of the time. There are times, 
however, usually in extreme cases, when Ohm’s law 
breaks down. For example, if a high voltage is applied 


across a circuit, Ohm’s law will not predict the correct 
value for the current. Even though Ohm’s law does not 
always apply, it works for most everyday situations 
and is therefore very useful. 


For example, why will a short circuit blow a fuse 
or circuit breaker? When a short circuit occurs, most 
of the electrical resistance in the circuit is bypassed. In 
effect, a new circuit with a very low resistance is cre- 
ated. So, according to Ohm’s law if the resistance is 
very low the current must be very high. Fuses and 
circuit breakers are designed to protect the circuit by 
blowing (melting or snapping open) when the current 
becomes too high. Hence, a short circuit produces a 
current high enough to open the circuit. 


Electronic devices often have resistors placed in 
the circuit to increase the resistance and therefore limit 
the current. Further, whenever current flows through 
a resistance, energy is dissipated as heat. Unwanted 
resistance therefore wastes energy. Some resistive 
devices, such as the heating coils found in hair driers, 
are designed to convert large amounts of electrical 
energy directly into heat. 


l Oil spills 


Petroleum is an important natural resource that is 
often produced in places far away from the regions 
where most of its consumption occurs. Accordingly, 
petroleum must be transported in large quantities, 
mostly by oceanic tankers, barges on inland waters, 
and both subsea and overland pipelines. Any of these 
transportation systems can release pollution through 
spills of oil, by operational discharges associated with 
cleaning of the storage tanks of tankers, or during 
unloading at refineries. Some accidental oil spills 
have been spectacular in their magnitude and their 
near-term ecological impact, involving losses of huge 
quantities of petroleum from wrecked supertankers or 
offshore platform facilities. 


Oil pollution can also be caused by discharges of 
improperly handled hydrocarbon-laden waste water 
from petroleum refineries and in urban runoff. 
Although individual spills typically involve relatively 
small amounts of oil, frequent small spills can release a 
large amount of oil into the environment. 


Characteristics of petroleum 


Petroleum is a naturally occurring mixture of 
organic chemicals, the most abundant of which are 
hydrocarbons (molecules containing only hydrogen 
and carbon atoms). Petroleum is synthesized from 
biomass by complex, anaerobic reactions occurring 
at high pressure and temperature over long periods 
of time deep in sedimentary geological formations. 
Petroleum can occur as a liquid known as crude 
oil, which may also contain natural gas, and also as a 
semi-solid tar or asphalt in oil sands and shales. There 
are hundreds of molecular species in petroleum, 
ranging from gaseous methane with only 16 g/mole, 
to very complex substances weighing more than 
20,000 g/mole. 


Petroleum differs in its physical and chemical 
characteristics from deposit to deposit. Some crude 
oils are thick and viscous, while others are light and 
volatile. The lighter fractions of petroleum evaporate 
relatively quickly when spilled into the environment. 
This leaves behind residues of relatively heavy mole- 
cules that are more persistent in terrestrial or aquatic 
habitats, and cause longer-lasting effects. 


Oil pollution 


The total spillage of petroleum into the oceans 
through human activities is estimated to range from 
about 0.7-1.7 million tons (0.6-1.5 million tons) per 


GALE ENCYCLOPEDIA OF SCIENCE 4 


year, equivalent to less than 0.1% of the quantity of 
petroleum transported by tankers. In comparison, the 
production of hydrocarbons by marine plankton is 
about 28.7 million tons (26 million tons)/year. These 
natural hydrocarbons contribute to background con- 
centrations in the oceans, but they are well dispersed 
and not associated with ecological damage or pollu- 
tion. In addition, natural oil seeps contribute about 
6-13% of the total petroleum input to the oceans, 
sometimes causing local damage. 


The largest and most consequential oil spills of 
petroleum or heavy bunker fuel come from disabled 
oceanic tankers or drilling platforms, from barges or 
ships on inland waters, or from blowouts of wells or 
damaged pipelines. Damage is also caused by the rel- 
atively frequent spills and operational discharges asso- 
ciated with coastal refineries and urban runoff. Large 
quantities of oil are also spilled when tankers clean out 
the petroleum residues from their huge storage com- 
partments, often discharging the oily bilge washings 
directly into the ocean. 


Some examples of disastrous oil spills include the 
following accidents involving oceanic supertankers: 
(1) the Prestige, which split in half off Galicia, Spain 
in November 2002, spilling about 67,000 tons (61,000 
metric tons) of crude oil; (2) the Torrey Canyon, which 
ran aground in 1967 off southern England, spilling 
about 129,000 tons (117,000 metric tons) of crude oil; 
(3) the Metula, which wrecked in 1973 in the Strait of 
Magellan and spilled 58,000 tons (53,000 metric tons) 
of petroleum; (4) the Amoco Cadiz, which went 
aground in the English Channel in 1978, spilling 
253,000 tons (230,000 metric tons) of crude oil; 
(5) the Exxon Valdez, which ran onto a reef in Prince 
William Sound in southern Alaska in 1989 and dis- 
charged 39,000 tons (35,000 metric tons) of petroleum; 
and (6) the Braer, which spilled 93,000 tons (84,000 
metric tons) of crude oil off the Shetland Islands of 
Scotland in 1993. All of the tankers involved were of 
the older single hull design. Such occurrences should 
decrease with the advent of double-hulled tankers. 


Significant oil spills have also occurred from off- 
shore drilling or production platforms as the result of 
mechanical or operational failure. In 1979 the 
IXTOC-I exploration well had an uncontrolled blow- 
out that spilled more than 551,000 tons (500,000 met- 
ric tons) of petroleum into the Gulf of Mexico. Smaller 
spills include one that occurred in 1969 off Santa 
Barbara in southern California, when about 11,000 
tons (10,000 metric tons) were discharged, and 
the Ekofisk blowout in 1977 in the North Sea off 
Norway, which totaled 33,000 tons (30,000 metric tons) 
of crude oil. 
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Oil spills 


A leak from a hole in an oil pipeline at Prudhoe 
Bay, Alaska, is estimated to have released between 
200,000 and 300,000 gallons of crude oil in early 
2006. Discovery and cleanup of the spill were compli- 
cated by the fact that the pipeline is heavily insulated, 
and oil may have been leaking into the insulation 
surrounding the pipe for some time. Sub-zero temper- 
atures made repairs, in which a steel sleeve was place 
around the pipeline and welded into place, and 
cleanup difficult. Later that year, the discovery of 
extensive corrosion in the 30-year old Prudhoe Bay 
pipeline system, which sends oil to the Trans Alaskan 
Pipeline, led to a complete shutdown of that oilfield 
while 16 miles of the 22 mile long pipeline were 
replaced. Corrosion in oilfield pipelines can be moni- 
tored using tools known as smart pigs, which are 
computerized tools run through the pipeline to assess 
its condition. At the time of the shutdown, the 
Prudhoe Bay oil field produced about 400,000 gallons 
of oil per day, or about 8% of the United States daily 
consumption. One of the immediate results of the 
reduction in oil production, which was compounded 
by other events such as the U.S. occupation of Iraq 
and political instability in such oil producing countries 
as Nigeria, was an increase in oil prices to record 
levels. 


Enormous quantities of petroleum have also been 
released during warfare. Because petroleum and its 
refined products are important economic and indus- 
trial commodities, enemies have commonly targeted 
tankers and other petroleum-related facilities during 
wars. For example, during World War I German 
submarines sank 42 tankers off the east coast of the 
United States, causing a total spillage of about 460,000 
tons (417,000 metric tons) of petroleum and refined 
products. There were 314 attacks on oil tankers during 
the Iran-Iraq War of 1981-1987, 70% of them by Iraqi 
forces. The largest individual spill during that war 
occurred when Iraq damaged five tankers and three 
production wells at the offshore Nowruz complex, 
resulting in the spillage of more than 287,000 tons 
(260,000 metric tons) of petroleum into the Gulf of 
Arabia. Sabotage of pipelines and petroleum facilities 
was also common in the post-2001 U.S. led invasion of 
Iraq, during which insurgents frequently attacked oil 
pipelines. The amount of oil that leaked into the envi- 
ronment as a result of the attacks is unknown. An 
Israeli air attack on an oil-fired power plant in 
Lebanon released about 15,000 tons of oil into the 
Mediterranean Sea during the 2006 Hezbollah-Israel 
conflict, causing extensive environmental damage. 


The largest-ever spill of petroleum into the marine 
environment occurred during the 1991 Gulf War. In 
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that incident, Iraqi forces deliberately released an esti- 
mated 0.6-2.2 million tons (0.5-2 million tons) of 
petroleum into the Persian Gulf from several tankers 
and an offshore tanker-loading facility known as the 
Sea Island Terminal. An additional, extraordinarily 
large spill of petroleum to the land and atmosphere 
also occurred as a result of the Gulf War, when more 
than 700 production wells in Kuwait were sabotaged 
and ignited by Iraqi forces in January 1991. The total 
spillage of crude oil was 46-138 million tons (42-126 
million tons). Much of the spilled petroleum burned in 
atmospheric conflagrations, while additional amounts 
accumulated locally as lakes of oil, which eventually 
contained 5.5—23 million tons (5—21 million tons) of 
crude oil. Enormous quantities of petroleum vapors 
were dispersed to the atmosphere. About one-half of 
the free-flowing wells were capped by May, and the 
last one in November 1991. 


After oil is spilled into the environment, it dissi- 
pates in a number of ways. Spreading refers to the 
process by which spilled petroleum moves and dis- 
perses itself over the surface of water. The resulting 
slick can then be transported by currents and winds. 
The rate and degree of spreading are affected by the 
viscosity of the oil, wind speed, and turbulence of the 
water surface. Evaporation is important in the initial 
reduction of the volume of an oil spillage, especially of 
relatively light and volatile hydrocarbon fractions. 
Evaporation typically accounts for almost 100% of 
spilled gasoline at sea, 30-50% of spilled petroleum, 
but only 10% of bunker fuel. Solubilization occurs 
when some fractions of the spilled oil dissolve into 
the water column, causing a contamination of subsur- 
face waters in the vicinity of the oil spill. For example, 
beneath a petroleum slick in the North Sea the con- 
centration of hydrocarbons in water was 4 g/m° 
(ppm), compared with about 1 mg/m? (ppb) in uncon- 
taminated seawater. Lighter hydrocarbon fractions of 
petroleum are much more soluble in water than heav- 
ier ones, and aromatics are much more soluble than 
alkanes. (Aromatic hydrocarbons such as benzene and 
naphthalene have an unsaturated ring structure, while 
alkanes such as octane have a linear structure.) In 
addition, some of the spilled hydrocarbons are slowly 
oxidized by ultraviolet radiation and microorganisms 
into simpler compounds, ultimately to carbon dioxide 
and water. 


The combined influences of solubilization, evap- 
oration, and oxidation are known as weathering. 
Weathering preferentially removes the lighter hydro- 
carbon fractions, leaving a residual material made up 
of relatively heavy hydrocarbons. Over the shorter 
term in aquatic environments, this residuum forms a 
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stable water-in-oil emulsion known as mousse, which 
is the material that usually impacts shorelines after an 
offshore spill. The mousse combines with sediment 
particles on the shore to form sticky patties of oil 
and sand, which eventually form asphaltic lumps. 


At sea, weathering of the mousse eventually results 
in the formation of a dense, semi-solid, asphaltic resid- 
uum known as tar balls. In the vicinity of frequently 
traveled tanker routes worldwide, tar balls can be 
commonly found floating offshore and on beaches. 
Tar balls are especially common in places where the 
oceanic circulation resembles a surface vortex. A well 
known example of this phenomenon is the oceanic gyre 
known as the Sargasso Sea, famed for its accumulations 
of natural debris such as floating seaweed, as well as 
such human debris as tar balls. 


Ecological damages of oil spills 


Even small oil spills can cause important changes 
in ecologically sensitive environments. For example, a 
small discharge of oily bilge washings from the tanker 
Stylis during a routine cleaning of its petroleum- 
storage compartments caused the deaths of about 
30,000 seabirds, because the oil was spilled in a place 
where the birds were abundant. Even relatively small 
operational spillages of petroleum can have significant 
though, perhaps temporary, ecological impact, espe- 
cially to seabirds and marine mammals. An ecosystem 
is dynamic—ever changing—and continues its natural 
cycles and fluctuations at the same time that it strug- 
gles with the impact of spilled oil. As time passes, 
separating natural change from oil-spill impacts 
becomes more and more difficult. 


Studies made after large oceanic spills have shown 
that the ecological damage can be intense. After the 
Torrey Canyon spill in 1967, hundreds of kilometers of 
the coasts of southern England and the Brittany region 
of France were polluted by oily mousse. The oil pollu- 
tion caused severe ecological damage, due to the phys- 
ical and toxic effects of fouling of organisms with 
petroleum residues. Those direct ecological damages 
were made much worse by some of the cleanup meth- 
ods, because of the highly toxic detergents and disper- 
sants that were used. As is the case with many oil spills, 
seabirds were victims of the Torrey Canyon incident. 
This accident caused the deaths of at least 30,000 
birds, causing a substantial decrease in their breeding 
populations in subsequent years. 


The damage caused by detergents and dispersants 
during the cleanup of shorelines polluted by the Torrey 
Canyon spill were an important lesson. Subsequent 
cleanups used less toxic chemicals. In addition, their 
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use became largely restricted to offshore locations and 
places of high value for industrial or recreational pur- 
poses, rather than natural habitats. 


In 1978, the Amoco Cadiz was wrecked in the same 
general area as the Torrey Canyon. Considerable eco- 
logical damage was also caused by this accident. 
However, the damage was less intense than that 
caused by the Torrey Canyon because less-toxic deter- 
gents and dispersants were used during the cleanup, in 
much smaller quantities, and only in high-value places 
such as harbors. 


The most damaging oil spill ever to occur in North 
American waters was the Exxon Valdez accident of 
1989. It was caused when an intoxicated captain gave 
temporary command of the supertanker to a subordi- 
nate, who erred in his navigation and ran the ship 
aground on a reef. The spilled oil affected about 
1,200 mi (1,900 km) of shoreline of Prince William 
Sound and its vicinity, causing ecological damages in 
tidal and subtidal habitats. Large numbers of sea 
mammals and birds were also affected in offshore 
waters. An estimated 5,000-10,000 sea otters (Enhydra 
lutris) were present in Prince William Sound, and 
at least 1,000 of these charismatic mammals were 
killed by oiling. About 36,000 dead seabirds of various 
species were collected from beaches and other places, 
but the actual number of killed birds was probably 
in the range of 100,000-300,000 birds. At least 153 
bald eagles (Haliaeetus leucocephalus) died from poi- 
soning when they scavenged the carcasses of oiled 
seabirds. 


Great efforts were expended in cleaning up the 
oiled shoreline, almost entirely using manual and 
physical methods, rather than dispersants and deter- 
gents. In total, about 11,000 people participated in the 
cleanup, and about $2.5 billion was spent by the ship 
owners and $154 million by the U.S. federal govern- 
ment. This was by far the most expensive cleanup that 
has ever been undertaken after an oil spill. Within a 
year of the spill, the combined effects of the cleanup 
and winter storms had removed most of the residues of 
the Exxon Valdez spill from the environment. 
However, in August 2002 the Exxon Valdez Trustee 
Council released a report stating that while it is clear 
that many fish and wildlife species injured by the spill 
have not fully recovered, it is less clear what role oil 
plays in the inability of some populations to recover. 
Bald eagles, black oystercatchers, common murre, 
pink salmon, river otters and sockeye salmon have 
recovered. Wilderness area intertidal communities, 
killer whale, marbled murrelet, sea otters, clams and 
sediments are recovering but the common loon, three 
species of cormorants, harbor seals, harlequin duck, 
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Oil well drilling 


KEY TERMS 


Bilge washings—Hydrocarbon-contaminated water 
that results from cleaning of the petroleum-holding 
compartments of a tanker, and that may be dis- 
charged to the environment. 


Bunker fuel—A relatively viscous, liquid hydrocar- 
bon mixture, also known as bunker-C fuel oil, that 
remains after lighter hydrocarbons are distilled 
from petroleum during refining. Bunker C is used 
as a fuel by oil-fired generating stations, heating 
plants, and ships. 


Detergent—A chemical used as a cleaning agent 
because it encourages the formation of an oil-in- 
water emulsion. 


Dispersant—A chemical agent that reduces the sur- 
face tension of liquid hydrocarbons, encouraging 
the formation of an oil-in-water emulsion. This 
reduces the volume of residual oil on shorelines 
or the water surface after a spill. 


Mousse—A water-in-oil emulsion that is formed by 
turbulence of the surface water after a petroleum 
spill to the aquatic environment. 

Petroleum—A naturally occurring, liquid mixture 
of hydrocarbons that is mined and refined for 
energy and the manufacturing of chemicals, espe- 
cially plastics. Also known as crude oil. 


Pacific and pigeon guillemot have shown little or no 
recovery. 


See also Fossil fuels. 
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tl Oil well drilling 


Oil and natural gas have been found from the 
surface to depths exceeding 30,000 ft (9,144 m) 
beneath Earth’s surface. Bogs and seeps in the ancient 
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Deep drilling oil rig at Naval Petroleum Reserve’s Elk Hills site 
near Bakersfield, California. (U.S. Department of Energy, 
Washington, DC.) 


world were the initial source of oil and gas. As advanc- 
ing economic systems and industries emerged with the 
development of nations and expanding populations, 
the need for plentiful and more efficient sources of 
energy were required. Hydrocarbon based fuels 
emerged as that more efficient energy source replacing 
wood, peat, and whale oil as primary sources of 
energy. As demand for energy increased it became 
necessary to gain access to deposits of oil and gas 
below those readily accessible on Earth’s surface. 


In the United States, one of the best-known oil 
seeps was at Titusville, Pennsylvania, and it was there 
that, in the eighteenth century, American entrepre- 
neur, George H. Bissell, directed his attention. He 
hired a former railway conductor, Edwin L. Drake 
(1819-1880), to drill for oil, and on August 27, 1859, 
the oil well struck oil (“pay dirt” in the language of the 
drillers) at a depth of only 70 ft (21 m). The American 
oil industry had begun. This market would prove to be 
international in scope and have seemingly limitless 
potential, thus drilling for oil became a very serious 
and sometimes very rewarding business. 


Geologists and engineers had been drilling for 
water for quite some time and initially applied and 
adapted that technology in the early search for oil. 
The ancient Chinese practiced the simplest form of 
penetrating Earth by employing the percussion 
method. The percussion or impact method penetrates 
the overlying earth by raising and dropping a heavy 
tool repeatedly in the same spot to break the dirt and 
rock, enabling it to be removed or bailed out of the 
hole. The impact drilling technique was used to drill 
the first oil well in Pennsylvania, and it employed a 


GALE ENCYCLOPEDIA OF SCIENCE 4 


chisel-like bit suspended from a cable to a lever on the 
surface. The up-and-down motion of the lever pounded 
the bit into the bottom of the hole and slowly chipped 
away pieces of rock. This was a slow process that had 
to be stopped periodically to remove the rock chips 
from the hole. For this method to work, the hole also 
had to be free of liquids, and it was this dry drilling that 
usually resulted in the gushers sometimes depicted in 
movies. Before the advent of well control technology, 
gushers were common and hazardous events. 


Today, almost all oil wells are drilled by the rotary 
method. The rotary drilling method was first devel- 
oped in Europe in the 1930s and soon replaced the 
percussion or cable-tool system. The method takes its 
name from the fact that a bit studded with hard metal 
teeth rotates to pulverize the rock. Rotary drilling 
equipment is complicated, but the essential compo- 
nents of a rotary drilling rig include: a rotary table, a 
bit, the drill string, a derrick, draw works, mud han- 
dling system, prime movers, and drill line. 


A rotary table is a platform through which the 
drill string is passed into the hole, and which can be 
mechanically engaged with the drill string to cause it to 
rotate. Today, rotation is often provided by a top drive 
or power swivel mechanism fixed to the upper end of 
the drill string instead. A rotary bit may come in many 
configurations designed specifically for the type of 
rock it is to drill through, but will typically have sev- 
eral roller cones with teeth of hardened metal or indus- 
trial grade diamonds. When forced against and 
rotated on a rock surface, the bit shatters the rock 
into small pieces known as cuttings. 


The modern drill string is the pipe that is used to 
lower the drill bit into the borehole. It may contain thick 
steel drill collars for added weight, as well as sophisti- 
cated monitoring and surveillance equipment to pro- 
vide real time information about drilling conditions. 


The derrick is the frame structure from which the 
drill string in suspended using a system of pulleys 
known as the crown and traveling blocks. The draw 
works or hoist is the key piece of equipment on the rig 
and is used to raise and lower the drill string and 
control the weight being applied by the drill bit on 
the rock face on bottom. 


Rotary drilling may be performed under certain 
conditions with compressed air being circulated down 
the drill string and back to the surface through the 
annular space between the pipe and the rock wall. 
However, the more typical well requires that a heavier 
fluid be circulated into and out of the hole to cool and 
lubricate the bit, flush rock cuttings out of the hole, 
stabilize the walls of the borehole against collapse, 
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control fluid loss into the penetrated rock, and to 
contain formation pressure. Drilling fluid is referred 
to as mud. Mixtures of water, high density minerals 
such as barite, and additives such as polymers are now 
use for the safe and efficient drilling of oil and gas 
wells. The mud handling system is a series of tanks, 
pumps, valves, pipes and hoses that enables the mud to 
be pumped down the inside of the drill string, out the 
drill bit, and circulated back to the surface in a con- 
trolled manner. The power source for the rig may 
consist of diesel or natural gas fired engines, electric 
motors, or a combination of engines and generators. 


Turbo-drilling has proven to be an effective 
approach under special conditions. A turbo-drill is a 
mud driven turbine that is placed just above the drill 
bit in the drill string. The mud flowing through the 
turbine causes the bit to rotate without rotating the 
entire drill string back to the surface, thus saving wear 
and tear on the borehole and the drill string itself. 


Most early wells were drilled as relatively straight 
holes directly down below the surface location. Today, 
many wells are directionally drilled to subsurface loca- 
tions from a single surface location for a variety of 
environmental and economic reasons. This is espe- 
cially the case in offshore and marine environments 
where surface facilities are quite limited and expensive. 
Directional drilling allows many wells to fan out from 
a single offshore drilling platform, or for wells to be 
drilled beneath buildings where it would be impossible 
to place a drilling rig. 


As a well is advanced toward its objective, it 
becomes necessary to hold the hole open and to ensure 
the isolation of various substrata from one another. 
This is accomplished by lining the borehole with a steel 
casing. The size and quality of the casing and the 
number of strings to be run is determined by the target 
depth, anticipated producing characteristics of the 
well, and geologic environment to be penetrated by 
the well. At shallow depths, surface pipe may be driven 
into the ground and cemented in place. One or more 
intermediate casing strings may be run to various 
depths as required by conditions within the borehole. 
Sometimes a liner or short casing string will be run to 
extend the hole and not run back to the surface. 
A producing string is often run into the target forma- 
tion. The annular space between all casing strings is 
usually left fluid filled and many are cemented back to 
the surface or back to a sufficient level to ensure a fluid 
seal between the casing and the borehole and pressure 
integrity throughout the system. The design of a casing 
program is very complicated. It must be made with the 
end state in mind, as each string is run within the 
previous string; thus each string must be sized to 
accommodate anything that must be passed through 
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it. Once in place, the string becomes a limiting factor as 
to what can be run into the hole should conditions 
change the objective or requirements of the well. 


As casing strings are installed in the well, casing 
spools are installed on them at the surface to provide 
structural integrity and controlled access to the annu- 
lar space between that string and the next smaller one. 
Each spool is bolted on top of the previous one. Upon 
completion of a successful well, other equipment is run 
in to enable the well to produce oil and gas in a con- 
trolled manner. Production tubing is commonly run 
from the completed interval back to the surface and is 
secured in place by a tubing hanger placed on top of 
the upper most casing spool. A series of valves are 
placed on top of the tubing hanger to control access 
to the interior of the production tubing. A block is 
then placed on top of the uppermost valve to direct 
fluid flow either into a loop or at a desired angle 
depending on the requirements of the gathering system 
leading to the producing system. Additional valves are 
usually placed downstream of the block and a flow 
control device or choke system is installed to regulate 
fluid flow out of the well. This configuration of valves, 
blocks and control systems make up what is called the 
wellhead or Christmas tree because of its elaborate 
branching structure. Wellheads come in many config- 
urations depending upon the nature of the well, its 
location, and operational and maintenance needs. 
Once the wellhead is installed, the drilling and com- 
pletion operation is complete. 


While there are significant differences between what 
is required to drill a well on land and in a marine or 
offshore environment, the basic process is similar. The 
differences in location conditions, design criteria, logis- 
tical considerations and related cost are enormous. In 
deepwater, the process can approach the most sophisti- 
cated technical operations known to man and an indi- 
vidual well can cost many tens of millions of dollars. 


See also Hydrocarbon; Oil spills. 
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l Old-growth forests 


Old-growth forests, sometimes also named virgin 
forests, primary forests, or ancient forests, are natural 
ecosystems dominated by large, old trees, usually of a 
mixed species composition, and with all ages present in 
the community. Old-growth forests also contain many 
scattered, dead trees, both standing and lying on the 
forest floor. In the tropics, these forests are threatened 
by conversion to agriculture and by other disturban- 
ces, while old-growth forests in the temperate zones 
are mostly threatened by forestry. Losses of these old- 
growth ecosystems are the most important of the mod- 
ern threats to biodiversity because of the extinctions 
that are caused. The special values of old-growth for- 
ests are best preserved through the designation of 
large, landscape-scale, protected areas. 


Properties of old-growth forests 


Old-growth forests are an end-of-succession, climax 
ecosystem. They are dominated by trees of great age, 
but occurring within a mixed- species community with 
an uneven-aged population structure (that is, all tree 
ages are represented in the community). The physical 
structure of old-growth forests is very complex, and 
includes multiple horizontal layers, gaps of foliage 
within the canopy, great variations of tree sizes, 
many large, standing dead trees (called snags), and 
logs lying on the forest floor. In some ecological con- 
texts, the term old-growth forest might also be used to 
refer to senescent stands of shorter-lived species of 
trees, such as cherry, birch, or poplar. However, the 
usual interpretation is that an old-growth forest is a 
late-succession or climax ecosystem, with the broad 
features described above. 


For old-growth forests to develop, a long time 
must pass between events of disturbance that are 
severe enough to cause a stand-level mortality of dom- 
inant trees. Therefore, old-growth forests occur in 
places or regions where fire, hurricanes, and other 
catastrophic disturbances are rare. These circumstan- 
ces are especially frequent where there is a great deal of 
rainfall throughout the year. Consequently, many of 
the best examples of old-growth forests are tropical 
and temperate rain forests. 


Species dependent on old-growth forests 


Old-growth forests provide a habitat with partic- 
ular ecological qualities. These features are not present 
or as well developed in mature forests that are younger 
than old-growth forests. Some wildlife species require 
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An old-growth Douglas fir forest in the Pacific Northwest. 
(Tom and Pat Lesson. National Audubon Society Collection/Photo 
Researchers, Inc.) 


these specific habitat qualities, and therefore need 
extensive areas of old-growth forest as all or a major 
part of their range. Some well-known North American 
examples of species considered substantially depend- 
ent on old-growth forests are birds such as the north- 
ern spotted owl (Strix occidentalis caurina), marbled 
murrelet (Brachyramphus marmoratus), and red- 
cockaded woodpecker (Picoides borealis), and mammals 
such as marten (Martes americana) and fisher (M. pen- 
nanti). Some species of plants may also require or be 
much more abundant in old-growth forest than in 
younger, mature forest. Examples include Pacific 
yew (Taxus brevifolia) and various species of lichens 
and bryophytes. 


A critical habitat requirement for many of the 
species of old-growth forests is the presence of large 
trees with dead tops, and large snags and logs lying 
on the forest floor. These habitat features are absent 
or uncommon in younger natural forests and in 
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intensively managed forests created through forestry. 
Snags and living but heart-rotted trees are especially 
important to woodpeckers, which excavate nesting 
cavities that may later be used by many secondary 
species that cannot excavate their own hollows. 


The northern spotted owl is a non-migratory bird 
of the northwestern United States and southwestern 
Canada that requires large tracts of old-growth, 
moist-to-wet, conifer forest as its habitat. Each breed- 
ing pair of northern spotted owls requires more than 
about 1,600 acres (600 ha) of old-growth forest, and 
each breeding population needs at least 20 pairs to be 
viable. However, old-growth forest in this region is 
extremely valuable as a natural resource that can be 
exploited by humans for profit, and this ecosystem type 
has been greatly reduced in area and fragmented by 
logging. Consequently, populations of this bird have 
been reduced, and the northern spotted owl has been 
recognized as a threatened species in the United States. 
Under the U.S. Endangered Species Act, designation 
under this status requires that a management plan must 
be developed to protect the threatened species. Because 
the logging of trees within old-growth forests jeopard- 
izes the northern spotted owl, the plans for its protec- 
tion have resulted in the withdrawal from forestry usage 
of large areas of valuable timber that could otherwise be 
profitably exploited. The strategy to protect the spotted 
owl would preserve large ecological reserves of old- 
growth forest as its essential habitat (as well as for 
other species dependent on this type of habitat). 
However, at the same time that the owl is protected, 
important, shorter-term, economic opportunities are 
lost to the forest industry because there is less high- 
value, old-growth timber available for exploitation. 


The red-cockaded woodpecker also has a require- 
ment for old-growth forest, in this case certain types 
of pine forest (especially loblolly pine, Pinus taeda) in 
the southeastern United States, in which this bird exca- 
vates nesting cavities in large, living trees that have 
fungal heart rot. The red-cockaded woodpecker breeds 
in small colonies, and it has a relatively complex social 
system that involves non-breeding adult birds that 
assist breeders in brood-rearing. Old-growth pine for- 
ests that satisfy the habitat needs of red-cockaded 
woodpeckers have been greatly diminished and frag- 
mented by conversions to agriculture, forestry planta- 
tions, and residential lands. This has reduced the 
populations of red-cockaded woodpeckers, which are 
further threatened by natural disturbances such as wild- 
fire and hurricanes. Unlike the spotted owl, the endan- 
gered red-cockaded woodpecker is somewhat tolerant 
of a limited intensity of disturbances of its habitat. 
There is some evidence that trees can be harvested 
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Old-growth forest (Hans & Cassidy. Courtesy of Gale Group.) 


from stands in which this species breeds, as long as its 
nesting colonies are protected by buffers (that is, by 
surrounding non-harvested strips wider than about 
2,600 ft [800 m]), and sufficient foraging habitat 
remains available. However, there is not yet enough 
scientific evidence to fully support this sort of an integrated 
management strategy for forestry and red-cockaded 
woodpeckers. Until this controversy is resolved, the 
ecologically prudent strategy for preservation of the 
rare woodpecker requires setting aside large ecological 
reserves of its natural habitat of older pine forest. 


Into the 2000s, only about 5,000 groups of red- 
cockaded woodpecker remain along the eastern part 
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of the United States from Virginia to Florida and 
southeast Oklahoma to eastern Texas in the western 
part of the United States. Only about 1% of the birds 
remain in these regions, while the birds are completely 
gone from the areas around the states of Missouri, 
Maryland, and New Jersey. 


Compared with the temperate-forest examples 
described above, enormously larger numbers of species 
are dependent on old-growth tropical forests. Because 
wildfire and other catastrophic disturbance are uncom- 
mon in the humid tropics, this climatic regime favors 
the development of old-growth rain forests. This eco- 
system supports an extraordinary richness of species of 
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plants, animals, and microorganisms that are utterly 
dependent on this type of forest. Because of the enor- 
mous numbers of species supported under relatively 
benign climatic conditions in old-growth tropical rain- 
forests, ecologists consider this biome to represent the 
acme of development of terrestrial ecosystems. 
Regrettably, tropical forests of all types are being rap- 
idly lost through conversions to agriculture and other 
disturbances. Many of the endemic species of tropical 
forests have become extinct, and many others are 
becoming increasingly endangered. 


Dead wood 


As was noted previously, important habitat 
requirements of many species of wildlife relate to the 
numbers of dead trees in the forest, occurring as stand- 
ing snags or as logs lying on the ground. These features 
are especially critical to some birds, which use the 
deadwood for nesting in excavated or natural cavities, 
as perches for hunting, resting, and singing, and as a 
substrate on which to forage for their food of insects 
and spiders. For example, a study in the northwestern 
United States found that up to 45% of the species of 
breeding birds are cavity nesters. These include vari- 
ous species of woodpeckers that actually excavate cav- 
ities, as well as other species that are secondary users 
of those cavities, or that use natural hollows. 


Unfortunately, modern forestry does not accom- 
modate this habitat feature very well. Because forestry 
plantations usually have very few snags or other types 
of deadwood, cavity-dependent species of wildlife are 
at risk in these highly managed, secondary forests. As 
a result, forestry-related degradation of the habitat of 
these animals has become an important environmental 
issue in many areas. This concern is especially relevant 
to old-growth forests, because deadwood is such a 
prominent characteristic of this type of ecosystem. 
For example, as many as six woodpecker species can 
co-occur along with other cavity-dependent species in 
old-growth forests of the Pacific Northwest of the 
United States. It may be possible to accommodate 
most of these species, while still practicing forestry, if 
an appropriate system of integrated management can 
be developed. One study done in that region suggested 
that about 70% of the woodpecker population could 
be maintained in selectively harvested old-growth for- 
ests, as long as at least four large snags remained per 
hectare on harvested sites. 


Controversy over use 


Because of their great quantities of large-dimen- 
sion timber of desired tree species, old-growth forests 
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are an extremely valuable natural resource. However, 
old-growth forests are rarely managed by foresters as a 
renewable, natural resource. Usually, these forests are 
mined by harvesting, followed by a conversion of the 
site to a younger, second-growth forest, which is only 
allowed to develop into a middle-aged forest before it 
is harvested in turn. This management strategy is pur- 
sued because old-growth forests sustain little or no net 
production of new biomass, since the growth by living 
trees is approximately balanced by the deaths of other 
trees through senescence, disease, or accident. Because 
the primary objective of forestry is to optimize the 
productivity of tree biomass, it is economically pref- 
erable to harvest the secondary forests soon after their 
productivity starts to decrease. However, this occurs 
long before they become old-growth forests. 


Because of this forestry practice, old-growth forests 
have been greatly fragmented and diminished in area. 
Consequently, threats of further losses of this natural 
ecosystem engender great controversy. To conserve 
some of the important qualities of old-growth temper- 
ate forests, including some of their dependent species, 
so-called new forestry harvesting systems are being 
encouraged in some areas. Compared with clear-cut- 
ting and plantation establishment, these new systems 
are relatively soft in terms of the intensity of the dis- 
turbance caused, and the physical integrity of the forest 
remains substantially intact after the harvest. For 
example, a system being encouraged in old-growth for- 
ests of western North America is selection-cutting with 
some degree of snag retention, followed by natural 
regeneration of trees instead of planting. 


However, even the new forestry practices cause 
substantial changes in the character of the forest. If 
the societal objective in some areas is to preserve the 
special, natural values of old-growth forests, this can 
only be done by setting aside large, landscape-scale, 
reserves in which commercial forestry is not practiced. 
Only natural ecological dynamics and disturbances 
are allowed to occur in those ecological reserves. The 
landscape perspective is important to the preservation 
of old-growth forests because particular stands of this 
ecosystem cannot be preserved forever, since they are 
inevitably subject to the effects of unpredictable, cata- 
strophic disturbances and/or environmental changes. 
However, if the ecological reserve is large enough, 
these stand-level dynamics can be accommodated, 
because a continuum of stands within the natural, 
old-growth successional dynamic can be sustained 
over the longer term. 


Old-growth forests are a unique type of natural 
ecosystem, with great intrinsic value. If old-growth 
forests are to always be a component of Earth’s 
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KEY TERMS 


Clear-cutting—A method of forest harvesting by 
which all trees of commercial size are removed 
from the site. Usually the trees are de-limbed, and 
the branches and foliage are left on the site as slash 
while the stem is removed as a commercial product. 


Community—lIn ecology, a community is an assem- 
blage of populations of different species that occur 
together in the same place and at the same time. 


Old-growth forest—A late-successional forest, char- 
acterized by great age, uneven-aged population 
structure, domination by long-lived species, and 
complex physical structure, including multiple 


natural biodiversity, then human societies will have to 
preserve them in large ecological reserves, even if this 
means there will be some short-term economic losses. 


See also Acid rain; Climax (ecological); Slash- 
and-burn agriculture; Sustainable development. 
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layers in the canopy, large trees, and many large 
snags and dead logs. 

Plantation—A tract of land on which trees have been 
planted and tended, often as a single-species population. 
Selection cutting—A method of forest harvesting in 
which only trees of a desired species and size class 
are removed. This method leaves many trees stand- 
ing, and relies on natural regeneration to replace the 
harvested trees. 

Succession—A process of ecological change, involving 
the progressive replacement of earlier communities with 
others over time, and generally beginning with the dis- 
turbance of a previous type of ecosystem. 


Quimby, P.A. “Scale of Ecological Representation: A Case 
Study of Old-Growth Forests.” Natural Areas Journal 
21, no.3 (2001): 216-228. 


Bill Freedman 


l Olive family (Oleaceae) 


The olive family is a family of flowering plants 
known to botanists as the Oleaceae. The Oleaceae 
have about 25 genera and over 500 species. Most 
species are native to temperate and tropical regions 
of the Northern Hemisphere. The best known trees of 
this family are olive and ash, while the most familiar 
shrubs are privet, lilac, and golden bell, all popular 
ornamental plants. 


Characteristics of the olive family 


The flowers of most species have radial symmetry, 
in that any longitudinal section through the center of 
the flower would divide it into two identical halves. 
The flowers of some species are bisexual, in which both 
male and female organs are present. The flowers of 
other species are unisexual, in that they have male 
organs or female organs, but not both. The flowers 
of most species have four sepals (the typically green, 
leaf-like parts which constitute the outermost whorl of 
flowers) and four petals (the typically pigmented, leaf- 
like parts which are interior to the sepals, but exterior 
to the sexual organs). Most species have flowers with 
two stamens (male organs) and one pistil (female 
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organ). The pistils of most species contain four ovules, 
which develop into seeds after fertilization. 


The fruit of some species, such as the ash, is a 
samara, or a dry, one-seeded fruit which is indehiscent 
(lacks a suture), and has wing-like structures to facil- 
itate dispersal by the wind. The fruit of other species, 
such as the olive, is a drupe, or a fruit with a fleshy 
outer layer and a hard inner layer containing one seed. 
The fruit of other species is a berry, a fruit that is fleshy 
throughout and has one or more seeds. 


Some species, such as ash, have seasonally decid- 
uous leaves, which fall off in the autumn after they 
become non-functional. Other species, such as olive, 
have persistent leaves, in that there are always some 
leaves attached to the tree, even when they are no 
longer functional. In most species in this family, the 
leaves arise opposite to one another on the stem. The 
leaves of some species, such as lilac and golden bell, are 
simple in that they consist of a single blade. The leaves 
of other species, such as ashes, are compound, and are 
composed of many separate leaflets. 


Important species 


The olive tree (Olea europea) is the best known 
and most economically important species in this fam- 
ily. This Mediterranean native produces olives and 
olive oil. Italy and Greece are the major producers of 
these products. However, olive trees are now cultivated 
throughout the world, including southern California, 
South America, and Australia. Olive trees cannot 
withstand cold winter temperatures. 


Olive trees probably originated in Greece, and 
were later introduced to Italy and elsewhere in the 
Mediterranean region. Olive oil was well known to 
the peoples of the Middle East several millennia ago. 
The Old Testament of the Bible mentions the use of 
olive oil as an ointment, food, and for burning in 
lamps. Olive trees are especially well-known in Italy 
and Greece, where olives and olive oil have been used 
in the cuisine for thousands of years. 


The olive tree has persistent leaves, blooms in the 
spring, and produces mature fruits in the late autumn 
or winter. The unripe fruits are green and bitter, while 
ripe fruits are purple to black in color. The bitterness 
of the green, unripe fruits can be removed by soaking 
them in a solution which is alkaline (high pH) or is 
saturated with salt. Once the bitterness has been 
removed, green olives are typically pickled in a salt 
solution for later eating. 


Olive oil is made from the ripe, purple fruits. Olive 
oil has a relatively high percentage of unsaturated 
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fatty acids, and is purportedly healthier than many 
other vegetable oils. It consists of about 80% oleic 
acid and 10% palmitic acid. “Extra virgin” olive oil 
is considered the best, and is prepared by extraction 
without the use of chemical solvents. “Pure” olive oil is 
extracted with the use of chemical solvents, and this 
process removes some of the color and flavor that is so 
characteristic of extra virgin olive oil. 


Olive trees are slow-growing, but can live one 
thousand years or more. The trunks of mature trees 
have a very characteristic, gnarled appearance. Olive 
trees are not used as timber, but the wood has a fine 
grain and has been traditionally used to make hand- 
carved implements. 


There are about 65 trees and shrubs in the ash 
(Fraxinus) genus. All species are native to the 
Northern Hemisphere, and about 18 are native to 
North America. The leaves of all ash species arise 
opposite to one another on the stem, and with one 
exception (Fraxinus anomala), are pinnately com- 
pound, in that they consist of numerous small leaflets 
which arise from a central stalk. 


The white ash (Fraxinus americana) 1s the tallest 
and most important of the American ashes. It grows 
throughout the angiospermforests of eastern North 
America, and has a characteristic long, straight trunk 
and leaves which turn yellow or purple in the autumn. 
The wood of white ash is flexible and light, and is used 
to make baseball bats and furniture. 


Lilac (Syringa vulgare) is native to southeastern 
Europe, but is widely cultivated throughout the 
United States and much of southern Canada as an 
ornamental, flowering shrub. Lilac shrubs produce 
large, branched inflorescences, referred to as panicles, 
in early spring. The flowers are purple or white, and 
have a characteristic aroma. Lilac has escaped form 
cultivation and become naturalized in parts of temper- 
ate North America. This naturalized, European native 
is the state flower of New Hampshire. 


Privet (Ligustrum vulgare) is also a shrub native to 
Europe. It can take substantial abuse, and so has 
become the most widely planted hedge plant in the 
United States. Privet produces flowers in May, and 
blue-black berries in summer which are eaten by birds. 
Birds disperse the seeds within the berries, and have 
thereby naturalized privet through much of the United 
States. 


Golden bell (Forsythia viridissima and several 
other species of Forsythia) is a cultivated shrub which 
is native to China. Golden bell has twigs which are 
yellow-brown in color, and it produces brilliant, 
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Omnivore 


KEY TERMS 


Bisexual—Flowers that have functional male and 
female organs. 


Drupe—A fruit which has a fleshy outer layer, and 
a hard inner layer which encloses a single seed. 
A cherry is a typical example. 


Pistil—The female reproductive organ of a flower, 
which contains ovules that develop into seeds after 
fertilization by pollen. 


Sepal—External whorl of a flower which is typically 
leaflike and green. 


Stamen—Male reproductive organ of a flower that 
produces pollen. 


Unisexual—F lowers that bear either male or female 
reproductive organs. 


Unsaturated—Containing multiple bonds between 
the carbon atoms in a chain. Unsaturated fatty 
acids contain at least one double bond between 
two carbon atoms. 


yellow flowers in early spring. Like privet, it is a pop- 
ular hedge plant. 
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| Omnivore 


An omnivore is any animal that is a generalist 
feeder, consuming a wide variety of foods that include 
both animal and plant matter. Omnivores may assume 
diverse roles within ecological food webs, acting as 
primary consumers when eating plant material or 
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acting as a much higher-level consumer when eating 
meat. 


Some examples of omnivorous animals are pig 
and bear, both of which will eat a wide range of 
plant and animal products. Most wild populations of 
these animals are primarily herbivorous, with their 
consumption of plant types dependent on seasonal 
and geographic availability. However, both of these 
animals are opportunistic meat eaters. If meat can be 
readily attained through predation or scavenging, they 
will consume it. 


Humans are also omnivorous. The human diet is 
primarily composed of only about 100 plant and ani- 
mal species. However, the products of thousands of 
additional plant and animal species are consumed in 
smaller quantities by humans. 


See also Carnivore; Food chain/web; Herbivore. 


Bill Freedman 


[ One-to-one correspondence 


In mathematics, one-to-one correspondence 
refers to a situation in which the members of one set 
(call it A) can be evenly matched with the members of a 
second set (call it B). Evenly matched means that each 
member of A is paired with one and only one member 
of B, each member of B is paired with one and only one 
member of A, and none of the members from either set 
are left unpaired. The result is that every member of A 
is paired with exactly one member of B, and every 
member of B is paired with exactly one member of A. 
One-to-one correspondence is also called bijective. 


In terms of ordered pairs (a,b), where a is a mem- 
ber of A and b is a member of B, no two ordered pairs 
created by this matching process have the same first 
element and no two have the same second element. 
When this type of matching can be shown to exist, 
mathematicians say that: a one-to-one correspond- 
ence exists between the sets A and B. Any two sets 
for which a one-to-one correspondence exists have the 
same cardinality; that is, they have the same number of 
members. On the other hand, a one-to-one corre- 
spondence can be shown to exist between any two 
sets that have the same cardinality, as can easily be 
seen for finite sets (sets with a specific number of 
members). For example, given the sets A = and B = 
a one-to-one correspondence can be established by 
associating the first members of each set, then the 
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One-to-one correspondance 


Odd Positive 
Integers 


Positive 
Integers 


Positive 
Integers 


y = 2x-1 


Table 1. One—To—One Correspondence. (Thomson Gale.) 


second members, then the third, and so on until each 
member of A is associated with a member of B. Since 
the two sets have the same number of members no 
member of either set will be left unpaired. In addition, 
because the two sets have the same number of mem- 
bers, there is no need to pair one member of A with 
two different members of B, or vice versa. Thus, a one- 
to-one correspondence exists. 


Another method of establishing a one-to-one cor- 
respondence between A and B is to define a one-to-one 
function. For example, using the same sets A and B, 
the function that associates each member of A with a 
member in B that is twice as big is such a function. This 
type of function is called a one-to-one function 
because it is reversible. In mathematical terminology, 
its inverse is also a function. It could just as well be 
defined so it maps each member of B onto a unique 
member of A by associating with each member of B 
that member of A that is half its value. 


One-to-one functions are particularly useful in 
determining whether a one-to-one correspondence 
exists between infinite sets (sets with so many members 
that there is always another one). For example, let X 
be the set of all positive integers, X = 1, 2,3, 4,5,..., 
(the three dots are intended to indicate that the listing 
goes on forever), and let Y be the set of odd positive 
integers Y = 1, 3, 5, .... At first glance, it might be 
thought that the set of odd positive integers has half as 
many members as the set of all positive integers. 
However, every odd positive integer, call it y, can be 
associated with a unique positive integer, call it x, by 
the function f(x) = y = (2x - 1). On the other hand, 
every positive integer can be associated with a unique 
odd positive integer using the inverse function, namely 


x = (1/2)(y + 1). 
The function f is a one-to-one function and so a 
one-to-one correspondence exists between the set of 
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KEY TERMS 


Function—A function is a set of ordered pairs (a,b) 
such that: a is a member of some set A and b is a 
member of some other set B, each pair of elements 
a and b are related to one another in the same 
fashion, and no two pairs have the same first 
element. 


Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


positive integers and the set of odd positive integers; 
that is, there are just as many odd positive integers as 
there are positive integers all together. Carrying this 
notion further, German mathematician Georg 
Ferdinand Ludwig Philipp Cantor (1845-1918) showed 
that it is also possible to find a one-to-one correspond- 
ence between the integers and the rational numbers 
(numbers that can be expressed as the ratio of two 
whole numbers). However, Cantor also showed that 
it is not possible to find a one-to-one correspondence 
between the integers and the real numbers (the real 
numbers are all of the integers plus all the decimals, 
both repeating and nonrepeating). In fact, he showed 
that there are orders of infinity, and invented the 
transfinite numbers to describe them. 
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Onion see Lily family (Liliaceae) 
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Opah 


l Opah 


Opahs (Lampris guttatus) are a bony ray-fin oce- 
anic fish, with a world-wide distribution, in the Family 
Lamprididae of the Order Lampridiformes. Opahs are 
known only from specimens found stranded on the 
beach or captured accidentally by commercial travel- 
ers because these fish live at depths of 325-1,300 ft 
(100-400 m). Little is known of their life habits, but 
they are very fast swimmers and feed on fish and squid. 
Opahs reach sizes of up to 25 ft (7.8 m) long and weigh 
up tp 110 lb (50 kg). Their body is compressed from 
side to side but deep from back to belly, with fins that 
are more or less sickle-shaped. The color of opahs is 
remarkably brilliant: they have bright red fins, a deep 
blue back, shading to pinkish on the belly, with round 
milk-white spots on the sides. Opahs are also known as 
moonfish. 


Open interval see Interval 


[ Open-source software 


Many software programs must be purchased from 
a vendor. The purchase price entitles the buyer to the 
benefits of the functional software. The program code 
that makes these performance features possible (the 
source code), however, usually remains known only to 
the company that designed the software. Open source 
software runs counter to this philosophy. As its name 
implies, in open source software, the source code is 
freely available to all users. In addition, users can 
modify the code and pass these improvements on to 
others. The license to operate the program that the 
code controls is also shared free of charge. 


The result is that open source software is a con- 
stantly changing and usually improving public docu- 
ment. Examples of open-source software are Unix 
(trademarked as UNIX), Perl, Linux, and FreeBSD 
(Berkeley Source Distribution). 


Proprietary software such as word processing and 
spreadsheet packages available from companies such 
as Microsoft and Corel remain unaltered until the 
manufacturer releases a new version of the software 
for sale. Re-programming and correcting difficulties 
occur in house. If a released program is faulty, reme- 
diative repair is typically accomplished by the down- 
loading of repair patches from a company’s Web site. 
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In contrast, open-source software is constantly 
evolving. Users identify strengths and shortcomings 
of the software’s code and program performance, 
modify the code, and redistribute the software, pri- 
marily on the Internet. The entire development proc- 
ess, including the identification of defects in the 
software, is a public process. The process of eliminat- 
ing problems and improving the software happens at a 
much quicker rate in an open-source environment, as 
the information is shared throughout the open-source 
community, and does not pass through the develop- 
mental hierarchies of a company. 


In the 1960s, when computers were far less easy to 
operate, users tended to be software developers, and 
software tended to be supplied with the source code 
included. Beginning in the 1970s, however, a propri- 
etary atmosphere began to dominate, and source 
codes became the domain of the commercial software 
developer. 


A cadre of software developers, such as Richard 
Stallman, continued to advocate for an open software 
development community. Under Stallman’s direction, 
the Free Software Foundation was created in 1983. 
Stallman was also the driving force behind The GNU 
Project (GNU is a recursive acronym for GNU’s not 
Unix). The GNU Project, consisting of libraries, ker- 
nel, utilities, compilers, and applications, was one of 
the first initiatives to challenge the emerging trend of 
proprietary software. As of 2006, GNU is still being 
developed and, so far, has not been released as a 
complete system. 


Another major impetus for open-source software 
came in 1991, when Finnish-American software 
engineer Linus Benedict Torvalds (1969—-) publicly 
released his first version of an open-source version of 
the Unix operating system (now called Linux). In 
1998, the Open-Source Initiative (OSI) was formed, 
stimulated by the announced public distribution of the 
formerly proprietary Netscape Internet browser. As of 
November 2006, Linus has not been officially adopted 
as part of GNU, although it is generally considered in 
association with the GNU system. 


Open-source software is closely allied to open 
communications protocols, which allows many differ- 
ent types of computer equipment to run the software 
and communicate with one another. Although the 
development of open-source software is communal 
and virtually unrestricted, often there is some sort of 
central authority that collects and combines the 
changes made by users. For example, Linus Torvalds 
still fulfills this role for Linux software. 


A number of companies have formed to market 
open source software. Companies such as Red Hat 
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and Corel supply functional add-ons to open-source 
software. Despite its freely available nature, such 
opportunities have made open-source software eco- 
nomically viable. Open-source software such as 
Linux can be packaged into a convenient and easy to 
install package, with programming support available. 
This tact has proven so attractive that consumers will 
often pay to acquire the convenience surrounding a 
free piece of software. 


See also Computer software. 


Opiates see Narcotic 


i Opossums 


The Virginia or common opossum (Didelphis vir- 
giniana) is the only member of the order Marsupialia 
to occur naturally in North America. The Virginia 
opossum occurs from southern Ontario through 
Mexico into most of Central America. The southern 
opossum D. marsupialis occurs from eastern Mexico 
to northwestern Argentina. In the montane regions of 
South America, this species is replace by the white- 
eared opossum D. albiventris. The fourth member of 
this genus, the big-eared opossum D. aurita, occurs 
along the Atlantic Coast of Brazil to northeastern 
Argentina and southeastern Paraguay. Other genera 
and species of the family Didelphidae, the New World 
opossums, also occur in Central and South America. 


The usual habitat of opossums is brushy or for- 
ested, ranging from an open to a full canopy. However, 
the Virginia opossum will also feed in fields and other 
open habitats, as long as they are close to trees. 
Opossums are solitary animals, coming together only 
to mate. Northern animals remain active throughout 
the winter, although they often suffer from frost-bite, 
which can cause them to lose parts of their ears and the 
tips of their tails. 


Opossums can have a body length as great as 18 in 
(50 cm), plus a tail of up to 21 in (54 cm). Their pelage 
consists of a dense underfur, which is variably colored 
black, brown, red, gray, dirty yellow, or white, with 
scattered, white-tipped guard hairs. The head is light- 
colored, often with three dark lines extending backward 
from the snout. The tail is almost naked and prehensile. 


Female opossums have a deep, fur-lined, abdomi- 
nal pouch (or marsupium), usually containing 13 nip- 
ples. The young are born in an early stage of 
development. Although recently born young are tiny 
(approximately bee-sized) and virtually helpless, they 
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An immature opossum hanging by its tail. (Steve Maslowski. 
Photo Researchers, Inc.) 


are able to use their partially developed forelegs to 
slowly crawl to their mother’s pouch, where they 
suckle and grow until they can move about independ- 
ently of their parent. As many as 25 babies may be 
born, but no more than 13 can be accommodated by 
the number of teats in the marsupium, and usually 
only about seven to eight babies survive to the point 
where they can leave the pouch. The weaned young are 
often carried on their mother’s back for some time, 
until they become fully independent. 


Opossums can climb well, and are both terrestrial 
and arboreal in their habits. They usually spend the 
day denning in a cavity in rocks, a hollow log, or some 
other shelter, emerging at night to feed. Opossums are 
omnivorous in their diet, feeding on a wide range of 
plant and animal matter, including insects, mice, 
birds, and frogs that they hunt, as well as carrion. 


When struck by a human or other potential pred- 
ator, a Virginia opossum will often roll onto its back or 
side and feign death, a behavior known as “playing 
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Opportunistic species 


possum.” This may be an involuntary act, possibly 
induced by a shock-like reaction, and is usually per- 
formed with a gaping mouth, a lolling tongue, and 
closed eyes. This might seem to be a dangerous response 
to a potentially lethal confrontation, but many preda- 
tors will not attack a seemingly dead animal. 


The fur of opossums killed in the early winter is 
dense and is sought after by hunters. The Virginia opos- 
sum is also eaten in some places, with roasted “possum 
and taters” considered a delicacy in parts of the southern 
United States. Opossums can be trapped or hunted at 
night with hounds and lights. Fortunately, the opossum 
is quite fecund and has managed to maintain its abun- 
dance in spite of rather intense hunting pressures. In 
fact, the opossum has even expanded its range consid- 
erably to the north during the past century. 


See also Marsupials; Phalangers. 


Bill Freedman 


l Opportunistic species 


Opportunistic species of animals or plants are 
adapted to exploit newly available habitats or resources 
and are typically found in unpredictable, transient, and 
variable environments. For example, clear-cut forests 
create well-lit open areas which are colonized rapidly 
by the windbone seeds of opportunistic species of 
plants, many of which are regarded as weeds by farm- 
ers and gardeners. Besides producing easily dispersed 
seeds, opportunistic species characteristically have a 
rapid growth rate, quickly establishing themselves in 
the new environment. Opportunistic species also have 
other characteristics: they reproduce early, have a small 
body size, and produce large numbers of seeds or off- 
spring, a strategy known to ecologists as r-selection. 
Opportunistic species are most prominent during the 
early stages of ecological succession, when species that 
are more competitive in the long run are not very 
abundant. Opportunistic species have a great ability 
to alter their growth rate, physiology, or behavior to 
better suit the environmental conditions with which 
they are faced. Usually, this opportunistic response is 
accomplished without changes in the genotype, in 
which case it is known as phenotypic plasticity. 


Environmental resources and opportunities 


To be successful in the evolutionary sense, all 
organisms must grow and reproduce successfully, 
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and to accomplish these functions they have particular 
requirements for environmental resources. Plants, for 
example, need access to an appropriate supply of sun- 
light, water, and inorganic nutrients such as carbon 
dioxide, nitrate, phosphate, calcium, and about 20 
other chemicals. Similarly, animals require a suitable 
habitat, replete with the appropriate foods to eat and 
places for shelter to complete their life cycle. The 
requirements of organisms for resources must be sat- 
isfied within an appropriate ecological context, for 
example, in terms of the temperature regime, or the 
types of diseases, parasites, or predators that are 
present. 


In some ecological situations, the availability of 
resources is highly constrained, and this poses severe 
limitations to the growth and reproduction of organ- 
isms. However, some species are genetically adapted 
to surviving under these sorts of difficult circumstan- 
ces. Their adaptive syndrome is referred to as compet- 
itive if access to resources is limited by the presence of 
other species with similar needs (an interaction that 
ecologists refer to as competition). In other cases, the 
availability of resources may be lacking because of 
infertile soil, excessively cold or hot temperatures, 
pollution, or some other type of non-living stressor, 
in which case the adaptive syndrome is called stress 
tolerant. 


In contrast, certain ecological situations are char- 
acterized by a relatively great abundance of resources. 
This is often the circumstance, for example, after a 
mature, highly competitive plant community, growing 
on a fertile site, is subject to a severe disturbance. 
Because the disturbance kills many mature plants, the 
biological demand for resources is greatly decreased, so 
that competition is no longer very important and 
resources are freely available. The adaptive syndrome 
exhibited by species that take advantage of this tempo- 
rary circumstance is referred to as ruderal. Ruderal 
species are highly opportunistic, in that they are 
adapted to taking advantage of temporary conditions 
of a great availability of resources. 


The broad characteristics of ruderal species can be 
illustrated by considering the general features of plants 
that exhibit this strategy. Ruderal plants are usually 
herbaceous, small, short-lived, and highly fecund. 
Ruderal plants devote a large proportion of their pro- 
ductivity to the development of a great number of 
seeds, which may be long-lived in soil, or are readily 
dispersed over long distances. Moreover, ruderal 
plants have a relatively great potential for pheno- 
typically plastic responses to variations of resource 
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KEY TERMS 


Genotype—the full set of paired genetic elements 
carried by each individual, representing its genetic 
blueprint. 


Phenotype—The actual, biological expression in an 
individual organism of its genetically based informa- 
tion, as influenced by environmental conditions. 


Phenotypic plasticity—The variable degree of 
expression of genetically based biological potential, 
in terms of growth form, biochemistry, behavior, 
etc., depending on environmental circumstances. 


Ruderal—Refers to plants that occur on recently 
disturbed sites, but only until the intensification of 
competition related stresses associated with suc- 
cession eliminates them from the community. 


availability. Clearly, the ruderal strategy is highly 
opportunistic, and has evolved to allow rapid and 
vigorous colonizations of fertile habitats soon after 
disturbance, while competition is a weak interaction 
in the recovering ecosystem. 


Opportunistic species in novel 
circumstances 


Sometimes, species that are not particularly prom- 
inent in their native habitat become important pests 
when they are introduced by humans into a new hab- 
itat. In such cases, these organisms are opportunisti- 
cally responding to a novel ecological circumstance 
that enhances their access to resources. This response 
is made possible because the species are no longer 
constrained by the specifically adapted herbivores, 
predators, or diseases that occur in their native hab- 
itat, a situation that is referred to as ecological release. 
Most of the important species of weeds in agriculture 
have opportunistically responded to favorable circum- 
stances in the new environments to which they have 
been introduced, as have invasive animal pests, such as 
rats and mice. 


Of course, there are limitations to the ecological 
success of opportunistic species. In stable environ- 
ments, where disturbance is infrequent, there are few 
circumstances that are favorable to opportunistic spe- 
cies, and they will be rare in the biota. Such conditions 
are common, for example, in old-growth forests and 
other climax ecosystems. However, many human 
activities result in extensive disturbances of natural 
ecosystems. As a result, opportunistic species are 
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faring much better today than they did prior to the 
global environmental changes that are being caused by 
humans. 


See also Adaptation; Stress, ecological. 
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l Optical data storage 


Almost from the invention of the laser, research- 
ers were considering the possibilities of optical data 
storage. Throughout the 1960s and 1970s, a number of 
companies were at work on optical data storage sys- 
tems, held back in large part by the cost and perform- 
ance level of available lasers. In 1982, Sony 
Corporation revolutionized the music industry with 
the introduction of the compact disc (CD). CD- 
ROM (compact disk read-only memory) systems for 
computers quickly followed, expanding the capability 
of desktop computing. More recently, writable optical 
disks have been developed, and considerable ground 
has been gained in holographic data storage technol- 
ogy. The audio compact disc is 120 mm or 80 mm in 
diameter. The larger size holds about 80 minutes of 
recordings, while the smaller one, only sold as CD 
singles, hold about 20 minutes of audio. As of 2006, 
the CD remains the standard commercial recording 
system. As of 2004, around 30 billion discs (CDs and 
their associated extensions) are sold worldwide. 


Other forms of optical data storage includes dig- 
ital versatile disc, sometimes called digital video disc, 
(DVD). It is used for data storage including movies 
with video and audio. They are similar to CDs with 
respect to size but are encoded with a different format 
and with a much higher density. The four basic types 
of DVDs are: single sided/single layer, single sided/ 
dual (double) layer, double sided/single layer, and 
double sided/dual layer. DVD disc capacity for 12-cm 
discs is: for a single sided/single layer, 4.7 GB (giga- 
bytes); double sided/single layer, 9.4 GB; single sided/ 
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double layer, 8.5 GB; and double sided/double layer, 
17 GB. Eight-centimeter discs are also available in 
the following four types: single sided/single layer, 
1.4 GB; double sided/single layer, 2.8 GB; single 
sided/double layer, 2.6 GB; and double sided/double 
layer, 5.2 GB. 


Some of the more popular formats of DVD 
include: DVD-R (DVD recordable), DVD+R, DVD- 
RW (DVD rewriteable), and DVD+RW. DVD also 
comes in high density DVD, sometimes called high- 
definition DVD): HD-DVD. It is used specifically 
for high-definition video and data storage. Some of the 
commercial products using DVD technology include 
video games by Sony PlayStation and Microsoft 
Xbox. 


Optical data storage refers to any method of stor- 
ing data using light. The most common method is 
optical disk, which offers a data density considerably 
higher than magnetic methods. Three of the early 
types of optical disks were: ROM, or read only mem- 
ory; WORM, or write once, read many times; and 
MO, or magneto optical disk, a disk which, like mag- 
netic computer disks, can be repeatedly written on and 
repeatedly erased. Later, other types developed, 
including: CD-R (compact disc-recordable) and CD- 
RW (compact disc rewritable). 


For ROM systems, information is recorded on a 
master disk by pulsed laser. The laser beam is varied or 
modulated, such that digital data is encoded in the 
pulses. The beam heats up and distorts a thermally 
sensitive layer on the master disk, recording a bit of 
data as a depression in the surface. The depressions are 
submicron in size, separated by grooves spaced 1.6 
microns apart. 


Once the master disk is created, copies can be 
produced quickly and cheaply (the cost of a CD is 
estimated at less than $1). Injection molded polycar- 
bonate replicas made from the master disk are coated 
with aluminum to increase reflectivity, then sealed in 
protective plastic. 


The data retrieval system consists of a low power 
(3 mW), continuous wave diode laser, a series of optics 
to focus and circularize the beam before it reaches the 
CD, more optics to check that the beam is reading the 
proper area of CD at the correct location, and a detec- 
tor to decode the signal. The disk spins, and the read 
head containing the laser and optics scans across it. 
The beam is reflected from the depressions on the 
optical disk, and the detector reads variations in the 
intensity and polarization of the light. These varia- 
tions are decoded and converted to an electrical signal. 
In the case of a music CD, the electrical signal is 
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transmitted to a speaker, the speaker diaphragm 
vibrates, and the result is music. 


CDs are capable of carrying prodigious amounts 
of information, over 600 megabytes on a single disk. In 
addition to the music and film formats, CD-ROMs 
bring extensive databases to the desktop computer, 
and the average user’s fingertips. World atlases, ency- 
clopedias, and comprehensive periodical indexes are 
just a few of the CD-ROM products available. 


Write once, read many, or WORM systems, are a 
bit more complicated than ROM systems. Though 
they have essentially the same optical system for data 
retrieval, for writing operations they require a more 
powerful laser and a modified storage disk. 


Writable WORM disks are made of different 
material than consumer CD-ROMs. Typically, a ther- 
mally sensitive film is sandwiched between layers of 
glass or plastic. During the write phase, digital data is 
converted into an optical signal by varying or modu- 
lating a laser beam. The laser puts out about 30 mW of 
power, since it has to be capable of distorting the write 
layer. The tightly focused, modulated beam shines 
through the transparent glass or plastic and hits the 
thermally sensitive layer, heating it to create distor- 
tions that represent bits of data. These distortions are 
usually either bumps, depressions, or variations in 
opacity in the material that will make changes in the 
reflectivity of the surface. To read the disk, the laser/ 
read assembly is scanned over the surface at lower 
power, and a detector reads and decodes variations 
in the surface reflectivity to obtain the original signal. 


Once recorded, the data cannot be rewritten, and 
short of destruction of the disk, cannot be erased. 
WORM disks are being used for archival purposes or 
in documentation-intensive applications such as insur- 
ance, banking, or government. 


Magneto-optical disks (MODs) are rewritable, 
and operate differently than either ROM or WORM 
disks. Data is not recorded as distortions of a ther- 
mally sensitive layer within the disk. Rather, it is writ- 
ten using combined magnetic and optical techniques. 
Digital data consisting of 1s and Os is encoded in the 
optical signal from the laser in the usual manner. 
Unlike the ROM or WORM disks, however, the 
MOD write layer is magnetically sensitive. 


On a microscopic level, magnetic materials are 
made up of tiny regions known as domains. Each 
domain acts like a small magnet. In non-magnetic 
material, the magnetic poles of the domains are 
randomly aligned. In magnetic material, the poles 
tend to align in the same direction, creating the macro- 
scopic magnetic poles and field of the magnet. In 
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paramagnetic material, the poles of the domains are 
flexible, and can be preferentially aligned by an exter- 
nal magnet so that the material becomes magnetic. 


Returning to the MOD system, the modulated 
laser beam heats up a small spot of the magnetic 
write layer to its Curie temperature, the temperature 
at which magnetic material can become paramagnetic. 
The magnetic pole of the domain is then aligned by an 
external magnet located on the read/write head. As 
soon as the laser moves on, the spot cools down and 
the domain remains preferentially aligned. To record a 
binary 1, the magnetic pole of the external magnet is 
oriented upward, forcing the domain’s north pole to 
point upward. To write a binary 0, the external mag- 
net’s magnetic field is reversed, and the domain’s 
north pole points downward. 


The MOD is erased by orienting the external 
magnet’s north pole downward and scanning the 
laser across the disk with uniform beam intensity, 
recording 0s over the whole disk. The MOD is read 
by scanning a laser over the spinning disk and evalu- 
ating the effect of the magnetic pole orientations on 
the reflected light. 


Other avenues of rewritable disk technology have 
been developed. One type uses differences in the reflec- 
tivity of a material in its crystalline and amorphous, or 
non-crystalline state, to record data. The laser heats 
up a tiny bit of surface and the material there crystal- 
lizes, standing for a binary 1. Bits of surface, still in the 
amorphous state, stand for a binary 0. To read, the 
laser is scanned over the surface, and the detector 
decodes the signal from variations in the reflectivity. 
To erase, the laser is scanned in a continuous wave, to 
heat the material up just enough to return to the 
amorphous 0 state. 


The optical data storage capacity curve is going 
up exponentially. Optical disk data density is driven 
by the minimum spot size of the tightly focused laser 
beam writing the data. The spot size is directly propor- 
tional to the wavelength of the laser. The shorter the 
wavelength means the smaller the spot and the more 
data that can fit on the disk. Diode lasers currently 
used in optical disk systems emit in the red region of 
the spectrum (780 nm). Devices that emit in the green 
(532 nm) and the blue regions have been developed. 
Researchers are working to increase lifetime, output 
power, and reliability to be on a par with the currently 
used CD lasers. Those improvements will follow 
shortly, and it is simply a matter of time before even 
higher density optical disks are available. 


The biggest advantage of optical data storage is 
the quantity of data that can be recorded. With 
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KEY TERMS 


Curie temperature—The temperature at which 
magnetic domains become randomized. 


Digital data—Data that is encoded in binary form, 
as a series of 1s and Os. 


Magnetic domain—Microscopic regions of a mag- 
netic material that behave as miniature magnets 
and control the material’s behavior. If they are 
preferentially oriented, the material is magnetic; if 
they are randomly oriented, the material is non- 
magnetic. 


Modulation—Variation, especially of optical signals. 


Paramagnetic—A material whose magnetic domains 
are random, and can be oriented by an external 
magnetic field. 


MODs, desktop computers can have the storage capa- 
bilities of a mainframe. There are at present, however, 
some drawbacks to the technology. Optical disk sys- 
tems are significantly slower than conventional mag- 
netic storage systems. Researchers are presently 
working on ways to consolidate and lighten the some- 
what cumbersome optical systems required for read/ 
write operations, allowing quicker operation. 


Other methods of optical data storage are being 
explored, particularly holographic data storage. A 
hologram is simply an image recorded using optical 
phase information that makes it appear three-dimen- 
sional. A pattern of 1s and Os can be recorded as easily 
as a picture, and more quickly than the corresponding 
number of Is and Os can be sequentially stored. 
Though groups have demonstrated the feasibility of 
this approach, the development of a rewritable mate- 
rial capable of recording holograms and offering long 
term storage stability is still in its early stages. 
Significant electronic development is required as 
well. For the time being, optical disk technology 
seems to be securely in the forefront. 


Despite minor drawbacks, optical data techniques 
are the technology of the future for data storage. The 
potential for great strides forward in performance 
clearly exists. 
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t Optics 


Optics is the branch of physics that is concerned 
with visible light and its properties. Physicists who 
focus on optics study the properties of light. 
Engineers also deal with optics when developing and 
making things such as telescopes, eyeglasses, cameras, 
microscopes, prisms, and various lenses for many pur- 
poses. Besides, visible light, optics also studies the 
invisible parts of the electromagnetic spectrum. They 
also apply these properties to phenomena such as 
color, mirrors, and lenses. Geometrical optics treats 
light phenomena (e.g., the determination of focal 
points, image characteristics, etc.) through calculations 
derived from the geometry of rays and similar triangles. 


Ancient Greek philosophers were the first to study 
the properties of light. They theorized that light was 
made up of tiny particles that could enter the eye. The 
idea of the particulate nature of light was widely 
accepted well into the late eighteenth century. A few 
philosophers—and later scientists from Greek philos- 
opher Empedocles (490-430 BC) to Dutch scientist 
Christian Huygens (1629-1695), argued that light 
was actually a wave. 


Following English physicist Sir Isaac Newton’s 
(1642-1727) 1704 publication of Optics, strength for 
the wave interpretation of light increased. In 1800, the 
dual nature of light was demonstrated conclusively by 
the classic double slit experiment of English physicist 
and physician Thomas Young (1773-1829). By the 
nineteenth century, the wave theory of light was widely 
accepted. In 1905 German—American physicist Albert 
Einstein’s (1879-1955) photoelectric theory asserted 
that light behaves both as a particle and a wave. 


Einstein’s work extended German physicist 
Maxwell Planck’s (1858-1947) concept of energy 
quantization to electromagnetic radiation. 
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Electromagnetic waves 


Light is a form of electromagnetic radiation that 
travels in a wave with both electric and magnetic 
behavior. Light, therefore, propagates as an electro- 
magnetic wave. Visible light represents one portion of 
a spectrum of electromagnetic waves that exist over a 
range of frequencies and wavelengths. Other electro- 
magnetic waves include radio waves, microwaves, and 
x rays. 


Light waves are transverse waves that oscillate 
perpendicular to their direction of travel. Waves can 
be vertically polarized and horizontally polarized so 
that the polarized light oscillates in one direction. The 
light from a common light source, such as a light bulb 
or the Sun, is not polarized. Light waves originating 
from these sources can oscillate at any orientation. 
When the light passes through a polarizing filter, 
such as polarized sunglasses, it exits as polarized 
light. The filter only allows passage of light waves 
oscillating in a predetermined plane. 


Wavelength, frequency, and the speed 
of light 


The relationship between the frequency (the num- 
ber of wave crests that pass by a certain point in a 
given amount of time) and wavelength for electromag- 
netic waves is defined by the formula, c= Af, where cis 
the speed of light, > the wavelength in meters, and 


fequals the frequency in cycles per second. For exam- 


ple, the highest energy wavelength detectable by the 
human eye is generally determined to be 3.80 x 10-7 m. 
Rewriting the formulac = A fas f=c/A yields (3.00 x 
10° m/s / 3.80 x 10~’ m) = 7.9 x 10'* Hz for a frequency 
of the wave. 


The inverse relationship between wavelength and 
frequency means that as wavelengths increase, fre- 
quency decreases. Because the frequency of a photon 
or electromagnetic wave is directly proportional to the 
energy of the photon or wave, the higher the frequency 
of the photon or wave, the greater the energy state of 
the photon or wave. For this reason, within the visible 
spectrum, shorter wavelength blue light is more ener- 
getic than longer wavelength red light (1.e., photons 
and electromagnetic [EM] waves with frequencies and 
wavelengths in the red portion of the spectrum). 


Newton was the first scientist to study color. He 
passed sunlight through a prism and found that it 
could be separated into beams of light of different 
colors. He showed that visible light actually consists 
of red, orange, yellow, green, blue, and violet light. 
Each of these colors corresponds to a particular 
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frequency and wavelength of light. Newton passed the 
individual color bands produced by the prism through 
a second prism. This second prism re-combined the 
individual bands and the light exited the prism as 
white light. This showed that white light is actually 
the combination of all of the colors of the spectrum. 


The color of an object is due to the frequencies 
(and corresponding wavelengths) of light absorbed by 
the object. Most objects absorb the majority of the 
frequencies of light. Any frequencies that are not 
absorbed by the object are reflected, giving the object 
a particular color. If an object absorbs all light except 
the frequencies found in the red region of the spec- 
trum, the object appears red. Red light is reflected off 
the object. White is actually not a color, but a combi- 
nation of all colors, occurring when all frequencies of 
light are reflected. Likewise, black is actually the 
absence of reflected light, occurring when all frequen- 
cies of light are absorbed. 


Light waves exhibit constructive and destructive 
interference patterns. Constructive interference occurs 
when two or more light waves meet in phase (e.g., 
wave crests meeting wave crests) and usually results 
in a more intense or bright resulting light. When the 
light waves meet out of phase (e.g., when the wave 
crests of one wave cancel the wave troughs of another 
wave), destructive interference takes place and light 
intensity is reduced or the light is negated. 


The concept of interference is important for under- 
standing the phenomena of diffraction. Young’s double- 
slit interference experiment is a classic explanation for 
diffraction, which is the bending of light as it passes 
around an object. Young made two small slits rela- 
tively close to each other on a dark board. When he 
shined a light through the slits and observed the light 
on a screen, he noticed that the light did not pass 
directly though in two straight lines. Instead, there 
was a pattern of alternating bright and dark bands of 
light. This resulted from the light waves fanning out— 
diffracting—as they passed through the barrier slits, 
much like water ripples when it passes from a small 
opening into a larger body of water. Because light 
waves were passing through two slits, two fans were 
created that overlapped at certain points. Some of 
these points experienced destructive interference, 
while others were constructive; thus leading to the 
alternating bands of light. The dark bands occurred 
when light waves canceled each other out. 


Reflection and refraction 
Other phenomena associated with light include 


reflection and refraction. Light is reflected when the 
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light waves bounce off an object to travel in a new 
direction. A surface that causes light to bounce back is 
called a reflective surface. A mirror is an example of a 
reflective surface. The angle an out-going light ray 
(i.e., stream of photons or wave path) makes with a 
reflective surface will be equal to the angle of the 
incoming light ray. To an observer, a reflected light 
ray will appear to come from behind the reflecting 
surface. For example, when a person stands in front 
of a mirror, they will see an image of themselves that 
appears to be behind the mirror. Because the image 
appears to originate from an imaginary point, the 
image is called a virtual image. A virtual image created 
by a mirror is the same size as the original object. 


Refraction can occur when light travels through 
one medium into another. The velocity of light is 
different for various materials. For instance, the veloc- 
ity of light in air is slower than its velocity in vacuum 
and slower still in glass or plastic, for example. Under 
the correct circumstances, the light ray will be 
refracted back into the original material. In a sense, 
the light ray reflects off the boundary. For example, if 
a waterproof flashlight is held in a bathtub of water at 
different angles, a particular angle can be found where 
the beam does not escape the water to shine light 
through the air above the water surface. The light is 
refracted at the surface of the water back into the 
water instead of being passed through the water and 
into the air. This angle is called the critical angle. Any 
angle beyond the critical angle will cause total internal 
reflection. 


Optical fibers, also called light pipes, utilize this 
phenomenon. Light travels through the transparent 
fibers by a series of total internal reflections, much 
like a rubber ball would bounce through a pipe. 
Fiber optics have many different important uses 
today. Mechanics use optical fibers to shine light 
deep into engines. Surgeons use them to see inside a 
patient’s body. Optical fibers are also used in commu- 
nications because they are less bulky and more inex- 
pensive than copper cables. Information in these fibers 
is carried by light instead of electrical current. 


Another form of light that has become indispen- 
sable in society is the laser. The light in lasers results 
from photons emitted by highly excited atoms return- 
ing to their ground state. The photons are harnessed 
between two mirrors where they continue to collide 
until they collectively exit in one direction at a specific 
wavelength. Laser light is a very precise, specific wave- 
length that can be altered to match the absorption of 
almost any substance. The laser light will only damage 
materials whose absorption band matches the lasers 
wavelength. This controlled intensity makes the laser a 
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sondo 


Orangutans 


handy tool for several applications ranging from sur- 
gery to reading compact disks (CDs) and digital ver- 
satile discs (DVDs). 


See also Electromagnetic spectrum; Fluorescent 
light. 
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l Orangutans 


Orangutans are large, long-haired, red apes. 
There are two species of orangutans: the Bornean 
orangutan (Pongo pygmaeus), which inhabits lowland 
primary forests of Borneo, and the Sumatran orang- 
utan (P. abelii), which is found in a small area in the 
mountains of northwest Sumatra. Their distribution 
was once much more widespread, extending through- 
out the tropical forests of Southeast Asia. However, 
these apes are now endangered, mostly because of the 
clearing of their forest habitat to develop agricultural 
land, along with the effects of timber harvesting and 
hunting. Orangutans are related to the great apes of 
Africa, the gorilla and the chimpanzee. In the Malay 
language, orangutan means “man of the woods.” 


Physical characteristics and habits 


Orangutans are sexually dimorphic, with adult 
males being about twice the weight of females. The 
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height of the male is about 54 in (137 cm), it weighs 
130-200 Ib (60-90 kg), and has an arm span of 7-8 ft 
(2.1-2.4 m). The long, coarse, coat of orangutans is 
typically reddish brown, but is bright orange in juve- 
niles, and can be maroon or dark brown in some 
adults. The fur is especially long and shaggy over the 
shoulders, where it may reach up to 18 in (46 cm) in 
length. Orangutans lack the strong brow ridges of 
chimpanzees and gorillas, and have a dish-shaped 
face that is hairless and usually black; young animals 
have pinkish skin on the muzzle and around the eyes. 
As the males mature, they develop deep throat 
pouches which extend under the arms and over the 
shoulder. Cheek flanges of fatty tissue are present in 
both species. Male orangutans from Borneo have huge 
cheek flaps, resembling horse blinders, while males 
from Sumatra have relatively longer, oval faces with 
cheek flanges that extend sideways and a well-defined 
moustache and beard. 


Orangutans are largely arboreal and spend little of 
their time on the ground. Although these apes are 
slow-moving and cautious, their long arms and 
hooked hands and feet provide an effective means 
of moving rapidly through the forest canopy. 
Orangutans are versatile climbers, using a modified 
over-arm brachiation as a mode of locomotion. 
Leaping or jumping over any distance is uncommon. 
Orangutans use their flexible joints and powerful 
hands and feet to distribute their weight over several 
small branches, any one of which might not support 
them. When a gap in the canopy is encountered, they 
use their weight to swing trees back and forth until the 
distance can be bridged. Most orangutans will occa- 
sionally descend from the trees to the forest floor, 
though the practice is most common among adult 
males. Once on the ground, orangutans move using a 
form of knuckle-walking, with the weight carried on 
the bunched fists rather than on the knuckles. They 
rarely walk in a bipedal fashion, and if they do so it is 
stiff-legged and awkward. 


At night, orangutans sleep in nests built high above 
the ground. Most nests are built in the middle level of 
the forest canopy. Orangutans prefer to nest in places 
that afford good visibility, and they change the nest 
location each night. During the day, less elaborate 
nests are built for resting and protection against heavy 
rainfall. Just as humans use umbrellas, orangutans hold 
leafy branches over their head as a shield from rain. 


Diet 
Orangutans spend an average of one-third of their 


day foraging for food. They exhibit a bimodal feeding 
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strategy, feeding most actively in the morning and 
late afternoon, and resting during the mid-day. 
Orangutans prefer to eat fruits just before ripening, 
including the spiny-skinned, pulpy, aromatic durian. 
As much as 60% of all food eaten is fruit. Other items 
of the diet include young leaves, shoots, lianas, bark, 
flowers, wood pith, mineral-rich soil, and small 
amounts of ants, bees, honey, and wasp galls. Small 
foods, such as berries and leaf shoots, are picked with 
their lips or fingers. Large fruits are held in the hands 
while eating. Water is obtained from succulent vege- 
tation and what can be collected from tree holes. They 
dip a hand in the water, and then drink droplets from 
the hairy wrist. 


Communication 


Orangutans are the least vocal of the great apes, 
but they do have a system of auditory communication. 
Their most dramatic vocalization is the long call, given 
only by adult males. The call has been likened to the 
sound produced by large volumes of water roaring 
through steel pipes. The precise function of the long 
call is not known, but it probably serves to space out 
adult males in territories. It likely also serves other 
functions, including a display to attract sexually recep- 
tive females, and a signal to inform the community of 
the location of the dominant male. Males tend to call 
in bad weather, when another male is visible or calling, 
when close to a sexually receptive female, or as an 
element of copulatory behavior. Calls are audible up 
to 1.2 mi (2 km) from the source. 


Other vocalizations include a variety of grunts, 
squeaks, moans, barks, and screams. Alarmed and agi- 
tated individuals produce “kissing” and “gluck-gluck- 
gluck” sounds that seem to indicate their level of annoy- 
ance. These noises are often accompanied by aggressive 
physical displays, such as shaking and breaking 
branches. Males use their huge size and other secondary 
sexual characteristics during intimidation displays. 
They inflate their throat sac and elevate the hair on 
their shoulders and arms to make themselves look 
larger. When threatening, individuals open their 
mouths wide to show their teeth, and when fearful, 
they extend their prehensile lips. 


Behavior and reproduction 


Orangutans are more solitary than the other apes. 
Adult males interact with other orangutans only to 
fight over responsive females and to mate. The most 
common social units are the mother and her immediate 
offspring, subadult males, and small groupings of ado- 
lescents of both sexes. Orangutans are long lived 
(around 50 years) and have extensive intervals between 
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births. Females mature at about 10 years of age and 
remain fertile until about 30 years old. Although there 
is no visible evidence of estrus, when a female is preg- 
nant, her swollen, white genitalia are readily observ- 
able. Gestation lasts 264 days. The young orangutan is 
totally dependent on its mother for food, protection, 
and transportation during its first year. The young are 
weaned at about three years and begin to climb and 
forage for their own food at age four. At six or seven 
years old, orangutans reach sexual maturity and 
become independent of their mother. 


Conservation of orangutans 


For thousands of years, the orangutan has been 
exploited by humans. Early humans found it an abun- 
dant source of food and hunted it to local extirpation 
in many areas. More recently in Borneo, it has served 
as a substitute for humans in traditional head-hunting 
rites. In the 1960s, the population of orangutans was 
decreased by the collection of young animals for sale 
to zoos and the pet trade. Despite legal protection by 
the governments of Malaysia and Indonesia, the cap- 
ture of young orangutans has not yet been completely 
halted. There are now an estimated 12,000-15,000 wild 
orangutans in Borneo, and 4,000-6,000 on Sumatra. 


Today the greatest threat to this species is the 
destruction and disturbance of their habitat. Old- 
growth tropical rainforest is rapidly being logged and 
cleared for agricultural development on Borneo, leav- 
ing only patches of suitable habitat. In recent decades, 
wildfires have also destroyed extensive areas of forest 
habitat. This has happened during years of unusual 
drought associated with El Nino events, when fires lit 
by people to develop agricultural land accidentally 
escape into the wild forest. 


The orangutan is extremely sensitive to human 
intrusions, and as a consequence suffers reductions 
of an already low rate of reproduction when fre- 
quently disturbed. For this reason, research on how 
it responds to alteration of its habitat, especially selec- 
tive logging, is necessary. Several protected reserves 
for this species have been designated in Sumatra and 
Borneo, but these reserves must be managed effec- 
tively and additional habitat must be preserved if the 
orangutan is to escape extinction. 


See also Primates. 
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Arboreal—Living in trees. 


Brachiation—To swing by the arms from branch to 
branch. 


Dimorphic—Having two distinct forms. 


Durian—The tree and fruit of Durio zibethinus, a 
plant cultivated in Southeast Asia. The fruit is 6-8 in 
(15-20 cm) in diameter and has a hard external 
husk covered with coarse spines. Inside, five oval 
compartments are filled with sweet, custard-like 
pulp. 

Flange—A protruding rim, edge, rib, or collar. 
Genitalia—The reproductive organs, especially the 
external sex organs. 


Gestation—The period of carrying developing off- 
spring in the uterus after conception; pregnancy. 


Prehensile—Adapted for seizing or holding, espe- 
cially by wrapping around an object. 


Succulent—Having thick, fleshy leaves or stems 
that conserve moisture. 
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| Orbit 


An orbit, in physics, is the path followed by 
a celestial body moving in a gravitational field. When 
a single object, such as a planet, is moving freely in a 
gravitational field of a massive body, such as a star, the 
orbit is in the shape of a conic section, that is, elliptical, 
parabolic, or hyperbolic. Most orbits are elliptical. 


German astronomer and mathematician Johannes 
Kepler (1571-1630) first studied orbits when he devel- 
oped his three laws of planetary motion. At the time, he 
discovered that celestial bodies in the solar system have 
elliptical orbits rather than the generally accepted cir- 
cular orbits. Kepler also discovered that these objects 
vary in their speeds within their orbits, rather than 
moving with a constant speed. He also formulated the 
equality: the cube of the distance from a planet to the 
sun (measured in astronomical units, the mean distance 
from the Earth to the sun) is equal to the square of the 
orbital period of that planet (measured in Earth years). 
English physicist and mathematician Sir Isaac Newton 
(1642-1727) showed that Kepler’s orbital laws were 
valid when he applied them to his theory of gravitation. 
These two mathematicians helped to develop the theo- 
ries and equations behind how orbits are studied and 
calculated today. 


The exact path and position of an object in space 
can be determined by taking into account seven orbital 
elements (epoch, orbital inclination, right ascension of 
ascending node, argument of perigee, eccentricity, 
mean motion, and mean anomaly). These elements 
deal with the mathematical relationships between the 
two bodies. To determine the orbit of a celestial body, 
the orbit must be observed and precise measurements 
taken of it at least three times. However, at least 20 
precise observations, covering at least one full revolu- 
tion, are needed for accurate orbital elements to be 
determined. If two bodies that move in elliptical orbits 
around their common center of mass (for example, the 
sun and Jupiter) were alone in an otherwise empty 
universe, scientists would expect that their orbits 
would remain constant. However, the solar system 
consists of the sun, eight major planets, and an enor- 
mous number of much smaller bodies all orbiting 
around the solar system’s center of mass. The masses 
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of these objects all influence the orbits of each other in 
small and large ways. 


Perturbation theory 


The sun’s gravitational attraction is the main 
force acting on each planet, but there are much weaker 
gravitational forces between the planets, which pro- 
duce perturbations of their elliptical orbits; these make 
small changes in a planet’s orbital elements with time. 
The planets that perturb the Earth’s orbit most are 
Venus, Jupiter, and Saturn. These planets and the sun 
also perturb the moon’s orbit around the Earth-moon 
system’s center of mass. The use of mathematical ser- 
ies for the orbital elements as functions of time can 
accurately describe perturbations of the orbits of solar 
system bodies for limited time intervals. For longer 
intervals, the series must be recalculated. 


Today, astronomers use high-speed computers to 
figure orbits in multiple body systems such as the solar 
system. The computers can be programmed to make 
allowances for the important perturbations on all the 
orbits of the member bodies. Such calculations have 
now been made for the sun and the major planets over 
time intervals of up to several tens of millions of years. 


As accurately as these calculations can be made, 
however, the behavior of celestial bodies over long 
periods of time cannot always be determined. For 
example, the perturbation method has so far been 
unable to determine the stability either of the orbits 
of individual bodies or of the solar system as a whole 
for the estimated age of the solar system. Studies of the 
evolution of the Earth-moon system indicate that the 
moon’s orbit may become unstable, which will make it 
possible for the moon to escape into an independent 
orbit around the sun. Recently, astronomers have also 
used the theory of chaos to explain irregular orbits. 


The orbits of artificial satellites of the Earth or 
other bodies with atmospheres whose orbits come 
close to their surfaces are very complicated. The orbits 
of these satellites are influenced by atmospheric drag, 
which tends to bring the satellite down into the lower 
atmosphere, where it is either vaporized by atmos- 
pheric friction or falls to the planet’s surface. In addi- 
tion, the shape of the Earth and many other bodies is 
not perfectly spherical. The bulge that forms at the 
equator, due to the planet’s spinning motion, causes a 
stronger gravitational attraction. When the satellite 
passes by the equator, it may be slowed enough to 
pull it to the Earth’s surface. 


Types of orbits 


A synchronous orbit around a celestial body is a 
nearly circular orbit in which the body’s period of 
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revolution equals its rotation period. This way, the 
same hemisphere of the satellite is always facing the 
object of its orbit. This orbit is called a geosynchronous 
orbit for the Earth where, with its sidereal rotation 
period of 23 hours 56 minutes 4 seconds, the geosyn- 
chronous orbit is 21,480 mi (35,800 km) above the equa- 
tor on the Earth’s surface. A satellite in a synchronous 
orbit will seem to remain fixed above the same place on 
the body’s equator. However, perturbations will cause 
synchronous satellites to drift away from this fixed place 
above the body’s equator. Thus, frequent corrections to 
their orbits are needed to keep geosynchronous satellites 
in their assigned places. These satellites are very useful 
for communications and making global meteorological 
observations. Hence, the vicinity of the geosynchronous 
orbit is now crowded with artificial satellites. 


The space age has greatly increased the impor- 
tance of hyperbolic orbits. The orbits of spacecraft 
flybys past planets, their satellites, and other solar 
system bodies are hyperbolae. Other recent flybys 
have been made past Comet Halley in March 1986 
by three spacecraft, and past the asteroids 951 
Gaspra in October 1991 and 243 Ida in August 1993; 
both flybys were made by the Galileo spacecraft en 
route to Jupiter. Although accurate masses could not 
be found for these small bodies from the hyperbolic 
flyby orbits, all of them were extensively imaged. 


Later, a pair of space missions launched in 1999 
and 2004 are helping scientists reach a better under- 
standing of the physics of comets. NASA’s Stardust 
mission, launched in 1999, captured dust from the tail 
of short-period Comet Wild (pronounced vilt) 2 in 
2004, and returned the samples to Earth on January 
15, 2006. Thousands of samples—most sample grains 
embedded in the Stardust aerogel were smaller than 
the width of a human hair—have been distributed to 
about 150 scientists around the world for analysis. 


In February 2003, the European Space Agency’s 
Rosetta mission—originally scheduled to rendezvous 
with Comet Wirtanen on its trip around the sun—was 
postponed due to launch failures suffered by Europe’s 
Ariane 5 rocket. In March 2003, ESA scientists 
retasked the Rosetta mission spacecraft to rendezvous 
with 67P/Churyumov-Gerasimenko. With a launch in 
February 2004 (from Kourou in French Guiana), it 
should rendezvous with the comet in 2014. During its 
six-month stay near the comet, Rosetta will move 
closer to the comet’s nucleus until it is only 12 to 15 
mi (20 to 25 km) away. It will then map the comet and 
send a probe to the surface for a landing. The larger 
size of 67P/Churyumov-Gerasimenko—thus, a stron- 
ger gravitational field—poses some problems for the 
lander that will require recalculation of the landing 
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KEY TERMS 


Drag—A frictional force on a moving body that is 
produced by a fluid (air, water, etc.) through which 
the body moves. Drag slows the body and dissi- 
pates its energy of motion (kinetic energy). 


impact stress on the lander legs. For its remaining 
mission at the comet, Rosetta will observe the comet 
as it races toward the sun. After completing its mission 
to the comet, the Rosetta will be redirected to a voyage 
of the outer solar system. 


Orbits of double and multiple stars 


The orbits of double stars, where the sizes of the 
orbits have been determined, provide the only infor- 
mation scientists have about the masses of stars other 
than the sun. Close double stars will become decidedly 
non-spherical because of tidal distortion and/or rapid 
rotation, which produces effects analogous to those 
described above for close artificial planetary satellites. 
In addition, such stars often have gas streaming from 
their tidal and equatorial bulges, which can transfer 
mass from one star to the other, or can even eject it 
completely out of the system. Such effects are sus- 
pected to be present in close double stars where their 
period of revolution is found to be changing. 


Multiple stars with three (triple) or more (multi- 
ple) members have very complicated orbits for their 
member stars, and require many perturbing effects to 
be considered. The investigation of the orbits of dou- 
ble and multiple stars is important for solving many 
problems in astrophysics, stellar structure, and stellar 
evolution. 


See also Celestial mechanics; Geocentric theory; 
Heliocentric theory; Kepler’s laws. 


Frederick West 


Orbitals, atomic see Quantum mechanics 


l Orchid family (Orchidaeceae) 


The many species of orchids comprise one of the 
largest families of flowering plants, the Orchidaceae, 
which contains about 1,000 genera and about 20,000 
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Showy lady-slipper (Cypripedium reginae). (Robert J. Huffman. 
Field Mark Publications.) 


species. Orchids have a worldwide distribution, and 
they occur in a wide variety of habitats, although their 
greatest diversity of species is in tropical rain forest. 
The most species-rich genera of orchids are 
Dendrobium and Bulbophyllus, each with about 1,500 
species, and Pleurothallis, with 1,000 species. 


Species of orchids can have very unusual morpho- 
logical traits and ecological relationships, especially 
with their species of pollinating insects. For these rea- 
sons, along with the great beauty of their flowers, 
orchids hold a special place in the hearts of botanists, 
ecologists, and horticulturists. However, appreciation 
of the intrinsic value of orchids extends far beyond the 
scientists who work with these plants—few people fail 
to be enthralled by the loveliness of orchid flowers. 


Biology and ecology of orchids 


Almost all orchids are perennial (or long-lived) 
and grow from a rhizome or corm, from which the 
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leaves and flowering shoot emerge. Many orchids are 
evergreen, meaning their foliage and shoots remain 
green and functional for more than a year. Many 
others are herbaceous perennials, meaning their 
above-ground tissues die back periodically, generally 
at the end of the growing season. 


Orchids exploit two broad types of habitats— 
terrestrial and epiphytic. Terrestrial orchids have their 
perennating tissues in the surface substrate of the 
ground, such as the soil or organic floor of a forest, 
or the surface sediment or peat of a wet meadow or 
bog. In contrast, epiphytic orchids use trees as a plat- 
form upon which to grow within the canopy. Epiphytic 
orchids do not obtain their moisture or nutrients from 
their host—they only use the tree as a physical sub- 
strate upon which to grow, either perched on a branch 
or as a climbing, vine-like plant. 


Orchid leaves are usually arranged alternately on 
their stem, or are basal around the flowering stalk. Ina 
few species the leaves are reduced to small scales, and 
photosynthesis is mostly carried out by the green flow- 
ering stem. Orchid leaves are simple, have non- 
toothed margins, are usually strap-shaped or linear, 
have a longitudinally parallel venation and sheath to 
their base (that is, they lack a petiole). 


The flowers of orchids are strongly zygomorphic, 
and are perfect, containing both female and male 
reproductive structures. The flowers may be born sin- 
gly or as a group (or inflorescence). There are three 
sepals, which may be green or colorful and petal-like, 
and there are three petals. The two lateral petals are 
known as wings and are mirror images of each other, 
while the central petal is highly modified as a so-called 
lip (or labellum). The lip generally serves as a landing 
platform for pollinating insects. The lip commonly has 
a nectar-bearing sac or spur, which is usually brightly 
colored and pleasantly odorous and is intended to 
attract insect pollinators. There are one or two sta- 
mens, which are largely united with the stigma and 
style to develop a composite structure, known as the 
column. The anthers produce one to eight large pollen 
masses, known as pollinia. The pistil is composed of 
three united carpels and contains numerous ovules, 
usually numbering in the thousands. During its devel- 
opment, the flower of many orchids twists 180 degrees 
on its supporting stalk, so the mature flower is actually 
presented upside-down. The seeds of orchids are very 
numerous within the ripe capsule. The seeds are tiny 
and dust-like, contain almost no energy reserves, and 
are dispersed by the wind. 


Pollination is usually by an insect, which is 
attracted by a combination of the bright color of the 
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flower, a fragrant aroma, and nectar. Some species of 
orchids have tightly co-evolved with one or a few 
species of pollinating insects, so now the two species 
are highly dependent on each other. In the case of the 
bee orchid (Ophrys apifera), the floral structure and 
coloration mimic the shape and color of the female of 
their pollinating species of wasp or bee. In addition, 
the orchid produces chemicals that closely mimic the 
sex pheromones of their pollinator and further help to 
attract the male wasp or bee. The orchid is pollinated 
when the male is tricked and attempts to copulate with 
the orchid flowers. 


Almost all species of orchids develop a mutualistic 
symbiosis (that is, a mutually beneficial relationship) 
with a fungus, an alliance known as a mycorrhiza. This 
relationship is beneficial to the fungus, which gains 
access to some of the energy fixed by the orchid during 
photosynthesis. The mycorrhiza is extremely impor- 
tant to the orchid, because it greatly enhances the rate 
at which nutrients, especially phosphate, can be 
extracted from the environment. The mycorrhiza 
may also allow the orchid to utilize the energy and 
nutrition of organic matter in its growth substrate, 
which can be absorbed by the mycorrhizal fungus 
and partly passed along to their host plant. Orchid 
seeds are very tiny and have few energy reserves, and 
their seedlings rarely survive for long if they do not 
develop a mycorrhiza soon after germination. 


In a few specialized cases, saprophytic species of 
orchids rely entirely on their mycorrhizal fungus to 
provide them with organic nutrition, which is obtained 
by tapping into the decomposer food web of the forest 
floor. In these cases, the saprophytic orchid can be 
considered to be parasitic on its mycorrhizal fungus. 


Native orchids in North America 


Hundreds of species of orchids are native to nat- 
ural habitats of North America. A few of the more 
prominent species are described below. 


Species of lady-slipper orchids grow on the sur- 
face of the ground, in open forest, prairie, and wet- 
lands such as bogs and fens. Lady-slipper orchids have 
one or several large, showy flowers. The lip is greatly 
inflated (this is the “lady’s slipper”), with the margins 
of its orifice inrolled. A nectar-seeking, pollinating 
insect, usually a bee, passes through this orifice into 
the chamber of the lip, and is then drawn to the vicinity 
of the stigmatic surface by nectar, odor, and a visual 
trail of dots known as nectar guides. If the insect is 
carrying a pollinium from another lady-slipper flower, 
it is deposited to the receptive stigmatic surface, and 
then another pollinium is picked up, commonly on 
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the forehead of the bee, which then exits through 
another hole. Worldwide, there are about 50 species 
of lady-slipper orchids. The stemless lady-slipper 
(Cypripedium acaule) is a widespread species in 
North America, with solitary flowers that are a lovely 
pink and sometimes white. The yellow lady-slipper 
(C. calceolus) occurs in calcium-rich, moist forest 
and wetlands and has a solitary, bright-yellow flower. 
The showy lady-slipper (C. reginae) is relatively tall, 
reaching 16 in (40 cm) in height, and has one to three 
large, pink-and-white flowers. The white lady-slipper 
(C. candidum) occurs in calcium-rich wetlands and 
prairie and has a single white flower. 


There are about 50 species of orchids in the genus 
Orchis. These plants have large, showy flowers that are 
white or white-and-pink in color. North American spe- 
cies include the showy orchis (Orchis spectabilis), which 
occurs in rich woods in eastern North America, while the 
round-leaved orchis (O. rotundifolia) occurs in the west. 


There are about 450 species of Platanthera 
orchids. These orchids have their relatively small, but 
quite beautiful flowers arranged in a spiral fashion 
along an erect stalk. Some wide-ranging, white-flowered 
species in North America include the small woodland 
orchis (Platanthera clavellata) and the tall white orchis 
(P. dilatata). The yellow fringeless orchis (P. integra) 
has yellow flowers. The long-bracted orchis (P. viridis) 
and pale-green orchis (P. flava) have greenish flowers. 
The crested orchis (P. cristata) has orange flowers, and 
the purple fringed orchis (P. psycodes) has purple 
flowers. 


The grass-pink orchid (Calopogon pulchellus) is a 
pink-flowered species that occurs widely in acidic wet- 
lands, especially bogs. The dragon’s-mouth or arethusa 
(Arethusa bulbosa) produces a single pink flower, and 
is also a species of acidic wetlands. The rose pogonia 
or snake-mouth (Pogonia ophioglossoides) also develops 
a single pink flower, as does the calypso or fairy- 
slipper (Calypso bulbosa). 


Ladies’ tresses develop their relatively small but 
lovely flowers in a spiral arrangement along an erect 
stem. Most species have white or white-yellow flowers. 
Some widespread examples include the nodding ladies’ 
tresses (Spiranthes cernua) and slender ladies’ tresses 
(S. gracilis). 


Coral-roots are saprophytic orchids of forests. 
These plants lack chlorophyll and depend on nutrition 
available from the decomposer food web of the forest 
floor to supply their needs. These plants and their 
flowers are reddish purple in color. The most wide- 
spread species is the spotted coral-root (Corallorhiza 
maculata). 
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The helleborine (Epipactus helleborine) is a species 
native to Eurasia that has become widely naturalized 
in North America. This green-flowered orchid is a 
common weed in many cities. 


Orchids and humans 


Many people have a deep affinity for the beauty of 
orchids, and wild plants are actively sought out for 
viewing during their flowering period. Hiking and 
other types of back-country explorations are an 
increasingly popular recreational activity. These out- 
door ventures are greatly enhanced by the presence of 
flowering orchids, in much the same way that sightings 
of charismatic animals, such as bear, deer, and eagles, 
can make a day very special. 


Because orchids are so renowned for the beauty 
of their flowers, they are commonly cultivated in 
greenhouses, homes, and in warm and humid climates, 
in outdoor gardens. The most popular genera of 
horticultural orchids are Catteleya, Cymbidium, 
Dendrobium, Epidendrum, and Vanda, all of which are 
species native to tropical forests. 


In addition to cultivating these beautiful plants 
for their aesthetic value in homes and gardens, orchids 
are also grown in great numbers for the cut-flower 
industry. These orchids are grown to provide flowers 
for pleasing displays in vases in hotels, offices, meet- 
ings, and other commercial places and functions, and 
to arrange into corsages for social events such as wed- 
dings and formal dances. 


Horticulturists have invested tremendous 
amounts of time and money to develop reliable meth- 
ods of breeding and propagating orchids. Although 
breeders have long been skilled at achieving hybrid 
crosses between species and even between genera of 
orchids, for some time they experienced few successes 
in establishing and growing seedlings after germinat- 
ing the dust-like seeds of these plants. However, this 
horticultural barrier was substantially overcome by 
the discovery of the critical importance of the mycor- 
rhizal relationships of orchids. Inoculation with an 
appropriate mycorrhizal fungus is now an integral 
component of the methodology used to cultivate 
orchid seedlings, and successful establishment of seed- 
lings can now be routinely achieved. In addition, 
dependable methods have also been worked out for 
the propagation of orchids using tissue culture and 
other non-sexual means of establishing new plants. 


Considering these great advances of orchid horti- 
culture, it is highly regrettable that so many of these 
plants continue to be collected from wild natural 
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Co-evolution—This is the intrinsically linked evo- 
lution of two or more species, as a result of a close 
ecological relationship such as pollination, preda- 
tion, herbivory, or mutualism. 


Epiphyte—A plant which relies upon another plant, 
such as a tree, for physical support, but does not 
harm the host plant. 


Mutualism—An intimate relationship between two 
or more organisms that is beneficial to both. 


Perfect—In the botanical sense, this refers to flow- 
ers that are bisexual, containing both male and 
female reproductive parts. 


Saprophyte—This refers to an organism that 
derives its energy by decomposing dead organic 
matter. Many species of mushroom-producing 
fungi live off the organic debris that is present in 
the mineral soil and, especially, the surface litter of 
leaves and woody debris on the forest floor. 


Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 


Zygomorphic (or irregular)—Flowers that are 
bilaterally symmetric, that is, a vertical, longitudi- 
nal section of the flower yields two sections that are 
mirror images. 


habitats. Many species of wild orchids have become 
critically endangered by excessive, often illegal 
collection of plants for the horticultural trade. 
Unfortunately, orchid rustling can be a rather profit- 
able endeavor, especially for rare species, which are 
enthusiastically sought after by unscrupulous collec- 
tors of these charismatic plants. Although the interna- 
tional trade of wild-collected orchids is controlled by 
CITES (the Committee on International Trade in 
Endangered Species), there is still a great deal of illegal 
smuggling. Considering the endangered status of so 
many species of orchids, it is important that their wild 
populations are left undisturbed in their natural hab- 
itats and horticulture limited to the propagation of 
plants that are already in cultivation. 


The only food obtained from the orchid family is 
a flavoring substance known as vanilla, which is 
extracted from the ripe, seed-bearing fruits, or 
“beans,” of the vanilla orchid (Vanilla fragrans), a 
climbing orchid native to the West Indies and Mexico. 
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Vanilla was used by the Aztecs as a flavoring for choc- 
olate. Today, vanilla is mostly obtained from plants 
grown on plantations, but this relatively expensive nat- 
ural product is increasingly being replaced by a syn- 
thetic vanilla, manufactured from a substance obtained 
from oil of cloves. 
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| Ordinal number 


Ordinal numbers (sometimes shortened to ordi- 
nals) are numbers used to show position in an ordered 
sequence. For example, three runners came in first, 
fifth, and eighth in the race. Cardinal numbers (some- 
times shortened to cardinals) describe quantities. 
Thus, there were nine runners in the race. 


The number 8 can be used in three ways: to tell 
how many, to tell where in a ranking, and to name 
someone or something. The girl with the number 8 on 
her baseball uniform, who is 8th in the batting order, 
playing on a team that scores 8 runs, is using the same 
number in each of these ways. When she is 8th in the 
batting order, she is using the number as an ordinal 
number. An ordinal number is one that is used to 
indicate where in an ordered list someone or some- 
thing occurs. A number used to tell how many is called 
a cardinal number. 


The ordinal name of a number differs somewhat 
from the cardinal name. In most instances, the cardi- 
nal name can be converted into the ordinal name by 
adding “th.” Thus, the cardinal number one thousand 
becomes the ordinal number one thousandth; four 
becomes fourth; and so on. In the case of 1, 2, and 3, 
however completely different names are used. 
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Ordinal 
one first ist 
two second 2nd or 2d 

three third 3rd or 3d 
four fourth 4th 


Cardinal Ordinal symbol 


twentieth 20th 
twenty-first 21st 


twenty 
twenty-one 


one hundredth 100th 
one hundred first 101st 


one hundred 
one hundred one 


Table 1. Ordinal Numbers. (Thomson Gale.) 


The clear distinction between cardinal and ordinal 
forms of 1 and 2 arises from the way in which the events 
or things they describe differ. A runner who comes in 
first comes in ahead of anyone else, and that is what is 
most notable about the event, not that one runner has 
crossed the line. Likewise, someone coming in second 
follows, and that, too, is something that can be noted 
without consciously counting the two runners. By the 
time the third runner comes along, counting becomes a 
helpful if not necessary aid in determining his or her 
position. The similarity between three and third (and 
the Latin roots from which they come) reflects this. 
Beyond 3, counting is almost essential, and the cardinal 
and ordinal forms are almost the same. 


The ordinal name of a number is used in some 
instances where no ranking is intended or where the 
ranking is vestigial. The names given to the denomina- 
tors of common fraction are ordinal names although 
they signify the number of uniform parts into which 
each unit is cut. Thus, three-fifths indicates that each 
unit has been divided into five equal parts, and the 
fraction represents three of them. However, when the 
fraction is written with numerals, 3/5, both numerator 
and denominator are written in the cardinal form. 


On the other hand there are times when the cardi- 
nal form of a number is used in an ordinal sense. In 
counting a group of objects, one is putting them into 
one-to-one correspondence with the numbers 1, 2, 


3, .... That is why the counting process works. 
Nevertheless, a person counts, “one, two, three, ...,” 
not, “first, second, third, ...” Mathematicians who 


work with infinity have extended the concept of ordi- 
nal number to apply to certain classes of infinite num- 
bers as well. 
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Ore is metal-bearing rock that can be mined, 
transported, processed, and sold at a_ profit. 
Although a broader definition includes nonmetallic 
rocks like rock salt and gypsum, most geologists clas- 
sify these materials as industrial rocks and minerals. 


History 


Gold, silver, and copper artifacts left by prehis- 
toric tribes and ancient civilizations attest to an inter- 
est in ores extending back to earliest times. Human 
history is divided into chalcolithic (copper-stone), 
bronze, iron, and atomic (uranium) ages based on 
the use of metals. In spite of historical reliance on 
metals, little was known about the origin of ore until 
relatively recent times. Greek philosophers believed 
that metallic veins were living things with roots at 
depths and near-surface branches of different metals. 
Astrologers contended that gold, silver, iron, and mer- 
cury were formed under the influence of the sun, 
moon, Mars, and Mercury. 


The first major break from this line of thinking 
came in 1556 with the publication of De Re Metallica 
by a German physician writing under the Latinized 
pen name of Georgius Agricola. Agricola’s keen 
observations and naturalistic explanations marked a 
departure from the speculations of the ancients. His 
work remains a Renaissance Age classic, and Agricola 
is recognized as the father of economic geology. 


Major advances in the study of ore deposits were 
made following the discovery and development of the 
many great deposits in the western United States. An 
outgrowth of this period was a belief that ores are 
related to emanations given off by cooling igneous 
rocks. Although still considered a process of great 
significance, sedimentary and metamorphic processes 
are also recognized as important. 


Formation of ore 


A cubic mile of average rock contains approxi- 
mately one trillion dollars worth of metal, yet it would 
be impractical to mine ordinary rock because the 
expense would be too great. Ore provides a less expen- 
sive option. Ore is formed by geologic processes, 
which concentrate metals to tens or thousands of 
times their average crustal abundances. Even then, a 
mine may not prove profitable unless a host of other 
geologic and nongeologic conditions are met. 


Geologic factors include the deposit’s size, depth, 
and amenability to processing. Small amounts of 
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arsenic, for example, may increase the cost of process- 
ing and waste rock disposal. Higher amounts could 
mean a profitable arsenic mine. Profitability also ties 
the definition of ore to a host of nongeologic condi- 
tions including demand for the metal, geographic loca- 
tion of the deposit, local labor conditions, local energy 
costs, governmental regulations, and many other eco- 
nomic factors. 


Besides metals, ore commonly contains minerals 
of no particular value. Gold, for example, occurs in 
veins composed mostly of quartz. Although not of 
economic value, so-called gangue minerals can yield 
valuable information about the origin of the deposit. 
Quartz, for example, yields information about the 
temperature at which the ore formed, which could be 
useful in the search for more gold along the vein. In 
addition, it is doubtful that the gold mineralization 
would have been noticed had not quartz caught the eye 
of a geologist who knew that precious metals some- 
times occur in veins of quartz. 


Ore deposits are relatively rare and tend to be 
distributed in an irregular fashion around the globe, 
but there is nothing unusual about the manner in 
which they form. They develop from the same geologic 
processes that form ordinary igneous, sedimentary, 
and metamorphic rocks. 


Igneous ore deposits 


Igneous rocks form from the solidification of mol- 
ten rock called magma. Magmas also contain dis- 
solved gases, and partly solidified magmas contain 
mineral grains, some metalliferous. As magma solidi- 
fies, metallic elements usually remain widely dis- 
persed, but igneous processes can cause their 
concentration. In rare cases, dense metallic minerals 
settle to form metal-rich layers at the bottom of the 
magma chamber. Metal may also separate from the 
magma if the sulfur content rises to the point where a 
sulfur-rich magma forms, separates, and sinks. Many 
metals are naturally attracted to sulfur, and they sep- 
arate with the new magma. These processes are 
thought to have formed some chromium, nickel, and 
platinum-rich layers within igneous rock, but a related 
process forms a wider variety of ores. 


Hydrothermal ore deposits 


As magma solidifies, water and other gaseous 
constituents tend to be concentrated in the decreasing 
proportion of molten rock. At some point these con- 
stituents may literally boil off, penetrate the surround- 
ing rock, and condense to a hot, water-rich fluid. 
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These igneous emanations are termed hydrothermal 
fluids. They are mobile and capable of dissolving met- 
als from rock through which they pass. They tend to 
lose the metals they carry and form ore deposits 
when they encounter a favorable location. Favorable 
spots include rock fractures or openings along faults 
where hydrothermal fluids form veins. Other sites 
include sedimentary rocks like limestone or gypsum. 
Hydrothermal fluids can chemically react with these 
rocks to deposit ore. Alternatively, the hydrothermal 
fluid may simply mix with groundwater, causing the 
fluid’s temperature and composition to change and 
ore to be deposited. 


Hydrothermal fluids need not be igneous emana- 
tions; they can also consist of groundwater heated by a 
nearby mass of magma. Hydrothermal waters may 
reach the surface in hot springs and geysers, as at 
Yellowstone National Park. Water sampling and drill- 
ing at locations similar to Yellowstone has shown that 
ore minerals are being deposited at depth. 


Sedimentary ore deposits 


Sedimentary processes form ore either through 
the selective removal of nonmetallic components or 
by concentration of metallic minerals. Rock at Earth’s 
surface is subjected to weathering and leaching, the 
process that turns rock into soil. Aluminum resists 
being leached, and bauxite, the ore of aluminum, is 
actually an aluminum-rich soil. Bauxite forms in the 
humid tropics from intense and prolonged weathering 
of aluminum-bearing rocks. 


The concentration of heavy metallic grains in sedi- 
ments creates placer deposits. Placer gold, for exam- 
ple, accumulates along streams where currents are too 
weak to carry the heavy flakes of gold but strong 
enough to winnow away ordinary rock fragments. 


Some entire beds of marine sedimentary rocks 
contain enough metal to be considered ore. Examples 
include sedimentary beds rich in iron, manganese, and 
even lead, zinc, and copper. For some, hydrothermal 
fluids issued from submarine hot springs may have 
been involved. Others may simply have been deposited 
directly from metal-rich ocean water. 


Metamorphic ore deposits 


Metamorphic rocks are formed from heat and flu- 
ids near cooling magma (contact metamorphism) and 
by high temperatures and pressures deep with the crust 
(regional metamorphism). Although rock metamor- 
phism plays an important role in ore deposition, most 
of the resulting deposits are classified as hydrothermal. 
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Relatively few ore deposits actually form in regionally 
metamorphosed rocks, but regional metamorphism 
drives water and other volatile components from the 
rock to form hydrothermal fluids responsible for ore 
deposits elsewhere. Contact metamorphic rocks contain 
a wide variety of ore deposits, but because hot fluids are 
commonly involved, they are generally considered to be 
part of the hydrothermal realm. 


Mineral exploration 


Mineral exploration has not always been a sci- 
ence. Since ancient times, prospectors relying heavily 
on luck and persistence have successfully discovered 
ore deposits of all kinds. The ancient Romans worked 
every deposit of significance within the bounds of their 
empire, and it is said in Mexico that if gold and silver 
ore was at the surface, the Conquistadors found it. The 
application of modern exploration methods based on 
geologic principles has led to the development of prof- 
itable mines in rocks with no visible indication of 
metallic ores. 


Successful mining companies use a systematic 
approach based upon knowledge gained from the 
study of previously discovered and developed ore 
deposits. It allows them to pinpoint likely areas for 
more intense exploration, and to find deeply buried 
deposits from surface geochemical and geophysical 
indications, or even through remote sensing from air- 
craft and satellites. The final exploratory phase involves 
actual drilling and sampling of the postulated deposit. 
Only then can the final assessment of economic factors 
be made and the exploration target classified either as 
ore or just interestingly mineralized rock, perhaps a 
future ore if economic conditions change. 


Mining and processing 


Mining removes ore in the least costly manner 
available. Surface pits are preferred because of their 
lower costs and safer working conditions, but the 
shape of many vein deposits require mining via under- 
ground shafts and tunnels. Mines of the future may 
simply inject chemicals or bacteria to dissolve the metal 
of interest, allowing it to be pumped to the surface. 
Uranium mining is already done by chemical leaching 
and most sulfur is mined by dissolution with hot water 
pumped into the ground. Once above ground, the ore is 
typically crushed, pulverized, and then upgraded dur- 
ing a process called beneficiation. Beneficiation sepa- 
rates metal and gangue into concentrates and waste 
material called tailings. The exact beneficiation techni- 
que depends on the type of ore being processed and it is 
usually done at the mine site to avoid transportation 
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Gangue—The valueless component of ore, com- 
monly quartz and calcite. 


Hydrothermal fluid—Hot water-rich fluid capable 
of transporting metals in solution. 


Igneous—Formed by solidification of molten rock 
called magma. 


Industrial rocks and minerals—Rocks of economic 
value exclusive of metallic ores, mineral fuels, and 
gems. 


Metamorphic—Formed by deformation and/or 
recrystallization of preexisting rocks. 


Ore—Rock, usually metallic, that can be mined 
and processed at a profit. 


Sedimentary—Formed by accumulation of sedi- 
ment, mostly commonly by deposition from water. 


costs. Concentrates are generally sent to a smelter for 
further separation of metals. 


Environmental considerations 


Ore deposits supply much of the raw material on 
which modern industrial society is based. Even farm- 
ing would not be possible without metals. Platinum, 
for example, is used as a catalyst in the chemical 
reaction that produces nitrogen for fertilizer, and met- 
als are used in the production of pesticides, petroleum, 
and farm implements. Mining, however, has histori- 
cally been a dangerous business prone to environmen- 
tal problems. Mining, beneficiation, and smelting have 
led to the introduction of unacceptable levels of metals 
into lakes, streams, and ground water. Underground 
mining has caused land surface subsidence problems 
in many parts of the country, principally in coal min- 
ing areas. Although problems persist from the early 
days of mining, modern mining methods are safer and 
have less environmental impact. Pollution control 
during the mining and processing of ore, and land 
reclamation after mine closure are now being consid- 
ered as one of the economic factors in determining if 
mineralized rock can be considered ore. 


See also Industrial minerals. 
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4 Organ 


An organ is a functional structure of multicellular 
organisms which consists of a group of several differ- 
ent tissues. Many multicellular organisms have indi- 
vidual cells grouped together into tissues, a group of 
many associated cells with similar function; tissues 
grouped together into organs, a group of tissues inter- 
acting so as to form a functional unit; and organs 
grouped together into organ systems, a group of 
closely interacting organs. 


Animals, plants, and fungi often have many dif- 
ferent organs whose different functions are integrated, 
enabling multicellular organisms to maintain them- 
selves, grow, and reproduce. The organization of 
cells into tissues and organs presumably leads to a 
higher level of physiological integration and effi- 
ciency. In general, plants and fungi have fewer organs 
than animals. Moreover, the bodies of plants and 
fungi are not always as easily divided into discrete 
organs as are the bodies of animals. 


Some examples of organs in animals are the stom- 
ach, heart, and lungs. The structure and function of 
the stomach are described here as an example. The 
stomach is an expanded region of the digestive system 
which is connected to the esophagus at the anterior 
end, and to the small intestine at the posterior end. The 
stomach stores and breaks down food before it passes 
through the pyloric valve, a special valve at the poste- 
rior end, and then into the small intestine, another 
organ. Glands in the stomach wall secrete special 
chemicals and enzymes which are responsible for the 
partial digestion of food. 


Some examples of organs in plants are the leaf, 
stem, and root. Leaves are among the most prominent 
plant organs, so they are described here. A leaf is an 
outgrowth of a stem. Leaves have three main physio- 
logical functions: photosynthesis, the biological con- 
version of light into chemical energy; transpiration, 
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the evaporative movement of water out of the plant; 
and cellular respiration, the breakdown of foods and 
synthesis of high energy compounds. 


Some examples of organs in fungi are haustoria 
(absorbing organs) and the sexual organs. The sexual 
organs of basidiomycete mushrooms are the best 
known fungal organs, so they are described here. In 
typical basidiomycete mushrooms, the fungal body 
develops into a morphologically complex organ called 
a basidiocarp. The basidiocarp is composed of sterile 
cells called psueudoparenchyma, and fertile club- 
shaped cells, called basidia. The basidia arise from 
the underside of the fleshy gills of a mushroom and 
each bears four haploid spores. These spores are shed 
from the gills, germinate, and eventually fuse with 
another sexually compatible individual. 


See also Tissue. 


l Organelles and subcellular 


genetics 


Organelles are internal cellular structures that per- 
form dedicated functions. Oraganelles includes struc- 
tures such as ribosomes, mitochondria, chloroplasts 
(the site of photosynthesis in plants and other photo- 
synthesizing organisms), endoplasmic reticulum (ER), 
Golgi apparatus, and lysosomes. 


The mitochondrion of all eukaryotes and the 
chloroplasts of plant cells are the only organelles that 
have their distinct genomes. These genomes are made 
ofa single, circular DNA (deoxyribonucleic acid) mol- 
ecule denoted mtDNA in mitochondrion and ctDNA 
in chloroplast. The replication and the mode of inher- 
itance of organelle genomes are distinct from the 
nuclear genomes. 


Mitochondrial genomes vary in size, among 
species, by up to one order of magnitude. Animal 
cells have a genome of approximately 16 kb (kilobases, 
1,000 bases) and represent the smallest mitochondrial 
genomes in eukaryotes. Yeast possess a much larger 
genome that varies among the different strains but 
is about 80 kb, with the whole yeast mitochondrial 
DNA making up 18% of the total DNA of the yeast. 
Plant mitochondrial genomes are the largest and 
most complex. They show an extremely wide range 
of variation in DNA size. The smallest plant mito- 
chondrial genome is around 100 kb, which makes 
it very difficult to isolate in intact form. These 
genomes contain short homologous sequences that 
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Organelles and subcellular genetics 


may undergo recombination thus generating small 
circular molecules that coexist with the intact ctDNA. 


Eukaryotic cells may contain up to several hun- 
dred mitochondria. These mitochondria contain their 
own replication, transcription and translation sys- 
tems. Nuclear genes, however, encode the majority of 
mitochondrial proteins which are synthesized in 
the cytosol and then targeted to the mitochondrion. 
Each mitochondrion can contain up to ten copies of 
the circular genome. A special DNA polymerase 
replicates the mitochondrial genome. The complete 
sequencing and mapping of several mammalian mito- 
chondrial genomes show extensive similarity in organ- 
ization. The mammalian mitochondrial genome is 
extremely compact with many overlapping genes and 
no introns. This genome codes for 13 essential genes of 
biochemical pathways (e.g., oxidative phosphoryla- 
tion), two rRNAs (ribosomal ribonucleic acids), and 
22 tRNAs (transfer ribonucleic acids). The genetic 
code of mitochondria differs from the standard genetic 
code used by the cytosolic ribosomes and the bacterial 
ribosomes. There at least two codons for all the ami- 
noacids and plus four termination codons. The yeast 
mitochondrial genome is much larger, but codes for 
only eight proteins. The mitochondrial products syn- 
thesized by this genome, both RNAs and proteins, are 
similar to those produced by the mammalian mito- 
chondria. The most distinguishing feature of the 
yeast genome is the existence of interrupted loci. The 
introns in some are so large that their size is almost as 
large as the whole mammalian mitochondrial DNA. 


The genomes of the chloroplast of different plant 
cells are relatively large but show considerable differ- 
ence in overall length, between 100 and 200 kb. The 
complete sequence and mapping has been determined 
for some organisms. These sequences show a highly 
conserved overall gene number and organization in 
the different species. These genomes usually encode 
for 50 to 100 proteins as well as rRNAs and tRNAs. 
The majority of the characterized proteins are 
involved in gene expression, electron transfer or in 
photosynthesis. The latter form complexes located in 
the thylakoid membranes. Both protein-coding genes 
and those coding for tRNAs contain introns. 


Both mitochondrial and chloroplast genomes are 
believed to have evolved through endosymbiosis. This 
model of organelle evolution proposes that eukaryotic 
cells captured bacteria that later provided the function 
of mitochondria and chloroplast. Phylogenetic studies 
based on DNA sequence analysis suggest that mito- 
chondria and chloroplasts evolved separately from 
eubacterial lineages related to purple bacteria and 
cyanobacteria, respectively. Mitochondrion is presumed 
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to have evolved from a species that is very similar to 
Rickettsia, an obligate of the intracellular bacteria. Both 
mitochondria and chloroplasts follow a non-Mendelian 
mode of inheritance usually referred to as extranuclear 
or cytoplasmic inheritance. Most mtDNA is inherited 
from egg cells and thus show a maternal pattern of 
inheritance. This has implications both in studies of 
evolution between different populations of species as 
well as in the inheritance of some genetic diseases. 


Because of the relative simplicity of the mitochon- 
drial genome, genetic manipulation has advanced con- 
siderably. The first humans with half the nuclear 
genome from one mother and the mitochondrial 
genome from a donor mother have been delivered 
and are reported healthy. This genetic manipulation 
has now been carried out on about thirty children 
in the United States. Technically, this amounts to a 
kind of germline genetic modification and has, there- 
fore, caused great reservation among the international 
biomedical community. Many scientists and physi- 
cians argue that there are serious ethical issues that 
should be addressed before such a practice should be 
allowed. 


See also Cell division; Enzyme; Genomics (com- 
parative); Genotype and phenotype. 
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Organic compound see Compound, 
chemical 
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l Organic farming 


Organic farming is any system of agriculture in 
which crops, food animals, or both are grown using 
natural methods of maintaining fertility of the soil, 
including methods of pest control other than synthetic 
pesticides and fertilizers. Compared with industrial 
agricultural systems, which intensively use manufac- 
tured fertilizers and pesticides, smaller environmental 
costs and damages are associated with organic sys- 
tems. However, yields tend to be smaller in organic 
agriculture than are obtained using more intensively 
managed systems. Scientific tracking of the results of 
organic agriculture over the last several decades has 
shown that that compared with more industrialized 
forms of agriculture, organic farming is better able to 
retain soil, ecological integrity, biodiversity, and 
energy and material resources. It is also, at this time, 
more labor-intensive and therefore more expensive, at 
least in industrialized countries. 


Organic methods of maintaining soil tilth 
and fertility 


Soil fertility is a function of two major character- 
istics: the tilth of the soil, and the ability of the soil to 
supply essential nutrients to crop plants. 


Tilth refers to the physical structure of soil, and is 
strongly influenced by the concentration of humified 
organic matter. In soils with good tilth the ability to 
hold water is great, so that excessively rapid drainage 
is avoided and rainwater can be used more effectively 
by growing plants. The organic matter also helps to 
bind nutrients, thereby preventing them from being 
lost by leaching, and releasing them slowly for more 
efficient uptake by growing plants. In addition, soils 
with good tilth have their sand-sized and smaller inor- 
ganic particles loosely aggregated into lumpy struc- 
tures, which improves soil aeration and eases the 
growth and penetration of plant roots. 


Typically, soil tilth becomes badly degraded in 
conventional, intensively managed agricultural sys- 
tems. This happens because soil organic matter is pro- 
gressively lost through plowing and decomposition, 
while inputs with plant debris are relatively small. 
Compaction by heavy vehicles also helps to degrade 
soil tilth. In contrast, a major goal of organic agricul- 
ture is to maintain or increase the concentration of 
organic matter in the soil (using methods that are 
described below, in regard to nutrients). 


Plants require more than 20 nutrients for proper 
growth. Some of these nutrients are obtained primarily 
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from the soil, especially compounds of nitrogen, phos- 
phorus, potassium, calcium, magnesium, and sulfur. 
These nutrients are primarily taken up by plants as 
inorganic compounds. For example, nitrogen is 
mostly assimilated from soil as nitrate or ammonium, 
while phosphorus is taken up as phosphate. In natural 
ecosystems, these inorganic compounds are steadily 
recycled by microorganisms from dead organic mat- 
ter such as plant litter. The microorganisms have 
the ability to metabolize complex organic forms of 
nutrients and convert them to simple, inorganic 
forms, such as the ones just listed. As they perform 
this function, the microorganisms gain access to the 
fixed energy and nutrients of dead biomass that they 
require for their own growth and reproduction. 
Therefore, soil fertility in natural ecosystems is largely 
associated with organic matter, from which inorganic 
nutrients are slowly released from complex, organic 
forms. These are then efficiently taken up by plants, so 
that little of these precious nutrients is lost to ground 
or surface waters or to the atmosphere. 


However, in intensively managed agricultural 
systems, inorganic nutrients are usually added 
directly, in the form of manufactured fertilizers of 
various sorts. Synthetic inorganic fertilizers are man- 
ufactured industrially from raw materials. For exam- 
ple, rock phosphate mined in Florida or elsewhere is 
manufactured into super- and triple-superphosphate 
fertilizers. Inorganic nitrogen fertilizers such as urea 
and ammonium nitrate are manufactured by combin- 
ing atmospheric dinitrogen (or nitrogen gas) with 
hydrogen obtained from methane (or natural gas). 
Inorganic potassium is obtained from potash, a 
mined material rich in that chemical, while calcium 
and magnesium are obtained from limestone (calcium 
carbonate) or dolomite (calcium, magnesium carbo- 
nate). Sulfur fertilizers are manufactured from ele- 
mental sulfur or sulfuric acid obtained from sour 
natural gas or from air-pollution control at metal 
smelters. The manufacturing of all of these fertilizers 
has large costs in terms of energy and the depletion of 
non-renewable material resources. 


Often, the rates of fertilization in intensively man- 
aged agriculture are intended to satiate the needs of 
crop plants for these chemicals, so their productivity 
will not be limited by nutrient availability. However, 
excessive rates of fertilization have important environ- 
mental costs. These include: the contamination of 
ground water with nitrate; eutrophication of surface 
waters caused by nutrient inputs (especially phos- 
phate); acidification of soil because of the nitrification 
of ammonium to nitrate; large emissions of nitrous 
oxide and other nitrogen gases to the atmosphere, 
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with implications for acid rain and Earth’s greenhouse 
effect; and the need to use herbicides to control the 
weeds that flourish under artificially nutrient-rich 
conditions. 


In contrast, organic methods of maintaining site 
fertility focus on soil organic matter. Much action is 
expended on maintaining or increasing the amount of 
organic matter in the soil, because this is the reservoir 
from which inorganic nutrients are slowly made avail- 
able to growing crop plants. Organic matter is also 
critical to soil tilth, as was previously described. 
Organic farmers add nutrient-containing organic mat- 
ter to their soils in three major ways. 


First, as dung and urine of animals, which con- 
tains both organic matter and large concentrations of 
nutrients. However, care must be taken to avoid the 
contamination of surface and ground waters with 
pathogenic bacteria. This method of organic fertiliza- 
tion also causes local air pollution with ammonia and 
distasteful smells. 


Second, as green manure, which is growing or 
recently harvested plant material that is directly incor- 
porated into the soil, usually by plowing. The most 
fertile green manures are the biomass of plants in the 
legume family, such as alfalfa or clovers. This is 
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because legumes have a symbiosis with a bacterium 
that can fix atmospheric dinitrogen (N>) into biolog- 
ically useful nitrogen. Consequently, legume-derived 
green manure is a commonly used organic means of 
fertilization with nitrogen. 


Finally as compost, or partially decomposed and 
humified organic material. Composting is an aerobic 
process by which microorganisms aided by soil ani- 
mals break down and metabolize organic material, 
eventually forming complex, large molecular-weight 
materials known as humic substances. These are resis- 
tant to further decay, and are very useful as a soil 
conditioner and to a lesser degree as an organic 
fertilizer. 


It is important to understand that growing plants 
take up the same, simple, inorganic forms of nutrients 
from soil (for example, nitrate, ammonium, or phos- 
phate), regardless of whether these are supplied by 
organic matter or manufactured fertilizer. The impor- 
tant difference between fertilization using organic 
or synthetic materials is in the role of ecological proc- 
esses versus manufacturing ones. Organic methods 
rely more heavily on renewable sources of energy and 
materials, rather than on non-renewable materials and 
fossil fuels. Overall, the longer-term environmental 
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implications of maintaining soil tilth and fertility using 
organic methods are much softer than those associ- 
ated with conventional, intensive agriculture. 


Organic methods of managing pests 


In agriculture, pests are any organisms that sig- 
nificantly interfere with the productivity of crop plants 
or animals. This can occur when insects eat foliage or 
stored produce, when bacteria or fungi cause plant or 
animal diseases, or when weeds interfere excessively 
with the growth of crop plants. In conventional agri- 
culture, these negative influences of pests are usually 
managed using various types of pesticides, such as 
insecticides, herbicides, and fungicides. On the shorter 
term, these methods can be effective in reducing the 
influence of pests on agricultural productivity. 
However, important environmental damages can be 
associated with the use of pesticides. 


Organic farmers do not use synthetic, manufac- 
tured pesticides to manage their pest problems. 
Rather, reliance is placed on other methods of pest 
management, the most important of which are: 


(1) The use of varieties of crop species that are 
resistant to pests and diseases. If the crop species has 
genetically based variations of tolerance to the pest or 
disease, then resistant varieties can be developed using 
standard breeding techniques; 


(2) Attacking the pest biologically, by introducing 
or enhancing populations of its natural predators, 
parasites, or diseases; 


(3) Changing other ecological conditions to make 
the habitat less suitable for the pest. Depending on the 
pest, this may be possible by growing plants in mixed 
culture rather than in monoculture; by rotating crops 
or by using a fallow period so that pest populations do 
not build up in particular fields; by managing the 
overwintering microhabitat of certain pests; by using 
mechanical methods of weed control such as hand- 
pulling or shallow plowing; and by other means. 
Obviously, use of these techniques requires knowledge 
of the ecological requirements and vulnerabilities of 
important pest species. 


(4) Undertaking careful monitoring of the abun- 
dance of pests, so that specific control strategies are 
used only when required. Note that this may include 
the use of certain pesticides, but these must be based 
on a natural product. For example, an insecticide 
based on the bacterium Bacillus thuringiensis (or B.t.) 
may be acceptable, as may one based on pyrethrum, a 
chemical extracted from several species of plants 
related to the daisy. However, synthetic analogues of 
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these, such as genetically engineered B.t. or synthe- 
sized pyrethroids are not considered acceptable in 
organic agriculture. 


Note that many of these pest-control practices are 
important components of a system known as inte- 
grated pest management. However, in that system 
pesticides are often used as a last resort, when other 
methods do not work effectively enough. In organic 
agriculture, pesticides are not used (other than the 
“natural” ones just referred to). 


In addition, organic farmers, and the consumers of 
the goods that they produce, must be relatively tolerant 
of some of the damages and lower yields that pests 
cause. Consumers, for example, may have to be satis- 
fied with apples that have some degree of blemishing 
associated with scab, a fungal-caused problem that 
does not affect the nutritional quality or safety of the 
apple, but has become associated with poor aesthetics. 
In conventional agriculture, this cosmetic damage is 
managed through the use of pesticides, in order to 
supply consumers with apples of an aesthetic quality 
that they have become conditioned to expect. 


Use of antibiotics and growth regulating 
hormones 


In some types of intensive culture of agricultural 
livestock, animals are kept together under very 
crowded conditions, often inside large buildings in a 
poorly ventilated and smelly environment, and often 
continuously exposed to their manure and urine. 
Under these sorts of conditions animals are highly 
vulnerable to developing infections of various sorts, 
which ultimately cause reductions of growth, and may 
result in their death. To manage this problem, intensive 
agriculture typically relies on antibiotics. These may be 
given to animals when they are actually sick, or they 
may be added continuously to their food as a prophy- 
lactic (or preventive) treatment. Ultimately, humans 
are exposed to small residues of antibiotics in products 
of these animals that they consume. It has not been 
scientifically established that this exposure poses an 
unacceptable risk to humans, potentially occurring, 
for example, through the evolution of resistant varieties 
of antibiotic-resistant pathogens. Nevertheless, there is 
controversy about the antibiotic contamination of 
foodstuffs from intensive agriculture. 


Organic farmers might also use antibiotics to treat 
an infection in a particular sick animal, but they do not 
continuously add those chemicals to food that is fed to 
livestock. In addition, many organic farmers attempt 
to keep their animals under more open and sanitary 
conditions than are often conventionally used to 
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intensively rear livestock under dense, industrial con- 
ditions. Animals that are relatively free of the stresses 
of crowding and constant exposure to manure are 
more resistant to diseases, and have less of a need of 
antibiotics. 


In addition, some industrial systems of raising 
livestock use synthetic growth hormones, such as 
bovine growth hormone, to increase the productivity 
of their animals, or of animal products such as milk. 
Inevitably, these hormones persist in a trace contam- 
ination in the animal products that humans consume. 
Although no significant risk to humans has been con- 
vincingly demonstrated from these exposures, there is 
controversy about the potential effects. Organic farm- 
ers do not use synthetic growth hormones to enhance 
the productivity of their livestock. 


Organic and non-organic foods 


Many people believe that organically grown foods 
are safer or more nutritious than the same foods 
grown using conventional agricultural systems. In 
large part, these beliefs are influenced by the occur- 
rence of trace contamination of non-organic foods 
with pesticides, antibiotics, and growth hormones. 
Although this topic is highly controversial, scientific 
studies have not yet convincingly demonstrated that 
organically grown foods are indeed safer or more 
nutritious than conventional agricultural produce. 
There have been some notable exceptions, such as 
the spread of bovine encephalopathy (mad cow dis- 
ease) through beef, which was only made possible by 
the industrial-agricultural practice of grinding up dead 
livestock to feed to livestock. Organically grown beef 
cannot spread mad cow disease. Moreover, many per- 
sons who buy organic food are not operating under the 
(possible) illusion that they are primarily protecting 
their personal health by eating organic foods; they are 
concerned that their relationship to the food-production 
system, and to the Earth on which that system 
depends, be one that they can contemplate with sat- 
isfaction rather than dismay. In this regard, there is no 
scientific doubt that organic agriculture results in less- 
ened soil loss and other impacts on the natural world 
as compared to industrial agriculture. Organic agri- 
cultural systems use less of non-renewable resources of 
energy and materials, keep the agricultural ecosystem 
in better health, and enhance the sustainability of the 
agriculture. 


The popularity of organic culture 


The environmental damage and resource use asso- 
ciated with organic agriculture are much less than 
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KEY TERMS 


Humus—Organic material made up of well- 
decomposed, high molecular-weight compounds. 
Humus contributes to soil tilth, and is a kind of 
organic fertilizer. 


Nutrient—Any chemical required for life. The most 
important nutrients that plants obtain from soil are 
compounds of nitrogen, phosphorus, potassium, 
calcium, magnesium, and sulfur. 


Organic matter—Any biomass of plants or ani- 
mals, living or dead. The most important form of 
organic matter in soil is dead, occurring as humic 
substances. 


Tilth—The physical structure of soil, closely asso- 
ciated with the concentration of humified organic 
matter. Tilth is important in water and nutrient- 
holding capacity of soil, and is generally beneficial 
to plant growth. 


those of conventional agricultural systems. However, 
yields tend to be smaller, and the organically grown 
produce is often relatively expensive to the consumer. 
Overall, the balance of these two considerations sug- 
gests that society receives a positive net benefit from 
the use of organic agricultural systems. 


Organic agricultural systems will not become 
more widely adopted unless a number of socioeco- 
nomic conditions change. First, larger numbers of 
consumers will have to be willing to pay the somewhat 
higher costs of organically grown food, and they will 
have to modify some of their perceptions about the 
aesthetic qualities of certain foods (e.g., apple blem- 
ishes). This appears to have been happening in some 
industrialized countries; in the United States, for 
example, sales of organic food increased by over 
16% in 2005 alone, to a total of $13.8 billion in con- 
sumer sales. The U.S. organic market grew almost 
fourfold between 1997 and 2005. Second, vested agri- 
cultural interests in big business, government, and 
universities will have to become more sympathetic to 
the goals and softer environmental effects of organic 
agriculture. These institutions will have to support 
more research into organic agriculture, and promote 
the use of those systems. Lastly, it will be necessary 
that the practitioners of intensive agricultural systems 
be made to deal more directly and sensibly with the 
environmental damage associated with their activities, 
especially the use of manufactured pesticides and 
fertilizers. As with many other industries, agriculture 


GALE ENCYCLOPEDIA OF SCIENCE 4 


is presently allowed to “externalize” environmental 
damages that it causes—that is, to make profits in 
the present while letting other people, downwind or 
downstream or in the future, suffer the costs. 


See also Crop rotation; Fungicide. 
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Bill Freedman 


i Organism 


An organism is any individual living entity. 
Organisms range in size and complexity from micro- 
organisms to multicellular plants and animals. Earth’s 
organisms are organized into three domains based on 
their cellular and sub-cellular organization, metabo- 
lism, reproduction, and behavior. The bacteria are 
unicellular organisms that do not have their genetic 
material organized within a bounded organelle called 
a nucleus, along with other distinctive characteristics. 
The archaea, also unicellular organisms with 
unbounded nuclei, generally are those that are found 
in more extreme environments. Several fundamental 
cellular characteristics separate the bacteria from 
the archaea, in particular the systems for DNA repli- 
cation and transcription and the structure of RNA 


GALE ENCYCLOPEDIA OF SCIENCE 4 


transcriptase. Organisms that do have DNA that is 
found in nuclei are members of the eukarya. Organisms 
that belong to the domain Eukarya are classified 
into four kingdoms: Protista, Fungi Plantae, and 
Animalia. 


Protista are a diverse group of microorganisms, 
containing the simplest of the eukaryotic organisms, 
which have an organized nucleus, one or more flagellae, 
and generally contain mitochondria and plastids. The 
most representative group is the protozoans, but some 
flagellated fungi and algae are placed within this group. 


Fungi are a diverse group of non-flagellated, uni- 
cellular or multicellular organisms, ranging in com- 
plexity from single-celled yeasts, through multicellular 
but microscopic fungi growing as a thread-like myce- 
lium, to relatively complex fungi that develop large 
mushrooms as their reproductive structures. 


Plantae, or green plants, utilize solar radiation 
trapped by chlorophyll or other pigments to fix simple 
mineral nutrients into energy-rich biochemicals in a 
metabolic process called photosynthesis. Organisms in 
this diverse group range from unicellular algae, 
through multicellular but non-vascular algae, liver- 
worts, and mosses, to vascular plants such as ferns, 
conifers, and flowering plants. 


Animalia, or multicellular animals, are heterotro- 
phic organisms that are capable of movement, often in 
response to sensory stimuli, and with other distinctive 
characteristics. Animals range in size and complexity 
from small sponges and arthropods to large verte- 
brates weighing tons. 


Viruses are generally not considered organisms 
because of their inability to independently reproduce. 
However, the discovery of the mimiviruses, which are 
as large as some bacteria, in 2006, has opened discus- 
sion as to whether some viruses should be considered 
organisms. 


See also Animal; Plant; Protozoa; Virus. 


Bill Freedman 


Organisms, genetically modified see 
Genetically modified foods and organisms 


I Organogenesis 


Organogensis refers to that period of time during 
development when the organs are being formed. After 
an egg has been fertilized, and has been implanted in 
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the uterus, the developing form is known as the 
embryo. Organogenesis takes place during this embry- 
onic phase. In fact, most organogenesis has begun as 
early as week five in humans (remember that a normal 
human pregnancy lasts an average of 40 weeks). 
Therefore, damage to any of the organ systems of the 
body which may ultimately result in some type of birth 
defect usually strikes during this time frame. 


By week five, the buds of tissue which will become 
the limbs are in place. The structures which will 
become the skeleton, nervous system, and circulatory 
system of the face, neck, and jaws are in place. A five- 
week-old embryo has the early developmental struc- 
tures of the esophagus, stomach, intestine, liver, and 
pancreas. The heart is already functioning, and con- 
tinues to develop and change over this period of time. 
The respiratory system begins developing, as do blood 
vessels, blood cells, nervous and endocrine organs. 
Clearly, the most crucial organs of the human form 
are developing during organogenesis. Essentially, the 
earlier the injury to these developing buds of tissue, the 
more severe the ultimate defect. This is because these 
tiny buds of tissue hold all the primitive cells which 
should differentiate into the myriad number of cells 
necessary to create all of the varied organs of the 
human body. 


It is an irony that, during this crucial period of 
development, when toxins from the outside world can 
have such devastating effects on the ultimate develop- 
ment of the embryo, many women are not even yet 
aware that they are pregnant, and are therefore not in 
the mindframe of protecting the developing embryo 
from exposure to such harmful substances as cigarette 
smoke, alcohol, certain drugs or medications, or 
extremes of heat (as could be experienced in a very 
hot Jacuzzi). 


One of the most infamous agents (teratogens) 
responsible for widespread deformities during the 
period of organogenesis is a drug called thalidomide. 
Thalidomide was administered to women (particularly 
in Europe in the 1950s) because it was thought to 
combat the nausea present in early pregnancy. Over 
time, however, it became evident that babies born 
of thalidomide-using mothers had very high rates of 
serious limb deformities. In particular, the long bones 
of the limbs were either absent or seriously deformed. 
Furthermore, many of these children had associated 
defects of the heart and intestine. Thalidomide was 
ultimately determined to be at fault, causing the most 
severe defects when given between weeks four and 
six of pregnancy: the period of organogenesis. 
Thalidomide was subsequently withdrawn from the 
market. 
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i Organs and organ systems 


In the human body an organ is composed of two 
or more different histological types of tissue that work 
together to carry out a complex function. An organ 
system consists of a group of organs that perform 
intricate functions necessary for the survival of an 
organism. Sometimes an organism can survive with 
an impaired or nonfunctioning organ. However, 
when a whole system of organs shuts down, the life 
of the organism becomes compromised. Thus, the 
organ systems work together to maintain a constant 
internal environment called homeostasis within the 
body to ensure survival of the organism. 


There are eleven organ systems within the human 
body: integumentary, skeletal, muscular, nervous, 
endocrine, circulatory, lymphatic, respiratory, digestive, 
urinary, and reproductive. 


The integumentary system acts as a protective 
barrier for the human body against microorganisms, 
dehydration, and injuries caused by the outside envi- 
ronment. Additionally, the integumentary system reg- 
ulates body temperature. Organs of the integumentary 
system include hair, nails, sebaceous glands, sudorif- 
erous glands, and the largest organ of the body, the 
skin. 


The skeletal system is a structural framework pro- 
viding support, shape, and protection to the human 
body. Additionally, the skeletal system provides 
attachment sites for organs. The skeletal system also 
stores minerals and lipids and forms blood cells. 
Bones, cartilage, tendons, and ligaments are all organs 
of the skeletal system. 


The muscular system provides movement to the 
human body as a whole as well as movement of mate- 
rials through organs and organ systems. Additionally, 
the muscular system functions to maintain posture 
and produce heat. The muscular system consists of 
skeletal muscle, smooth muscle, and cardiac muscle. 


The nervous system conducts electrical impulses 
throughout the body to regulate and control physio- 
logical processes of the other organ systems. Organs of 
the nervous system include the brain, spinal cord, and 
nerves. 


The endocrine system also functions to regulate 
and control physiological processes of the body. 
However, the endocrine system accomplishes its 
functions by sending out chemical signals called hor- 
mones into the blood. Glands, the organs of the endo- 
crine system, secrete hormones and include: pituitary 
gland, pineal gland, hypothalamus, thyroid gland, 
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parathyroid glands, thymus, adrenal glands, pancreas, 
ovaries, and the testes. 


The circulatory system circulates blood through- 
out the body and in doing so transports gases, 
nutrients, and wastes to and from tissues. Organs of 
the circulatory system include the heart, blood vessels, 
and blood. 


The lymphatic system, also known as the immune 
system, defends the body against microorganisms and 
other foreign bodies. Additionally, the lymphatic sys- 
tem transports fluids from the body’s tissues to the 
blood, thus helping to control fluid balance in 
the body. This system also absorbs substances from 
the digestive system. The organs of the lymphatic 
system include the lymph, lymph nodes, lymph vessels, 
thymus, spleen, and tonsils. 


The respiratory system exchanges gases between the 
body’s tissues and the external environment. Oxygen is 
inhaled from the external environment and passes from 
the lungs into the blood, where it is exchanged for 
carbon dioxide that passes from the blood to the lungs 
and is expelled. The respiratory system consists of the 
nose, pharynx, larynx, trachea, bronchi, and lungs. 


The digestive system functions to digest and absorb 
nutrients from the food ingested into the body. 
Additionally, the digestive system transports foodstuff 
through the gastrointestinal tract. The primary organs 
of the digestive system include the mouth, pharynx, 
esophagus, stomach, small intestine, large intestine, 
rectum, and anal canal. Accessory organs that aid the 
primary organs include the teeth, salivary glands, 
tongue, liver, gallbladder, pancreas, and appendix. 


The urinary system removes excess water and 
nutrients and filters wastes from the circulatory sys- 
tem. Additionally, the urinary system aids in red blood 
cell formation and metabolizes vitamin D. The urinary 
system’s organs include the kidneys, ureters, urinary 
bladder, and urethra. 


The reproductive system of the human body can 
be either male or female. The male reproductive sys- 
tem synthesizes gametes called spermatozoa that are 
responsible for fertilizing the female gametes, or 
oocytes, during reproduction. The female reproduc- 
tive system is designed to undergo conception, gesta- 
tion, and birth once a spermatozoon fertilizes an 
oocyte. The male reproductive system is composed of 
the testes, vas deferens, urethra, penis, scrotum, and 
prostate. The female reproductive system consists of 
the ovaries, uterus, fallopian tubes, vagina, vulva, and 
mammary glands. 


See also Anatomy. 
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l Origin of life 


There is no direct fossil evidence of how life began 
on Earth. Such evidence could not exist: the molecular 
processes that scientists believe preceded the appear- 
ance of cells could not have left imprints on rock. 
However, fossils of single-celled microorganisms are 
present in rocks over three billion years old, and chem- 
ical traces in Greenland rocks show that single-celled 
life existed as long ago as 3.8 billion years. As Earth 
itself is only 4.6 billion years old, these data suggest 
that life appeared within 700 million years after Earth 
formed. Furthermore, experiments performed since 
the 1950s suggest that many important ingredients of 
life, including amino acids and nucleic-acid bases (the 
molecular building-blocks of deoxyribonucleic acid 
[DNA] and ribonucleic acid [RNA]), could have 
formed abundantly under conditions that may have 
existed on the early Earth, and scientists conjecture 
that the presence of these molecules facilitated the 
formation of the first actual life. 


Background of the origin of life 


All organisms rely on the same kinds of organic 
(carbon-containing) compounds; the same 20 amino 
acids combine to make up all the enormous diversity 
of proteins occurring in living things. DNA and RNA, 
furthermore, are essential to all life. Into these 
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molecules is encoded the information needed to syn- 
thesize specific proteins from amino acids. One class of 
proteins, known as enzymes, acts to regulate the activ- 
ity of nucleic acids and other biochemical functions 
essential to life. Enzymes do this by greatly increasing 
the speed of (i.e., catalyzing) specific chemical reac- 
tions. Other proteins provide structure for cells, regu- 
late the passage of ions through the cellmembrane, 
and perform numerous other functions. Nucleic acids 
and proteins are so universally essential to modern 
life-forms that many scientists assume that either 
they, or closely related precursor compounds, were 
present in the first life-forms. 


Theories of the origin of life 


All cultures have developed stories to explain the 
origin of life. During the medieval period, for example, 
European scholars argued that small creatures such as 
insects, amphibians, and mice, appeared by spontane- 
ous generation—natural self-assembly of nonliving 
ingredients—in old clothes or piles of garbage. 
Italian physician Francesco Redi (1626-1698) chal- 
lenged this belief in 1668, when he showed that mag- 
gots come from eggs laid by flies rather than forming 
spontaneously from the decaying matter in which they 
are found. 


A series of experiments conducted in the 1860s by 
the French microbiologist Louis Pasteur (1822—1895) 
also helped to disprove the idea that life originated by 
spontaneous generation. Pasteur sterilized two con- 
tainers, both of which contained a broth rich in 
nutrients. He exposed both containers to the air, but 
one had a trap in the form of a loop in a connecting 
tube, which prevented dust and other particles from 
reaching the broth. Bacteria and mold quickly grew in 
the open container and made its broth cloudy and 
rank, but the container with the trap remained sterile. 
Pasteur interpreted this experiment as indicating that 
microorganisms did not arise spontaneously in the 
open container, but were introduced by dust and 
other airborne contaminants. 


Although Redi, Pasteur, and other scientists thor- 
oughly disproved the theory of spontaneous genera- 
tion as an explanation for the origin of present-day life 
on whatever scale, they raised a new question: If 
organisms can arise only from other organisms, how 
then did the first organism arise? 


Charles Darwin (1809-1882), the famous English 
naturalist, suggested that life might have first occurred 
in “some warm little pond” rich in minerals and chem- 
icals, and exposed to electricity and light. Darwin 
argued that once the first living beings appeared, all 
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other creatures that have ever lived could have evolved 
from them. In other words, spontaneous generation did 
occur—but only a long time ago, when the first, mini- 
mally complex forms of life would have faced no com- 
petition from more-competent cells. Many of the 
laboratory experiments that would eventually be con- 
ducted to shed light on the origin of life have been 
variations on Darwin’s “warm little pond.” first, how- 
ever, another influential suggestion regarding the origin 
of life was provided by Russian scientist Aleksandr 
Oparin (1894-1980) and English scientist J. B. S. 
Haldane (1892-1964). Oparin and Haldane suggested 
in the 1920s that the atmosphere of billions of years ago 
would have been very different from today’s. The mod- 
ern atmosphere is about 79% nitrogen (N>) and 20.9% 
free oxygen (O>), with only trace quantities of other 
gases. Because of the presence of oxygen, which com- 
bines readily with many other substances, such an 
atmosphere is termed oxidizing. Oparin noted that oxy- 
gen interferes with the formation of organic com- 
pounds necessary for life by combining with their 
hydrogen atoms and reasoned that the atmosphere 
present when life began must have been a reducing 
atmosphere, which contained little or no oxygen but 
had high concentrations of gases that can react to pro- 
vide hydrogen atoms to synthesize the compounds 
needed to create life. Oparin and Haldane suggested 
that this primordial, reducing atmosphere consisted of 
hydrogen (H2), ammonia (NH3), methane (CHy), and 
additional simple hydrocarbons (molecules consisting 
only of carbon and hydrogen atoms). Oxygen could not 
have been present in large quantities because it is chemi- 
cally unstable, and is only maintained as a major ingre- 
dient of the atmosphere by the action of green plants 
and algae—that is, by life itself. Before life, Earth’s 
atmosphere could not have been strongly oxidizing. 


According to this theory, energy for rearranging 
atoms and molecules into organic forms that pro- 
moted the genesis of life came from sunlight, lightning, 
and/or geothermal heat. This model of the early envi- 
ronment became especially popular among scientists 
after a U.S. graduate student of physics named Stanley 
Miller (1930-), then studying at the University of 
Chicago, designed an experiment to test it. In 1953, 
Miller filled a closed glass container with a mixture of 
the gases that Oparin and haldane suggested were in 
the ancient atmosphere. In the bottom of the container 
was a reservoir of boiling water, and above it an 
apparatus that caused electrical sparks to pass 
through the gas mixture. After one week of reaction, 
Miller found that amino acids and other organic 
chemicals had formed from the gases and water. In 
the years since Miller reported his results, other 


GALE ENCYCLOPEDIA OF SCIENCE 4 


researchers have performed more sophisticated “warm 
little pond” experiments, and have been able to synthe- 
size additional amino acids and even nucleic acids, the 
molecules that organize into RNA and DNA, which in 
turn encode the genetic information of organisms. 


Subsequent research influenced by these experi- 
ments led many scientists to believe that the concentra- 
tion of organic molecules in the primordial, nutrient- 
laden, warm “ponds” (which may have been tidal pools, 
puddles, shallow lakes, or deep-sea hot springs) 
increased progressively over time. Eventually more 
complex molecules formed, such as carbohydrates, lip- 
ids, proteins, and nucleic acids. The complexity gap 
between simple nucleic acids and self-replicating RNA 
or DNA is, however, large; therefore, some scientists 
have theorized that assembly of more complex com- 
pounds from simpler ones may have occurred on the 
surface of oily drops floating on the water surface, or on 
the surfaces of minerals—objects whose atomic struc- 
ture might have provided a template for stringing 
together nucleic acids and giving them a place to 
“live” until free-floating cells protected by lipid mem- 
branes could evolve. 


However, some scientists believe that the young 
Earth’s surface was too inhospitable a place for life to 
have developed on its surface at all; lacking Oo, the 
atmosphere would also have lacked its present-day 
stratospheric layer of ozone (O3), which screens large 
quantities of harmful ultraviolet radiation from the 
surface. They believe that a more likely environment 
for abiogenesis (life from prelife) was in the vicinity of 
deep-sea vents, holes in the crust under the ocean from 
which hot, mineral-laden water flows. 


Furthermore, many scientists today believe that 
the prelife atmosphere may not have been as strongly 
reducing as the one proposed by Oparin and Haldane 
and used in Miller’s experiment. They assert that 
volcanoes added carbon monoxide (CO), carbon 
dioxide (CO;), and nitrogen to the early atmosphere, 
which may even have contained traces of oxygen. 
Nevertheless, more recent experiments of the Miller 
type, run using a less reducing atmosphere, have also 
resulted in the synthesis of organic compounds. In 
fact, all 20 of the amino acids found in organisms 
have been created in the laboratory under experimen- 
tal conditions designed to mimic what scientists 
believe the prelife Earth was like billions of years 
ago—whether using Miller’s model or its less-reduc- 
ing competitors. 


But in the absence of life, how did these amino 
acids link together into more complex compounds? 
Living cellular chemistry links amino acids together 
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using specific enzymes to form particular proteins. An 
amino acid is any compound which contains at least 
one amino group (-NH;) and one carboxyl group 
(-COOH). When amino acids are linked, a hydrogen 
molecule and a hydroxyl group (OH) are removed 
from each amino acids, which then link up into a 
protein chain, while the hydrogen and hydroxy] link 
up as a water molecule (H + OH = h,O). Without 
enzymes, amino acids do not link up in this way—or, 
as a biochemist might describe it, polymerization does 
not proceed. 


How, then, could amino acids have joined to form 
proteins without the proteins termed enzymes to help 
them? One possibility is that amino acids may have 
joined together on hot sand, clay, or other minerals. 
Laboratory experiments have shown that amino acids 
and other organic building blocks of larger molecules, 
called polymers, will join together if dilute solutions of 
them are dripped onto warm sand, clay, or other 
minerals. The larger molecules formed in this way 
have been named proteinoids. It is easy to imagine 
some version of Darwin’s “warm little pond”—a 
soup of spontaneously-formed amino acids—splash- 
ing onto hot volcanic rocks. Clay and iron pyrite have 
particularly favorable properties making them good 
“platforms” for the formation of larger molecules 
from smaller building blocks. One recently proposed 
theory of the origin of life suggests that tiny (X.01-mm 
diameter) hollows in iron sulfide minerals, such as are 
deposited in the vicinity of deep-sea hot springs, might 
have incubated the earliest life chemistry. Iron sulfide 
catalyzes the formation of organic molecules, and is 
used by some modern bacteria for this purpose. 
Sheltered in tiny iron-sulfide caverns, prebiotic chem- 
istry might have developed at leisure, leaving this pro- 
tected environment only after evolving a protective 
lipid membrane. This theory, however, like all theories 
of the origin of life, has its scientific opponents, and 
awaits the production of confirming or disconfirming 
laboratory evidence. 


Proteinoids produced in laboratories can cluster 
together into droplets that separate, and that may 
protect their components from degrading influences 
of the surrounding environment. These droplets are 
like extremely simple cells, although they cannot 
reproduce. Such droplets are called microspheres. 
When fats (1.e., lipids) are present, the microspheres 
that form are even more cell-like. If a mixture of linked 
amino acids called polypeptides, sugars called poly- 
saccharides, and nucleic acids is shaken, droplets 
called coacervates will form. All of these kinds of 
droplets are called protobionts, and they may represent 
a Stage in the genesis of cellular life. 
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Origin of life 


The formation of amino acids and other organic 
compounds is presumed to have been a necessary step 
in the genesis of life; it is certain, at least, that some- 
where along the line all life became dependent on 
DNA and RNA for reproduction. Scientists thus pre- 
sume that the first self-replicating molecules were sim- 
ilar to the nucleic acids of modern organisms. (These 
early molecular systems need not have been as com- 
plex as the self-replicating systems that comprise mod- 
ern cells. Researchers have recently shown, by deleting 
genes, that even the genetically simplest bacteria alive 
today can reproduce with much less than their full 
natural complement of DNA.) Once molecules that 
could self-replicate were formed, the process of evolu- 
tion would account for the subsequent development of 
life. The particular molecules best adapted to the local 
environmental conditions would have duplicated 
themselves more efficiently than competing molecules. 
Eventually, primitive cells appeared; perhaps coacer- 
vates or other protobionts played a role at this stage in 
the genesis of life. Once cells became established, evo- 
lution by natural selection could have resulted in the 
development of all of the life-forms that have ever 
existed on Earth. 


The “RNA world” and the origin of life 


Most living cells today store genetic information 
in the long-ribbon-shaped molecules of DNA. The 
information stored in DNA’s molecular components 
is transferred to another ribbon-shaped molecule, 
RNA, by a process termed transcription. Proteins, 
including enzymes, are then formed by cellular struc- 
tures that translate the information on the DNA. The 
enzymes thus produced facilitate the biochemical cel- 
lular functions necessary to maintain life and repro- 
duce. Many scientists believe it is unlikely that all of 
the components of this complex sequence of events, 
DNA to RNA to protein, evolved simultaneously. 
Some scientists propose that, in fact, RNA appeared 
before DNA. This view has been strengthened by the 
discovery that some forms of RNA, called ribozymes, 
can act like non-protein enzymes to catalyze biological 
reactions. RNA thus may have been capable of order- 
ing amino acids into forming proteins and of replicat- 
ing itself in an RNA-based arrangement termed the 
“RNA world.” 


Scientists who favor the RNA world hypothesis 
suggest that RNA might have been able to self-repli- 
cate even before DNA and protein enzymes had 
evolved. Single-stranded RNA might have been able 
to assume a shape that allowed it to line up amino 
acids in specific sequences to create specific protein 
molecules. rNA molecules capable of causing amino 
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acids to link up to form a protein could have had an 
advantage in replication and survival, compared with 
other RNA molecules. At that point, molecular evo- 
lution and natural selection could have taken over in 
furthering the development of life. RNA that pro- 
duced useful protein enzymes, for example, would 
have survived better than that which did not. 


Critics of these ideas say that the evidence for self- 
replicating RNA is weak. Instead, they suggest that 
other organic molecules, rather than nucleic acids, 
were the first self-replicating chemicals capable of 
storing genetic information. According to this idea, 
these simple hereditary systems were later replaced 
by nucleic acids during the course of evolution. Since 
laboratory results in this field are hard to come by, this 
debate is likely to persist for a long time to come. 


Panspermia 


Radio astronomers have found that organic mol- 
ecules (including amino acids), which might have 
played an important role in the formation of life, are 
present in dust clouds in outer space. Organic mole- 
cules are also known to be present in meteors that have 
fallen to Earth’s surface. These observations provide 
further evidence that chemicals important for the gen- 
esis of life may have been present on the early earth. 
The presence of complex organic compounds outside 
of our solar system suggests that the formation of 
compounds important for life is more likely than 
once thought. 


The presence of organic compounds in outer 
space also suggests to a few scientists that life on 
Earth may not have originated on Earth. Instead, 
they suggest that abiogenesis may have occurred 
somewhere in outer space, and that organisms later 
arrived on Earth. Most researchers discount this “pan- 
spermia” hypothesis, because they feel that ionizing 
radiation and the great extremes of temperature in 
space would have killed any organisms before they 
could have reached Earth. However, the discovery of 
living bacteria that can survive intense extremes of 
radiation and heat has made this objection less com- 
pelling in recent years. The suggestion of an extrater- 
restrial origin of life suffers from the greater drawback 
that it merely shifts the mystery of abiogenesis from 
Earth to another place in the universe. 


Other researchers suggest that organic precursors 
to life arrived on Earth aboard meteors or comets. 
Once here, these organic compounds arranged them- 
selves into molecules that eventually led to the devel- 
opment of life. This theory simplifies the problem of 
explaining the origin of life by suggesting that the 
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KEY TERMS 


Coacervates—A cluster of polysaccharides, nucleic 
acids, and polypeptides formed when a solution of 
these molecules is shaken. Coacervates are a type of 
protobiont. 


Organic compound—A molecule containing carbon 
atoms. 


Protobiont—Cell-like aggregates of organic mole- 
cules capable of maintaining a separate environ- 
ment slightly different from its surroundings. 
Protobionts are not capable of reproduction but 
may have been a step toward the formation of life 
on Earth. 


formation of simple organic compounds did not have 
to take place on Earth. 


The genesis of organisms is not yet satisfactorily 
explained by any extant theory of the origin of life. 
However, given that life is the most complex chemical 
process in the universe and that its chemical basis of 
reproduction (DNA and RNA) has been known to 
scientists for only about 50 years (with many details 
still unrevealed), it would be foolish to conclude that 
science cannot explain the origin of life. The Miller- 
type experiments and astronomical observations show 
that chemicals essential to life occur spontaneously 
under many conditions, and have established an essen- 
tial point in the case for abiogenesis. The fact that the 
earliest-known life-forms (eukaryotic cells) were far 
simpler than later life-forms is also highly suggestive 
of an even earlier, simpler stage—a bridge between 
non-reproducing chemistry and life chemistry. 
Scientists still seek to understand the likely nature of 
that bridge. 


See also Chemical evolution. 
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| Orioles 


The true, or forest orioles include 29 to 30 species 
of medium-sized birds that make up the family 
Oriolidae. These birds occur in Africa, Europe, Asia, 
Southeast Asia, the Philippines, New Guinea, and 
Australia. Their usual habitats are forests, open wood- 
lands, and savannas. Most species are tropical, but 
some migratory species occur in temperate regions. 


Orioles are jay-sized birds with long, pointed 
wings, and a strong, pointed, slightly down-curved 
bill, which may be colored red, blue, or black. Male 
orioles are brightly colored birds, commonly yellow 
with black patterns on the wing, tail, and head. 
Females have a more subdued coloration. The family 
name, Oriolidae, is derived from the Latin word 
aureus, meaning golden, and refers to the bright-yellow 
base color of the golden oriole of southern Europe. 


Orioles tend to skulk in dense cover in wooded 
areas, and are not easily seen. They have a melodious, 
if somewhat quiet song, and louder, harsher, call 
notes. Courting includes spectacular, closely coordi- 
nated pursuits of the female by the male through the 
tree canopy. The pendulous, tightly woven, cup- 
shaped nest of orioles is constructed by the female in 
a forked branch of a tree, and contains two to five 
eggs. The female does most or all of the incubation, 
but is fed by the male during her confinement. Both 
parents rear the young. The figbirds (Sphecotheres spp.) 
of Australasia construct much looser nests of twigs. 


Orioles mostly feed on invertebrates in the tree 
canopy. Unlike most other birds, orioles will feed on 
hairy caterpillars, which can sometimes be quite abun- 
dant. However, these insect larvae are rubbed and 
beaten by orioles against a branch, to remove many 
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of the hairs before the prey is eaten. Orioles also eat 
small fruits when they are available. 


Species of true orioles 


The golden oriole (Oriolus oriolus) is a relatively 
abundant and well-known species of forests and 
wooded parks and gardens of temperate Europe and 
western Asia. This species winters in Africa, 
Madagascar, India, and Sri Lanka. The attractive 
male has bright-yellow plumage, with a black tail 
and upper wings, and a black mask. The female is a 
lime green color. The golden oriole is bold and pugna- 
cious in the vicinity of its arboreal nest, attacking and 
driving off potential predators such as crows and small 
hawks. 


The black-headed oriole (Oriolus xanthornis) is 
another relatively common and widespread species, 
occurring in forests in south and Southeast Asia. The 
black-naped oriole occurs from India to southern 
China and Southeast Asia, as far as the Philippines. 
The yellow oriole (O. flavocinctus) and olive-backed 
oriole (O. sagittatus) are greenish yellow Australian 
species. The black-and-crimson oriole (O. cruentus) of 
Malaya, Borneo, Sumatra, and Bali is mostly black- 
colored, with dark, crimson patches on the breast and 
on the wings. 


The yellow figbird, or bananabird (Sphecotheres 
viridis), occurs in various types of forests in northern 
Australia. This greenish and yellow species commonly 
nests in the immediate vicinity of a nest of the drongo 
(Chilbea bracteata) or helmeted friar bird (Philemon 
yorki), both of which are aggressive species that drive 
away predators, but do not bother other songbirds. 


The Asian fairy-bluebird or blue-backed fairy 
bluebird (rena puella) occurs in lowland rainforests 
from India to Borneo and Sumatra in southeast Asia. 
The male fairy-bluebird is a very attractive bird, with a 
bright blue back, and a black face and breast. The 
female is a more uniformly and subtly colored blue. 
This species is placed by some avian taxonomists in the 
family Irenidae, which also contains the leafbirds. 


Some species of medium-sized birds of the 
Americas are also commonly known as _ orioles. 
However, these orioles are various species of medium- 
sized birds in the blackbird family (Icteridae), which 
also includes blackbirds, grackles, cowbirds, meadow- 
larks, and the bobolink. For example, the northern 
oriole (Icterus galbula; the eastern race is known as 
the Baltimore oriole) is a common songbird of open 
forests in North America, where it builds its character- 
istic, pendulous nests, often in elm trees. 
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[ Ornithology 


Ornithology is the branch of zoology that deals 
with the study of birds. Birds are any organisms in 
the class Aves. They are warm-blooded (or homoio- 
thermic) vertebrates that have feathers covering their 
body; forelimbs modified into wings; stouter hindlimbs 
used for walking, swimming, or perching; scaly legs 
and feet; jaws reduced to a toothless beak; and a 
four-chambered heart. Birds lay hard-shelled eggs 
from which their young hatch. Major subject areas in 
ornithology include: anatomy, physiology, behavior, 
ecology, evolution, and classification and systematics. 


Birds evolved from a group of reptiles known as 
the dinosaurs (order Dinosauria), which first appeared 
during the late Triassic period (which ended about 210 
million years ago). The earliest bird known in the fossil 
record is Archaeopteryx, from the mid-Jurassic period 
about 160 million years ago. These extremely early 
birds had many typical avian characteristics, such as 
feathers and a horny beak, and were very likely warm- 
blooded, but they also had reptilian features, such as 
teeth. In fact, modern birds and dinosaurs still have 
many characteristics in common, and some biologists 
and paleontologists believe that birds should be 
viewed, and classified, as “living dinosaurs.” 


There are 27 orders of birds, divided into about 
166 families, and containing about 9,000 living 
species. Some prominent families from the Americas 
include the Gaviidae (loons), Podicipedidae (grebes), 
Pelecanidae (pelicans), Phalacrocoracidae (cormor- 
ants), Anatidae (swans, geese, ducks, mergansers), 
Cathartidae (vultures), Accipitridae (hawks, eagles), 
Falconidae (falcons), Tetraonidae (grouse, ptarmi- 
gan), Phasianidae (quail, pheasants), Ardeidae (her- 
ons, bitterns), Rallidae (rails, coots), Charadriidae 
(plovers, turnstones), Scolopacidae (sandpipers), Laridae 
(gulls, terns), Columbidae (pigeons, doves), Strigidae 
(owls), Trochilidae (hummingbirds), Psittacidae (par- 
rots, macaws), Picidae (woodpeckers), Tyrannidae 
(flycatchers), Hirundinidae (swallows), Corvidae 
(jays, crows, raven), Paridae (chickadees, titmice), 
Troglodytidae (wrens), Turdidae (thrushes, bluebirds), 
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This ovenbird’s legs are being banded, or ringed, for tracking 
purposes. (Robert Huffman. Field Mark Publications.) 


Sturnidae (starlings), Vireonidae (vireos), Parulidae 
(woodwarblers), Icteridae (blackbirds, orioles), and 
Fringillidae (grosbeaks, finches, sparrows). 


Avian anatomy changes remarkably during devel- 
opment, from the relatively simple structures of the 
fertilized egg, to the much more complex adult form. 
Anatomy is also extremely variable among species. 
Size alone ranges from flightless ostriches weighing 
up to 330 lb (150 kg), to tiny hummingbirds weighing 
only 0.08 oz (2.25 g). Perhaps the most distingui- 
shing anatomical characteristic of birds is their feathers, 
which provide insulation against the loss of body heat, 
and a broad, yet light, wing and tail surface for flight. 
The forelimbs of birds are highly modified as wings, 
especially through the extension of their “fingers” into 
an airfoil surface for active and/or gliding flight (a few 
species, such as the ostrich and emu, have secondarily 
lost the power of flight). Other important anatomical 
adaptations for flying include the large breast muscles 
that are used to power flight, the large keeled sternum 
(or breastbone) to which the flight muscles attach, and 
the hollow bones and extensive air-sacs of most species 
of birds. Some birds have extraordinarily light bodies 
for their size—the magnificent frigatebird (Fregata 
magnificens) has a wingspan of 7 ft (2 m), but its 
skeleton weighs only 4 oz (113 g), less than the weight 
of its feathers. 


Birds lay eggs with a hard shell that contains a 
fertilized embryo. In most species, the eggs are laid 
into a nest constructed by one or both of the parents, 
and the eggs are incubated by the parents. The newly 
hatched young of most bird species are born in a 
relatively early stage of development, and are unfeath- 
ered, ungainly, and virtually helpless. These almost 
incompetent young must be fed and otherwise tended 
by their parents for some time, until they finish devel- 
opment and learn to fly and forage for themselves. The 
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young of some other species are more developed when 
born, and may be capable of immediately leaving the 
nest to live a semi-independent, or even fully inde- 
pendent life. 


A distinguishing element of avian physiology is 
homoiothermy, or metabolic activity that maintains 
the body temperature within a narrow, warm range 
optimized for muscular functions and enzyme effi- 
ciency. (Mammals and some other vertebrates are 
also warm-blooded.) Homoiothermy is a crucial phys- 
iological trait that allows almost all bird species to 
have an extremely active lifestyle. It also allows some 
species to live year-round in cold environments. 


One of the most notable elements of avian behav- 
ior is their use of song to proclaim a breeding territory, 
and other distinct sounds to organize their social sys- 
tem, keep flocks together, warn other individuals of 
predators, and for other kinds of communication. 
Some other classes of animals are also rather vocal, 
particularly many mammals, but not to the same 
degree that most birds are. Some birds are also quite 
intelligent, second in this regard only to mammals. 
(Actually, corvids such as the raven Corvus corax are 
more intelligent than most species of mammals.) 
Another notable element of avian behavior is the 
habit of many species to undertake long-distance 
migrations between their breeding and wintering hab- 
itats. The most extensive migrations are made by the 
arctic tern (Sterna paradisaea), some of whom breed at 
the most northerly limits of land on the northern tips 
of Greenland and Ellesmere Island, and then migrate 
to spend their winter foraging in Antarctic waters. 


t Orthopedics 


Orthopedics is the branch of medicine that special- 
izes in diseases and injuries of bones. It is a specialty 
devoted to the diagnosis, treatment, rehabilitation and 
prevention of injuries and diseases of the human body’s 
musculoskeletal system. This complex system includes 
the body’s bones, joints, ligaments, tendons, muscles, 
and nerves. Once devoted to the care of children with 
spine and limb deformities, orthopedics now cares for 
patients of all ages, from newborns with clubfeet to 
young athletes requiring arthroscopic surgery to older 
people with arthritis and osteoporosis. 


Humans have had to contend with broken bones 
or malformed bones since the beginning of human- 
kind. A strong man wielding a club or stone axe, 
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common tools and weapons of the time, could splinter 
bones or disjoint a shoulder or leg. These injuries were 
probably frequently lethal, especially if the skin was 
broken and infection set in. Those that healed may 
well have left the victim with a deformed arm or joint 
that was permanently out of alignment. 


Eventually, physicians developed ways to treat 
broken bones as evidenced by ancient Egyptian hiero- 
glyphics depicting injured limbs wrapped and braced 
to heal normally. As wars were waged on a larger scale 
and weaponry became more efficient and deadly, frac- 
tures and other bone injuries became more prominent. 


Physicians developed simple prosthetics to replace 
limbs that were amputated as the result of a wound. 
For instance, a hand was replaced by a cup that fit 
over the wrist and had a hook attached. 


History 


The term orthopedics was coined by French 
physician Nicholas Andre who published a book in 
1741 on the prevention and correction of musculoske- 
letal deformities in children. He united the Greek term 
orthos, meaning straight, with paedeia, the rearing of 
children. The term orthopaedics remained in use, 
though the specialty has broadened much beyond the 
care of children. Andre’s illustration at the beginning 
of his book, that of a strong post to which is tied a 
growing but crooked sapling, remains the symbol of 
orthopedic societies today. 


Early orthopedics concentrated on the correction 
of such childhood conditions as scoliosis (curved 
back), paralysis as with poliomyelitis, tuberculosis of 
the bone, and congenital defects such as clubfoot or 
deformed hip. Gradually, orthopedists included frac- 
tures, dislocations, and trauma to the spine and skel- 
eton within their specialty. 


Bone is a living and functioning part of the body. 
A broken bone will generate new growth to repair the 
fracture and fill in any areas from which bone is 
removed. Therefore, a bone that is congenitally 
deformed (from birth) can be manipulated, cut, 
braced, or otherwise treated to provide a normal 
form. A broken bone held in alignment will heal and 
no physical deformity will result. 


For decades orthopedics was a physical specialty. 
The physician provided therapy to manipulate bones 
and joints to restore alignment, and then applied casts 
or braces to maintain the structure until it healed. 
Fractures of the hip, among other injuries, were con- 
sidered untreatable and they were ignored. The patient 
was made as comfortable as possible to allow the 
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fracture to heal and then had to adjust his lifestyle to 
account for difficulty in walking, inability to bend, or 
other handicaps remaining from healing of the 
deformed joint. 


In the 1930s, a special nail was developed to hold 
bone fragments together to allow them to heal better. A 
few years later a metal device was invented to replace 
the head of a femur (thigh bone), which formed part of 
the hip joint and often would not heal after being 
fractured. A total hip joint was later invented and it 
continues to be revised and improved to allow the 
patient maximum use and flexibility of the leg. 


Currently, the orthopedic specialist continues to 
apply physical methods to align fractures and restore a 
disrupted joint. Braces and casts still are used to hold 
injured bones in place to allow them to heal. Now, 
however, the physician can take x rays to be certain 
bones are aligned properly for healing to take place. X 
rays also can be taken during the healing process to 
ascertain alignment has not changed and healing is 
occurring apace. 


Orthopedic surgery 


Bones that are crushed and have little chance of 
healing can be helped by transplanting bits of bone 
from other locations in the body to fill areas from 
which bone splinters were removed. The operating 
room in which an orthopedic procedure is to take 
place resembles a woodworking shop. The physician 
needs drills, screwdrivers, screws, staples, nails, chis- 
els, and other tools to work the bone and connect 
pieces with each other. 


Deformities of virtually any bone can be cor- 
rected. Even facial bones that are malformed can be 
reshaped or replaced to provide a normal face or to 
correct defects in the oral cavity. Bone transplants 
from one individual to another are commonplace. 
The patient who loses a limb from a disease such as 
cancer can have a normal-appearing prosthesis fitted 
and can be taught how to use it and attain a near- 
normal lifestyle. 


The orthopedist is skilled in the following areas: 
diagnosis of the injury or disorder; treatment with med- 
ications, exercise, surgery or other treatment plans; 
rehabilitation by recommending exercises or physical 
therapy to restore movement, strength and function; 
and prevention with information and treatment plans 
to prevent injury or slow the progression of diseases. 


The orthopedic surgeon is a medical doctor with 
extensive training in the proper diagnosis and treatment 
of injuries and diseases of the musculoskeletal system. 
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The orthopedist has completed up to 14 years of formal 
education: four years of study in a college or university, 
four years of study in medical school, five years of study 
in orthopedic residency at a major medical center, and 
one optional year of specialized education. 


Orthopedists often specialize in areas such as 
sports medicine, pediatric deformities, facial surgery, 
hand surgery, and so forth. Each specialty requires 
training and education specific for that specialty. 


New advances 


Orthopedic patients have benefited from techno- 
logical advances such as joint replacement and the 
arthroscope, which allows the orthopedist to look 
inside a joint. The visit will start with a personal inter- 
view and physical examination. This may be followed 
by diagnostic tests such as blood tests, x rays, or other 
tests. The treatment may involve medical counseling, 
medications, casts, splints, and therapies such as exer- 
cise, diet changes or surgery. For most orthopedic 
diseases and injuries there is more than one form of 
treatment. The orthopedist will discuss the treatment 
options with the patient and help select the best treat- 
ment plan that will enable the patient to live an active 
and functional life. 


Many orthopedic surgical procedures no longer 
require an open incision to fully expose the joint. Now 
flexible arthroscopes can be inserted into a joint, such 
as the knee, and can be manipulated through the joint 
to locate and identify the nature of the injury. 
Arthroscopy can be used to look into many joints of 
the body. In fact orthopedic surgeons often speak of 
‘scoping the joint’, meaning looking into the joint. 
These include knees, shoulders, ankles, wrists, elbows, 
etc. Surgeons even use arthroscopes to look in and 
operate on the small joints of your jaw. 


In arthroscopic surgery, the surgeon inserts the 
arthroscope (about the size of a pencil) into the joint 
through a small cut about 0.25 in (0.64 cm) in length. 
The arthroscope carries fiber-optic lights, is attached 
to a video camera, and the image is seen on a television 
screen, which the patient can also watch if he or she 
desires. Through two or three other similar 0.25 in 
(0.64 cm) incisions the surgeon passes other instru- 
ments into the joint with which he/she will manipulate 
and repair structures in the joint capable of repair in 
this fashion. The procedure is usually performed in an 
operating room to maintain maximum sterility but it is 
an outpatient procedure, meaning the patient goes 
home the same day, usually one hour after surgery. 
Anaesthesia is needed and can be either general anaes- 
thesia, epidural anaesthesia or local anaesthesia. The 
first two are the preferred methods and with epidural 
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anaesthesia the patient can watch the procedure on the 
television screen if desired. Physical therapy often is 
required after surgery to restore flexibility and 
strength to the joint and prevent muscle mass loss. 


Diseases of the bone 


Orthopedists are trained in treating several degen- 
erative diseases such as arthritis, osteoporosis, carpal 
tunnel syndrome, and so on. The treatment options 
may vary from making diet changes, medications, 
steroid injections, and incorporating exercise in the 
daily routine to surgical procedures and hormone 
replacement therapy. 


Arthritis is the condition where the surface of the 
joint (cartilage) is damaged or worn out causing a 
painful bone on bone condition. The most common 
causes are osteoarthritis and rheumatoid arthritis, but 
there are many less common conditions. The end 
result is the same in all of them: damage to the smooth 
surface of the joint producing rough surfaces that are 
painful when walked on or rubbed against each other. 
Joint replacement is probably the greatest advance in 
the treatment of arthritis in the past 20 years. In the 
right patient, joint replacement can give a new lease on 
life to people who would otherwise be crippled or 
confined to wheelchairs. 


Total hip replacement is an operation where the 
surgeon removes the rough surfaces of bone at the 
joint and replaces them with new smooth surfaces of 
the implant used. The modern hip replacement 
implant is complex and made of several components 
that the surgeon carefully fits together during surgery. 
Some of the components are made of metal and others 
of a special hard medical plastic. 


In modern hip replacement there are really two 
major choices. One choice is cementing the implant to 
the bone. Old studies have shown that cemented 
implants usually last on average 10 to 15 years before 
they loosen and become painful. Modern third gener- 
ation improved cementing techniques may lengthen 
this period even more. Another choice is fixing the 
implant to the bone by making the bone grow into a 
specially prepared surface of the metal implant, so- 
called bone-ingrowth or porous coated implants. 
Bone ingrowth implants were developed because of 
the need to have implants last longer for young 
patients (40 to 50 years old) who had a long time to 
use the implants. Early studies were promising, but 
later studies have shown the newer third generation 
cementing techniques cause cemented implants to 
last longer than the bone-ingrowth implants. This is 
the case for the implants on the femur (thigh) side of 
the joint. Also, bone-ingrowth implants need time for 
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the bone to grow into the implant and therefore can 
be somewhat painful for a year or more until that 
occurs. The cemented implants however, are solid as 
soon as the operation is completed, and therefore 
are less painful in the early stages. On the socket side 
of the hip joint, there does not seem to be an appreci- 
able difference between the two. Most members of 
the American Academy of Orthopedic Surgeons 
feel that a hybrid hip replacement (cemented femur, 
bone-ingrowth socket) presents the best option today. 


Osteoporosis occurs when bone mass is less than 
one would expect for the average person of a specific 
age. Osteoporosis can have many causes. The reduc- 
tion of the female hormone estrogen after menopause 
is the most common. Persons who have increased 
thyroid hormone (hyperthyroid) can become osteo- 
porotic. Patients receiving steroids for long periods 
of time, either as medication or because of adrenal 
disease (Cushing’s disease) are also at risk. 


Since calcium is an essential ingredient of bone, it 
is necessary to have adequate calcium intake either in 
the diet or in supplements. Without vitamin D, cal- 
cium cannot be taken up into the bone and therefore 
adequate vitamin D intake is also required. 


Exercise is important in maintaining bone mass 
and preventing osteoporosis, especially in women 
after menopause. Intake of both 1,500 mg of calcium 
and at least 800 IU of vitamin D daily also helps main- 
tain bone mass. Hormone replacement with estrogen- 
progestin was the standard for osteoporosis prevention 
and treatment prior to publication of a major study 
called the Women’s Health Initiative (WHI) in 2002. 
Although the WHI showed that fractures caused by 
osteoporosis in post-menopausal women can be 
reduced by taking estrogen or a combination of estro- 
gen and progestin, other effects of hormone therapy 
outweighed the risks, including an increased risk of 
heart attack, stroke, blood clots in the legs, and breast 
cancer. A study now underway could determine if these 
risks are reduced while retaining the bone-protecting 
benefits using low-dose hormones. Other drugs avail- 
able to treat osteoporosis include selective estrogen 
receptor modulators, bisphosphonates, and other syn- 
thetic or natural hormones. 


See also Skeletal system. 


l Oryx 


The oryx (Oryx gazella) is a species of antelope in 
the family Bovidae. Oryx are native to a rather wide 
range, extending from the Middle East through much 


3132 


of Africa. There are eight recognized subspecies of oryx, 
which vary greatly in body and horn shape, and in 
habitat requirements. In some taxonomic treatments, 
some of these subspecies are treated as distinct species. 


Mature oryx weigh 221-463 Ib (100-210 kg), have 
a body length of 5-8 ft (1.6-2.4 m), and a tail length 
of 19-35 in (45-90 cm). Both male and female oryx 
have long horns, which depending on the subspecies, 
vary in shape from spear- to bow-shaped. Their legs 
are rather long and slender, the neck rather short, the 
eyes small, and the ears short and pointed. The round 
tail ends in a black tassel of longer hairs. The basic 
body color varies from grays and browns to cream in 
the case of the Arabian oryx. In addition, there are 
striking dark-brown or black markings on the body. 


Oryx are loosely social animals, occurring in 
herds of several to as many as 60 animals. During 
the breeding season, male oryx fight over access to 
females. Oryx bear a single young, after a gestation 
period of about nine months. They browse on shrubs 
and graze on grasses and forbs. Although they drink 
when water is available, oryx are capable of going 
long periods without having access to drinking 
water, for as long as several months in the case of 
the desert subspecies of oryx. Like some other mam- 
mals of dry habitats, oryx are efficient at preventing 
water loss from their lungs and other moist surfaces, 
and they have very concentrated urine. These adapta- 
tions allow the water produced by normal metabolism 
to satisfy most of their requirement for water. 


The Arabian oryx (Oryx gazella leucoryx) of the 
Arabian Peninsula and the scimitar-horned oryx 
(O. g. dammah) of the Sahara are both desert animals. 
Unfortunately, these subspecies have been over- 
hunted to endangerment. During the 1950s and 
1960s the Arabian oryx was close to extinction, but it 
has since been bred in captivity and protected more 
rigorously in its native habitat. The wild populations 
of Arabian oryx have been supplemented by releases 
of captive-reared animals, and although still rare and 
endangered, this subspecies has become more abun- 
dant in parts of its range. The scimitar-horned oryx is 
considered extinct in the wild, but more than 3,000 
individuals survive in zoos and ranches. 


Most subspecies of oryx utilize semi-desert, steppe, 
and savanna habitats, as is the case of the South African 
oryx or gemsbok (Oryx gazella gazella), and the East 
African oryx or beisa oryx (O. g. beisa). Although 
populations of both of these oryx have been greatly 
depleted by overhunting and loss of habitat, they are 
still fairly abundant in some parts of their range. 


See also Antelopes and gazelles. 


Bill Freedman 
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A herd of scimitar-horned oryx. (Yav Levy. Phototake.) 


In an oscillating chemical reaction, the concentra- 
tions of the reactants and products change with time in 
a periodic or quasi-periodic manner (i.e., they do not 
move directly or evenly toward their final concentra- 
tions). Chemical oscillators exhibit chaotic behavior, 
in which concentrations of products and the course of 
a reaction depend on the initial conditions of the reac- 
tion. Oscillating reactions are thought to play key 
roles in such diverse processes as biological morpho- 
genesis and geologic stratigraphy. 


Scientists have a long-standing fascination with 
the complexities of oscillating systems. In the seven- 
teenth century, the English-Irish chemist Robert 
Boyle, reported the periodic “flaring up” of phospho- 
rus in contact with the air. The classic modern example 
of an oscillating reaction is the Belousov-Zhabotinsky 
oscillating reaction that yields a red solution that turns 
blue at varying intervals of time. In a stirred vessel, the 
Belousov-Zhabotinsky reaction mixture will change 
color from red to blue dozens or hundreds of times 


before equilibrium is established. If the mixture is 
poured into a shallow vessel, the oscillation will be 
triggered at randomly spaced points and give rise to 
outgoing waves of alternating red and blue color. 


Another example of an oscillating reaction is pro- 
vided by the Bray reaction, the first identified homo- 
geneous isothermal chemical oscillator, which is a 
complex reaction of iodate, iodine, and hydrogen per- 
oxide. As hydrogen peroxide decomposes to oxygen 
and water, the resulting rate of the evolution of oxygen 
and I, vary periodically. 


A distinguishing feature of oscillating reactions is 
the phenomena of autocatalysis. In autocatalytic reac- 
tions, the increasing rate of reaction increases with the 
concentration of the reactants. Autocatalytic reac- 
tions eventually achieve a steady state (where the net 
production of products is zero) that can be determined 
by setting all the time derivatives equal to zero and 
solving the resulting algebraic equations for the con- 
centrations of reactants and products. In oscillating 
reactions, small changes may result in a dramatic 
departure from the steady state. 


Oscillations 


Many skeptics of oscillating reactions dismiss 
these classic examples as aberrations due to contami- 
nation. Concerns that oscillating reactions could not 
exist because of apparent violations of thermody- 
namic laws have recently been refuted by careful stud- 
ies that establish that oscillating reactions are in 
accord with thermodynamic laws. Oscillating chemi- 
cal reactions are unlike the oscillations of a pendulum. 
Oscillating chemical reactions do not have to pass 
through an equilibrium point during each oscillating 
cycle. Although this seems counter-intuitive (outside 
of experience with the natural world) it is in perfect 
accord with quantum theory. 


Because a closed system must eventually reach equi- 
librium, closed systems can sustain oscillating chemical 
reactions for only a limited time. Sustained oscillating 
reactions require an open system with a constant influx 
of reactants, energy and removal of products. 


Oscillating reactions, a common feature of biolog- 
ical systems, are best understood within the context of 
nonlinear chemical dynamics and chaos theory based 
models that are used to predict the overall behavior of 
complex systems. A chaotic system is unpredictable, 
but not random. A key feature is that such systems 
are so sensitive to their initial conditions that future 
behavior is inherently unpredictable beyond some rel- 
atively short period of time. Accordingly, one of the 
goals of scientists studying oscillating reactions is to 
determine mathematical patterns or repeatable features 
that establish relationships to observable phenomena 
related to the oscillating reaction. 


Oscillating systems can interact with interesting 
results. Much like waves can cancel one another out, 
two oscillating systems can interact to produce a 
steady state of oscillation. On the other hand, the 
joining of two systems already at steady state can 
cause rhythmogenesis in which the two systems will 
depart from the steady state. 


The exact mechanisms (a series intermediate reac- 
tions or steps) of oscillating reactions are elusive and 
difficult to obtain for all but the simplest reactions. The 
chemical equations and mechanisms commonplace to 
stoichiometric chemistry describe only the overall reac- 
tions, they do not specify the molecular transforma- 
tions that take place between colliding molecules. 
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K. Lee Lerner 


| Oscillations 


An oscillation is a particular kind of motion in 
which an object repeats the same movement over and 
over; that is, the motion is periodic. Oscillations occur 
in physical systems, but also occur in chemical systems, 
biological systems, and many other systems within 
society in general. It is easy to see that a child on a 
swing and the pendulum on a grandfather clock both 
oscillate when they move back and forth along an arc. 
A small weight hanging from a rubber band or a spring 
can also oscillate if pulled slightly to start its motion, 
but this repeated motion is now linear (along a straight 
line). Ona larger scale, one can notice oscillations when 
bungee jumpers fall to the end of their cords, are pulled 
back up, fall again, etc. Actually, oscillations are all 
around, even in the pages of this book. 


A famous incident that occurred because of oscil- 
lations was the Tacoma Narrows Bridge (Washington 
State), which collapsed in 1940 after being plummeted 
with winds that induced oscillations within the struc- 
ture. A new suspension bridge was redesigned to let 
the wind blow through the structure, thus, eliminating 
any dangerous oscillations. The new bridge was reop- 
ened in 1950. The first bridge, with its devastating 
oscillations, was nicknamed Galloping Gertie, while 
the second bridge was called Sturdy Gertie, which, at 
the time of being built, was the third largest suspension 
bridge in the world. 


Anything, no matter how large or small, can oscil- 
late if there is some point where the object is in stable 
equilibrium. Stable equilibrium means that an object 
always wants to return to that position. Suppose one 
places a marble at the exact center inside a very 
smooth bowl. If the marble is tapped slightly to 
move it a small distance, it rolls back towards the 
center, overshoots, rolls back, overshoots, etc. The 
marble is oscillating as it continues to return to the 
center of the bowl, its point of stable equilibrium. If 
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one thinks of the marble and the bowl as a unit, one 
can see that the unit stays together even though the 
marble is oscillating (unless one taps the marble so 
hard that it flies out of the bowl). This is the reason 
for using the term stable. 


On the other hand, what if one turns the bowl over 
and tries the same experiment by placing the marble 
on top at the center. One might succeed in balancing 
the marble for a short time, but eventually one will 
touch the table or a breeze will move the marble a 
small amount and it will fall. When this happens, the 
unit of marble and bowl comes apart and no oscilla- 
tion can happen. In this case, the center of the bowl 
would be a point of unstable equilibrium, since one 
can balance the marble there, but the marble cannot 
return to that point when disturbed to keep the unit 
from disintegrating. 


For the motion of a child on a swing, the bottom 
of the arc (when the swing hangs straight down) is the 
point of stable equilibrium. The point of stable equili- 
brium for a weight on the rubber band is the location 
at which the weight would hang if it was very slowly 
lowered. In either case, an oscillation occurs when the 
object (child or weight) is moved away from stable 
equilibrium. If one pulls the swing back some distance 
the child will move toward the bottom of the arc. At 
the instant the swing is at the point of stable equili- 
brium, the child is moving the fastest since as the swing 
proceeds up the arc on the other side, it slows down. 
The higher the swing was when the motion was 
started, the faster the child moves at the bottom. The 
swing overshoots stable equilibrium and the child rises 
to the same distance on this side of the bottom as on 
the starting side. For a brief instant the swing will stop 
before the swing begins to retrace its path, traveling in 
the other direction. 


This simple example demonstrates several proper- 
ties shared by all oscillations: 1) The point of stable 
equilibrium is the center of the oscillating motion since 
the object moves the same distance on either side. That 
distance is called the amplitude of the oscillation. 2) At 
either end of the motion, the object stops briefly (slow- 
est location) while the fastest location is when the 
object is just passing through the point of stable equi- 
librium. 3) The energy that an object has when it is 
oscillating is related to the amplitude. The larger the 
amplitude, the larger the energy. 


Oscillations also have two very specific properties 
regarding time. Every oscillation takes a certain 
amount of time before the motion begins to repeat 
itself. Since the motion repeats, one really only needs 
to worry about what happens in one cycle, or 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Cycle—One repetition of an oscillation as an 
object travels from any point (in a certain direction) 
back to the same point and begins to move again in 
the original direction. 


Equilibrium—tThe condition when all the influen- 
ces (forces) trying to move an object are balanced, 
at least for an instant. 


Frequency—The number of cycles of an oscillating 
motion which occur per second. For example, if the 
period for one cycle is 0.5 second, then the fre- 
quency is (1 cycle)/(0.5 second) = 2 cycles per 
second = 2 Hertz. 


Period—The amount of time it takes for one cycle 
of an oscillating motion. 


repetition of the oscillation. If one picks any point in 
the motion and follows the object until it has returned 
to that same point ready to repeat, then the oscillation 
has completed one cycle. The amount of time that it 
took to complete one cycle is called the period, and 
every cycle will take the same amount of time. Suppose 
for the child on a swing one picks the point at the 
bottom of the arc. When the swing moves through 
that position, one starts a timer. The child will swing 
up, stop, swing back down through the bottom (but 
traveling in the other direction), swing up, stop, and 
swing back through one’s point. Now the child has 
returned to the starting point and the motion is about 
to repeat, so the timer is stopped. The curious thing is 
that even when the amplitude is changed, the period 
stays the same. This is because even though the child 
moves faster when pulled higher to start the motion, 
the swing also has farther to travel to complete a cycle. 


The other time property is called the frequency, 
which tells how often the motion repeats. This really 
gives the same information as the period since if it 
takes 0.5 second for 1 cycle, then the frequency will 
be (1 cycle)/(0.5 second) = 2 cycles per second. Often a 
unit called the Hertz (Hz) is used to represent a cycle 
per second. The cycles per second should sound famil- 
iar because the magnitude, or amplitude, of the elec- 
trical current in most households oscillates at 60 cycles 
per second. The time properties of an oscillation are 
very important since they control how best to add 
energy to the motion. 


The child on a swing, weight on a spring, and 
bungee jumper on an elastic cord are all types of oscil- 
lations that can be seen with human eyes. However, if 
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Oscilloscope 


one kicks a rock (disturbs it) and it does not disinte- 
grate, then the atoms within the rock must be in stable 
equilibrium. The atoms within the rock are therefore 
capable of oscillating. Small oscillations are actually 
occurring all the time in every seemingly solid sub- 
stance, including the rock and this page. One cannot 
see this motion, but it is felt. The larger the amplitude 
of those small oscillations of the atoms, the hotter the 
object, and that is something one can detect directly. 


James J. Carroll 


l Oscilloscope 


An oscilloscope is an electronic instrument that 
provides a graphical display of electrical signals. It is 
used frequently in the medical industry, along with 
much of industry, in general, and scientific laborato- 
ries. An oscilloscope presents a considerable amount 
of information about the operation of a circuit almost 
instantly (within several billionths of one second), and 
the visual nature of the display provides insights that 
tables of numbers do not offer. 


Oscilloscopes are extremely useful for monitoring 
and diagnosing electrical circuits or devices. Though it 
can plot an electrical signal versus another signal, the 
most common oscilloscope display mode shows the 
behavior of an electrical signal as a function of time. 
The signal amplitude, or voltage, is displayed on the 
vertical axis of the screen, while the horizontal axis 
represents the time sweep. Electrical phenomena often 
happen faster than can been seen with the human eye. 
At the same time, they are generally oscillatory, or 
cyclical, and can be displayed as a motionless trace on 
a fast graphing device such as an_ oscilloscope. 
Oscilloscopes are often specially adapted with convert- 
ers so that sound waves, mechanical vibrations, and 
other types of oscillatory motion can be measured. 


Unlike other types of electrical meters, oscillo- 
scopes show changes in voltage and circuit behavior 
instantly, and when power to a circuit is removed, the 
oscilloscope display response is immediate. Thus, an 
engineer or electrician diagnosing a system can 
observe such rapid, and potentially damaging, phe- 
nomena as transients, or voltage surges. This is a sig- 
nificant benefit of the oscilloscope. 


Oscilloscopes use a cathode ray tube (CRT), or an 
electron gun, to display data. The filament of the tube 
produces electrons. They are then focused into a tight 
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beam. Two pairs of electrostatic deflection plates, ver- 
tically oriented and horizontally oriented, control the 
beam and direct it toward the phosphor coated screen. 
When the electron beam impacts a section of the 
phosphor screen, it causes the material to glow, thus 
emitting light and conveying information. If the verti- 
cal pair of deflection plates are connected to an ampli- 
fied voltage and the horizontal pair are connected to a 
clock, the beam deflection will map the voltage as a 
function of time. The electron beam is swept across the 
screen, creating the circuit trace. 


The oscilloscope can be adjusted for maximum 
usefulness of display. In the time-sweep mode, the 
instrument can be adjusted to show multiple cycles 
on the screen, or just one. The vertical scale can be 
adjusted to match the amplitude of the signal being 
studied. A scope can be set up to trigger or begin to 
display a signal under certain conditions, for example, 
a rising signal or a falling signal. It can also be con- 
nected to two circuits at once, displaying both traces. 
Some oscilloscopes have memory, and can continue 
to display a given signal for a given time. Sampling 
oscilloscopes are useful for very high frequency 
applications. 


See also Electric circuit. 


Osmium see Element, chemical 


| Osmosis 


Osmosis is the movement of solvent, such as 
water, through a barrier from a less concentrated sol- 
ution into a more concentrated solution. It occurs 
when two solutions are separated by a semipermeable 
membrane which allows only the solvent to pass 
through. Osmosis plays a major role in the chemistry 
of living things and also has applications in medicine 
and technology. 


Although osmosis moves solvent in one direction, 
its cause is the random motions of molecules in all 
directions. The driving force is the difference in con- 
centration of solute on either side of the membrane. 
Suppose that two solutions, one more concentrated 
and the other more dilute, are separated by a semi- 
permeable membrane. 


On the dilute side, almost all of the molecules 
hitting the membrane at any moment are solvent, 
and can pass through. But on the concentrated side, 
more of the “hits” are from solute particles, which 
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A = Solute (ie. sugar) 
@ = Solvent (ie. water) 


Semipermeable 
membrane 


Figure 1. Random collisions with semipermeable membrane. (Hans & Cassidy. Courtesy of Gale Group.) 


cannot pass through. Therefore, at any moment, 
more molecules enter the concentrated side than 
leave it. As a result, the volume of the concentrated 
side grows. But change in volume also changes the 
concentration. As the trapped solute particles spread 
over a larger volume, they become more dilute. The 
other side, which shrinks, becomes more concentrated. 
The process continues until both sides reach equal 
concentration. 


Osmotic pressure 


As osmosis proceeds, pressure builds up on the 
side of the membrane where volume has increased. 
Ultimately, the pressure prevents more water from 
entering, so osmosis stops. The osmotic pressure of a 
solution is the pressure needed to prevent osmosis into 
the solution. It is measured in comparison with pure 
solvent. The osmotic pressure is directly related to the 
different heights of the liquid on either side of the 
membrane when no more change in volume occurs. 
Osmotic pressure depends on the temperature and the 
original concentration of solute. Interestingly, it does 
not depend on what is dissolved. Two solutions of 
different solutes, for example alcohol and sugar, will 
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each have the same osmotic pressure, provided they 
have the same concentration. Osmotic pressure is 
therefore a colligative property of solutions, one 
which depends only on the concentration of dissolved 
particles, not on their chemical identity. 


Osmosis in living organisms 


Living cells may be thought of as microscopically 
small bags of solutions contained within semiperme- 
able membranes. For the cell to survive, the concen- 
tration of solutes within the cell must stay within a safe 
range. 


A cell placed in a solution more concentrated than 
itself (a hypertonic solution) will shrink due to loss of 
water, and may die of dehydration. A familiar exam- 
ple is a carrot placed in salty water. Within a few hours 
the carrot will become limp and soft because its cells 
have shrivelled. A cell placed in a solution more dilute 
than itself (a hypotonic solution) will expand as water 
enters it. Under such conditions the cell may burst. 


Organisms have various methods for keeping their 
cell solute concentrations within safe levels. Some live 
only in surroundings that are isotonic (have the same 
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Osmosis 


Figure 2. Osmosis equalizes concentration. (Hans & Cassidy. Courtesy of Gale Group.) 


solute concentration as their own cells). For example, 
jellyfish which live in salt water have much higher cell 
solute concentrations than do fresh water creatures. 
Other animals continually replace lost water and sol- 
utes by drinking and eating, and remove the excess 
water and solutes through excretion of urine. Plant 
cells are protected from bursting by the rigid cell wall 
which surrounds the cell membrane. As water enters, 
the cell expands until it pushes up tight against its cell 
wall. The cell wall pushes back with an equal pressure, 
so no more water can enter. 


Osmosis contributes to the movement of water 
through plants. Solute concentrations increase going 
from soil to root cells to leaf cells, and the resulting 
differences of osmotic pressure help to draw water 
upward. Osmosis also controls the evaporation of 
water from leaves by regulating the size of the open- 
ings (stomata) in the leaves’ surfaces. 


Applications of osmosis 


For thousands of years, perishable foods such as 
fish, olives, and vegetables have been preserved in salt 
or brine. The high salt concentration is hypertonic to 
bacteria cells, and kills them by dehydration before 
they can cause the food to spoil. Preserving fruit in 
sugar (jams, jellies) works on the same principle. 


Victims of kidney disease rely upon artificial kid- 
ney machines to remove waste products from their 
blood. Such machines use a process called dialysis, 
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which is similar to osmosis. The difference is that the 
dialyzing membrane permits not just water, but also 
salts and other small molecules dissolved in the blood 
to pass through. These move out into a surrounding 
tank of distilled water. The red blood cells are too 
large to pass through the dialyzing membrane, so 
they return to the patient’s body. 


Oceans hold about 97% of Earth’s water supply, 
but their high salt content makes them unsafe for 
drinking or agriculture. Salt can be removed by plac- 
ing the seawater in contact with a semipermeable 
membrane, then subjecting it to pressures greater 
than 60 atmospheres. Under these conditions, reverse 
osmosis occurs, pushing the water molecules out of the 
seawater into a reservoir of pure water. Reverse osmo- 
sis can purify even highly polluted water. 
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| Osmosis (cellular) 


Osmosis is the movement of water across a mem- 
brane which is selectively permeable. In osmosis, water 
moves across a membrane from a region with low 
solute concentration to a region with high solute con- 
centration. Thus, osmosis tends to equalize the solute 
concentrations on opposite sides of a membrane. 


In living cells, water moves by osmosis across 
membranes between cells or between membrane- 
enclosed compartments within an individual cell. All 
biological membranes are considered selectively per- 
meable since they are highly permeable to water but 
much less permeable to other substances, such as ions, 
proteins, and other solutes dissolved in the cell. 
Osmosis is a passive process, in that it requires no 
input of energy. 


Osmotic pressure is the pressure exerted by dis- 
solved solutes in a solution of water. The stronger the 
concentration of the dissolved solutes, the greater the 
movement of water up the concentration gradient, and 
the greater the osmotic pressure. The significance of 
osmosis in biology is illustrated by two examples below. 


Osmosis in red blood cells 


Mammalian red blood cells have a biconcave 
(doughnut-like) shape. If red blood cells are placed in 
a 0.3 M NaCl solution, which is the typical concen- 
tration of NaCl in a cell, there is little net osmotic 
movement of water, the size and shape of the cells 
stay the same. This is because the NaCl concentration 
on both sides of the membrane is the same; this is 
described as being isotonic. If red blood cells are 
placed in a solution with a lower NaCl concentration 
than is found in the cells (the solution is hypotonic), 
water moves into the cells by osmosis to try to dilute 
the NaCl level inside the cell. The cell will swell and 
can burst. Conversely, if the red blood cells are placed 
in a solution with a higher solute concentration (a 
hypertonic solution), water moves out of the cell by 
osmosis to try to dilute the NaCl outside the cell. The 
cell becomes smaller and prune-like in shape. 


These observations have several important practi- 
cal implications. First, hospitals must store red blood 
cells in a plasma solution which has the correct propor- 
tions of salts and proteins. The plasma solution is made 
to be slightly hypertonic to the red cells so that the 
integrity of the cells is preserved and hemolysis is pre- 
vented. Second, when doctors inject a drug intrave- 
nously into a patient, the drug is suspended in a saline 
solution which is slightly hypertonic to red blood cells. 
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Intravenous injection of a drug in pure water will cause 
some of the patient’s red blood cells to hemolyze 
because water is hypotonic to the red blood cells. 


Osmosis in plant cells 


Plant cells are surrounded by rigid cellulose walls, 
(unlike animal cells), but plant cells still take in water 
by osmosis when placed in pure water. However, plant 
cells do not burst because their cellulose cell walls limit 
how much water can move in. The cell walls exert 
pressure, called turgor pressure, as the cells take up 
water. Turgor pressure is analogous to the air pressure 
of an inflated tire. 


The significance of osmosis to plant function is 
best appreciated by describing its role in the regulation 
of guard cells. Guard cells are specialized cells scat- 
tered across the surface of plant leaves. Each pair of 
guard cells surround a special pore, termed a stoma 
(plural stomata), and control its opening. Guard cells 
have a special arrangement of microfibrils in their 
walls, so that when the guard cells swell the stomata 
open. When the stomata of a plant leaf are open, this 
increases photosynthetic gas exchange and movement 
of water out of the plant by transpiration. 


In many plants, certain environmental stimuli, 
such as sunlight, stimulate the guard cells to take up 
potassium from surrounding cells. This causes their 
osmotic potential (2) to decrease and water moves in 
by osmosis. Thus, the guard cells swell, the stomata 
open, and the rate of gas exchange through the sto- 
mata increases. This increases the rate of photosyn- 
thesis and plant growth. 


Other environmental cues, such as water shortage, 
cause plants to transmit chemical signals to the guard 
cells, causing them to release potassium, which 
increases their osmotic potential, and to lose water 
by osmosis. This causes the guard cells to shrink, so 
closing the stomata, and decreasing the rate of water 
transpiration through the stomata. This reduces water 
loss and prevents wilting of the plant. 


Plants rely upon other environmental signals to 
regulate the osmotic movement of water into their 
guard cells and the opening of the stomata, so that 
the advantage of increased photosynthesis is balanced 
against the disadvantage of increased water loss. 
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Ossification 


KEY TERMS 


Hypertonic—Having a higher osmotic pressure than 
another fluid. 


Hypotonic—A solution with a lower osmotic pres- 
sure than another fluid. 


Isotonic—Having equal osmotic pressure. 


Osmotic potential—Measure of the tendency of 
water to move into a region due to the presence of 
solutes. 


Pressure potential—Measure of the physical pres- 
sure exerted by cell walls upon a cell. 


Water potential—Measure of the overall tendency 
of water to move into a region. 


Nelson, David L. and Michael M. Cox. Lehninger Principles 
of Biochemistry, Fourth Edition. New York: 
W.H. Freeman, 2004. 

Voet, Donald and Judith G. Voet. Biochemistry. New York: 
John Wiley & Sons, 2006. 
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Osmotic pressure see Osmosis 


| Ossification 


Ossification is the process of the synthesis of bone 
from cartilage. There are two types of ossification— 
intramembranous and endochondral ossification. 
Bone may be synthesized by intramembranous ossifi- 
cation, endochondral ossification, or a combination of 
the two. 


Intramembranous ossification is the transforma- 
tion of the mesenchyme, cells of an embryo into bone. 
During early development of vertebrate animals, the 
embryo consists of three primary cell layers: ectoderm 
on the outside, mesoderm in the middle, and endo- 
derm on the inside. Mesenchyme cells constitute part 
of the embryo’s mesoderm and develop into connec- 
tive tissue such as bone and blood. The bones of the 
skull derive directly from mesenchyme cells by intra- 
membranous ossification. 


Endochondral ossification is the gradual replace- 
ment of cartilage by bone during development. This 
process is responsible for formation of most of the 
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skeleton of vertebrate animals. In this process, actively 
dividing bone-forming cells (osteoblasts) arise in 
regions of cartilage called ossification centers. The 
osteoblasts then develop into osteocytes, which are 
mature bone cells embedded in the calcified (hard- 
ened) part of the bone known as the matrix. 


Most bones arise from a combination of intra- 
membranous and endochondral ossification. In this 
process, mesenchyme cells develop into chondroblasts 
and increase in number by cell division. Then, the 
chrondroblasts enlarge and excrete a matrix which 
hardens due to presence of inorganic minerals. Then, 
chambers form within the matrix and osteoblasts and 
blood-forming cells enter these chambers. The osteo- 
blasts then secrete minerals to form the bone matrix. 


Mature hardened bone is living tissue consisting 
of an organic component and a mineral component. 
The organic part mainly consists of proteins such as 
collagen fibers, an extracellular matrix, and fibro- 
blasts, which have the living cells that produce the 
collagen and matrix. The mineral part of bone, which 
is made of hydroxyapatite and calcium carbonate, 
gives bones their strength and rigidity. During the 
life of an individual, osteoblasts continually secrete 
minerals while osteoclasts continually reabsorb the 
minerals. Bedridden hospital patients and astronauts 
often show loss of bone because reabsorption by 
osteoclasts exceeds synthesis by osteoblasts. Bones 
become more brittle as a person ages because the 
mineral part of the bones decreases. 


See also Osteoporosis; Skeletal system. 


Peter A. Ensimger 


I Osteoporosis 


Osteoporosis is a condition in which bone mass, 
and therefore bone strength, is decreased. This con- 
dition results in a greatly increased risk of fracture. 
Primary osteoporosis is osteoporosis which occurs due 
to normal, predictable changes within the body during 
the aging process. Secondary osteoporosis occurs as 
a result of some other specific disease process which 
produces osteoporosis as one of its symptoms. 
According to the National Osteoporosis Foundation, 
as of the mid-2000s, just over 44 million people in the 
United States are afflicted with osteoporosis, or about 
55% of people that are age 50 years or older. Of that 
number, about 10 million already have the disease, 
while a little over 34 million have early signs of 
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osteoporosis, such as low bone mass, which places 
them at risk for getting the disease. 


The basics of bone formation 


To understand osteoporosis, it is helpful to under- 
stand the basics of bone formation. Bone is formed on 
a protein base (collagen) by the deposition of minerals, 
particularly calcium. This laying down of bone is car- 
ried out by specialized cells called osteoblasts. The 
formation of new bone occurs most effectively along 
lines of stress/weight that are experienced by the bone. 


Other cells, osteoclasts, are responsible for resorb- 
ing (taking up) bone. These cells actually digest 
already-formed bone. 


This active resorption-formation cycle within bone 
occurs throughout life, so that old bone is always being 
replaced by new bone. When the resorption phase is 
accelerated, or the formation phase is slowed, less cal- 
cified bone exists. This is the state which results in the 
weakened bone structure present in osteoporosis. 


Why osteoporosis occurs 


A decrease in the rate of bone mineralization is a 
predictable effect of aging. For example, in infancy, the 
turnover rate of calcium in bone is 100%; by adult- 
hood, this turnover rate falls to only 18% per year. 


Women are five times more likely than men to 
develop the disease. Women are particularly prone to 
osteoporosis because of several factors. They have 
smaller, thinner bones than men to begin with, and 
they lose bone mass more rapidly after menopause 
(usually around age 50 years), when they stop produc- 
ing a bone-protecting hormone called estrogen. It is 
believed that the bone formation phase is encouraged 
in some way by the presence of estrogen. In women, 
estrogen production drops off drastically following 
menopause (the cessation of the menstrual period). 
This change in the chemical environment within the 
bodies of older women apparently results in a decrease 
in the bone formation phase. With bone resorption 
continuing at its normal pace, but without the normal 
pace of bone replacement occurring, bone mass 
decreases. In the five to seven years following meno- 
pause, women can lose about 20% of their bone mass. 
By age 65 or 70 years, though, men and women lose 
bone mass at the same rate. 


Because the pattern of bone formation occurs in 
response to weight/stresses borne by the bone, disuse 
osteoporosis occurs in individuals who are on bed rest 
for prolonged periods of time, as well as in individuals 
experiencing the relative weightlessness of space flight. 
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Other causes of osteoporosis include many dis- 
eases that alter the hormonal/chemical environment 
of the body, including thyroid disease, disease of the 
parathyroid (a gland responsible for calcium levels 
within the body), gastrointestinal diseases (which can 
alter the ability of the body to absorb calcium in the 
diet), diseases that decrease the amount of estrogen 
produced, and certain liver diseases. 


Alcohol and some drugs can also affect calcium 
levels in the body, thus producing osteoporosis. Some 
of these drugs include thyroid medications, steroid 
preparations, anti-seizure medications, and certain 
chemotherapy (anti-cancer) agents. 


Congenital diseases (diseases present at birth) of 
connective tissue (a group of tissues of the body tht 
includes bone) can cause abnormalities of bone struc- 
ture, and therefore osteoporosis. Such diseases include 
osteogenesis imperfecta (brittle bone disease) and 
Marfan syndrome. 


Symptoms of osteoporosis 


Symptoms of osteoporosis occur primarily due to 
the results of bone fractures. The most common loca- 
tions for such fractures are those bones that should 
normally have the highest turnover rate of resorption- 
formation. The wrist is one such location, and a char- 
acteristic fracture of the wrist due to osteoporosis is 
known as a Colle’s fracture. 


The vertebrae normally also have a high bone 
turnover rate, and osteoporosis frequently manifests 
itself by compression fractures of the vertebrae. These 
fractures can occur after seemingly normal activity, 
including sneezing or bending/twisting to pick up a 
relatively light object. This problem can be asympto- 
matic for the patient, or can result in back pain. Either 
way, the patient’s vertebrae are compressed down on 
themselves, and the patient actually loses height. The 
hunchback appearance of many elderly women (some- 
times referred to as dowager’s or widow’s hump) is due 
to this effect of osteoporosis on the vertebrae. 


The hip (specifically the bone called the femur) is 
another extremely common location for an osteopor- 
otic fracture. In fact, while it was initially thought that 
an individual falling resulted in a broken femur, it now 
believed that some femur fractures occur somewhat 
spontaneously, and the already broken hip then causes 
the individual to fall. 


Diagnosis 


Ideally, diagnosis of osteoporosis should be made 
prior to the occurrence of symptom-causing fractures. 
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Osteoporosis 


Various radiologic techniques are available to meas- 
ure the density (solidity) of bone, and include x ray and 
CT (computed tomography) examinations of the 
spine, femur, and wrist bones. 


In the case of osteoporosis that is not due to 
normal aging, but is secondary to another disease 
process, other laboratory examination may be neces- 
sary. Calcium blood level, thyroid, liver, and parathy- 
roid function may need to be evaluated. Other diseases 
that cause secondary osteoporosis (such as gastroin- 
testinal disease) are usually evident due to other 
symptomatology. 


Treatment 


Treatment of secondary osteoporosis varies 
depending on the actual disease process that has pro- 
duced the osteoporosis, and may include adjustments 
to thyroid medication, dietary supplementation with 
calcium or vitamin D (which is involved in the ability 
of the intestine to absorb calcium in the diet), or other 
treatment of the primary disease. 


Treatment of primary osteoporosis in the elderly 
involves adequate intake of calcium and vitamin D, 
as well as regular exercise. Recommendations for 
calcium supplementation suggest taking 1,500 mg 
per day alone, or 1,000 mg per day in conjunction 
with estrogen replacement therapy. Exercise is helpful 
both to strengthen muscle and to increase weight- 
bearing activity (remember that bone formation 
occurs most effectively along lines of stress and 
weight-bearing). 


A current area of interest in the study of osteopo- 
rosis prevention is the role of estrogen replacement 
therapy. Bone loss can be decreased in elderly women 
by estrogen replacement therapy, ideally beginning 
during the first years of menopause. Such estrogen 
replacement therapy, however, has been called into 
question for a number of reasons. Estrogen given 
alone, for example, has been shown to increase the 
rate of endometrial cancer. For this reason, most hor- 
mone replacement regiments couple estrogen with pro- 
gesterone, which reduces the risk of endometrial 
cancer. Unfortunately, some studies have also pointed 
to estrogen (with or without progesterone) as poten- 
tially causing an increased risk of breast cancer devel- 
opment. Several important studies are underway to 
investigate this association. 


In the past, the majority of treatment for osteo- 
porosis occurred in the form of treatment of the 
fractures resulting from the disease. Now, however, 
some exciting new therapies exist. Calcitonin is nor- 
mally produced by the thyroid gland, and works to 
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KEY TERMS 


Estrogen—A hormone present in both males and 
females. It is present in much larger quantities in 
females, however, and is responsible for many of 
those physical characteristics which appear during 
female sexual maturation. 


Fracture—A break in a bone. 


Menopause—The time in a woman’s life when the 
chemical environment of her body changes, result- 
ing in decreased estrogen production (among other 
things) and the cessation of her menstrual period. 


Osteoblasts—Those cells that are responsible for 
the building of new bone. 


Osteoclasts—Those cells that are responsible for 
the taking up/digestion of old bone. 


lower blood calcium levels and prevent bone resporp- 
tion. A calcitonin product is available for treatment 
of osteoporosis. It is given either as a nose spray, or as 
an injection. Its effects simulate those of naturally 
produced calcitonin, resulting in slower progression 
of bone loss. Alendronate is a biophosphonate which 
is taken orally, and which slows bone breakdown. 
Raloxifene is a type of Selective Estrogen Receptor 
Modulator. This class of drugs have estrogen-like 
effects on the body, including on the bone and 
heart. They are believed, however, to have less pro- 
nounced effects on uterine lining (endometrial cancer 
development) and breast tissue (breast cancer 
development). 


Treatment of actual symptoms of osteoporosis 
include pain medications and heat for vertebral com- 
pressions, simple casts for uncomplicated fractures, or 
hip replacement surgery for more complicated hip 
fractures. 


The importance of osteoporosis in terms of the 
misery it causes and its economic impact is under- 
scored by these statistics. About one-third of all 
women over the age of 70 years experience hip frac- 
ture. Of those elderly people who fracture a hip, about 
15% die of complications secondary to that hip frac- 
ture. A large percentage of those who survive are 
unable to return to their previous level of activity, 
and many times a hip fracture precipitates a move 
from self-care to a supervised living situation or nurs- 
ing home. The yearly cost of osteoporotic injury in the 
United States is greater than $10 billion. 


See also Skeletal system. 
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Ostrich see Flightless birds 


| Otter shrews 


Otter shrews are small otter-like aquatic mammals 
in the family Tenrecidae, with silvery fur. The three 
species of otter shrews belong to the order Insectivora, 
and all live in central and West Africa near the 
equator. 


The Potamogalinae subfamily includes two gen- 
era—Micropotamogale and Potamogale. These genera 
contain three distinctive species of otter shrew—the 
giant otter shrew (Potamogale velox), the Nimba otter 
shrew (Micropotamogale lamottei), and the Ruwenzori 
otter shrew (M. ruwenzorii). 


Giant otter shrew, one of the largest insectivores, 
is the most common type of otter shrew. These otter 
shrews have a head and body length of 11.4-13.8 in 
(29-35 cm) and a tail measuring 9.7-13.8 in (24.5-29 cm). 
They have small eyes and ears and flattened muzzles 
with white whiskers. Flaps covering their nostrils act 
as valves when the animal is submerged, but their feet 
are not webbed. 


Giant otter shrews are insectivores, and have sev- 
eral adaptations for an aquatic life. For example, their 
elongated bodies and powerful compressed tails 
resemble those of common otters. These adaptations 
make otter shrews skilled and rapid swimmers. 
Further, because of their preference for living near 
water, they commonly feed on freshwatercrabs, fish, 
and amphibians. Although giant otter shrews are 
somewhat clumsy on land, they can move rapidly. 
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Giant otter shrews are found in the rainforest zone 
of central Africa including Zaire, Angola, Cameroon, 
and Gabon, at altitudes up to 1,800 ft (549 m). They 
inhabit wetlands from muddy bogs to clear mountain 
streams. These otter shrews dig tunnels in stream 
banks which they enter from below the water level. 
In the daytime, otter shrews take shelter in their bur- 
rows, and in the late afternoon, they come out to feed 
and play. 

The two species of dwarf African otter shrew in 
the genus Micropotamogale are about half as large as 
the giant otter shrew. The Nimba otter shrew, which 
lives in West Africa, has a head and body length of 
about 6 in (15 cm) and a tail measuring around 4.3 in 
(11 cm). Its feet are not webbed. Ruwenzori otter 
shrews have slightly larger bodies than Nimba otter 
shrews and their tails are longer and more powerful. 
Their feet also are not webbed. These otter shrews live 
in the Ruwenzori Mountains in the Democratic 
Republic of Congo and Uganda. 


The Nimba otter shrew is the rarest species. They 
are found in Guinea, Liberia, and the Ivory Coast. 
These small otter shrews prefer to live near shallow 
water, such as in swampy areas with a lot of under- 
growth or small pools of water. Like the giant otter 
shrew, dwarf otter shrews eat fish, freshwater crabs 
and insects, and they are most active at night. 


The Nimba otter shrew is considered endangered 
by IUCN-The World Conservation Union. Some por- 
tions of its habitat have already been devastated by 
mining activities and other areas are threatened. 


| Otters 


Otters are small to medium-sized mammals with a 
long body, flattened head, broad muzzle, and long stiff 
whiskers. Their tail is strong, long, flattened, and 
somewhat tapered. Otters have short legs and webbed 
toes; they are well adapted to a semi-aquatic existence 
and are skilled swimmers. The outer fur of otters is 
short, very dense, and highly water resistant. They also 
have a layer of soft underfur that traps an insulating 
layer of air and helps them stay warm when in the 
water. Otters are carnivores and have teeth adapted 
either to eating fish or to crushing the shells of crusta- 
ceans, depending on the diet of the species. The ears of 
otters are small and can close when swimming (with 
the help of special muscles), while their hearing is 
good. Their eyes are small but their sight is good due 
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A mated pair of sea otters, male (left) and female (right). (Tom McHugh. Photo Researchers, Inc.) 


to special lenses that help them see clearly underwater. 
Male otters are about 28% larger than females. 


Otters are members of the weasel family, Mustelidae. 
There are five subfamilies within this family: weasels, 
minks, and polecats (Mustelinae); skunks (Mephitinae); 
badgers (Melinae); honey badgers (Mellivorinae); and 
otters (Lutrinae). The Lutrinae subfamily includes six 
genera: sea otters, river otters, clawless otters, giant 
otters, and two genera of small-clawed otters. There 
are 18 species, with about 63 subspecies (depending on 
the taxonomic treatment). 


Otters can be separated into two groups on the 
basis of their diet. The first group, which includes river 
otters and giant otters, specializes in eating fish. These 
species have sharp teeth that are useful in catching and 
gripping their slippery prey. The second group, which 
includes the small clawed otters and sea otters, special- 
izes in eating invertebrates such as shellfish. These 
otters have blunted teeth useful in breaking shells. 
However, otters are highly adaptive, and neither 
group solely eats just one type of prey. 
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Otters are extremely playful. Anyone who visits a 
zoo can see otters sliding down embankments and 
flipping about in the water. Otters typically twist and 
turn as they swim, sometimes on their back and some- 
times on their side. Having seemingly unlimited 
energy, otters often slide down muddy banks over 
and over again with no apparent motive other than 
sheer enjoyment. 


There is some disagreement about how much time 
otters spend in play in the wild. Some think that play in 
the wild is limited to teaching the young the fighting and 
hunting skills they will need to survive, and that sliding 
activity is simply a way for otters to move quickly. 
Others think otters play extensively in the wild for 
pure enjoyment as well as for more practical reasons. 


The sea otter (Enhydra lutris) measures up to 4 ft 
(1.3 m) long with a 12 in (30.5 cm) tail. Sea otters are 
common on rocky coastlines and islands on both sides 
of the North Pacific Ocean, from Japan north to the 
Aleutian Islands and south to the coast of California. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Sea otters spend almost all of their lives at sea and 
are the only mustelids able to do so. While they are in 
the water, they usually lie on their back, grooming 
themselves, feeding their young, resting, or eating. 
Sea otters come to land only to breed or when the 
weather is bad, for while they are skilled swimmers, 
they are slow and clumsy on land. When sea otters 
swim, they use their tail and hind feet, tucking their 
front feet under their chest. Their webbed hind feet, 
resembling those of sea lions, are much bigger than the 
hind feet of other otters. The tail is shorter than that of 
other otters, as are the fingers, which have small, 
rectractile claws. 


The thick reddish to black fur, which is soft and 
silky in texture, serves to insulate sea otters from the 
cool water. Sea otters do not have an excess layer of fat 
for insulation, like many other aquatic mammals. 
They rely on a layer of air in their fur to protect them 
from the cold, and they keep their fur aerated by 
rubbing it with their feet to squeeze the water out. 
They contort themselves and wriggle around until 
the fur on even the most hard-to-reach parts of their 
body is aerated. Also, sea otters tend to blow on their 
coats to increase the amount of trapped air. 


Sea otters feed on clams, mussels, and other crus- 
taceans. To break open these hard shells, they use 
rocks, which they bring up from the sea bed, as tools. 
As a Sea otter lies on its back, it places the stone on its 
chest and beats the prey against it, thereby cracking the 
shell and exposing the meat inside. At twilight, sea 
otters move into kelp beds to sleep, tangling themselves 
in the vegetation so that they do not drift out to sea. 


Sea otters breed every two years. The female gives 
birth to one pup after a gestation period of eight to 
nine months. The newborn pup is well developed, 
having all of its teeth and open eyes. The mother 
carries and nurses her offspring on her stomach while 
swimming on her back. 


Sea otters were once relentlessly hunted for their 
dense, lustrous pelage, and were taken to the brink of 
extinction. In fact, it was considered extinct until the 
1930s, when remnant populations were discovered in 
the Aleutian Islands and off the coast of northern 
California. These animals were protected, and the sea 
otter has since increased greatly in abundance and has 
repopulated much of its original range. Their total 
population now exceeds 100,000 animals. 


River otters 


There are 11 species of river otter, including the 
Eurasian river otter (Lutra lutra), the North American 
river otter (Lutra canadensis), the southern river otter 
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(Lutra provocax), and the smooth otter (Lutra perspi- 
cillata). Often confused with European mink, the river 
otter is heavier, with a broader face and a tail that is 
stout at the base, becoming flatter and more tapered 
toward the end. River otters are most prevalent in 
Eurasia and North America, although a few species 
are found in Central and South America, as well as in 
limited areas of Africa and Southeast Asia. 


River otters usually live near rivers, although 
some species live near flooded areas, lakes, brackish 
water, and on coastal islands. When the food supply 
runs low, river otters will move away from their native 
waters to hunt. They prefer to move via water but will 
travel on land if they must. These otters usually hunt at 
night, staying underwater for up to eight minutes at a 
time. Normally, the adults hunt alone, but mothers 
will hunt with their young for a significant period of 
time after they are born. Traveling long distances 
during a single night’s hunt, they conceal themselves 
in the day in reeds and other vegetation before hunting 
again the next night. In a few days, these otters return 
to their home waters. During the winter, river otters 
slip through cracks in ice to hunt, sometimes surfacing 
through the hole to breathe. River otters eat fish, 
muskrats, and aquatic birds. 


The female river otters give birth to their young in 
burrows between April and June. Born with their eyes 
closed, the young nurse for about four months, open- 
ing their eyes about one month after birth. They grow 
to adult size in two years. 


Grooming is very important to river otters. 
However, unlike many other mammals, river otters 
do not nibble their coats looking for insects. Instead, 
like sea otters, they tend to groom themselves with the 
goal of drying out their fur to keep it waterproof. They 
do this by rolling and squirming on dry land or rubbing 
against trees. 


Clawless otters 


There are three species of clawless otter in the 
genus Aonyx—two are found in Africa and one in 
Asia. Otters in this genus differ from river otters and 
the giant otter in having much smaller claws and in 
having webbing on their feet that is either absent or 
does not extend to the ends of their toes. The Asian 
small-clawed otter (Aonyx cinereus) is the world’s 
smallest otter, measuring just 26-36 in (65-90 cm) 
and weighing about 11 Ib (5 kg). This species lives in 
small streams, rice paddies, and coastal mangrove 
swamps from the Philippines through Indonesia, 
Southeast Asia, and southern China westward to 
southern India. It is a social animal, and lives in 
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groups of up to 15 individuals. Its diet consists pri- 
marily of fish, mollusks, and crabs. 


Two other species of clawless otter are found in 
Africa. These are the Cape clawless otter (Aonyx 
capensis) and the Congo clawless otter (A. congica). 
The Cape clawless otter of sub-Saharan Africa lives in 
swamps, rivers, streams, estuaries, and lakes. This 
species has no webbing on its forefeet, enabling it to 
use its fingers freely to probe mud and gravel for prey. 
Its diet includes crabs, mollusks, frogs, and fish. The 
head and body of the Cape clawless otter measures 
28-36 in (72-91 cm) and its tail is 16-28 in (40-71 cm) 
long. The male is larger than the female. 


The Congo clawless otter, found in west and cen- 
tral equatorial Africa, is not as well known as the 
closely related Cape clawless otter. It is similar in size 
and color, but is distinguished by silver tips on the fur 
of the head and neck, and by dark patches of fur 
between the eyes and nostrils. Of all the otters, this 
species is least adapted to an aquatic environment. It 
prefers swampy habitats such as marshes and lake 
margins, where it preys upon frogs, crabs, earthworms, 
and fish. The Congo clawless otter has shorter, thinner 
(less insulating) fur than other otters. Its forefeet are 
unwebbed, hairless, and clawless—all adaptations for 
searching for its food in mud, gravel, or other debris. 


Giant otter 


The giant otter (Pteronura brasiliensis) of Brazil is 
the largest otter species. It measures up to 7 ft (2.1 m) 
long, including its tail, and can weigh more than 50 Ib 
(23 kg). Like other otters, it has webbed hind feet and a 
large flat tail suited for swimming. Giant otters hunt in 
groups of 20 or more during the morning and at twi- 
light. Having a diet similar to the river otter, giant otters 
consume their prey by holding it in their forepaws and 
consuming it head first. These otters live in dens dug in 
riverbanks, and have one or two offspring each year. 


Human and otters 


Otters have been hunted by humans for centuries 
for their soft, thick fur and because they have been 
viewed as competitors for fish. Trade in otter fur was 
once very active, but the hunting of otters for their fur 
has declined in recent years, due both to the decline in 
otter populations (especially species of river otter) and 
the passage of laws protecting otters. The best otter 
pelts are reportedly from the North American river 
otter, specifically from otters living in Labrador. 


Otters, being fairly intelligent animals, have occa- 
sionally been trained. Otters catch and retrieve fish in 
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Sweden and China, and in India, tame, muzzled otters 
have been used to drive fish into nets. 
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tl Outcrop 


An outcrop consists of bedrock exposed at Earth’s 
surface. Geologists often seek out outcrops to learn 
about the geology of an area, and geology students 
visit outcrops as illustrations of the principles of geology. 


Mountainous regions, where any loosened Earth 
material is quickly removed by erosion or mass wast- 
ing, contain some of the best outcrops because a 
greater proportion of bedrock is exposed. Rocks 
crop out especially well across steep slopes, above the 
tree line (elevation above which trees cannot grow), 
and on land scraped free of soil by glaciers. Sediment 
collects and plants grow in flatter areas, obscuring 
rocks and making outcrops rare in lowlands except 
where they have been incised by streams. In some 
areas soil and sediment may completely cover all the 
underlying rock, such as in the southeastern United 
States. However, in the desert southwest, the opposite 
is often the case. 


l Ovarian cycle and hormonal 


regulation 


The ovarian cycle is a series of events in the ova- 
ries that occur during and after the maturation of the 
oocyte (egg or ovum). During their reproductive years, 
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non-pregnant females usually experience a cyclical 
sequence of changes in their ovaries and uterus. Each 
cycle takes about one month (but may normally range 
from 21 to 35 days) and involves both oogenesis, the 
process of formation and development of oocyte, and 
preparation of the uterus to receive a fertilized ovum. 
Hormones (biochemical messengers that regulate 
physiological events) secreted by the hypothalamus, 
anterior pituitary gland, and ovaries control the prin- 
cipal events. The uterine (menstrual) cycle is a concur- 
rent series of changes in the endometrium of the uterus 
to prepare it for the arrival of a fertilized ovum that 
will develop in the uterus until birth. If fertilization 
does not occur, the lining (stratum functionalis) of the 
endometrium is shed during menstruation. The gen- 
eral term female reproductive cycle encompasses the 
ovarian and uterine cycles, the hormonal changes that 
regulate them, and also the related cyclical changes in 
the breasts and cervix. 


The ovarian and uterine cycles are controlled by 
chemical messengers or hormones. Gonadotropin 
releasing hormone (GnRH) is secreted by the hypothal- 
amus and stimulates the release of follicle-stimulating 
hormone (FSH) and luteinizing hormone (LH) from 
the anterior pituitary gland. FSH, in turn, initiates 
follicular growth and the secretion of estrogens by 
the growth follicles. LH stimulates the further devel- 
opment of ovarian follicles and their full secretion of 
estrogens, brings about ovulation, promotes forma- 
tion of the corpus luteum and stimulates the produc- 
tion of estrogens, progesterone, relaxin and inhibin by 
the corpus luteum. 


Estrogens are hormones having several important 
functions. They promote the development and main- 
tenance of female reproductive structures, secondary 
sex characteristics and the breasts. The secondary sex 
characteristics include the distribution of adipose tis- 
sue in the breasts, abdomen, and hips; also voice pitch, 
a broad pelvis and the pattern of hair growth on the 
head and body. Estrogens increase protein anabolism 
and lower bloodcholesterol level. Moderate amount of 
estrogens in the body inhibit both the release of GnRH 
by the hypothalamus and secretion of LH and FSH by 
the anterior pituitary gland. At least six different 
estrogens are present in the plasma of human females 
but only three are present in significant quantities: 
B-estradiol, estrone, and estriol. In nonpregnant 
females, the principle estrogen is B-estradiol, which is 
synthesized from cholesterol in the ovaries. 


Progesterone is secreted mainly by cells of the 
corpus luteum and acts synergistically with estrogens 
to prepare the endometrium for the implantation of a 
fertilized ovum and the mammary glands for milk 
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secretion. High levels of progesterone also inhibit the 
secretion of GnRh and LH. A small quantity of the 
hormone relaxin produced by the corpus luteum dur- 
ing each monthly cycle, relaxes the uterus by inhibiting 
contractions. This is probably to facilitate the implan- 
tation of an ovum which is perhaps more likely to 
occur in a relaxed uterus. During pregnancy, the pla- 
centa produces much more relaxin and continues to 
relax the uterine smooth muscle. At the end of preg- 
nancy, relaxin also increases the flexibility of the pubic 
symphysis and may help dilate the uterine cervix, both 
of which ease delivery of the baby. Inhibin is secreted 
by granulosa cells of growing follicles and by the 
corpus luteum of the ovary. It inhibits secretion of 
FSH and to a lesser extent, LH. 


The duration of the reproductive cycle is divided 
into four phases: the menstrual phase, the preovula- 
tory phase, ovulation, and the postovulatory phase. 
The menstrual phase lasts for about five days and by 
convention the first day of menstruation marks the 
first day of a new cycle. The endometrium is shed 
and the discharge occurs because the declining levels 
of hormones, especially progesterone, stimulating the 
release of prostaglandins that cause the uterine spiral 
arterioles to constrict. As a result, the cells they supply 
become oxygen deprived and die and the stratum 
functionalis sloughs off. During this phase, some 20 
secondary follicles in each ovary begin to enlarge and 
continue to do so through the preovulatory phase, the 
time between menstruation and ovulation, under the 
influence of FSH. By about day six, one follicle has 
outgrown the others and becomes the dominant fol- 
licle. Estrogens and inhibin secreted by the follicle 
decrease the secretion of FSH and the other follicles 
stop growing. The mature dominant follicle, or 
Graafian follicle, continues to enlarge until it is ready 
for ovulation. It continues to produce estrogen under 
the influence of LH. At day 14, the follicle ruptures 
and releases an oocyte into the pelvic cavity. This 
process is known as ovulation. After ovulation the 
mature follicle collapses. 


The postovulatory phase of the female reproduc- 
tive cycle is the most constant in duration, lasting 
approximately from day 15 to 28 and represents the 
time between ovulation and the onset of the next 
menses. In the ovary, after ovulation, the LH stimu- 
lates the remnants of the mature follicle to develop 
into the corpus luteum, which secretes increasing 
quantities of progesterone and some estrogens. This 
is called the luteal phase of the ovarian cycle. 
Subsequent events in the ovary that ovulated an 
oocyte depend on whether or not the oocyte becomes 
fertilized. If the oocyte is not fertilized, the corpus 
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KEY TERMS 


Corpus luteum—The site on the ovary from where 
the ovum was released; the corpus luteum then 
releases hormones to prepare the endometrium 
for implantation of the fertilized ovum. 


Endometrium—The blood-rich interior lining of 
the uterus, where implantation of the fertilized 
ovum occurs. 


Follicle-stimulating hormone (FSH)—A hormone 
released by the pituitary gland that stimulates 
ovum production and maturation. 


Luteinizing hormone (LH)—A hormone released 
by the pituitary gland that stimulates ovum release 
from the ovary and corpus luteum production. 


Oocyte—The female reproductive cell (egg, or ovum). 


Ovary—Both ovaries in the female body create 
and store the ovum, and release hormones respon- 
sible for the development of secondary sexual 
characteristics. 


luteum has a lifespan of only two weeks, after which it 
degenerates into a corpus albicans. As the levels of 
progesterone, estrogens, and inhibin decrease during 
this phase, GnRH, FSH, and LH release increases 
because of the lack of feedback suppression by the 
ovarian hormones. Then, follicular growth resumes 
and a new ovarian cycle begins. 


If, however, the oocyte is fertilized and begins to 
divide, the corpus luteum persists past its normal two- 
week lifespan. It is prevented from degenerating by the 
human chorionic gonadotropin (HCG), a hormone 
produced by the chorion of the embryo as early as 
eight to 12 days after fertilization. HCG acts like LH 
in stimulating the secretory activity of the corpus 
luteum and the presence of hCG in maternal blood 
or urine is an indicator of pregnancy. 


See also Gamete; Gametogenesis; Reproductive 
system; Sexual reproduction. 
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Ovary (plant) see Flower 


| Ovenbirds 


Ovenbirds are more than 200 species of birds that 
compose the rather large family Furnariidae, occur- 
ring from southern Mexico through Central America 
and all of South America. Ovenbirds occur in a wide 
variety of habitats, ranging from mature tropical for- 
ests to semi-desert, and from coastal lowlands to 
alpine tundra. In other words, the ovenbird family is 
very rich in species, and these birds successfully exploit 
almost all of the habitable ecosystems within their 
major range. 


Many species of ovenbirds build a characteristic, 
dome-shaped nest of clay, which resembles an old- 
style, wood-fired, baking oven. This nest is the basis 
of the common name of this group of birds. 
Depending on the species, the nest can be located on 
a horizontal branch of a tree, on a post, or on the 
ground. The nest is constructed of mud, with plant 
fibers mixed in for greater strength. These materials 
are carried in the bill. The dome is about 12 in (30 cm) 
in diameter, can weigh about 9 lb (4 kg), and is kilnlike 
in shape, with a deep, narrow entrance. There is an 
inner, walled-off, nesting chamber, lined with grasses. 
Although old nests physically last for several years, 
ovenbirds construct a new structure for each brood. 


Some species of ovenbirds nest in an underground 
burrow or in a tree cavity. The rufous-fronted thorn- 
bird (Phacellodomus rufifrons) builds bulky, commu- 
nal nests out of thorny twigs in trees, with each pair 
having a separate entrance and nesting cavity. 


Ovenbirds are small, plainly colored, olive green 
or brown birds, with a lighter, often streaked belly. 
Most species have a light-colored throat and a white 
line over the eye. A few species have very long tail 
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feathers, as much as several times the length of the 
body. The sexes do not differ in size or coloration. 


Ovenbirds are insectivorous, eating a wide diver- 
sity of invertebrates. Depending on the species, these 
may be gleaned from the ground, rocks, woody debris, 
foliage, or other microhabitats. Some coastal species 
of Cinclodes even forage in the intertidal zone at low 
tide, a unique strategy among the passerine, or perch- 
ing birds. 


Five eggs are typically laid, and are incubated 
by both parents, which also share the raising of the 
young birds. 


One of the most widespread and familiar species is 
the red ovenbird or baker (Furnarius rufus). The nest of 
this species is commonly built on the top of a post. The 
pair sings duets, while sitting on the top of their oven. 


A species of ground-inhabiting wood warbler 
(family Parulidae) of North America builds a dome- 
topped nest, and is also commonly known as an 
ovenbird (Seiurus aurocapillus). However, this species 
is not related to the true ovenbirds, of the family 
Furnariidae. 


Bill Freedman 


I Oviparous 


Oviparous is a zoological term that refers to ani- 
mals that lay eggs that hatch externally. 


Oviparous animals may fertilize their eggs either 
externally or internally. External fertilization involves 
the passage of the sperm to the ova through an ambi- 
ent medium, usually water. For example, many marine 
invertebrates shed immense numbers of gametes to the 
water more or less simultaneously, with ova and sperm 
meeting somewhat by chance. Frogs achieve external 
fertilization of their eggs during amplexus, when the 
male deposits sperm over the eggs as they are laid by 
the female. 


In cases of internal fertilization, male animals pass 
their sperm into the female. For example, male sala- 
manders deposit a sperm packet, or spermatophore, 
onto the bottom of their breeding pond and then induce 
an egg-bearing (or gravid) female to walk over it. The 
female picks up the spermatophore with the somewhat 
prehensile lips of her cloaca, and retains it inside of her 
body where the eggs become fertilized. These fertilized 
eggs are later laid and develop externally. 
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Many species of fish, most species of lizards and 
snakes, all species of crocodilians and birds, and even 
certain primitive mammals such as the platypus and 
echidnas have internal fertilization but then lay their 
eggs, which develop externally. 


In contrast to oviparity, ovoviviparity involves 
retaining of the fertilized eggs in the body of the female 
until they hatch, so that live young are born. 


See also Ovoviviparous; Viviparity. 


[ Ovoviviparous 


Ovoviviparous is a zoological term that refers to 
animals that produce eggs but retain them inside the 
female body until hatching occurs, so that “live” off- 
spring are born. The egg-hatching strategy of ovovivi- 
parity occurs in a rather wide diversity of animals, 
including certain insects, fish, lizards, and snakes. 
However, ovoviviparity is much less common than 
the external development of fertilized eggs (that is, 
oviparity). 

Ovoviviparous insects do not provide oxygen or 
nourishment to their developing eggs; they merely 
provide a safe brooding chamber for development. 
However, species of ovoviviparous fish, lizards, and 
snakes appear to provide some nutrition and oxygen 
to their developing progeny within the oviduct 
(although most nutrition is provided by the yolk of 
the eggs). Moreover, in these species the eggshell is 
greatly reduced in thickness and is essentially reduced 
to a membrane. Because some nutrition is provided to 
the developing egg and larva and the eggshell is essen- 
tially absent, the cases of ovoviviparity in fish, lizards, 
and snakes are considered by some zoologists to rep- 
resent true live birth, or viviparity. 


There are many cases of ovoviviparity, but only a 
few vertebrate cases will be used here to illustrate the 
syndrome. The guppy (Lebistes reticulatus) is a small, 
freshwater fish that is native to the West Indies and 
northern South America, and is commonly kept as a 
pet in aquaria. The guppy is internally fertilized, and 
the eggs are retained in the oviduct of the female where 
they hatch and develop, so that live young are born. 


Similarly, the garter snake (Thamnophis sirtalis) 
is a common and widespread species in North 
America. This species achieves internal fertilization 
by copulation, incubates the eggs within the oviduct 
of the female, and gives birth to live young in the late 
summer. At birth, the young snakes are enclosed in an 
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amniotic sac from which they quickly escape and then 
slither away to lead an independent life. 


An extremely unusual case that may represent a 
border-line case of ovoviviparity involves a very rare 
(and possibly extinct) species of Australian frog. The 
gastric-brooding frog (Rheobatrachus silus) is thought 
to fertilize its eggs externally (fertilization has never 
been observed by scientists), but the female then swal- 
lows the eggs and retains them in her stomach. There 
the eggs hatch and develop over about a 37-day 
period, to be “born” as small froglets through the 
female’s mouth, almost identical in morphology to 
the adult, except for size. In this case, the fertilized 
eggs develop, hatch, pass through their larval stage 
(that is, the tadpole stage), and metamorphose into a 
froglet, which is “born” through the mouth. While she 
is brooding eggs, the female does not eat, and she 
suppresses the production of stomach acids and diges- 
tive enzymes so as to not digest her progeny. The 
extraordinary case of the gastric-brooding frog may 
represent the only known case of an externally fertil- 
ized, ovoviviparous species (unless the definition of 
ovoviviparity is restricted to cases in which the eggs 
are brooded within the reproductive tract of the 
female). 


See also Oviparous. 


Bill Freedman 


| Owls 


Owls comprise two closely related families in the 
avian order Strigiformes: the barn owls (Tytonidae) 
and the typical owls (Strigidae). Owls are relatively 
large birds, with a big head and short neck, a hooked 
beak, talons adapted to seizing prey, and soft, dense 
plumage adapted for swift yet almost silent flight. 
Owls have large eyes located on the front of their 
face but almost fixed in their socket, so that the entire 
head must be rotated or bobbed for the gaze to be 
shifted and for distance to be visually gauged. 


Owls have excellent hearing and extremely large 
ears, although these are covered by feathers and not 
readily seen. The ears are placed asymmetrically on the 
head to aid in detecting the location of distant, weakly 
noisy prey. The sense of hearing is probably also aided 
by the facial disk of many owls, which helps to focus 
sound waves onto the ears. The sense of hearing of 
owls is so acute that the nocturnally hunting species 
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Northern spotted owl. (John & Karen Hollingsworth. U.S. 
Fish & Wildlife Service.) 


can accurately strike their prey in total darkness, fol- 
lowing the squeaks and rustling noises created by a 
small mammal. 


The sex of an owl is not easy to distinguish, 
although typically females are larger than males. 
Owls begin to incubate their eggs as they are laid, 
which means that hatching is sequential and differ- 
ent-sized young are in the nest at the same time. 
During years in which prey is relatively abundant, all 
of the young will have enough to eat and may survive. 
In leaner years, however, only the largest young will be 
fed adequately. 


Most owls are nocturnal predators, feeding on 
small mammals and birds, but sometimes also on 
small reptiles, frogs, larger insects, and earthworms. 
A few specialized owls feed on fish. Owls are known 
to change their food preference, depending on local 
or seasonal availability of prey. Most owls do not 
digest the fur, feathers, or bones of their prey. They 
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regurgitate these items as pellets, which can be col- 
lected at roosts and examined to learn about the feed- 
ing habits of the owl. 


Barn owls 


The barn owls are a distinctive-looking group, 
with a characteristic facial disk of stiff, white feathers, 
dark eyes, long legs, and other features that distin- 
guish them from typical owls. All barn owls are noc- 
turnal predators, mostly of small mammals. There are 
16 species of barn owls (genus Tyto) and one species of 
closely related grass owl (genus Phodilus). 


The most familiar species is the barn owl (Tyto 
alba). The barn owl is one of the most widely distributed 
species of bird, occurring on all continents but 
Antarctica, and with about 30 races described, many of 
which are endemic to particular oceanic islands. The 
barn owl is the only representative of this family in the 
Americas, occurring uncommonly through most of 
the United States and in much of Central and South 
America. The barn owl roosts in cavities in trees and in 
barns and abandoned buildings, and it hunts at dusk and 
at night over marshes, prairies, fields, and farmyards. 


Typical owls 


There are about 180 species of typical owls. Most 
species are brownish colored with dark streaks and 
other patterns, which helps these birds blend into the 
environment when roosting in a tree or flying in dim 
light. Most typical owls have distinct facial disks. 
Many species have feathered “ear” tufts, which are 
important for determining another owl’s silhouette 
and are used in species recognition. Also important 
for recognition are the distinctive hoots and other calls 
of these birds. Most typical owls have a brilliant yel- 
low iris, and they have excellent vision in dim light. 
These birds also have extraordinary hearing, which is 
important for detecting and capturing their prey. 


Typical owls occur worldwide, in almost all hab- 
itats where their usual prey of small mammals, birds, 
lizards, snakes, and larger insects and other inverte- 
brates can be found. Most species occur in forest, but 
others breed in desert, tundra, prairie, or savanna 
habitat. These birds are solitary nesters, and because 
they are high-level predators they maintain relatively 
large territories, generally hundreds of hectares in 
area. Territories are established mostly using species- 
specific vocalizations, although more direct conflicts 
may sometimes occur. Northern species of owls are 
migratory, moving south as deepening snow makes it 
difficult for them to find and catch small mammals. 
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Larger owls tend to eat bigger prey than do 
smaller owls. The eagle owl (Bubo bubo) of northern 
Eurasia has a body up to 26 in (67 cm) long and weighs 
as much as 9 lb (4 kg) or more. It is a formidable 
predator that feeds on animals as large as ducks, 
hares, other birds of prey, foxes, and even small deer. 
In contrast, the tiny, 5 in (13 cm) elf owl (Micrathene 
whitneyi) of the southwestern United States and west- 
ern Mexico mostly eats insects and arachnids, includ- 
ing scorpions. Some species of owls are rather 
specialized feeders. The fish-owls of Africa and Asia, 
such as the tawny fish-owl (Ketupa flavipes) of south 
China and Southeast Asia, mostly catch fish at or very 
near the water surface. 


There are 17 species of typical owls breeding in 
North America. The largest species is the great horned 
owl (Bubo virginianus), with a body length of about 20 
in (50 cm). This is a widespread and relatively common 
species that occurs almost everywhere but the north- 
ern tundra, feeding on prey as large as hare, skunks, 
and porcupines. The smallest species of owl in North 
America is the previously mentioned elf owl. 


The screech owl (Otus asio) is a relatively familiar 
species in woodlands of temperate regions. This 8 in 
(20 cm) long species occurs in several color phases 
(gray, red, and brown), and it nests in cavities and 
sometimes in nest boxes. 


The snowy owl (Nyctea scandiaca) breeds in the 
tundra of North America and Eurasia. However, this 
species wanders much farther to the south during 
winter, when the small mammals it eats are difficult 
to obtain in the Arctic. The snowy owl is a whitish- 
colored bird that nests on the ground, feeds during the 
day, and is relatively tame, often allowing people to 
approach rather closely. 


The burrowing owl (Speotyto cunicularia) is a spe- 
cies that inhabits grasslands and prairies in southwest- 
ern North America, southern Florida, and parts of 
Central and South America. This species hunts during 
the day, often hovering distinctively while foraging. 
In the prairies, these owls typically roost and nest 
in the burrows of black-tailed prairie dogs (Cynomys 
ludovicianus). 


The spotted owl (Strix occidentalis) is a rare spe- 
cies of coastal, usually old-growth forests of south- 
western North America and parts of Mexico. The 
northern subspecies (S. 0. caurina) is listed as “threat- 
ened” under the U.S. Endangered Species Act. 
Because the habitat of the spotted owl is being dimin- 
ished by logging of the old-growth forests of 
Washington, Oregon, and California, plans have 
been developed for the longer-term protection of this 
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bird. These plans require the protection of large tracts 
of old-growth, conifer-dominated forest to ensure that 
sufficient areas of suitable habitat are available to 
support a viable population of these owls. 


Importance of owls 


Owls that feed in agricultural areas provide bene- 
fits to humans by killing large numbers of small 
rodents which might otherwise eat crops in the field 
or in storage. Owls are also widely sought out by bird 
watchers, who highly value sightings of these elusive 
and mysterious predators. Bird watchers and other 
naturalists spend a great deal of money for transpor- 
tation and birding paraphernalia to engage in their 
pursuit of owls and other species. 


Owls are rarely viewed as pests. In rare instances, 
they may kill some gamebirds, such as grouse or 
pheasant, and some gamekeepers have killed owls 
and other birds of prey for this reason. However, 
owls are not true pests, and enlightened game manag- 
ers no longer persecute these birds. 


Owls are, however, threatened by other activities 
of humans. They are exposed to toxic chemicals in 
forestry and agriculture, and this has taken a toll on 
some species of owls. Burrowing owls, for example, 
have been poisoned by exposure to the insecticide 
carbofuran, which is used to control epidemic popu- 
lations of grasshoppers in prairie agriculture. 


More important, however, have been the effects of 
habitat loss on owls. Urban, industrial, and agricul- 
tural developments all degrade the habitat of most 
species of owls and other native species, causing large 
reductions in their populations and even their disap- 
pearance from many areas. In North America, this 
type of effect is best illustrated by the case of the 
spotted owl, which is threatened by logging of its 
habitat of old-growth conifer forest. In that particular 
case, the owls can only be protected by setting aside 
large areas of suitable habitat as ecological reserves. 
This strategy is costly for the forest industry, because 
large amounts of valuable timber become protected 
from exploitation. However, this must be done if spot- 
ted owls and their associated species are to sustain 
their populations in their natural habitat. 
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| Oxalic acid 


Oxalic acid is the more common name of ethane- 
dioic acid. The name ethanedioic acid communicates 
that the molecule has two carbon atoms (as in ethane) 
and two acid groups (COOH). 


It is a white solid used in removal of certain kinds 
of stains, in removing calcium ions from solutions, and 
in tanning leather. It occurs naturally and is toxic. The 
potassium and calcium salts of oxalic acid are found 
naturally in cabbage, spinach, and rhubarb leaves, and 
are also found in the bark of some species of eucalyp- 
tus trees. The metabolism of sugar by many species of 
mold results in the production of oxalic acid. Ingestion 
of large amounts can cause kidney damage, convul- 
sions, and death. 


The most common uses of oxalic acid are in tan- 
ning leather and removing rust and ink stains. In stain 
removal, it acts as a reducing agent (a substance that 
donates electrons to other substances) and is relied on 
by most dry cleaners for this purpose. Iron rust stains 
contain iron in its oxidized form (Fe III); the oxalic 
acid reduces it to its colorless reduced form (Fe IJ). 
Oxalic acid is also used to clean metals in many indus- 
tries and is also used in the purification of glycerol 
(glycerin). 


Few people ingest toxic amounts of oxalic acid 
directly. However, if a child or pet swallows antifreeze 
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(which typically contains ethylene glycol and has a 
sweet taste), enzymes in the body will metabolize the 
ethylene glycol to oxalic acid, which is the reason 
antifreeze is toxic. 


In many industrial processes oxalic acid is used to 
remove calcium ions from solutions. The reaction of 
calcium ions with oxalic acid produces an insoluble 
solid, calcium oxalate. 


Oxidation see Oxidation-reduction reaction 


[| Oxidation-reduction reaction 


Oxidation-reduction reactions, also known as 
redox reactions, are chemical processes in which elec- 
trons are transferred from one atom, ion, or molecule 
to another. Explosions, fires, batteries, and even our 
own bodies are powered by oxidation-reduction reac- 
tions. When iron rusts or colored paper bleaches in 
sunlight, oxidation-reduction has taken place. 


Oxidation-reduction reactions are a combination 
of two processes: oxidation, in which electrons are 
lost, and reduction, in which electrons are gained. 
The two processes cannot occur independently of 
each other. A mnemonic device used by chemists to 
help keep things straight is “LEO says ‘“GER,”” which 
stands for Loss of Electrons, Oxidation. Gain of 
Electrons, Reduction. 


The driving force of oxidation-reduction reac- 
tions is the transfer of electrons. Although it is some- 
times difficult to remember what happens to electrons 
during oxidation and what happens during reduction, 
a look at familiar processes can help keep this straight. 
Some of the first oxidation-reduction reactions 
understood by chemists were those that involved 
oxygen, the most plentiful element on Earth. When 
combined with other elements in a compound or mol- 
ecule, oxygen frequently is an electron “hog,” taking 
electrons away from many other elements, which oxi- 
dizes them. The oxygen then takes the negatively 
charged electrons and becomes a negatively charged 
ion. The oxygen has been “reduced,” somewhat like 
taking in negative thoughts will reduce a person’s 
positive attitude. An example of this is the reaction 
between oxygen in the air and iron. The metal iron 
becomes positively charged and the oxygen becomes 
negatively charged. The two charged ions now attract 
each other and hang around together in the form of 
iron oxide, or rust. 
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History 


Probably the earliest human use of oxidation- 
reduction reactions occurred 4,500-7,500 years ago in 
the Copper/Bronze Age. Copper ores were heated in 
the presence of carbon to produce copper metal. 
In this process, the copper in the ore was reduced 
to copper metal and the carbon was oxidized to 
carbon dioxide. This same process was applied to iron 
ores during the Iron Age, which occurred 3,500-4,500 
years ago. 


Oxidation-reduction reactions have long been a 
part of pottery making as well. Color differences in 
the clay or glaze can be produced when firing pottery 
under oxidizing conditions, when lots of oxygen is 
present, or under low-oxygen conditions, such as 
with a partially closed kiln or a fire with green leaves 
on it. Clay containing iron will be orange-red if fired 
under oxidizing conditions (due to the presence of red 
iron oxide) and black in reducing conditions, when 
black iron oxide—in which the iron has a lower oxi- 
dation number—forms. Among the people who have 
historically used oxidizing and reducing fire condi- 
tions are the Native Americans in the southwestern 
United States and the Greeks in the early Bronze Age. 


Oxidation-reduction reactions are also used in 
explosives, substances that burn (oxidize) so rapidly 
that they cause huge amounts of pressure. 
Gunpowder, thought to be the first explosive used, 
was used in China as early as the sixth century to 
make fireworks, and by 960 AD for military applica- 
tions; it had migrated to Europe around the thirteenth 
century. Nitrocellulose and nitroglycerin were devel- 
oped in 1846 and 1847, respectively. TNT (trinitroto- 
luene), first developed in 1863, saw widespread use in 
World War I. Since 1955, a commonly used cheap and 
powerful explosive has been a mixture of ammonium 
nitrate and fuel oil. This was used in the in 1995 
Oklahoma City bombing. 


An important step in the understanding of 
oxidation-reduction reactions was the discovery of 
oxygen. Joseph Priestley (1733-1804) was the first 
scientist on record to prepare oxygen in the laboratory. 
This historic reaction was also an oxidation-reduction 
reaction. Priestley heated mercury oxide and formed 
elemental mercury and oxygen. In this reaction, mer- 
cury was reduced and the oxide ion was oxidized. 
Antoine Lavoisier (1743-1794) recognized that when 
substances are burned, they combine with oxygen. He 
even figured out that our bodies burn food and give off 
carbon dioxide as we produce energy. Tragically, the 
life of this great chemist was ended prematurely when 
he was beheaded during the French Revolution. 
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Oxidation-reduction reaction 


Oxidation numbers 


Oxidation numbers, sometimes called oxidation 
states, help chemists keep track of the numbers of 
electrons that surround each atom in a chemical reac- 
tion, and how they change in oxidation-reduction 
reactions. When an atom gains an electron (is 
reduced), its oxidation number is increased by one. 
There are some simple rules for assigning oxidation 
numbers to elements in chemical compounds: 


1. The oxidation number of an element, having 
neither gained nor lost any of its electrons, is zero. For 
example, the oxidation number of pure copper, Cu, is 
zero, as is the oxidation number of each oxygen atom 
in a molecule of oxygen, Oo. 


2. The oxidation number of an elemental ion is the 
same as its charge. Anion of copper with a +2 charge, 
Cu’, has an oxidation number of +2. A fluoride ion, 
F , has an oxidation number of —1. 


3. Some elements almost always form compounds 
in which they have a particular oxidation number. 
Aluminum always forms a +3 ion and therefore exists 
in the +3 oxidation state in compounds. Sodium and 
other alkali metals almost always form a +1 ion; its 
oxidation state is +1. Hydrogen can form compounds 
in which the hydrogen atom has an oxidation number 
of either + or — 1. When hydrogen has an oxidation 
number of +1, it is written on the left-hand side of the 
chemical formula. If its oxidation number is —1, it 
is written on the right-hand side. Oxygen usually has 
a —2 oxidation number. Chlorine and other halogens 
usually take on a —1 charge. Other elements are not so 
predictable. Nitrogen can have oxidation numbers of 
+5,+4,+3, +2,+1, and —3. 


4. The sum of oxidation numbers in a neutral 
molecule or compound is zero. Table salt, with the 
chemical formula of sodium chloride, NaCl, is made 
up of two ions, a positively charged sodium ion and a 
negatively charged chloride ion. A water molecule 
consists of two hydrogen atoms, each with an oxida- 
tion number of +1, and an oxygen atom with an 
oxidation number of —2. 


It is often easier to follow oxidation-reduction 
reactions if they are split into two half-reactions. One 
half reaction indicates what is happening to the chem- 
ical substances and electrons in the oxidation portion 
of the reaction. The other half-reaction does the same 
for the reduction portion. The complete reaction is the 
sum of the two half-reactions. 


A useful tool for chemists is a table of standard 
reduction potentials. This table lists common half- 
reactions, and assigns each a numerical value that 
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indicates how easily the reduction reaction pro- 
ceeds—that is, how eagerly electrons are accepted. A 
high standard reduction potential value indicates that 
the substance is easily reduced. A low standard reduc- 
tion potential indicates that the substance is easily 
oxidized—it prefers to lose electrons. In general, a 
substance will oxidize something that has a lower 
reduction potential than it has. The halogens, chem- 
ical elements found in group 17 of the periodic table, 
are strong oxidizing agents because their atoms readily 
accept negative ions. The alkali metals such as sodium, 
found on the left side of the periodic table in group 1, 
are strong reducing agents because their atoms readily 
give up an electron, becoming positive ions. The arbi- 
trary zero point for standard reduction potentials has 
been designated as this reaction: 


2H*+ + 2electrons > H, 


This reaction has been assigned a potential of 
0.000 volts under standard conditions. The standard 
reduction potential for fluorine gas is 2,890 volts, 
while that for sodium metal is —2.714 volts. 


Examples of oxidation-reduction reactions 
Combustion 


Let us look at an oxidation-reduction chemically 
as we examine what happened to the dirigible 
Hindenburg in 1937. The Hindenburg was a dirigible 
filled with hydrogen, which gave it the lift it needed to 
keep afloat. The Hindenburg was a luxurious mode of 
transportation complete with a dining room and 25 
private rooms. However, its voyage from Germany to 
the United States ended tragically on May 6, 1937, 
with the destruction of the airship and the loss of 36 
lives because of the explosive combination of hydro- 
gen and oxygen illustrated by the equation below. The 
oxidation numbers of each element are indicated 
below the chemical formulas: 


hydrogen + oxygen water 
2H, + O, > H,O 
0 0 +1 (H)—2 (O) 


Hydrogen underwent a loss of electrons; it 
was oxidized. Oxygen underwent a gain of electrons; 
it was reduced. In terms of half-reactions, the 
oxidation half reaction shows what happens to the 
hydrogen: 


H, — 2H* + 2 electrons 
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while the reduction half-reaction illustrates what 
happens to the oxygen: 


O, + 2electrons > O* 


Hydrogen and oxygen combined once again to 
produce a fireball in the sky in 1986. This time, the 
space shuttle Challenger was destroyed by an explo- 
sion and all seven crew members were killed. Cold 
temperatures before the launch fatigued the O-rings 
that sealed Challenger’s booster tanks containing 
500,000 gal (1.9 million 1) of liquid hydrogen and 
oxygen. The controlled combination of hydrogen 
and oxygen was intended to provide power needed to 
launch Challenger just as the combustion of gasoline 
powers a car. A spark ignited the two liquids and 
set off a massive, uncontrolled oxidation-reduction 
reaction. 


Oxidation-reduction reactions are often accompa- 
nied by release of heat and sometimes flame. Combu- 
stion reactions are oxidation-reduction reactions that 
occur when oxygen oxidizes another material. For 
example, burning carbon in a lump of coal produces 
carbon dioxide. The reaction can be illustrated as: 


C + 0, 3 CO, 
carbon oxygen carbon dioxide 


In this reaction, carbon is oxidized, going from an 
oxidation number of 0 to +4. The oxygen is reduced 
from an oxidation number of 0 to —2. A similar reac- 
tion occurs when hydrocarbon fuel is burned. 


Corrosion 


Corrosion reactions also involve oxidation. 
However, these reactions are limited to the oxidation 
of metals, do not give off the light associated with 
combustion, and usually occur when moisture is 
present. Corrosion occurs most rapidly when metals 
are strained and bent; the metals rapidly oxidize in the 
strained regions. Corrosion can be inhibited by cover- 
ing metal surfaces with paint or metals that are less 
easily oxidized. An example is the plating of iron with 
chromium on nickel. In some cases, more easily oxi- 
dized metals are used to coat or come in contact with 
the metal that is being protected. Then these will react 
more readily with the oxygen. An example is galvaniz- 
ing: coating iron with zinc. Some substances such as 
aluminum quickly form an oxide coating in areas that 
are exposed, but this coating is inert to oxygen and this 
prevents further corrosion. That is why aluminum 
does not rust. 
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Biological processes 


Photosynthesis consists of a series of oxidation- 
reduction reactions that begin when the carbon in 
carbon dioxide is reduced, and electrons are passed 
to molecules in the plant. When living things break 
down molecules of food to produce energy, carbon 
dioxide, and water, oxidation-reduction has taken 
place in the form of cellular respiration. As in photo- 
synthesis, a series of chemical reactions are necessary 
to complete cellular respiration. 


Another important biological process, the nitro- 
gen cycle, is composed of a series of oxidation and 
reduction reactions. Bacteria take nitrogen from the 
air and reduce it to ammonia and nitrates, nutrients 
that plants use to make proteins, nucleic acids, and 
other nitrogen-containing molecules needed for their 
metabolism. Other bacteria in soil convert nitrates back 
into nitrogen gas. Many of the oxidation-reduction 
reactions that occur in living organisms are regulated 
by enzymes. 


Current and future uses 


Dangerous as they may be, oxidation-reductions 
are used all the time. Burning, bleaching, metallurgy, 
and photography all rely on oxidation-reduction reac- 
tions. An important application of oxidation- 
reduction reactions is in electrochemical cells. (These 
types of cells should not be confused with biological 
cells. The word cell comes from cella, Latin for chamber 
or small room.) In an electrochemical cell, the oxida- 
tion reaction is physically separated from the reduc- 
tion reaction, and the electrons pass between the two 
reactions through a conductor. Oxidation occurs at 
the anode and reduction occurs at the cathode. 
Electrochemical cells can produce electricity or con- 
sume it. Batteries and dry cells are commonly used 
electrochemical cells that produce electricity. A car 
battery is usually a 12-volt battery, made from a com- 
bination of six cells that produce two volts each. 


Cells that use electricity can be used to deposit 
metals onto surfaces in a process known as electro- 
plating, which is can be used to make jewelry, mirrors, 
and shiny surfaces that resist abrasion, tarnish, and 
corrosion. Metal salts in a solution called the plating 
bath are reduced to metal at the cathode of the electro- 
chemical cell. 


Oxidation-reduction reactions are widely used to 
produce chemicals used in manufacturing. The chem- 
ical that is produced in the most volume in the United 
States is sulfuric acid, which is made by oxidizing 
sulfur with oxygen to produce sulfur trioxide (SOs), 
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Oxidation-reduction reaction 


then dissolved in water to produce sulfuric acid, 
H2SOx. 


Not all important oxidation-reduction reactions 
involve oxygen. A commonly produced chemical that 
does not contain oxygen is ammonia. To produce 
ammonia, NH3, by an oxidation-reduction reaction, 
nitrogen and hydrogen are combined with a catalyst 
under pressure at 932°F (500°C). The nitrogen is oxi- 
dized and the hydrogen is reduced. The resulting 
ammonia can then be used to make fertilizers, dyes, 
explosives, cleaning solutions, and polymers. 


Hydrogen acts as a reducing agent in many man- 
ufacturing processes. It can be used to make shortening 
from vegetable oils in a process known as hydrogena- 
tion. It can even reduce ions of metals such as silver and 
tungsten to pure metals. 


Oxidation-reduction reactions are an important 
component of chemical analysis. Potassium perman- 
gante and cerium (IV) solutions can be used as strong 
oxidizing agents in the analysis of iron, tin, peroxide, 
vanadium, molybdenum, titanium, and uranium. 
Potassium dichromate is an oxidizing agent used in the 
analysis of organic materials in water and wastewater. 


Oxidation-reduction reactions can be used to 
bleach materials and sanitize water. Sodium hypo- 
chlorite is used as a liquid laundry bleach and as a 
solid component of dishwasher powders and cleans- 
ers. Calcium hypochlorite is often used to sanitize 
swimming pools, killing bacteria in water by oxidizing 
them. Ozone is a powerful oxidizing agent that can 
also be used to purify water by destroying bacteria and 
organic pollutants. Water that has been sanitized by 
ozone is free of the unpleasant taste, smell, and 
byproducts associated with chlorinated water. 


Metals are rarely found free in nature, but occur in 
ores, where metals are in their oxidized form. They 
must be reduced to the metals (oxidation number zero) 
in order to be used. Some metals are easily reduced. 
For example, mercury can be produced from a mer- 
cury sulfide ore simply by heating it in air. Iron is 
produced from ore by heating with coke (impure car- 
bon) and oxygen. The coke reduces the iron in the ore. 
Other metals are more difficult to reduce and are 
obtained only after electrons are pumped into their 
ores using electricity. Aluminum is such a metal. As 
long as oxygen is around, corrosion will act to reverse 
the reduction of the metals achieved in metallurgy. 
Metals that are most resistant to corrosion are those 
with high standard reduction potentials such as gold 
and platinum. 


Oxidation-reduction reactions are also responsi- 
ble for food spoilage. The main source of oxidation is 
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oxygen from the air. Preservatives that are added to 
foods are often reducing agents. 


Oxidation reactions are important in many reac- 
tions that keep our bodies going. But oxidation has 
also been blamed for aging, cancer, hardening of the 
arteries, and rheumatoid arthritis. Research is being 
done to evaluate the benefits of antioxidants in foods 
and dietary supplements. These are natural reducing 
agents such as fat soluble vitamin E and vitamin C 
(ascorbic acid). 


These substances might inhibit the damaging 
byproducts of oxidation reactions that can occur in 
the human body after exposure to some toxic chem- 
icals. One concern, however, is that substances do not 
always act the same way in the human body that they 
do in nature. For example, vitamin C is a reducing 
agent. If lemon juice is brushed onto a cut apple, the 
vitamin C in the lemon juice will prevent the browning 
of the apple caused by oxidation of the apple by the 
air. However, vitamin C might act as an oxidizing 
agent in the body. 


The reaction can be harnessed as a source of 
energy. When hydrogen and oxygen are carefully fed 
into a fuel cell, the oxidation-reduction reaction can be 
used to provide electrical power, for example, for 
spacecraft. The only byproduct of the reaction 
between hydrogen and oxygen is nonpolluting water. 
Another application of the hydrogen/oxygen reaction 
is to use hydrogen combustion to power vehicles. 
Currently, hydrogen is produced from water using 
electricity and it takes more energy to make the hydro- 
gen than is obtained from its combustion. In the 
future, hydrogen might be made using solar energy 
and would provide a nonpolluting fuel. 


The natural ability of algae and other water plants 
to oxidize harmful materials in sewage has been used 
in sewage lagoons, also known as oxidation pond 
systems. Small volumes of raw sewage can be treated 
simply by directing the sewage into shallow ponds 
containing algae and other water vegetation. In 
Belgium, nitrates are removed from wastewater by 
bacteria that reduce the nitrates to nitrogen which 
can be safely released into the atmosphere. 


See also Cell, electrochemical. 
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KEY TERMS 


Combustion—An oxidation-reduction reaction that 
occurs so rapidly that noticeable heat and light are 
produced. 


Corrosion—A reaction in which a metal is oxidized 
and oxygen is reduced, usually in the presence of 
moisture. 


Disproportionation—An oxidation-reduction reac- 
tion in which the same chemical species is oxidized 
and reduced. 


Electrochemical cell—A device in which an oxida- 
tion reaction is physically separated from a reduc- 
tion reaction in a way that allows electrons to flow 
between them. 


Half-reaction—The isolated oxidation or reduction 
reaction that is a part of a complete oxidation- 
reduction reaction. 


Oxidant (oxidizing agent)—A chemical substance 
that oxidizes materials by removing electrons from 
them. 


Oxidation—A process in which a chemical sub- 
stances loses electrons and undergoes an increase 
in oxidation number. 


Reductant (reducing agent)—A chemical substance 
that reduces materials by donating electrons to 
them. 


Reduction—The process by which an atom’s oxi- 
dation state is decreased by a gain of one or more 
electrons. 
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| Oxidation state 


The oxidation state of an atom describes the 
number of electrons it has lost or gained relative to 
its original state. Each type of atom has a certain 
number of electrons (which varies from element to 
element) in its elemental form. When an atom forms a 
bond or otherwise interacts with another atom, it 
may lose or gain an electron. If an atom is electro- 
negative, it is more likely to take an electron away 
from another atom. If it is electropositive, it holds its 
own electrons weakly and is more likely to lose an 
electron when it interacts with another atomic 
species. 


The oxidation number of an atom refers to the 
number of electrons it has lost or gained. Electrons are 
assigned a negative charge, so by convention if an 
atom has gained an electron, its oxidation number is 
reduced. For example, if an atom gains one electron, it 
has an oxidation number of -1. For this reason, an 
atom which receives an electron is described as having 
been reduced. If an atom loses an electron, its oxida- 
tion number rises, and it is described as having been 
oxidized. In an oxidation-reduction reaction, two 
atomic species interact so that one is reduced and 
one is oxidized. 


An atom can be oxidized or reduced when a bond is 
formed. In a chemical bond, electrons are shared by two 
atoms. However, there is often one atom that is more 
electronegative than the other, and so holds electrons 
more tightly than the other. For this reason, one atom 
takes on a partial positive charge, and the other 
becomes partially negative. A bond such as this is called 
an ionic bond. Ina very ionic bond, the electrons belong 
almost entirely to one atom. That atom has a new 
oxidation state of -1, and the atom which has lost its 
electron has an oxidation state of + 1. 


Oxidizing agent see Oxidation-reduction 
reaction 


I Oxygen 


Oxygen—considered the third most abundant ele- 
ment in the universe—is a non-metallic element of 
atomic number 8. Its symbol is O, the atomic weight 
is 15.9994, the specific gravity is 1.10535 (compared to 
air), the melting point is -361°F (-218.4°C), and the 
boiling point is -297.4°F (-183°C). 
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Oxygen 


Oxygen is a non-metal in group 16 of the periodic 
table. Its three stable isotopes have atomic weights of 
16, 17, and 18. The first is by far the most abundant, 
constituting 99.763 % of all oxygen atoms occurring in 
nature. Oxygen-17 makes up an additional 0.037%, 
and oxygen-18, 0.200% of all oxygen atoms. A num- 
ber of radioactive isotopes of the element have also 
been prepared, the most widely used commercially 
being oxygen-15, which decays by the emission of a 
positron with a half-life of 122 seconds. 


Oxygen was discovered almost simultaneously in 
about 1774 by Swedish chemist Carl Wilhelm Scheele 
(1742-1786) and English chemist Joseph Priestley 
(1733-1804). Both chemists followed a similar 
approach in their research, heating compounds of oxygen 
until they broke down. In his classic experiment, for 
example, Priestley heated red oxide of mercury (mercuric 
oxide; HgO) and found that he obtained liquid mer- 
cury and a new gas: 2HgO—heat — 2Hg + Ord. 
Priestley carried out a number of tests on the new 
gas, including breathing it himself. 


Oxygen was named by the French chemist 
Antoine-Laurent Lavoisier (1743-1794) a few years 
after its discovery. Lavoisier thought that oxygen was 
present in all acids, so he suggested the name from two 
Greek words, oxy-, for acidic, and -gen, for forming. 
Lavoisier was wrong about the presence of oxygen in 
all acids, but the name was retained for the element. 


General properties 


Oxygen is a colorless, odorless, tasteless gas that is 
slightly soluble (1.2 cubic in [3.08 cubic cm] per 39.4 cu 
in [100 cubic cm] of water) at room temperature. It is 
considerably more soluble in some organic solvents, 
such as ethyl alcohol, carbon tetrachloride, and ben- 
zene. Oxygen is less soluble in sea water than in pure 
water, although still soluble enough to support the 
survival of marine organisms. 


Oxygen exists in three allotropic forms, mona- 
tomic oxygen (O), diatomic oxygen (O3), and tria- 
tomic oxygen (O3). The first of these is sometimes 
called nascent oxygen, and the last is more commonly 
known as ozone. Under most circumstances in nature, 
the diatomic form of oxygen predominates. In the 
upper part of the stratosphere, however, solar energy 
causes the breakdown of the diatomic form into the 
monatomic form, which may then recombine with 
diatomic molecules to form ozone. The presence of 
ozone in Earth’s atmosphere is critical for the survival 
of life on Earth. It is critical since the allotrope has a 
tendency to absorb ultraviolet radiation that would 
otherwise be harmful or even fatal to both plant and 
animal life on the planet’s surface. 
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Some scientists are now concerned about the pos- 
sible depletion of the ozone layer in the upper strato- 
sphere. There is strong evidence that certain synthetic 
chemicals, such as the freons and compounds known 
as the chlorofluorocarbons (CFCs) may be causing 
destruction of ozone molecules in the atmosphere. 
The most widely accepted theory says that solar radi- 
ation causes such chemicals to break apart, releasing a 
free chlorine atom to the stratosphere. That chlorine 
atom then reacts with ozone molecules, converting 
them into diatomic oxygen molecules. One of the dis- 
turbing aspects of this theory is that it suggests that a 
single chlorine atom can cause the decomposition of 
many thousands of ozone molecules. 


The environmental hazard posed by this series of 
reactions is that the level of ultraviolet radiation reach- 
ing the Earth would be expected to increase as more and 
more ozone molecules are destroyed. Ultraviolet radi- 
ation has been implicated in a number of biological 
problems for plants, animals, and humans, including 
an increase in skin cancer and in eye problems. In 
response to this threat, most of the world’s nations 
have agreed to reduce the amount of freons, CFCs, 
and other ozone-depleting chemicals produced and 
sold each year. However, as of October 2006, the 
ozone hole over Antarctica is the largest ever since 
measurements have been taken. 


Where oxygen comes from 


Oxygen is the most abundant element on the 
Earth’s surface. It makes up 20.948% of the atmos- 
phere by volume and 45.5% of the lithosphere by 
weight. It occurs both as the free element (in the 
atmosphere) and in the combined form (in the litho- 
sphere and hydrosphere). Its most common and best- 
known compound is probably water. Water contains 
88.9% oxygen, by weight. 


In the lithosphere, oxygen occurs in a wide variety 
of compounds, such as the oxides, silicates, carbo- 
nates, phosphates, sulfates, and a variety of more 
complex compounds. 


Nearly all of the oxygen found on the Earth today 
is produced by biological activity. During the process 
of photosynthesis, carbon dioxide and water react in 
the presence of chlorophyll to produce carbohydrates 
and oxygen. Scientists believe that oxygen was essen- 
tially absent from the Earth’s atmosphere when the 
planet was first created (around 4.5 billion years ago). 
As life developed on the Earth and photosynthesis 
became more common, the rate of production 
increased until the present concentration of oxygen 
in the atmosphere, the oceans, and the crustal rocks 
was reached about 580 million years ago. 
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Oxygen can be prepared on a small scale by the 
decomposition of oxygen-containing compounds. In 
the laboratory, for example, it can be produced by 
heating potassium chlorate with manganese dioxide 
as a catalyst or by the gentle warming of mercury(I]) 
oxide. The element can also be produced by the elec- 
trolysis of water. When an electrical current is passed 
through water to which a small amount of inorganic 
acid has been added, water molecules break apart to 
form hydrogen gas and oxygen gas. Although this 
method is relatively simple to employ, the cost of 
energy needed to carry out the reaction is usually 
prohibitively high for commercial applications. 


By far the most important method of producing 
oxygen commercially is by the fractional distillation of 
liquid air. A sample of air is first cooled below the 
boiling point of most gases that make up air, a temper- 
ature of less than -328° F (-200°C). The liquid air is then 
allowed to evaporate. At a temperature of -320.44°F 
(-195.8°C), nitrogen begins to boil off. When most of 
the nitrogen is gone, argon and neon also boil off, 
leaving an impure form of oxygen behind. The oxygen 
is impure because small amounts of krypton, xenon, 
and other gases may remain in the liquid form. In 
order to further purify the oxygen, the process of 
cooling, liquefying, and evaporation may be repeated. 


Oxygen is commonly stored and transported in its 
liquid form, a form also known as LOX. LOX contain- 
ers have the general appearance of very large vacuum 
bottles consisting of a double-walled container with a 
vacuum between the two walls. The element can also be 
stored and transported, although less easily, in gaseous 
form in steel-walled containers 4 ft (1.2 m) high and 9 in 
(23 cm) in diameter. In many instances, oxygen is man- 
ufactured at the location where it will be used. The 
process of fractional distillation described above is suf- 
ficiently simple and inexpensive that many industries 
can provide their own oxygen-production facilities. 


How oxygen is used 


Oxygen has so many commercial, industrial, and 
other uses that it consistently ranks among the top 
five chemicals in volume of production in the United 
States. 


The uses to which oxygen is put can be classified 
into four major categories: metallurgy, rocketry, 
chemical synthesis, and medicine. In the processing 
of iron ore in a blast furnace, for example, oxygen is 
used to convert coke (carbon) to carbon monoxide. 
The carbon monoxide, in turn, reduces iron oxides to 
pure iron metal. Oxygen is then used in a second step 
of iron processing in the Bessemer converter, open 
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hearth, or basic oxygen process method of converting 
pig iron to steel. In this step, the oxygen is used to react 
with the excess carbon, silicon, and metals remaining 
in the pig iron that must be removed in order to 
produce steel. 


Another metallurgical application of oxygen is in 
torches used for welding and cutting. The two most 
common torches make use of the reaction between 
oxygen and hydrogen (the oxyhydrogen torch) or 
between oxygen and acetylene (the oxyacetylene 
torch). Both kinds of torches produce temperatures 
in the range of 5,432°F (3,000°C) or more and can, 
therefore, be used to cut through or weld the great 
majority of metallic materials. 


Oxygen, in the form of LOX, is widely used as the 
oxidizing agent in many kinds of rockets and missiles. 
As an example, the huge external fuel tank required to 
lift NASA’s space shuttle fleet into space holds 
145,000 gal (550,000 1) of liquid oxygen and 390,000 
gal (1,500,000 1) hydrogen. When these two elements 
react in the shuttle’s main engines, they provide a 
maximum thrust of 512,000 Ib (232,000 kg). 


The chemical industry uses vast amounts of oxy- 
gen every year in a variety of chemical synthesis reac- 
tions. One of the most important of these is the 
cracking of hydrocarbons by oxygen. Under most 
circumstances, heating a hydrocarbon with oxygen 
results in combustion, with carbon dioxide and water 
as the main products. However, if the rate at which 
oxygen is fed into a hydrocarbon mixture is carefully 
controlled, the hydrocarbon is cracked, or broken 
apart, to produce other products, such as acetylene, 
ethylene, and propylene. 


Various types of synthetic fuels can also be man- 
ufactured with oxygen as one of the main reactants. 
Producer gas, as an example, is manufactured by pass- 
ing oxygen at a controlled rate through a bed of hot 
coal or coke. The majority of carbon dioxide produced 
in this reaction is reduced to carbon monoxide so that 
the final product (the producer gas) consists primarily 
of carbon monoxide and hydrogen. 


Perhaps the best known medical application of 
oxygen is in oxygen therapy, where patients who are 
having trouble breathing are given doses of pure or 
nearly pure oxygen. Some common instances in which 
oxygen therapy is used include surgical procedures, 
following heart attacks, and during infectious dis- 
eases. In each case, providing a person with pure oxy- 
gen reduces the stress on his or her heart and lungs and 
speeds the rate of recovery. 


Pure oxygen or air enriched with oxygen may also 
be provided in environments where breathing may be 
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Oxygen 


KEY TERMS 


Allotrope—One of two or more forms of an element. 


Combustion—A form of oxidation that occurs so 
rapidly that noticeable heat and light are produced. 


Cracking—tThe process by which large hydrocarbon 
molecules are broken down into smaller components. 


Electrolysis—The process by which an electrical 
current is used to break a compound apart into its 
components. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Lithosphere—The solid portion of the Earth, espe- 
cially the outer crustal region. 


difficult. Aircraft that fly at high altitudes, of course, 
are always provided with supplies of oxygen in case of 
any problems with the ship’s normal air supply. Deep- 
sea divers also carry with them or have pumped to 
them supplies of air that are enriched with oxygen. 


Some water purification and sewage treatment 
plants use oxygen. The gas is pumped through water 
to increase the rate at which naturally occurring bac- 
teria break down organic waste materials. A similar 
process has been found to reduce the rate at which 
eutrophication takes place in lakes and ponds and, in 
some cases, to actually reverse that process. 


Finally, oxygen is essential to all animal life on 
Earth. A person can survive a few days or weeks with- 
out food or water, but no more than a few minutes 
without oxygen. In the absence of oxygen, energy- 
generating chemical reactions taking place within 
cells would come to an end, and a person would die. 


Chemistry and compounds 


Oxygen is one of the most active of all chemical 
elements. The oxygen-oxygen bond in diatomic oxy- 
gen is relatively strong, but once broken, the atomic 
oxygen formed (O) reacts readily with the vast major- 
ity of elements. The noble gases and noble metals are 
the most important exceptions, although oxy com- 
pounds of most of these elements are also known and 
can be prepared by indirect methods. 


The reaction between oxygen and another element 
generally results in the formation of a binary com- 
pound known as an oxide. The reaction itself is 
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LOX—An abbreviation commonly used for liquid 
oxygen. 


Metallurgy—tThe science and technology that deals 
with the winning of metals from their ores and their 
conversion into forms that have practical value. 


Nascent oxygen—An allotrope of oxygen whose 
molecules each contain a single oxygen atom. 


Ozone—An allotrope of oxygen that consists of three 
atoms per molecule. 


Producer gas—A synthetic fuel that consists primar- 
ily of carbon monoxide and hydrogen gases. 


Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher 
energy. 


known as oxidation. For example, the oxidation reac- 
tion between oxygen and sodium produces sodium 
oxide. In many cases, an element may form more 
than one oxide. Copper, as an example, forms both 
copper(I) (cuprous) oxide and copper(II) (cupric) 
oxide. Nitrogen forms five oxides: nitrous oxide 
(N20), nitric oxide (NO), dinitrogen trioxide (N03), 
nitrogen dioxide (NO), and dinitrogen pentoxide 
(N20s). 


Perhaps the most important of all oxides is water, 
by far the most abundant compound on the planet 
Earth. Water is composed of two hydrogen atoms 
bonded to a single oxygen atom by means of a strong 
covalent bond. 


In many cases, the reaction between oxygen and 
another element is highly exothermic. One of the best 
known of such reactions is the one that takes place 
between carbon and oxygen, to form (usually) carbon 
dioxide and carbon monoxide. It is this reaction, which 
takes place when coal burns, that was responsible to a 
significant extent for the development of huge new 
energy sources during the Industrial Revolution (in 
the late eighteen and early nineteenth centuries) that 
transformed human society. 


Oxygen also reacts with a number of compounds. 
For example, hydrocarbons react with oxygen at high 
temperatures to form (primarily) carbon dioxide and 
water vapor. Oxidation that takes place very rapidly, 
usually at high temperatures, is known as combustion. 
The combustion of hydrocarbons in petroleum and 
natural gas has been another major source of energy 
in human civilization over the past 200 years. 
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Some forms of oxidation occur more slowly, with- 
out the production of noticeable heat or light. When 
plants and animals die, for example, the organic mate- 
rials of which they are made slowly react with oxygen 
in the atmosphere. This form of oxidation is known as 
decay. The decay of organic matter is a highly complex 
chemical phenomenon, with a large variety of chem- 
ical products formed in the reaction. 


Inorganic materials also react slowly with oxygen. 
When iron and certain other metals are exposed to 
oxygen (in the presence of water), they form oxides. 
The best known of all metallic oxides is probably rust, 
a hydrated form of iron(II] (ferric) oxide with the 
general formula Fe.O3 -nH,O. The rusting of bridges, 
buildings, motor vehicles, tools, fences, and other 
structures is a major economic problem throughout 
the world. A number of techniques, such as galvaniz- 
ing, tinning, painting, and enameling are used to 
reduce or prevent the rusting of materials. 


See also Element, chemical; Gases, liquefaction 
of; Nonmetal. 
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J Oystercatchers 


Oystercatchers are seven rather similar-looking 
species of oceanic shorebirds that comprise the family 
Haematopodidae. Oystercatchers occur widely on 
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subarctic, temperate, and tropical seacoasts, on all of 
the continents except Antarctica. 


Oystercatchers are relatively large shorebirds, with 
a body length of 15-21 in (40-53 cm). They have pointed 
wings, a short tail, short but heavy legs, and three-toed 
feet. Their most distinctive feature is their long, blunt, 
knife-like (that is, vertically flattened), red or orange 
beak. This unique bill is used as a hammer and in a 
wedge-like fashion to twist open the shells of reluctant 
bivalves upon which oystercatchers feed. Oystercatchers 
also eat crustaceans, polychaete worms, and other inter- 
tidal and shoreline invertebrates. 


There are two major types of color patterns 
among species of oystercatchers. These birds are either 
all black, or black above and white-bellied. The sexes 
do not differ in size or coloration. 


Oystercatchers are strong, direct fliers. They 
typically occur on sandy or rocky beaches. They are 
wary birds, and when they detect a potential danger 
they repeatedly utter a loud, clear, piping sound as a 
call note. 


Oystercatchers build their crude scrape-nests on 
remote, open beaches, or sometimes in fields and 
meadows near the coast. They lay two to four eggs, 
which are incubated by both parents. Both parents 
also share the care of the young birds. Parent oyster- 
catchers put on very convincing broken-wing displays 
to lure predators away from their nest or babies. 
Young oystercatchers are able to follow their parents 
soon after birth, and are able to fly and feed them- 
selves after about five weeks. 


All species of oystercatchers are in the genus 
Haematopus. Two species occur in North America. 
The American oystercatcher (H. palliatus) is a black- 
backed, white-bellied species that occurs on mudflats 
and sandy beaches of the southeastern states and west- 
ern Mexico. The black oystercatcher (H. bachmani) is an 
all-black species that tends to occur on rocky beaches. 


The most widespread species of oystercatcher in 
Eurasia (H. ostralegus) is sometimes known as the 
sea-pie or mussel-pecker, and is a black and white 
species. The sooty oystercatcher (H. fuliginosus) of 
Australia is an all-black species, as is the African 
black oystercatcher (H. moquini) of southern Africa. 
The variable oystercatcher (H. unicolor) of New 
Zealand is the only oystercatcher with black and pied 
color morphs. The black morph is black overall, while 
the pied morph has a white breast, back, belly, and 
wingbar. There are also intermediate morphs com- 
monly called “smudgies.” 


Bill Freedman 
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Ozone 


| Ozone 


Ozone (O3) is a bluish gas that is relatively dense— 
1.6 times as heavy as air—and acts as a strong oxidant. 
It occurs naturally in relatively large concentrations in 
the stratosphere, a layer of the upper atmosphere 
higher than about 3.8-10.7 mi (8-17 km), depending 
on season and location. Ozone also occurs in the lower 
atmosphere (or troposphere), where it is by far the 
most damaging of the photochemical air pollutants. 
Where ozone is abundant it is a major contributor to 
oxidizing or photochemical smog. This condition 
develops in sunny places with large emissions of 
hydrocarbons and oxides of nitrogen from automo- 
biles and industry, especially where atmospheric tem- 
perature inversions are common. 


Photochemical air pollutants are secondary chem- 
icals, which means they are not emitted from effluent 
sources, but are synthesized from primary emitted 
pollutants during complex photochemical reactions 
occurring in the presence of sunlight. In addition to 
ozone, important photochemical air pollutants 
include peroxy acetyl nitrate (PAN), hydrogen perox- 
ide (H,0;), and aldehydes. These gases are the ingre- 
dients of oxidizing smogs that are harmful to people, 
vegetation, buildings and other structures. 


Most countries have set standards for ground- 
level concentrations of ozone, with a goal of avoiding 
damage to vegetation and discomfort to humans. 
Until 1979, the standard for the maximum, one-hour 
average concentration of O3 was 80 ppb (parts per 
billion) in the United States. Thereafter, the standard 
was raised to 120 ppb because the 80 ppb limit was so 
frequently exceeded. Large regions of the United 
States cannot meet the criterion of 120 ppb, especially 
in the southwestern states. In 1997, the Environmental 
Protection Agency (EPA) created a new eight-hour 
standard of 80 ppb to protect against longer exposure 
periods. Although contested, this standard was upheld 
by the Supreme Court in 2001. 


In the vicinity of Los Angeles the maximum one- 
hour concentration of ozone can exceed 500 ppb, 
and it is typically greater than 100 ppb for at least 15 
days per year. In other cities in North America, the 
annual maximum one-hour concentration is typically 
150-250 ppb, and it is typically 90-180 ppb in London, 
England. 


Humans and other animals are sensitive to ozone. 
This gas irritates and damages exposed membranes 
of the respiratory system and eyes. Ozone can also 
induce asthma. Sensitive people are affected at 
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concentrations that commonly occur during oxidizing 
smogs. In the United States, ozone air pollution 
accounts for 10-20% of all summer respiratory related 
hospital admissions. 


Ozone causes substantial damage to both agricul- 
tural and wild plants in many places, causing a dis- 
tinctive, acute injury that reduces the photosynthetic 
area of foliage. Most plants are acutely injured by a 
two to four hour exposure to 200-300 ppb ozone, while 
longer-term exposures to about 100 ppb cause yield 
decreases, even in the absence of acute injuries. 
However, some species are relatively sensitive to 
ozone. In one laboratory experiment, tobacco was 
acutely injured by exposures to only 50-60 ppb for 
two to three hours, and spinach by 60-80 ppb for one 
to two hours. Sensitive species of conifers can be 
injured by 80 ppb over a 12-hour exposure. 


An important field study conducted at various 
sites throughout the United States involved the expo- 
sure of crop plants to either ambient air at each site, or 
to a typical background ozone concentration of 25 
ppb. Symptoms of acute ozone injuries were observed 
at all five of the study sites, although the damages were 
more frequent and severe in the southwest. On aver- 
age, it was estimated that exposures to ambient ozone 
concentrations caused yield decreases of about 53-56% 
in lettuce, 14-17% in peanut, 10% in soybean, and 7% 
in turnip. Overall, it has been estimated that ozone 
causes crop losses equivalent to 2-4% of the potential 
yield in the United States, resulting in $3 billion in 
agricultural losses each year. 


Trees can also be damaged by ozone, as has been 
well documented for conifer forests along the western 
slopes of the Sierra Nevada and San Bernardino 
Mountains of southern California. Ozone-polluted 
air is transported eastward from the vicinity of Los 
Angeles to the mountains, where forests are damaged. 
The most sensitive species of tree is ponderosa pine 
(Pinus ponderosa), the naturally dominant species in 
these forests. Other species of conifers are less sensitive 
to ozone, and these replace the ponderosa pine when it 
is killed by the air pollution. The smog damage was 
first noticed during the 1950s, but the actual cause was 
not attributed to ozone until 1963. The ozone injuries 
to pine are diagnostic, characterized initially by a 
pale-green mottling of foliage, then a tissue death 
that spreads from the leaf tip, premature loss of foli- 
age, and ultimately death of the tree. Ozone-stressed 
trees are also vulnerable to secondary damages caused 
by bark beetles and fungal pathogens, which often kill 
weakened trees. 
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KEY TERMS 


Acute toxicity—A poisonous effect produced by a 
single, short-term exposure to a toxic chemical, 
resulting in obvious tissue damage, and even 
death of the organism. 


Inversion—An atmospheric condition in which air 
temperature increases with increasing altitude, 
instead of the usual decrease. The occurrence of a 
temperature inversion causes stable atmospheric 
conditions beneath, which can result in an accu- 
mulation of air pollutants if emissions continue 
during the inversion event. 


Photochemical—Refers to an enhancement of the 
rate of a chemical reaction by particular wave- 
lengths of electromagnetic radiation. 


Photochemical smog—Air pollution caused by 
complex reactions involving emitted chemicals, 
chemicals formed secondarily in the atmosphere, 
and sunlight. 


Smog—An aerosol form of air pollution produced 
when moisture in the air combines and reacts with 
the products of fossil fuel combustion. 


The actual mechanism by which plant damage 
occurs from ozone has recently been discovered. 
Ozone inhibits the opening of the stoma on leaves, 
which are the pores that allow carbon dioxide gas 
into the plant, and through which oxygen gas leaves. 
The stoma open and close by means of two guard cells, 
found on either side of the opening. Ozone directly 
affects the guard cells, inhibiting their ability to open 
the stoma. Current research is under way to geneti- 
cally engineer plants with guard cells resistant to the 
effects of ozone pollution. 


See also Ozone layer depletion. 
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l Ozone layer depletion 


The ozone layer is an atmospheric layer that helps 
shield the surface of the globe from excessive ultra- 
violet radiation, which helps minimize the ultraviolet- 
mediated breakage of the double helix of deoxyribo- 
nucleic acid, DNA. As the result of pollution, the 
ozone layer is being depleted. The thinning of the 
ozone layer, and its complete absence over the antarc- 
tic, is allowing increased amounts of ultraviolet light 
to reach Earth. 


Ozone occurs naturally in relatively large concen- 
trations in the upper-atmospheric layer known as the 
stratosphere, which is located 5—10.6 miles (8-17 kilo- 
meters) to about 31 miles (50 kilometers) above 
Earth’s surface. 


Stratospheric ozone is formed and consumed nat- 
urally by photochemical reactions involving ultraviolet 
radiation. At any time, the formation and consumption 
of ozone proceed simultaneously. The concentration of 
ozone in the stratosphere naturally varies with latitude 
and with time. Rates of ozone formation are largest 
over the equatorial regions of Earth because solar radi- 
ation is most intense over those latitudes. However, 
stratospheric winds carry tropical ozone to polar lat- 
itudes, where it tends to accumulate. 


The depletion of the ozone layer was first 
observed in the mid-1980s. The depletion is caused 
by complex photochemical reactions involving chlor- 
ofluorocarbons (CFCs). CFCs are compounds that 
contain atoms of carbon, chlorine, and fluorine. 
They are very stable chemicals, which have had many 
industrial uses, especially in refrigeration, as propel- 
lants in aerosol sprays, as blowing agents used to 
manufacture synthetic foams and insulation, as clean- 
ing agents for electronic components, as carrier gases 
for sterilizers of medical instruments, and as dry- 
cleaning fluids. After most of these uses, CFCs are 
emitted to the lower atmosphere, where they can per- 
sist for up to 50 years. The CFCs slowly penetrate into 
the stratosphere, where exposures to highly energetic, 
short wave solar radiation are intense, causing the 
CFCs to degrade. This releases chlorine and fluorine 
atoms, which are then available to consume ozone 
molecules in secondary reactions. A chlorine atom is 
capable of destroying as many as 100,000 ozone mol- 
ecules before it is removed from the upper atmosphere. 


With the persistence of the chloroflurocarbons in 
the atmosphere, there is ample opportunity for ozone 
destruction. It has been estimated that CFCs account 
for at least 80% of the depletion of stratospheric ozone 
worldwide. It has been estimated that the depletion of 
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Ozone layer depletion 
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An atmosphere with a relatively intact ozone layer (left) compared to one with an ozone layer compromised by 
chlorofluorocarbon (CFC) emissions. (Hans & Cassidy. Courtesy of Gale Group.) 


the ozone layer most evident over Antarctica, where it 
is periodically completely absent, is almost 100% the 
result of CFCs. 


The first concerns about depletion of strato- 
spheric ozone were raised in the 1960s. At that time, 
a number of scientists suggested that emission of water 
vapor and various other chemicals from high-flying 
military jets and rockets might cause a consumption of 
stratospheric ozone. These discussions intensified dur- 
ing the early 1970s, when there were proposals to 
develop fleets of supersonic aircraft flying in the stra- 
tosphere. This idea was scrapped due to the huge price 
tag. Some scientists additionally suggested that emis- 
sions of oxides of nitrogen from vehicles and agricul- 
tural practices might also have some effect on the 
ozone layer, as could emissions associated with 
launchings of space shuttles and other spacecraft. 


Since the 1970s, there has been evidence of large 
decreases in the concentrations of stratospheric ozone 
at polar latitudes—the ozone hole—during the late 
winter to early springtime. The Antarctic hole tends 
to develop between September and November, when 
the stratosphere is intensely cold but sunlight is 
intense, at altitudes of 7.4-16 miles (12-25 kilometers). 
The average decreases in springtime stratospheric 
ozone concentrations over Antarctica have been 
30-40%. However, in some years the decrease in 
ozone has been over 60%. 
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The Antarctic ozone hole has been increasing in 
diameter. Measurements obtained in October, 2006 
have revealed that the ozone hole is almost as large 
as has ever been recorded, in 2005. Then, the hole was 
almost 25 million square kilometers big—over three 
times the size of Australia. 


Concentrations of stratospheric ozone can also be 
affected at non-polar latitudes, although the ozone 
depletion is relatively small. This happens during the 
late springtime, when the normal lower-latitude ozone 
concentrations are diluted by ozone-depleted polar air 
that becomes widely dispersed as the ozone holes break 
up and dissipate. Ozone layer depletions have been 
observed over North America, Europe, Asia, most of 
Africa, Australia, and South America. Ozone levels over 
the United States have fallen 510%, depending on the 
season. 


The reason that ozone depletion is of concern is 
because of ozone’s ability to absorb the genetically- 
destructive wavelengths of ultraviolet radiation. As 
such, stratospheric ozone helps to protect humans 
and other organisms on Earth’s surface from some of 
the harmful effects of exposure to this high-energy 
electromagnetic radiation. In fact, without the protec- 
tive action of the stratospheric ozone layer, it is likely 
that life would not be possible on Earth’s surface, and 
that life in the ocean would be restricted to the depths 
where sunlight does not penetrate. 
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The most common effect of ultraviolet overexpo- 
sure is a sunburn. While this is seldom serious, other 
threats are more serious. Genetic damage increases the 
incidence of skin cancers. Basal carcinomas account 
for about 75% of human skin cancers, and squamous 
cell carcinomas about 20%. These are both serious 
diseases, but they can usually be successfully treated 
if detected early enough. The other skin cancer is 
malignant melanoma, a deadly disease that accounts 
for about 5% of total skin carcinomas, and which is 
often fatal soon after it is diagnosed. 


Other human-health effects of ultraviolet expo- 
sure include increased risks of developing cataracts 
and other damage to the cornea, damage to the retina, 
a suppressed immune system, sunburns of exposed 
skin, skin allergies, and an accelerated aging of the 
skin. 


As a result of widespread awareness and concerns 
about the role of CFCs in the depletion of strato- 
spheric ozone, the uses and emissions of these chem- 
icals were curtailed. For example, the use of CFCs as 
propellants in aerosol spray cans was banned in the 
1980s. A conference sponsored by the United Nations 
Environment Programme in 1987 resulted in the so- 
called Montreal Protocol, which was subsequently 
revised and made more stringent in 1990, when it 
called for a complete phase out of global CFC use by 
the year 2000. The United States, Canada, Australia, 
and other developed countries have completely phased 
out the production of CFCs. As of 2006, the complete 
phase-out has not been achieved; according to the 
protocol developing countries have until the year 
2010 to complete their phase out. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Other substances that can find their way into the 
stratosphere can increase the rate of ozone depletion 
as well. Halons, which are compounds consisting of 
bromine, fluorine, and carbon, can end up in the upper 
atmosphere where the halogens found in the com- 
pounds catalyze the ozone consuming reactions. 
Methyl bromide provides the catalyst bromine. 
Hydrochlorofluorocarbons (compounds consisting 
of hydrogen, chlorine, fluorine, and carbon) and car- 
bon tetrachloride release chlorine and fluorine into the 
upper atmosphere. 


Data from both ground-based and satellite meas- 
urements indicate that after decades of continual 
increase, concentrations of chlorine in the strato- 
sphere are starting to plateau. The concentrations of 
bromide, however are continuing to increase and the 
depletion of ozone as a result of halides has been as 
great as 30% over the last decade. However, if halide 
and CFC concentrations continue to fall as directed by 
the Montreal Protocol, computer models predict that 
Antartic ozone concentrations should begin to increase 
in 2010. 
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| Pacemaker 


The rhythmic, regular beating of the heart is con- 
trolled by a natural pacemaker—a small patch of cells 
at the top of the right atrium called the sinoatrial (SA) 
node that sends rhythmic electric impulses along spe- 
cific conducting fibers to the heart muscles, stimulat- 
ing them to contract and relax in a regular sequence. 
When the heart muscles fail to receive the pacemaker’s 
signals, the heart ceases pumping blood. Within a few 
minutes, the patient faints, and within a few more 
minutes, dies—unless the heart muscles can be stimu- 
lated to resume contracting. 


An artificial pacemaker is designed to help a dam- 
aged heart beat normally; it is programmed to send an 
electrical impulse to stimulate the heart muscle if it does 
not sense a normal heart beat within a specific amount 
of time. Dual-chamber pacemakers, the most common 
type, use leads to sense and pace activity in both the 
atrium (upper chamber) and ventricle (lower chamber). 
Single-pass pacemakers use only one lead and sense 
only one chamber, usually the ventricle. Faster and 
more easily implanted than the dual lead type, this 
pacemaker is indicated only in certain instances. 


Heart 


The heart is a unique organ that must function 
continuously to pump blood supplying oxygen to the 
body. It speeds up during special times of need, as when 
an individual is running or doing stressful work. It 
slows at night or during sleep when the demand for 
blood decreases. 


This tiny pump, about the size of a fist, squeezes 
approximately 2.5 fl oz (75 ml) of blood out into the 
body with each beat. At a normal heart rhythm, this 
adds up to about 10 pt (5 1) of blood each minute. The 
heart pumps 2,500 gal (9500 1) of blood each day, and 
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more than 100 million gal (400 million 1) of blood in an 
average lifetime. The SA node regulates every heart- 
beat in time and intensity. 


The SA node may function irregularly over time 
or even stop functioning, which will interfere with the 
performance of the heart. There are other electrically 
active tissues that will issue regulatory signals if the SA 
node stops generating an electrical current. The heart- 
beat will slow considerably under guidance of the next 
layer of tissue. An abnormally slow heartbeat is called 
bradycardia. The heartbeat may also become irregu- 
lar, developing an arrhythmia. On the other hand, the 
SA node may become overactive, causing the heart to 
race at an abnormally high speed, a condition called 
tachycardia. 


History 


English surgeon W.H. Walshe first suggested 
using electric impulses to restart the heart in 1862. 
Nearly a century later, Harvard University-educated 
American cardiologist Paul Maurice Zoll believed he 
could use the heart’s responsiveness to electrical stim- 
ulation to treat cases of blockages of the heart, what is 
commonly called heart block. His first attempt, pass- 
ing an electrode down the esophagus, failed, but in 
1952 he developed an external pacemaker, passing an 
electric shock to the heart through electrodes placed 
on a patient’s chest. In October 1952, Zoll’s pace- 
maker was used to maintain a heartbeat in a man 
suffering from congestive heart failure; after two 
days, the patient’s own heart took over again. 


Zoll’s machine, while effective, had inherent limi- 
tations: The shocks were painful to the chest muscles, 
and the machine—and thus the movement of the 
patient—were restricted to the nearest electrical outlet. 
Researchers envisioned an implantable pacemaker, 
and American inventor Wilson Greatbatch had dreamed 
of building one since he first heard of heart block in 
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Pacemaker 


Pacemakers like these are usually implanted under the skin 
below the clavicle and connected to the heart by a wire 
inserted into a major vein in the neck and guided down into 
the heart. (Eamonn McNulty. National Audubon Society 
Collection/Photo Researchers, Inc.) 


1951. The restrictive size of vacuum tubes and storage 
batteries, however, made it impossible. As transistors 
became widely available in the late 1950s, Greatbatch 
mentioned his idea to Dr. William Chardack of the 
Buffalo, New York, Veterans Administration Hospital 
and, with Chardack’s encouragement, put together an 
implantable pacemaker in three weeks, working in the 
barn behind his home. After two years of animal test- 
ing, in 1960, Chardack and his associates implanted 
the first pacemakers in the chest wall of a human 
patient. Also in 1960, Ake Senning and his colleague, 
Elmqvist, designed an implantable pacemaker with an 
external coil and internal receiver. 


The early pacemakers were designed to regulate 
every single heartbeat. It took over the function of the 
SA node; from the time of implantation, the patient’s 
heartbeat was directed by the pacemaker at a preset 
speed (usually about 70 to 72 beats per minute). Thus 
the patient’s capacity for exercise was limited because 
no matter what conditions he was under, his heart 
maintained the same rate of beating. It would not 
speed up to provide additional oxygen needed by the 
tissues when the patient exercised. Since then, how- 
ever, a great deal of progress has been made. 


Modern technology 


Modern pacemakers are much improved over 
these designs. They are lightweight and relatively easy 
to install, and their lithium batteries last up to ten 
years as opposed to the mercury-zinc battery’s life of 
twenty months. The first generation of pacemakers sent 
signals at a preset rate; researchers Ken Anderson and 
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Dennis Brumwell of Medtronic, Inc., in Minneapolis, 
Minnesota, advanced pacemaker technology immensely 
when they invented activity-responsive pacing in 1981 
by using piezoelectric crystals that reacted to differing 
levels of body exertion. Medtronic’s Activitrax®, 
introduced in 1985, was the first pacemaker to adjust 
pacing rate to exercise level. Several even more 
advanced pacemakers became available in the late 
1980s, among them Medtronic’s Legend®. These devi- 
ces can be reprogrammed while they are still 
implanted, using radio-frequency signals to reset the 
pacemaker’s microprocessor. They also store informa- 
tion about cardiac events, and some models can even 
transmit that information over the telephone, directly 
from the patient’s chest to the doctor’s office. 


Implantable cardioverter defibrillators (ICDs) 
designed by Guidant Corporation and other manufac- 
turers primarily for other purposes, including the 
treatment of heart rhythms that are abnormally fast 
and life threatening (e.g., atrial fibrillation), can func- 
tion as pacemakers for patients affected by these 
arrhythmias. 


In a long-term study of malfunction rates of pace- 
makers and ICDs, researchers from the U.S. Food and 
Drug Administration (FDA), Beth Israel Deaconess 
Medical Center (Boston, Massachusetts), and Harvard 
Medical School (Boston, Massachusetts), found that 
from 1990 to 2002, 2.25 million pacemakers and 
415,780 ICDs were implanted in the United States. 
The FDA estimates that the number of pacemakers 
implanted annually increased from about 95,000 in 
1990 to more than 267,000 in 2002. 


Current models of pacemakers monitor the heart 
to determine the heart rate and do not interfere with 
the heart function unless the heart rate drops below a 
predetermined speed (usually 66 to 68 beats per 
minute). Only then will the pacemaker deliver an elec- 
trical signal to drive the heart until the pacemaker 
determines that the SA node is again on track. The 
mechanical device then ceases its signals and returns to 
monitoring the heart rate. This is called demand 
pacing. 


Current pacemakers weigh less than one ounce 
(25 g), are about the size of a quarter, and pace the 
upper and lower chamber as needed. 


Some patients are at risk of a form of arrhythmia 
called fibrillation, which is a completely uncoordinated, 
quivering, nonfunctional heartbeat. If not corrected 
quickly, fibrillation can cause death. Since 1985, pace- 
makers have been available to monitor the speed of the 
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KEY TERMS 


Arrhthymia—Any abnormal rhythm of the heart, 
which can be too rapid, too slow, or irregular in 
pace. 


Atria—The two upper chambers of the heart. 


Demand pacing—A type of pacemaker that responds 
to the needs of the body rather than uniformly pac- 
ing heartbeats at a single rate. 


Ventricles—The two lower chambers of the heart; 
also the main pumping chambers. 


heart and deliver an appropriate electrical shock to the 
heart muscle if it begins to fibrillate. The device can 
deliver a low-level pacing shock, an intermediate 
shock, or a jolting, defibrillating shock if necessary. 


Surgeons prefer to implant pacemakers in the 
shoulder because the procedure can be carried out 
under local anesthetic. The wire from the pacemaker 
is inserted into one of the large veins in the shoulder 
and fed down into the heart, through the right atrium 
and into the ventricle where it is attached to the heart 
muscle. If the wire cannot be fed through veins that are 
too small or diseased, the pacemaker can be implanted 
in the abdomen. 


Doctors must see patients with pacemakers fre- 
quently to check the battery power and make sure the 
circuitry is intact. Leads may become disconnected, 
the wire may break, or scarring may form around the 
electrode, all of which can render the pacemaker use- 
less. Patients should avoid sources of electromagnetic 
radiation, including security scanning devices at air- 
ports and diagnostic tests using magnetic resonance 
imaging (MRI), both of which can turn off the pace- 
maker. Some states prohibit a person from driving an 
automobile for a period of time after he/she has 
received a pacemaker if he/she has previously experi- 
enced unconsciousness as a result of arrhythmia. 


See also Circulatory system. 
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| Pain 


Pain is an unpleasant feeling that is carried to the 
brain by the nervous system. Injury is a major cause, 
but pain may also arise from an illness. It may accom- 
pany a psychological condition, such as depression, or 
may even occur for no obvious reason. Pain, in 
its most basic form, results from a variety of outside 
stimuli such as a pinprick or a serious burn. However, 
pain is a complex experience that eludes simple defi- 
nitions. Not only does the central nervous system play 
a crucial role in the experience of pain, but psycholog- 
ical factors can also affect how an individual perceives 
pain. Most pain results from the intense stimulation of 
nerve endings beneath the skin that serve as the body’s 
alarm system for detecting injury. 


Pain can be classified as acute (brief) or chronic 
(long-lasting). Acute pain often results from tissue 
damage, such as a skin burn or broken bone. Acute 
pain can also be associated with headaches or muscle 
cramps. This type of pain usually goes away as the 
injury heals or the cause of the pain is removed. 


Chronic pain is pain that lingers after an injury 
heals, or is related to a disease, or has no known cause 
but will not go away. It is estimated that one in three 
people in the United States will experience chronic 
pain at some time in their lives. 


For the majority of people, pain is immediate and 
intense. However, in certain situations, the feeling of 
pain may be delayed or may fail to occur altogether (as 
sometimes happens with soldiers in the midst of battle). 
Another baffling aspect of pain is its persistence after 
the source of pain is gone, such as phantom limb pain 
that continues even after the injured limb has been 
amputated. Although people usually seek to avoid 
pain, some people, called sadomasochists, can derive 
pleasure from pain. 


Everyone experiences and describes pain in their 
own way, so it can be difficult to communicate pre- 
cisely about its quality and intensity. There are no tests 
that can show what type of pain a person is having or 
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Pain 


how severe it is. This is the reason why doctors ask 
patients many questions about their pain, including 
where it is located and what type of pain it is—burn- 
ing, shooting, stinging, stabbing, throbbing, or aching, 
for example. Doctors also ask what kinds of things 
increase or relieve the pain, how long it has lasted, and 
whether there are any variations in it. Sometimes 
patients are asked to rate their pain on a scale of zero 
(no pain) to ten (the worst pain ever experienced). 


The physical origins of pain 


Despite the advances made in the study of pain 
over the past 50 years and the evolution of several pain 
theories—such as the specificity, pattern, and gate- 
control theories—many questions remain about the 
physiological and psychological components of this 
enigmatic but common experience. Most scientists 
agree, however, that the physiology of pain is a com- 
plex biochemical process that begins with pain recep- 
tors on nerve fibers that lie beneath the skin. An 
outside stimulus, such as intense heat, a cut, or even 
an exceptionally strong handshake, causes biochemi- 
cals on the nerve endings to produce a series of elec- 
trical nerve impulses. These impulses pass a pain 
message through the spinal cord to the brain’s thala- 
mus, which is located on top of the brain stem and 
processes the signals to the cerebral cortex. It is the 
cerebral cortex that interprets the feeling of pain and 
produces the appropriate reaction, such as pulling the 
hand away from a hot surface. 


A number of biochemicals are involved in the 
experience of pain. Prostaglandins are biochemicals 
that are released where the injury occurs. These pros- 
taglandins increase blood circulation in the injured 
area in order to battle infection and promote healing 
by increasing the supply of white blood cells, antibod- 
ies, and oxygen. Prostaglandins also work in concert 
with other biochemicals, like bradykinin, to increase 
nerve-ending sensitivity and transmit electrical 
impulses to the brain. The speed at which these elec- 
trical impulses travel will vary according to the type of 
pain. For example, a pinprick may cause only a slight 
pain, but the impulse it triggers travels at the astonish- 
ing rate of 98 ft/sec (30 m/sec). In contrast, the pain 
impulse of a slight burn or ache travels at approxi- 
mately 6.5 ft/sec (2 m/sec). As a result, some types of 
pain may cause immediate flinching whereas other 
kinds of pain produce a delayed response. 


As scientists continue to study pain, they are 
uncovering more detailed information concerning its 
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physiological intricacies. For example, they have iden- 
tified certain receptors in the brain’s neurons, called 
the NMDA (AN-methyl-D-aspartic acid) receptors, 
that may amplify pain messages in the spinal cord, 
causing an individual to feel pain after touching an 
area that has been burned. Scientists are also locating 
with increased precision the areas of the brain that 
process pain information. One study has indicated 
that three specific structures in the cerebral cortex 
interpret pain messages, including where the pain is 
located. One structure, the anterior cingulate gyrus 
(which is thought to control emotions), may also 
play a crucial role in an individual’s response to pain. 
Another group of researchers have found that a com- 
plex network of nerves in the brain may control the 
various responses that different people will have to the 
identical amount of pain. 


Types of pain 


Pain occurs in various degrees, from dull and 
aching to piercing and intense. Acute pain is usually 
associated with tissue injury and, for the most part, 
occurs for only a short amount of time. Chronic pain, 
however, persists for long periods of time, even years 
after the injury that originally caused the pain has 
gone away. For example, severe burns can create scar 
tissue that can continue to cause excruciating discom- 
fort. Certain disorders, such as arthritis or cancer, may 
also cause persistent pain. In the case of phantom limb 
pain, an individual may continue to perceive pain in an 
arm or leg that has been amputated as though the 
appendage was still there. The precise cause of phan- 
tom limb pain is unknown. One theory is that the 
nerve endings remaining after the amputation con- 
tinue to process the electrical pain impulses. Other 
theories focus on the firing of spinal cord neurons 
and the intricate neuronal circuitry of the brain. 


Specific types of pain include causalgia (caused by 
severe burning that injures the nerve fibers under the 
skin) and neuralgia (caused by factors like viral infec- 
tions and nerve degeneration that damages peripheral 
nerves). Headaches are the most common of all pain 
and may be chronic or acute in nature. Vascular head- 
aches, like migraines, are caused by the constriction 
and dilation of the blood vessels in the area around the 
brain. Tension headaches have their origin in muscu- 
lar contractions and are usually associated with psy- 
chological factors such as stress and depression. 
Traction or inflammatory headaches, which account 
for approximately 2% of all headaches, are caused by 
diseases. 
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KEY TERMS 


Anterior cingulate gyrus—A part of the brain that 
may play a critical role in controlling emotions and 
response to pain. 


Biochemical—The biological or physiological chem- 
icals of living organisms. 


Bradykinin—A biochemical present in the blood 
that acts as a vasodilator (which causes the dilation 
of blood vessels). 


Causalgia—A type of pain caused by severe burning 
of the skin. 


Central nervous system—The brain and spinal cord 
components of the nervous system that control the 
activities of internal organs, movements, percep- 
tions, thoughts, and emotions. 


Cerebral cortex—The external gray matter surround- 
ing the brain and made up of layers of nerve cells and 


Psychological factors in the individual 
experience of pain 


The psychology of pain is a complex area of study. 
Although pain is universal, in that every human being 
experiences it in one form or another, individual feel- 
ings of and responses to pain vary greatly. Each indi- 
vidual has a unique pain threshold (the point at which 
they first begin to experience pain) and tolerance to 
pain. Cultural heritage, tension, emotions, fears, and 
expectations all play a role in the experience of pain. 


For example, in certain cultures specific rites and 
rituals may involve a pain that is readily accepted by 
the people within that particular society. Scientists 
believe that people in these cultures experience that 
pain to a far lesser degree than others from different 
cultures would if they underwent the same experience. 
In such cases, the ability to focus on other aspects of 
the ritual, such as its social or religious ramifications, 
may act as a psychological sedative that helps the 
individual better tolerate the pain or, perhaps, feel no 
pain at all. The expectation of pain also determines 
how much pain is felt. Two people, for example, may 
go to the dentist; the person who has greater anxiety 
about the experience is likely to feel a greater amount 
of pain. Tension and emotional states may also cause 
biochemical changes that lower the amount of endor- 
phins (naturally occurring opiates) produced by the 
brain. 
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fibers; it is thought to process sensory information 
and impulses. 


Endorphins—Biochemicals produced by the brain 
that act as opiates and reduce pain. 


Neuralgia—Severe throbbing or stabbing pain that 
originates in the nerve fibers. 


Neurons—Nervous system unit that includes the 
nerve cell, dendrites, and axons. 


NMDA receptors—Specific neuron receptors that 
strengthen neural connections and may play a role 
in pain perception. 

Prostaglandins—A biochemical substance, present in 
many tissues, that plays an important role in healing 
injured areas and relaying pain messages to the brain. 


Thalamus—A structure at the top of the brain stem 
that acts as the primary relay station for biochemical 
messages from the spinal cord to the brain. 


Pain control 


Many drugs are available for preventing or treat- 
ing pain. Drugs from different classes may be com- 
bined to handle certain types of pain. 


Nonopioid analgesics, such as aspirin, acetamino- 
phen (Tylenol®), and ibuprofen (Advil®) are most 
often used for minor pain. These drugs are available 
without a doctor’s prescription, but there are also 
some prescription-strength medications in this class. 


Narcotic analgesics are available only with a doc- 
tor’s prescription and are used for more severe pain, 
such as cancer pain. These drugs include codeine, 
morphine, and methadone. Contrary to earlier beliefs, 
physiological addiction to these painkillers when used 
therapeutically is not common. 


Anticonvulsants as well as antidepressant drugs, 
initially developed to treat seizures and depression, respec- 
tively, also can be used as pain-killers. Furthermore, it 
is not unusual for people with chronic or extreme pain 
to experience some depression, so treatment with anti- 
depressants may serve a dual role. Commonly pre- 
scribed anticonvulsants for pain include phenytoin, 
carbamazepine, and clonazepam. Antidepressants used 
for this purpose include doxepin, amitriptyline, and 
imipramine. 


Pain that cannot be relieved with the drugs dis- 
cussed above may be treated by injections of local 
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Paleobotany 


anesthetics directly into or near the nerve that is trans- 
mitting the pain signal. These root blocks may also be 
useful in determining the source of pain. 


Drugs are not always effective in controlling pain. 
Surgical methods are used as a last resort if drugs and 
local anesthetics fail. 


Alternative treatments are sometimes used to help 
patients deal with both the physical and psychological 
aspects of pain. Some of the most popular treatment 
options include acupressure and acupuncture, mas- 
sage, chiropractic, and relaxation techniques, such as 
yoga, hypnosis, and meditation. Herbal therapies are 
gaining increased recognition as viable options. For 
example, capsaicin, the component that makes cay- 
enne peppers spicy, is used in ointments to relieve the 
joint pain associated with arthritis. Contrast hydro- 
therapy can also be very beneficial for pain relief. 


Psychological approaches to reduce pain by 
increasing an individual’s pain threshold and toler- 
ance were largely developed for chronic pain sufferers, 
but may also work in cases of acute pain. One such 
method involves focusing the attention on something 
other than the pain, such as a past pleasant experience, 
music, or even a complex mathematical problem. 
Relaxation and meditation techniques are used to 
reduce stress and muscle tension that may increase 
feelings of pain. Exercise can also help reduce pain 
because it causes the brain to produce more endor- 
phins, the body’s natural painkillers. 


See also Analgesia; Anesthesia. 
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l Paleobotany 


Paleobotany endeavors to reconstruct past cli- 
mates and regional vegetation systems by studying 
the fossilized remains of plants or preserved pollen 
samples. Such studies have yielded information 
regarding global climate change, both natural and 
man-made, and its effects on specific environments. 
Paleobotanists aid in the identification of various cli- 
matic episodes. By collaborating geological evidence 
of glacial periods, or ice ages, with changes in regional 
flora, scientists have been able to create a more 
detailed picture of the development, course, and 
effects of such episodes. Paleobotany is an essential 
branch of research on evolution. As early as 1790, 
some of the seminal research in evolutionary theory 
included botanical studies. Today, paleobotany is uti- 
lized in a multitude of scientific settings, from archae- 
ology to natural resource acquisition. 


Paleobotany is essentially the study of the plant 
life of the geological past. Paleobotany is pursued 
most often through the study of fossils, or impressions 
of plant parts that have been preserved in sedimentary 
rocks, coal, or other geological deposits. The most 
ancient plant fossils are older than one billion years, as 
is the case of microscopic impressions of Precambrian 
algae. There are also much younger fossils, as is the 
case of pollen in recently deposited lake sediments. 


The primary goals of paleobotany are to discover 
the earliest appearances of various groups of plants, 
and to understand the evolutionary relationships 
among these taxa. Other objectives of paleobotany 
include the use of knowledge about fossil plants to 
infer the likely characteristics of their environment, 
including the type of climatic conditions under which 
they grew. Paleobotanists are also interested in the 
nature of the communities of fossil plants, and the 
species of animals with which they may have lived. 
Sometimes paleobotanical knowledge can be used for 
more practical purposes, such as assisting in the dis- 
covery of underground reserves of fossil fuels. 


Paleobotanists commonly collect and identify 
microscopic spores, pollen, and bits of larger tissues. 
They also may identify larger, macroscopic plant 
remains such as leaves and even fossil tree trunks. 
Often, only the major plant group to which these 
plant parts belong, such as order or family, can be 
identified. In the case of more recent plant fossils 
that represent species that are still extant (not extinct), 
the remains may even be identifiable down to genus or 
species. Sometimes, the age of samples is known quite 
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Fossilized Alethopteris, a seed fern from the Pennsylvanian 
period. (JLM Visuals.) 


accurately. Paleobotanical studies of some recent lake 
sediments have shown that sediment layers sometimes 
develop as annual accumulations. The total number of 
layers can be subtracted from the current year to 
determine an age for the sequence or any layer within. 


Palynology (the study of fossil spores and pollen) is 
an important sub-discipline of paleobotany, and can be 
used to illustrate the nature and breadth of paleobotan- 
ical research. Palynologists search samples of lake sedi- 
ment, river sediment, or a bog peat of known age, 
carefully identifying and counting the microscopic pol- 
len. Identification serves to place each specimen into 
whatever fossil group it belongs, down to the most 
specific level possible, which is often to the species. 


From the assemblages of fossil pollen, palynolo- 
gists make inferences about the types of forests or other 
plant communities that may have occurred in the local 
environment. These interpretations must be made care- 
fully, however, because species are not represented in 
the pollen record in ways that directly reflect their 
abundance as mature plants. For example, pollen of 
wind-pollinated species is relatively abundant in lake 
sediments, whereas species that are insect pollinated are 
not well represented. Therefore, palynological studies 
of lake sediment might indicate that about 15,000 years 
ago the local environment around a particular lake in 
Minnesota used to support species that are now typical 
of northern tundra, while 10,000 years ago the vegeta- 
tion was a boreal forest of spruces and fir. More 
recently, the pollen assemblage may be dominated by 
species such as oaks, maples, basswood, chestnut, and 
other species of trees from more temperate climates. 
Combining these sorts of observations and knowledge 
of the present, climatically-influenced distributions of 
these species, scientists can come to insightful conclu- 
sions about both the historical plant communities and 
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past climates that occurred after the most recent glaci- 
ation ended in the region in which the lake occurs. 


Palynologists sometimes work with archaeolo- 
gists to study plants represented in archaeological 
deposits. Pollen samples are collected from geological 
strata or from artifacts, such as charcoal from the 
inside face of pottery, and is then analyzed to deter- 
mine what types of plants are present. Samples taken 
from geological strata yield clues about the environ- 
ment in which prehistoric people lived. Similar sam- 
ples taken from artifacts give researchers clues about 
prehistoric subsistence and farming patterns. For 
example, palynological studies provided the first sci- 
entific evidence of crop domestication, especially corn, 
in the Americas. Archaeologists have also used paly- 
nological research on past climates to determine which 
species of plants or crops were imported to certain 
areas through trade or conquest. This area of paleo- 
botany is often known as paleoethnobotany, a special 
sub-discipline interested in the way past communities 
interacted with local flora and climates. 


See also Archaeology; Fossil and fossilization. 


Bill Freedman 


| Paleoclimate 


Paleoclimate studies analyze the variation of the 
climate in past geologic times, prior to instrumental 
measurements. Paleoclimate is expressed by its param- 
eters—paleotemperature, precipitation in the past, cir- 
culation, sea surface temperature (SST) and sea level. 


The general state of Earth’s climate is dependent 
upon the amount of energy Earth receives from the 
solar radiation, and the amount of energy Earth 
releases back to space in the form of infrared heat 
energy. Causes of climate change involve any process 
that can alter the global energy balance (climate forc- 
ing). Climate forcing processes can be divided into 
internal and external types. External processes include 
variations in Earth’s orbit around the sun. These varia- 
tions change the amount of energy received from the 
Sun, and also cause variations of the distribution of 
sunlight reaching Earth’s surface. Long-periods of 
solar luminosity variations cause variations of the 
global climate, although lower intensity variations of 
luminosity may not produce detectable changes in local 
climate if circulation patterns modulate them. Internal 
processes operate within Earth’s climate system, and 
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include changes in ocean circulation and changes in the 
composition of the atmosphere. Other climate forcing 
processes include the impacts of large volcanic erup- 
tions, and collisions with comets or meteorites. 


Over much of Earth’s geologic history, the global 
climate has been warmer and wetter than at present. 
Global temperatures early in Earth’s history were 
46-50°F (8-15°C) warmer than today. Polar regions 
were free of ice until periods of glaciations occurred 
2,300 million years ago. For about the past last one 
billion years, Earth’s dominant climate pattern has 
been one of tropical regions, cool poles, and periodic 
ice ages. Most recent glaciers reached their maximum 
thickness and extent about 18,000 years ago, and then 
glaciation ended abruptly about 10,000 years ago. Since 
the last glacial period, sea levels changes from —132.2 
yd (—120 m) during glaciation to +10.9 yd (+10 m) 
during interglacial maximum, due to ice sheet melting. 


The Medieval Climatic Optimum occurred around 
AD 1000 to 1250. The Northern Hemisphere experi- 
enced a warm and dry climate. Most of Greenland was 
ice free, therefore, was named Greenland. The Little Ice 
Age was a period of rapid cooling, which began after 
the end of the Medieval Warm period and lasted nearly 
until the end of the eighteenth century, reaching its peak 
from 1460 to 1705. During this period, the average 
global temperature dropped between 33.8-35.6°F 
(1-2°C). Solar activity may have lead to climatic 
changes like the Little Ice Age and Medieval Climatic 
Optimum. The Little Ice Age coincides with a period of 
absence of aurora form 1460-1550 called the Spoerer 
Solar Minimum, and an absence of sunspots from 
1645-1715 called the Maunder Minimum. The number 
of sunspots has been related to solar output and the 
emission of the radiant heat from the sun. 


Reconstructions of Paleoclimate are made by use 
of records of different proxies (models) of different 
climatic parameters. These models can be divided to 
quantitative, qualitative, and indirect from the point 
of view of the precision of the reconstruction of past 
climates they provide. Quantitative models are able to 
reconstruct the exact values of the temperature, 
annual precipitation or sea level, and to estimate its 
error. Qualitative models are able to reconstruct only 
their principal variations expressed through the varia- 
tion of the model. Indirect models do not express 
variations of the climate, but of something dependent 
on climate through a complicated mechanism such as 
distribution of a certain plant type. 


Speleothems (stalagmites, stalactites, and flow- 
stones) are producing a tremendous range of re- 
constructions of different types of paleoclimatic 
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parameters, including many quantitative records. 
Calcite speleothems display luminescence, which is 
produced by calcium salts of humic and fulvic acids 
derived from soils above the cave. The luminescence 
of speleothems depends exponentially on the solar 
insolation (if soil surface is heated directly by the 
Sun) or on the air temperature (if the cave is covered 
by forest or bush). Therefore, luminescence records 
represent solar insolation or temperature in the past. 
Luminescence of many speleothems is exhibited by 
annual bands much like tree rings. Distance between 
them is a quantitative proxy of annual precipitation in 
the past. 


Changes in the thickness of the tree rings records 
temperature changes if derived from temperature-sen- 
sitive tree-rings, or records precipitation if derived 
from precipitation-sensitive tree rings. These records 
are modulated to some degree by the other climatic 
parameters. 


The stable isotope records of past glaciations are 
preserved in glacier ice and in sea cores. These records 
are primarily a measure of changing volume of glacier 
ice. The ratio of stable isotopes in water is temperature 
dependent, and is altered whenever water undergoes a 
phase change. Now, the volume of land ice is relatively 
small, but during glacial periods, much isotopically 
light water was removed from oceans and stored in 
glaciers on land. This caused slight enrichment of sea- 
water, while glacier ice had lower values of the ratio. 
Sea cores do not allow for a better resolution than 
1000 years, and cannot be dated precisely. Corals 
and speleothems often allow measurements with 
minor time increments. Plants and animals adapt to 
the climatic changes, so may be used as indirect pale- 
oclimatic indicators. Fossil evidence provides a good 
record of the advancing and retreating of ice sheets, 
while various pollen types indicate advances and 
retreats of northern forests. 


See also Atmosphere observation; Geochemical 
analysis; Geochemistry; Geographic and magnetic 
poles; Geologic map; Geologic time; Geology; Geom- 
etry; Geomicrobiology; Meteorology; Paleobotany; 
Paleoecology; Paleomagnetism; Precession of the 
equinoxes; Seasons. 
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l Paleoecology 


Paleoecology is the branch of paleontology that 
studies ancient organisms and their environments. 
Paleoecologists study the physical structure and bio- 
logical functions of organisms, their interactions with 
each other, and their role in ancient ecosystems. In 
addition to the basic principles of paleontology, pale- 
oecology research depends on concepts from biology, 
sedimentology, and geochemistry. The goals of paleo- 
ecology are to understand the details of ancient envi- 
ronments and the functioning of ancient ecosystems 
and their evolution. 


The primary database for paleoecological studies 
is the fossil record. For example, by studying fossils 
and comparing them with similar living organisms, 
paleoecologists attempt to understand how the fossil 
organism lived and its ecological duties. If no living 
organism is analogous to a fossil, an engineering 
approach may be taken. This involves constructing 
models of the fossil and testing how it behaves under 
various environmental conditions. In this way, the 
researcher can determine why the organism evolved 
that particular combination of body shape, density, 
size, etc., and what type of environment it probably 
inhabited. 


An organism’s fossilized hard parts (for example, 
the shell of a clam), through their composition, provide 
clues to the environment as well. A clam shell’s trace 
element content relates to the concentration of trace 
elements in the aquatic environment. The concentra- 
tion in the environment is a product of environmental 
variables such as salinity and water temperature. So, by 
studying the trace element chemistry of a fossil, it may 
be possible to determine the approximate climatic 
conditions where the organism lived, as well as its 
latitude. 


In addition to body fossils, paleoecologists study 
trace fossils. These are things like footprints, gopher 
burrows, or worm trails preserved in sediments. Trace 
fossils indicate the behavior of the organism that made 
the trace and physical factors about the environment. 
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For example, a trail of dinosaur footprints preserved 
in stream bed sediments provides evidence of how fast 
the dinosaur was moving, based on spacing of the 
prints. The depth of the footprints suggests how soft 
the sediments were, and hence, whether the stream bed 
was dry at the time the dinosaur traversed it. 


Unlike ecologists, paleoecologists must cope with 
a very incomplete database, because many organisms 
do not easily fossilize. The evidence that is available to 
paleoecologists is also misleading at times. For exam- 
ple, a dinosaur nest discovered in the 1923—the first 
ever found—contained several broken dinosaur eggs. 
The remains of a small, previously unknown dinosaur, 
later named Oviraptor, were also found nearby. 
Certain skeletal characteristics of this dinosaur lead 
researchers to conclude that it was in the act of stealing 
eggs when it died, hence the name Oviraptor (egg 
plunderer). In 1993, evidence from another nest illus- 
trated that rather than stealing some other dinosaur’s 
eggs, Oviraptor was brooding on its own nest. 


As this example illustrates, perhaps more so than 
in any other science, old interpretations sometimes 
must be revised to accommodate new data or theories. 
However, overall, paleoecology is crucial to our 
understanding of the long and diverse history of life 
on earth. 


l Paleomagnetism 


Paleomagnetism is the study of magnetism in 
ancient rocks. The phenomenon was first discovered 
by the French physicist Achilles Delesse (1817-1881) 
in 1849, who observed that certain magnetic minerals in 
rocks were aligned parallel to Earth’s magnetic field. A 
related discovery was made by the French physicist 
Bernard Brunhes (1867-1910) in 1906. Brunhes 
observed that the magnetic minerals in some rocks are 
oriented in exactly the reverse position than would be 
expected if they were acting as simple compasses. That 
is, some of these minerals were oriented with their north 
poles pointing to Earth’s north magnetic pole, and their 
south poles to Earth’s south magnetic poles. 


The first treatise on experimental science by thir- 
teenth century scholar Petrus Peregrinus of Marincourt 
dealt with magnetism (“Epistola de Magnete”). 
However, direct observations of the geomagnetic field 
were not recorded until the late sixteenth century, when 
the magnetic compass became a widespread tool for 
navigation. In order to understand nature and origin 
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of Earth’s magnetic field, however, much longer 
records are necessary. Paleomagnetic research draws 
this information from rocks that acquire a remnant 
magnetization upon formation. 


The magnetization of minerals in rocks 


The phenomena observed by Delesse and Brunhes 
can be explained because of the fact that certain iron- 
containing minerals are affected by any magnetic field, 
including that of Earth. Two of the most important of 
these minerals are the oxides of iron: magnetite 
(Fe304) and hematite (Fe.03). When these minerals 
occur in molten rock, their atoms are free to move in 
such a way as to align themselves with Earth’s mag- 
netic field. When the rocks cool, the minerals are then 
frozen in position and oriented along Earth’s magnetic 
north-south axis. 


Magnetic minerals found in rocks today, however, 
are not necessarily oriented along Earth’s present mag- 
netic north-south axis. They may have shifted in a ver- 
tical direction (their inclination or dip) or in a horizontal 
direction (their declination). The deviation of a miner- 
al’s orientation to the present magnetic field is of value 
in determining changes in Earth’s structure in the past. 


For example, a magnetic mineral originally laid 
down along the equator would have an inclination of 
0°, while one laid down at one or the other of the poles 
would have an inclination of 90°. If one were to find a 
rock lying at 40° north latitude with minerals that have 
an inclination of 0°, he or she might conclude that the 
rock originally formed along the equator and, by some 
means, was transported northward to 40° latitude. 


Magnetization of minerals 


The natural magnetization of a rock is parallel to 
the ambient magnetic field. It is carried by small 
amounts of ferrimagnetic minerals and can be stable 
over geological time scales. 


Minerals can be magnetized and oriented with 
Earth’s magnetic field in a variety of ways. One of 
these methods was described above. Igneous rocks 
are formed when molten rock escapes from beneath 
Earth’s surface and cools sufficiently to form new 
rock. As long as the original rock is molten, minerals 
are too hot to hold a magnetic field or to stay in a 
permanent position. As the rock cools, however, it 
reaches a point where it can retain a magnetic field 
and assume a fixed position. At this point, the miner- 
als are frozen into place as compass like indicators of 
the direction of Earth’s magnetic field. 


Magnetic minerals can also be found in sedimen- 
tary rocks. As sand, silt, clay, and other such materials 
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are moved from place to place by wind, water, waves, 
and other forces, the magnetic minerals are constantly 
reoriented. However, when these materials finally set- 
tle out and form permanent accumulations, the min- 
erals orient themselves with Earth’s magnetic axis as 
they settle. Therefore, these sediments, which may 
eventually become sedimentary rocks, can preserve 
the orientation of Earth’s magnetic field just as igne- 
ous rocks do. 


Magnetization of minerals also occurs within 
rocky material during the chemical changes that result 
from metamorphism, or exposure to highly elevated 
temperature and pressures, which produces metamor- 
phic rocks. Again, freedom of movement allows the 
minerals to become magnetized along Earth’s existing 
magnetic lines of force. 


The study of the orientation of magnetic minerals 
is further complicated by the fact that more than one 
episode of magnetization may have affected a sample. 
For example, an igneous rock might be worn away by 
erosion and then re-deposited as a sedimentary rock. 
Then this sedimentary rock may be metamorphosed to 
produce a metamorphic rock, and then this rock may 
be exposed to another episode of metamorphism. 
Each of the metamorphic episodes has the potential 
to reorient the original sediments, or it may leave them 
relatively undisturbed. Recognizing the changes in the 
magnetic materials that occurred over millions of 
years within such a rock can be difficult. 


Measurement of paleomagnetism 


The study of paleomagnetism started in the 1940s 
when the British physicist Patrick M.S. Blackett (1897— 
1974) invented a device for measuring the very small 
amount of magnetic fields associated with magnetic 
minerals. The astatic magnetometer consisted of a num- 
ber of tiny magnets suspended on a thin fiber. The 
magnetometer was rotated around a sample and the 
amount of magnetism measured by changes in the fiber. 


Today, two other devices are more commonly 
used to study paleomagnetic materials: the spinner 
magnetometer and the cryogenic magnetometer. 
Each of these devices represents a significant improve- 
ment in the ability of a researcher to detect and meas- 
ure the magnetic field associated with a mineral. 


Applications of paleomagnetism 


Sequences of rocks can act like a magnetic tape of 
geologic history, but the original record is usually 
altered secondarily through time and various weath- 
ering processes. Paleomagnetic methods must be 
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employed to remove this magnetic noise and extract a 
true primary magnetization. 


The results of paleomagnetic studies over the past 
four decades have had an important influence on our 
understanding of Earth history. The most significant 
finding is that the orientation of magnetic minerals in 
rocks is often very much out of phase with Earth’s 
present magnetic field. At least two possible explana- 
tions for this phenomenon are possible and have been 
proposed by scientists. 


First, Earth’s magnetic field itself changes over time. 
Differences in orientation result from changes in the 
magnetic poles, not in the orientation of the minerals. 


Second, variations in the orientation of magnetic 
minerals have been caused by the movement of the 
minerals themselves. Since the minerals are now—and 
have for a long time been—frozen into the rocks, this 
theory would suggest that it is the rocks themselves 
that are moving across Earth’s surface. 


In fact, scientists now know that both of these 
explanations are correct; Earth’s magnetic poles have 
wandered from place to place over time and the rocks in 
which magnetic minerals are found have traveled across 
Earth’s surface. In addition, there is strong evidence 
that the polarity of Earth’s magnetic field has shifted 
(the north pole changing to the south pole, and vice 
versa) at least 171 times in the past 76 millions years. 
These reversals of polarity take place rather slowly, 
over a period of 5,000-10,000 years. They then remain 
fixed for a period of up to a million years. 


Earth’s magnetic field has been a dipole field for 
more than 99.9% of Earth’s history. Its shape resembles 
that of the field of a bar-magnet. The field lines emerge 
at one pole and re-enter at the other pole. Earth’s 
magnetic field, however, is not caused by a mass of 
iron with a remanent magnetization. Its origin lies in 
the outer fluid core where convective motion generates 
the magnetic field in a self-sustaining dynamo action. 
This dynamic origin of the geomagnetic field is the main 
reason why its shape and orientation are not constant 
but subject to temporal variations on time scales that 
range from millions of years to days. Averaged over 
time spans greater than 100,000 years, the dipole axis is 
parallel with Earth’s spin axis. 


In addition to these dramatic reversals of polarity, 
Earth’s magnetic poles have also wandered. About 
300 million years ago, for example, the north magnetic 
pole was located in the eastern region of Siberia. It 
then traveled northward to the northern coast of 
Siberia, along to the coastline to Alaska, and then 
northward to its present location. 
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Paleomagnetism and plate tectonic theory 


Even when the effect of reversal and change of 
location of Earth’s magnetic poles are taken into con- 
sideration, deviations of magnetic minerals in rocks 
from true north are still observed. In some cases, this 
deviation is very great. Since the 1960s, scientists have 
believed that the reason for these variations is that large 
chunks of Earth’s surface have moved significant dis- 
tances across the planet’s face over millions of years. 


In accordance with plate tectonic theory, Earth’s 
crust and upper mantle, which together constitute the 
lithosphere, consists of about 20 large plates that are 
about 60 mi (100 km) thick and thousands of miles 
wide. These plates move back and forth on top of a 
lower layer of material known as the asthenosphere. 
The plates collide with each other, slide past each 
other, and pull apart from each other. Significant geo- 
logical events, such as volcanoes and earthquakes, are 
in most cases the result of plate movements. 


One of the strongest pieces of evidence for plate 
tectonics has been paleomagnetism. Evidence has 
shown, for example, that some rocks in Alaska have 
magnetic minerals oriented in such a way that they must 
have been laid down at or near the equator. The fact 
that they are now at 70° north latitude suggests strongly 
that the plate on which they are riding must have 
migrated a very long distance during Earth history. 


Paleomagnetism can also be used to match up land 
masses that are now separated from each other, but 
which must once have been joined. For example, the 
orientation of magnetic minerals along the eastern 
coast of South America very closely matches that of 
similar minerals on the western coast of Africa. This 
correlation, taken with other evidence, provides strong 
support for the notion that South America and Africa 
were once joined together as a single land mass. 


One of the great successes of paleomagnetism has 
been in the study of sea floor spreading. Mid-oceanic 
ridge-rift systems are areas in the oceans where the edges 
of two plates, and any continents that may be on them, 
are being forced away from each other by currents in the 
underlying asthenosphere. Magma from the astheno- 
sphere is pushed up from below the rift to fill in the 
void created by spreading and to create new ocean floor. 


Strong evidence for this theory has come from the 
study of paleomagnetism on either side of mid-ocean 
ridges. Magnetometers towed by ships sailing above 
the rifts have found that the patterns of orientation of 
magnetic minerals on either side of a rift form stripes 
that are mirror images of each other. Patterns of 
high and low intensity and specific inclination and 
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KEY TERMS 


Compass—A device for detecting the presence and 
direction of a magnetic field. 


Declination—The vertical deviation of a compass 
needle from true magnetic north. 


Inclination—The horizontal deviation of a com- 
pass needle from true magnetic north. 


Magnetic field—The region in space in which a 
magnetic force can be felt. 


Magnetic pole—A space in which magnetic force 
appears to be concentrated. The two opposing 
magnetic poles are designated as the north and 
south poles of a magnetic. 


declination running parallel to the rift on one side are 
exactly matched by similar patterns on the opposite 
side. This pattern could exist only if new rock were 
being formed simultaneously on either side of the rift, 
as suggested by the above theory. 


See also Geochemical analysis; Geochemistry; 
Geographic and magnetic poles; Geologic map; Geologic 
time; Geomicrobiology; Paleobotany; Paleoclimate; 
Paleoecology. 
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I Paleontology 


Paleontology is the study of ancient animal life and 
how it developed. It is divided into two subdisciplines, 
invertebrate paleontology and vertebrate paleontology. 
Paleontologists use two lines of evidence to learn about 
ancient animals. One is to examine animals that live 
today, and the other is to study fossils. The study of 
modern animals includes looking at the earliest stages 
of development and the way growth occurs (embryol- 
ogy), and comparing different organisms to see how 
they are related evolutionarily (cladistics). The fossils 
that paleontologists study may be the actual remains of 
the organisms, or simply traces the animals have left 
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(tracks or burrows left in fine sediments). Paleontology 
lies at the boundary of the life sciences and the earth 
sciences. It is thus useful for dating sediments, recon- 
structing ancient environments, and testing models of 
plate tectonics, as well as understanding how modern 
animals are related to one another. 


Invertebrate paleontology 


An invertebrate is essentially a multicellular ani- 
mal that lacks a spinal column encased in vertebrae 
and a distinct skull. There are about 30 phyla, or 
groups, of invertebrates, and roughly 20 of these 
have been preserved as fossils. Still other phyla prob- 
ably existed, but are not represented in the fossil 
record because the animals’ soft bodies were not pre- 
served. Only one invertebrate phylum is known to 
have become extinct—the Archaeocyathida. These 
organisms, which were superficially similar to 
sponges, did not survive past the Middle Cambrian 
period (530 million years ago). 


The different body plans of invertebrates most 
likely evolved during the Precambrian, between 1,000 
and 700 million years ago. There was an “explosion” of 
invertebrate evolution in the Lower Cambrian (begin- 
ning about 570 million years ago), which lasted perhaps 
only 10 million years. During this time the different 
phyla, including those existing today, developed. 
Meanwhile, the glaciers from a Proterozoic ice age 
were melting, raising sea levels above the continental 
shelves. This gave invertebrates more places to live. 
There are no fossils showing how the first invertebrates 
evolved; they just suddenly appear in the fossil record. 
This may be because they were evolving so quickly, and 
because they developed hard shells, allowing them to be 
preserved. Many organisms from this period were pre- 
served in the Burgess Shale formation (530 million 
years ago) in British Columbia, Canada. 


The sponges (phylum Porifera) appeared in the 
Middle Cambrian. The bodies of these “lower” inver- 
tebrates are neither symmetrical nor differentiated 
into tissues. Sponges are less evolutionarily advanced 
than members of the phylum Cnidaria, which includes 
jellyfish, corals, and sea anemones. These two phyla 
may have arisen directly and independently from the 
protists (simple one-celled organisms such as bacteria, 
algae, etc.). 


The appearance of bilateral symmetry (two halves 
which are mirror images of each other) was an impor- 
tant evolutionary breakthrough. The most primitive 
bilaterally symmetrical animals are the flatworms 
(phylum Platyhelminthes). Platyhelminthes gave rise to 
the coelomates, which have a coelom, or internal body 
cavity. The coelomates split into two evolutionary 
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Researchers cleaning dinosaur fossils in a paleontology laboratory in Esperaza, France. The fossils arrive encased ina 
protective plaster cast and with some of the original surrounding rock still attached. They are cleaned thoroughly and treated 
with stabilizing chemicals before being studied or classified. (Philippe Plailly. Photo Research, Inc.) 


lines, the protostomes (molluscs, annelids, and arthro- 
pods) and the deuterostomes (echinoderms and chor- 
dates). A few phyla, such as the phylum Bryozoa, are 
intermediate between the two lines. Of the nearly 
20,000 species of bryozoans known, only 3,500 are 
still living. 


The molluscs are a very diverse group of inverte- 
brates. They include snails, chitons, and cephalopods 
(squids and octopuses). Recent studies of invertebrate 
genetic material has shown that molluscs and annelids 
(segmented worms) probably evolved from arthropods. 
Neopilina, which was discovered in 1957, is a modern, 
“primitive mollusc.” It is similar to what the first 
molluscs are believed to have looked like. One of the 
main reasons molluscs have evolved so many different 
forms is that they have diverse methods of eating and 
of avoiding being eaten. 


The arthropods (jointed foot) are the most success- 
ful group of organisms ever. They include centipedes, 
insects, crustaceans, horseshoe crabs, spiders, scor- 
pions, and the extinct trilobites (Figure 1) and euryp- 
terids (Figure 2). Arthropods evolved 630 million years 
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Figure 1. Trilobite. (//iustration by Hans & Cassidy. Courtesy of 
Gale Group.) 
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Figure 2. Eurypterid. (//iustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 3. Pikaia, the world’s first known chordate; found at 
Burgess Shale. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


ago. The trilobites lived for 350 million years, from the 
Lower Cambrian to the Late Permian, and developed 
into over 1500 genera. They had compound eyes with 
thin, biconvex lenses made of calcite. The last of the 
trilobites died out at the end of the Permian. The 
eurypterids were ancient water-scorpions. Most euryp- 
terids were less than 7.9 in (20 cm) long, but some giant 
forms grew nearly 6.5 ft (2 m) long, making them the 
largest arthropods ever. 


Insects colonized the land just after plants did, about 
410 million years ago. Cockroaches and dragonflies 
appeared over 300 million years ago, and for the next 
100 million years, insects were the only animals that 
could fly. The chelicerates (spiders, mites, scorpions, 
horseshoe crabs, and eurypterids) evolved in the 
Cambrian. 


The echinoderms (phylum Echinodermata) include 
starfish, sea-urchins, sea cucumbers, and crinoids. A 
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great many of these organisms were fossilized because 
they have skeletons made of calcite plates. The greatest 
number of different genera of echinoderms lived during 
the Carboniferous (360-286 million years ago). The 
embryology of modern echinoderms suggests that 
they are related to the chordates. Modern echinoderm 
larvae have a ciliated band that runs along both sides of 
their bodies. The “dipleurula theory” suggests that 
ancient adult echinoderms had this band also, and 
that in the ancestors of the chordates, it fused along 
the back to form the beginnings of the dorsal nerve. 
Pikaia (Figure 3), a worm-like creature found in the 
Burgess Shale, is the oldest known chordate. It lived in 
the Middle Cambrian (about 530 million years ago). 


Vertebrates are a subphylum of the Chordata 
(chordates). Lower vertebrates have a notochord, 
which is a flexible cartilage rod that runs along their 
backs; this is replaced in higher vertebrates with a 
vertebral column. Vertebrates are also called craniate 
chordates because they are the only animals with a 
distinct cranium (skull). The oldest known vertebrate 
remains date from the Upper Cambrian and Lower 
Ordovician (around 505 million years ago). 


The first vertebrates were fishes. They evolved pri- 
marily during the Devonian (408-360 million years 
ago). The earliest fishes did not have jaws (Figure 4). 
Unlike modern jawless fishes (hagfishes and lampreys), 
the extinct forms were heavily armored and had pairs of 
fins. Jaws may have evolved from gill arches near the 
head, but there are no transition fossils which show this. 
Rays and sharks, which have skeletons of cartilage 
instead of bone, are the most ancient living fishes with 
jaws. Bony fishes, such as coelacanths and the ancestors 
of most modern fresh and saltwater fishes, probably 
evolved early in the Devonian. Coelacanths (Figure 5) 
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Pectoral fin 


Figure 4. An ancient jawless fish, Hemicyclaspis. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 5. The coelacanth, Latimeria. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


op 


Figure 6. Ichthyostega. (Illustration by Hans & Cassidy. Courtesy 
of Gale Group.) 


were believed to be extinct until a living one was dis- 
covered in 1938 in the Indian Ocean. Fishes thrived 
until the Late Devonian (360 million years ago), when a 
mass extinction wiped out 76% of fish families. 


The amphibians were the first vertebrates to leave 
the seas for dry land. They evolved from fishes about 
360 million years ago. One of the challenges to living 
on land is that animals must be able to support their 
own weight rather than simply allowing water to 


GALE ENCYCLOPEDIA OF SCIENCE 4 


support them. The lobed fins of the bony fishes 
already contained the major bones that became the 
limbs of the early tetrapods (four feet); many of these 
bones are still used in our own limbs today. 


The earliest-known amphibian was the Ichthyostega 
(Figure 6). It and other early tetrapods probably ate 
invertebrates such as cockroaches and spiders, as well 
as little fishes. The diadectomorphs appear to have 
been somewhat transitional between amphibians and 
reptiles. They belong to a category of amphibians called 
reptiliomorphs (as opposed to the batrachomorphs, or 
“true” amphibians). 


The first reptiles, which were about the size of small 
lizards, emerged about 300 million years ago. They had 
a crucial advantage over amphibians in that their eggs 
could hatch on land, freeing them from spending part 
of their lives in the water. Among these early reptiles 
were the ancestors of modern birds and mammals. The 
pelycosaurs (Figure 7) were the most varied of the Early 
Permian reptiles. Some had tall, skin-covered “sails” 
that may have helped regulate their body temperature. 
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Figure 7. Two advanced pelycosaurs: Edaphosaurus (a) and Dimetrodon (b). (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


The main herbivores in the Late Permian were the 
dicynodonts, and the main carnivores were the gorgo- 
nopsians such as Arctognathus. Arctognathus had huge 
canines and could open its jaws 90°. The ancestors of the 
crocodilians arose in the late Triassic. Terrestrisuchus 
was small (1.64 ft [0.5 m] long), probably ate insects 
and small reptiles, and may have walked bipedally on 
its long hind legs. Unlike its descendants, it did not live 
in the water. 


Triassic oceans were filled with placodonts, 
nothosaurs, and ichthyosaurs (Figure 8). Placodonts 
had heavy teeth, which were probably used to crush 
the hard shells of mollusks. Nothosaurs had pointed 
teeth in their small heads, and may have eaten fish. 
Ichthyosaurs (fish lizards) were shaped somewhat like 
giant porpoises with long, narrow jaws. They grew up 
to 49 ft (15 m) long in the Late Triassic, but were smaller 
during the Jurassic and Cretaceous. Plesiosaurs, along 
with ichthyosaurs, ruled the Jurassic and Cretaceous 
seas (Figure 9). Plesiosaurs were probably related to 
nothosaurs. Their paddles, however, were flat and like 
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an airplane wing in cross-section, so that these animals 
may have moved through the water by “flying,” the 
way penguins and sea turtles do. 


The largest mass extinction of all time occurred at 
the end of the Permian (248-238 million years ago). All 
but about 10 tetrapod families died out, as well as 96% 
of marine species. 


The dinosaurs arose in the Late Triassic (230 mil- 
lion years ago). The earliest dinosaurs walked upright 
on two legs and were carnivorous. Dinosaurs are div- 
ided into two groups, the Saurischia and the 
Ornithischia, based on their hips. The saurischians 
had “lizard hips” and the ornithischians had “bird 
hips.” The lizard hips arose first; Triassic dinosaurs 
were saurischians. While saurischians included both 
carnivores (meat eaters) and herbivores (plant eaters), 
all of the ornithischians were herbivores. The carniv- 
orous saurischians are known as the theropods. They 
included the Late Jurassic Allosaurus and Late 
Cretaceous Tyrannosaurus, which probably was the 
largest carnivore ever to walk Earth. Brachiosaurus 
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Figure 8. Ancient marine reptiles. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 9. Late Jurassic plesiosaurs: Cryptoclidus(a & b) and Liopleurodon(c). (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 10. The pterosaur Ramphorhynchus gemming. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


was a herbivorous saurischian. This sauropod had 
a long neck and short, thick legs like an elephant’s, 
which were designed for bearing its enormous weight. 
There were two kinds of bird-hipped dinosaurs, the 
Late Cretaceous Cerapoda and the Late Jurassic 
Thyreophora. The former included hadrosaurs 
(duck-billed dinosaurs) and ceratopsians (“horned 
faces”), and the latter included ankylosaurs and 
stegosaurs. 


One of the major debates among paleontologists 
is whether or not dinosaurs were warm-blooded. Some 
scientists suggest that a four-chambered heart would 
have been necessary to pump blood up the long necks 
of the sauropods to their brains. Mammals and birds, 
which are warm-blooded, have four-chambered 
hearts, but so do the cold-blooded crocodilians. The 
debate has not been conclusively resolved. 


There are two main models that attempt to 
explain the success of the dinosaurs. According to 
one, dinosaurs out-competed the mammal-like reptiles 
over a long period of time due to superior adaptations 
such as upright walking. The other model, which is 


3184 


aii 


Figure 11. The first bird, Archaeopteryx. (Illustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


supported by fossil evidence, says that the dinosaurs 
took advantage of openings created by two mass 
extinctions. By the end of the Triassic, dinosaurs had 
taken over the land. They were dominant for 165 
million years, from the Late Triassic until their extinc- 
tion at the Cretaceous-Tertiary (K-T) boundary some 
65 million years ago. This massive extinction may have 
taken place in only a week or lasted for tens of thou- 
sands of years; this has not been determined yet, but 
further study may provide an answer. One prominent 
theory for the cause of this event is that a meteorite hit 
Earth 65 million years ago, creating a cloud of dust 
which obscured the sun and prevented photosynthesis 
for several months. This set off a chain reaction which 
culminated in the death of many life forms on earth. 


The pterosaurs (winged reptiles) were closely 
related to the dinosaurs, and lived at the same time 
(Figure 10). They had short bodies with long necks, 
and pointed jaws. They ranged from the pigeon-sized 
Eudimorphodon to the largest of all flying creatures, 
Quetzalcoatlus, which is believed to have had a wing 
span of up to 49 ft (15 m). Thanks to some well- 
preserved pterosaurs, we know they had hair, and 
were, therefore, possibly warm-blooded. 


Birds evolved from the theropod dinosaurs. The 
first bird, Archaeopteryx (Figure 11), lived in the Late 
Jurassic (150 million years ago). This small, magpie- 
sized bird had sharp teeth on both jaws, and feathers. 
The presence of teeth, claws on the fingers, and its bony 
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(Modified from Jenkins 1971) 


Figure 12. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


tail are reptilian characteristics, whereas the feathers and 
“wishbone” (fused collarbones) are bird characteristics. 


The ancestors of mammals were mammal-like 
reptiles called cynodonts (Figure 12). Cynodonts 
arose in the Late Permian (about 245 million years 
ago). Some were dog-sized carnivores, and others 
were herbivores. One way the transition to mammals 
can be seen is in the manner in which the jaws are 
joined. Mammals have a new joint not present in 
reptile jaws, which allows for the side-to-side action 
of chewing. The earliest true mammals appeared in 
the Late Triassic (230 million years ago). One was the 
tiny, shrew like Megazostrodon. Because of its size 
and the fact that it had pointed teeth, it was probably 
an insectivore. Mammals radiated widely in the 
Paleocene Epoch (66-58 million years ago), taking 
advantage of the openings left by the dinosaurs 
when they died out. The mammals were intelligent 
and took care of their young for an extended period 
of time, which probably gave them an edge over 
other animals. Mammals now appear in many very 
different forms, including the orders Insectivora 
(shrews), Carnivora (cats, dogs, seals), Chiroptera 
(bats), Cetacea (whales), Proboscidea (elephants), 
Tubulidentata (aardvarks), and Primates. 
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KEY TERMS 


Cladistics—The study of evolutionary relationships 
between organisms based on analysis of the simi- 
larities and differences of their physical traits, that 
is, based on evolutionary divergence. 


Coelom—An internal body cavity in which the 
digestive organs are suspended. 


Embryology—tThe study of the development and 
early growth of living organisms. 


Extinction—The condition in which all members of 
a group of organisms have ceased to exist. 


Invertebrate—A multicellular animal that lacks a 
spinal column encased in vertebrae and a distinct 
skull. 


Notochord—A flexible cartilage rod that runs 
along the back in chordates. 


Phylum—A taxonomic division of animals, one 
level below kingdom in the taxonomic hierarchy 
(plural: phyla). 

Vertebrate—Includes all animals with a vertebral 
column protecting the spinal cord such as humans, 
dogs, birds, lizards, and fish. 
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I Paleopathology 


Paleopathology is the study of the evidence of 
trauma, disease, and congenital defects in human 
remains. Archaeologists, geneticists, and physical 
anthropologists, conduct paleopathology studies in 
order to evaluate the effects of disease upon ancient 
populations. Often, such research is conducted to gar- 
ner more information about the biological and genetic 
characteristics of prehistoric or ancient populations, 
but sometimes paleopathology involves scientifically 
evaluating accounts of epidemics in historical records. 


The earliest form of the science of paleopathology 
emerged in the 1600s. German naturalists, interested 
in newly discovered Egyptian mummies, carefully dis- 
sected and inspected the bones and tissues of specimen 
and attempted to compare the remains with contem- 
porary cadavers. Early paleopathologists were able to 
identify striations and lesions on bone that indicated 
arthritis. In the late 1700s, scientists also cataloged 
distinctive marks on bone and tooth remains that 
were the result of deadly fevers. 


Modern paleopathology is not limited to the study 
of mummified corpses. Various other types of 
remains, such as bone, teeth, blood, hair, fingerprints, 
and human waste, are actually utilized more fre- 
quently in research. As medical technology has 
become more advanced, scientists have been able to 
conduct paleopathological analysis on _ smaller 
amounts of biological material. With the aid of tech- 
nology such as CAT scans and fiber optics, scientists 
are able to extract sample material without need of 
autopsy, thereby leaving remains relatively undis- 
turbed and intact for future study. 


The most common application of paleopathology 
is in studying patterns of disease in ancient individuals 
and populations. Osteologists (scientists who study 
bone remains) in the United States have devoted con- 
siderable effort to the study of the effects of European 
diseases on Native American population during the 
early colonial period (1492-1650). Analysis of remains 
not only shows the effect of disease upon individual 
specimen, but also adds to a larger understanding of 
the modes of transmission, virility, and mortality rates 
associated with epidemics. Paleopathology can also be 
used in combination with some forms of population 
genetics. For example, comparisons of analyzed 
remains from diverse geographic regions or kin asso- 
ciations assists in distinguishing possible genetic traits 
that aid in a population’s resistance to certain diseases. 


Paleopathology is one of the few means scientists 
have at their disposal to gain clues about the diet, 
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health, pathology, and general genetic trends of ancient 
populations. Scientists also use paleopathology as a 
means of collecting “census material” or information 
regarding a specimen’s age, sex, stature, and cause of 
death. From this data, anthropologists can estimate 
the general demographic composition of populations 
without the benefit of sometimes confused, scattered, 
fragmentary, or inaccurate written records. Even infor- 
mation about social customs and medicinal practices 
can sometimes be determined thorough paleopatholog- 
ical research on human materials. For example, skulls 
found in South America suggest that ancient peoples 
may have attempted to perform a primitive type of 
neurosurgery to relieve fevers or brain swelling. High 
levels of arsenic and mercury in hair samples from 
Medieval remains in France have raised questions 
about water contamination or possible medicinal use. 


There are several limitations to paleopathological 
research. Since skeletal material is the most frequently 
recovered type of human remain, most paleopathol- 
ogy studies pertain to diseases that visibly alter or 
affect bone. Many diseases affect bone in similar 
ways, thus making it difficult and sometimes impos- 
sible to determine the exact disease represented. Many 
diseases do not affect bone at all, and are only evident 
in tissue, hair, or other rare remains. Paleopathology 
currently accounts for only a portion of the total dis- 
eases that ravaged past populations. 


These very limitations, however, have yielded a 
paradoxical wealth of information. In the case of the 
disease tuberculosis, the limitations of paleopathology 
have provided a narrow scientific framework in which 
to study the disease without worry that data will 
grossly over-represent its threats and_ effects. 
Scientists know that tuberculosis remained a constant 
threat throughout the historic period until the advent 
of antibiotics and vaccines. Mentions of tuberculosis 
and tuberculin symptoms are present in medical writ- 
ings from Ancient Greece and China, and the disease 
was still the focus of public health commissions at 
beginning of the twentieth century. However, tuber- 
culosis is primarily a disease of the lungs, and only 
affects the skeletal system in 5-7% of all infected 
persons. Given the infrequency of bone degeneration 
associated with the disease, and the given limitations 
of paleopathological research itself, scientists did not 
expect to find numerous remains with evidence of 
tuberculosis. Yet, such remains have been discovered 
on every continent, in both prehistoric and historic 
burials, at a relatively frequent rate. Paleopathologists 
have concluded two possibilities. The first possibility 
is that the tuberculosis bacillus itself has altered and 
now produces a different pathological signature (e.g. 
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that it used to affect bone more frequently) or that a 
certain strain was once more prevalent. The second 
possibility is that the disease was more widespread 
than scientists had previously estimated. Many paleo- 
pathologists theorize that both possibilities are factors 
in the history of tuberculosis. 


The context of paleopathological research is not 
limited to the ancient world. However, modern research 
of this type often falls under the label of forensic 
anthropology—the branch of science most popularly 
known for its applications in crime investigation. 


See also Archaeogenetics. 


| Palindrome 


In genetics, the term palindrome refers to a 
sequence of nucleotides along a DNA (deoxyribonu- 
cleic acid) or RNA (ribonucleic acid) strand that con- 
tains the same series of nitrogenous bases regardless 
from which direction the strand 1s analyzed. Akin to a 
language palindrome—wherein a word or phrase is 
spelled the same left-to-right as right-to-left (e.g., the 
word RADAR or the phrase “able was I ere I saw 
elba”)—with genetic palindromes it does not matter 
whether the nucleic acid strand is read starting from 
the 3’ (three prime) end or the 5’ (five prime) end of the 
strand. 


Recent research on palindromes centers on under- 
standing palindrome formation during gene amplifica- 
tion. Other studies have attempted to relate palindrome 
formation to molecular mechanisms involved in double 
stranded breaks and in the formation of inverted 
repeats. Assisted by high speed computers, other 
groups of scientists link palindrome formation to the 
conservation of genetic information. 


Related to the direction of transcription by RNA 
polymerase, DNA strands have upstream and down- 
stream terminus defined by differing chemical groups at 
each end. The ends of each strand of DNA or RNA are 
termed the 5’ (phosphate bound to the 5’ position car- 
bon) and 3’ (phosphate bound to the 3’ carbon) ends to 
indicate a polarity within the molecule. Using the letters 
A, T, C, G, to represent the nitrogenous bases adenine, 
thymine, cytosine, and guanine found in DNA, and the 
letters A, U, C, G to represent the nitrogenous bases 
adenine, uracil, cytosine, guanine found in RNA (Note 
that uracil in RNA replaces the thymine found in 
DNA), geneticists usually represent DNA by a series 
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of base codes (e.g., 5’ AATCGGATTGCA 3’). The base 
codes are usually arranged from the 5 end to the 3 end. 


Because of specific base pairing in DNA (ie., 
adenine (A) always bonds with (thymine (T) and cyto- 
sine (C) always bonds with guanine (G)) the compli- 
mentary stand to the sequence 5’ AATCGGATTGCA 
3’ would be 3’ TTAGCCTAACGT 5’. 


With palindromes the sequences on the compli- 
mentary strands read the same in either direction. For 
example, a sequence of 5’ GAATTC3’ on one strand 
would be complimented by a 3’ CTTAAG 5S’ strand. In 
either case, when either strand is read from the 5’ prime 
end the sequence is GAATTC. Another example of a 
palindrome would be the sequence 5’ CGAAGC 3’ 
that, when reversed, still reads CGAAGC. 


Palindromes are important sequences within 
nucleic acids. Often they are the site of binding for 
specific enzymes (e.g., restriction endobucleases) 
designed to cut the DNA strands at specific locations 
(i.e., at palindromes). 


Palindromes may arise from brakeage and chro- 
mosomal inversions that form inverted repeats that 
compliment each other. When a palindrome results 
from an inversion, it is often referred to as an inverted 
repeat. For example, the sequence 5’ CGAAGC 3’, if 
inverted (reversed 180°), still reads CGAAGC. 


See also Amino acid; Deoxyribonucleic acid 
(DNA); DNA replication; DNA synthesis; DNA tech- 
nology; Gene mutation; Gene splicing; Mutagenesis. 


Palladium see Element, chemical 


| Palms 


The palm family is an ancient group of plants 
dating from at least the late Mesozoic era, about 85 
million years ago. Palms are flowering plants. 
Flowering plants have been subdivided into two 
major groups: the monocotyledons which bear only 
one seed leaf (cotyledon) and the dicotyledons which 
bear two seed leaves. Palms are among the most diverse 
of the families of monocotyledons, surpassed in num- 
bers of genera and species only by the orchid, grass and 
lily families. The palm family contains about 212 genera 
and 2,800 species. Palmae is the old scientific name for 
the palm family and is still occasionally used. 
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Palms 


Coconut palms in Florida. (JLM Visuals.) 


Distribution 


Palms are widely distributed throughout moist 
tropical and subtropical regions of the world. They 
can be found in steamy rain forests, deserts, mangrove 
swamps, and high mountain thickets. Palms are 
uncommon in hot, dry regions, however, occurring 
only where there is a constant source of underground 
water. The distribution of palms in the tropics is 
uneven. The greatest diversity of palms is in the east- 
ern tropics of Indo-Malaysia, the Guianas, and Brazil. 
Africa has relatively few palms with only 16 genera 
and 116 species; there are fewer palms in all of Africa 
than on the island of Singapore. The low diversity of 
palms in Africa is attributed to the dryness of much of 
the continent. 


Palm species are also unequally distributed taxo- 
nomically among genera. A small number of genera 
contain a disproportionately large percentage of palm 
species. The genus Calamus is the largest with about 
400 species in the Old World tropics. In the New 
World, Chamaedorea is a large genus with about 100 
species in southern Mexico, Central America and 
northern South America. The average number of spe- 
cies per genus is relatively small at 13 and more than 
half of all the genera have five or fewer species. 
Seventy-three of the 212 genera of palms consist of 
only one species that is geographically restricted to a 
small area, often on an island. The palm floras of the 
New and Old Worlds are on the whole quite dissimilar. 


Very few palms occur in temperate regions. In 
Europe, for example, there are only two native 
palms: the dwarf fan-palm (Chamaerops humilis), 
which is found in dry sandy and rocky places along 
parts of the Mediterranean coast, reaching the latitude 
44°N, and the Cretan palm (Phoenix theophrasti), 
which is an extremely rare palm found only on the 
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eastern side of Crete. In the Himalayas at 32°N, the 
palm Trachycarpus reaches an altitude of 7,875 ft 
(2,400 m) where snow lasts from November to 
March. In North America, the genus Serenoa, which 
includes the palmettoes of the southeastern states, 
reaches 30°N. The scarcity of palms in temperate 
regions where frosts occur is likely related to their 
mode of growth. Palms generally have only one grow- 
ing point which is at the tip of the stem or trunk. If this 
single bud is killed, then the palm dies. It appears that 
in the vast majority of palms, the growing tip is highly 
sensitive to frost and that few species have been able to 
overcome this sensitivity. 


Structure 


Palms are mostly unbranched shrubs or trees, and 
are the main tree family within the monocotyleons. 
Typically the solitary erect stem is crowned by large, 
persistent leaves that are sheathing at the base. The 
leaves of Raphia fainifera are the largest of any flower- 
ing plant, sometimes reaching more than 65 ft (20 m). 
Palm leaves are occasionally simple, but usually they 
are dissected into a fan shape (palmate) or feather 
shape with many distinct segments that run perpen- 
dicular to the main axis of the leaf (pinnately com- 
pound). The stem may be very short, so as to appear 
virtually absent, to 164 ft (50 m) in height. Not all 
palms have single stems or trunks. Some palms have 
clustered stems that arise from buds at the base of the 
initial stem, for example, Phoenix spp. A few unusual 
species, such as Chrysalidocarpus madagascariensis, 
have some individuals with solitary straight trunks 
and other individuals with clustered trunks. Some 
palms are climbing vines, such as the rattans. 


The trunk of palms is very different from the 
trunk of the conifer or dicotyledonous trees that dom- 
inate temperate regions. Conifers, such as pines, spru- 
ces, and hemlocks, and dicotyledenous trees, such as 
maples, oaks, and elms, increase the width of their 
trunk as they grow by a process called secondary 
growth. During this process, a ring of specialized 
cells under the bark of the tree produces new wood 
toward the center of the tree and other kinds of speci- 
alized conducting tissues toward the bark side. 
Secondary growth is absent in palms. Instead, when 
a seed germinates, the seedling first grows into an 
inverted cone whose width matches the full width of 
the trunk to be grown. Only after this radial growth is 
completed does the seedling begin to grow vertically, 
maintaining its width. If a nail is driven into a conifer 
or dicotylenous tree’s trunk, the tree will grow around 
it eventually completely embedding the nail within the 
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trunk. A nail driven into the trunk of a palm will 
remain where driven and not become embedded 
within the trunk. 


Palm flowers are occasionally bisexual, but usu- 
ally they are unisexual. When unisexual, the flowers of 
each sex may be on the same plant or, as in humans, 
only one sex is found per individual. The flowers are 
small and are generally borne on large, many- 
branched stems (inflorescences) that are located 
within the crown or just below it. Flower parts are 
normally in threes. The pollination biology of palms 
is not well studied, nevertheless, both wind and insect 
pollination are common in the family. 


Palm fruits are berries, which are simple, fleshy 
fruits that contain one or more seeds, or drupes, which 
are simple, fleshy fruits that contain one seed that is 
surrounded by a bony pit, a stone fruit. The largest 
fruit in the world comes from the double coconut palm 
(Lodoicea sechellarum) and weighs up to 40 Ib (18.2 kg). 


Economic uses 


Within the tropics, the palms rank second in eco- 
nomic importance after the grasses. Palms are used for 
food, oil, fiber, and as ornamentals. 


Food 


Dates are the fruit of the date palm (Phoenix 
dactylifera) and have been in cultivation for at least 
8,000 years. Most dates are grown in Asia Minor and 
North Africa with an annual production of 2,000,000 
metric tons. In the United States dates are grown in 
Arizona and California. Dates contain 70% carbohy- 
drate but little protein (2%) or fat (2.5%). They have 
long been an important source of nourishment for 
nomadic tribes of the Arab world. Dates are usually 
eaten fresh but can be made into paste. Dates are 
sometimes mixed with a variety of milk products 
which increases the protein content. 


Coconuts are the fruit of the coconut palm 
(Cocos nucifera). About 30 billion coconuts are pro- 
duced each year, mostly in the Philippines, Indonesia, 
Sri Lanka, Malaysia, and Mexico. Although coconuts 
are an important food for some Pacific maritime soci- 
eties and are sold in markets throughout the world, 
most of the annual harvest is used for the production 
of coconut oil, which will be discussed later. 


Sago or sago starch is an important source of 
carbohydrate for many people of the tropics, from 
Thailand to New Guinea. Sago is derived from the 
pith (central portion of the trunk) of the sago palm 
(Metroxylon sagu), which grows in freshwater swamps 
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that are otherwise useless for cultivated crops. Sago is 
readily extracted from the trunks and has the added 
advantage that it can be stored virtually pest-free. The 
one disadvantage is that sago has little protein. Sago is 
also extracted from several other species in the genera 
Arenga and Caryota. 


The sap of a variety of palms, including Borassus 
and Caryota, is fermented to produce palm wine, also 
called palm toddy. When fermented palm sap is dis- 
tilled, the liquor known as arrack is produced. 


In Southeast Asia, the betel nut, which in fact is 
the seed of the betel palm (Areca catechu), is com- 
monly used for its mildly narcotic effect. The betel 
nut is chewed with a leaf of a local pepper plant and 
this in combination with a bit of lime makes the mouth 
and saliva red. With constant use, the teeth of betel 
addicts turn black. It has been estimated that a tenth of 
the world population chews betel nuts. 


Oil 

A number of palms are major sources of edible 
oils that are refined into cooking oil, margarine, and 
shortening. Palm oils are also used in the manufacture 
of candles, soaps, lubricating greases, and stabilizers 
in plastic and rubber compounds. The African oil 
palm (Elaeis guineensis) is the single most important 
oil-producing palm, having recently surpassed the 
coconut. The African oil palm is a sun-loving species 
that grows naturally in a 155 mi (250 km) wide strip 
along the coast of western Africa from Senegal to 
Angola, but is now planted throughout much of the 
tropics. The fruits of the oil palm are 23% oil by 
weight and most of the oil is in the outer husk, which 
surrounds the inner stone. The yields from plantations 
are enormous with one hectare yielding as much as 5 
tons of crude palm oil per year. The oil is collected by 
digesting the fruit to a pulp that is then centrifuged or 
pressed to separate the oil. The American oil palm 
(E. oleifera) is native to Central America and northern 
South America where it is extensively utilized. The 
American oil palm is better adapted to wet habitats 
than the African oil palm and the two species have 
been interbred to improve plantation stock. 


The coconut palm is thought to be native to 
Polynesia, but it has been propagated and cultivated 
throughout the tropics for so long that its origin is 
uncertain. Coconut palms were until recently the 
major source of palm oil. The majority of the annual 
coconut harvest goes toward the production of oil. 
Coconut oil is derived from copra, which is the white 
flesh inside the seed (coconuts bought in a grocery 
store have had their large outer husk removed). One 
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coconut tree may yield 198 lb (90 kg) of copra a year 
and 9-11 gal (35-40 1) of oil. Coconut oil is especially 
suited for the manufacture of fast-lathering soaps and 
is also used as a hardening agent in a number of 
seemingly unrelated products such as cosmetics, mar- 
garine and rubber. Coconut meat is of course widely 
used in baking, cooking, and candy making. 


Fiber 


Palms produce a variety of useful fibers. Shells of 
the coconut are covered by tough fibers which are 
collected by soaking the shells in saltwater to loosen 
the fibers. The fibers, called coir, are then beaten, 
washed and combed out. Coir is used as stuffing and 
woven into mats. Raphia fiber is obtained from the 
genus Raphia by stripping the surface of young leaves. 
The best-known fiber palms are the rattans which 
belong to the large genus Calamus. Rattans are inter- 
esting palms in that they are climbers and often vine- 
like. Unlike many climbers, which use roots to attach 
themselves to their host or twining behavior to grip 
onto a stem, the rattans are scramblers that hoist 
themselves up leaf by leaf as the spiny stem hangs 
like a rope down to the roots. The hanging stems of 
many species of rattan are cleaned and split for use. 
Rattan is widely used for cane work such as basketry. 


Ornamentals 


Palms are a symbol of the tropics and many have 
been selected and grown for their beauty. The royal 
palm (Roystonea regia) is a tall, elegant palm that is 
commonly planted along streets and boulevards in 
cities throughout the tropics and subtropics, including 
the southern United States. The sentinel palm of south- 
ern California (Washingtonia filifera) is also widely 
planted as an ornamental. Perhaps the most beautiful 
of all palms is the lipstick or sealing wax palm 
(Cyrostachys renda), which is native to peninsular 
Malaysia, southern Thailand, Borneo, and Sumatra. 
The sheathing leaf bases and petioles are brilliant 
red—a rare color for non-flower tissue in plants. 
Unfortunately this much coveted palm grows poorly 
outside of its native range. 


Many of the palms have multiple uses, such as the 
coconut. Throughout the tropics a large number of 
palm species are used locally and intensively. Many of 
these species are now threatened. As was noted pre- 
viously, a large proportion of palm species occupy 
small, geographically restricted areas and so local 
intense usage of these can have a devastating impact 
on their population size and survival, as can land 
clearance. One of the most destructive practices is the 


3190 


KEY TERMS 


Fiber—A generic term for a variety of strands of 
plant cells that consist of specialized long, thick- 
walled cells, technically called fiber cells, or other 
conducting or strengthening cells. 


local harvesting of trees for palm hearts, which are the 
tasty shoot tips and associated tissue. The shoot tip is 
the only growing point on a palm stem and so its 
removal causes the death of the tree, or in branched 
species the stem. Increased awareness of this problem 
and of conservation of palms in general is necessary to 
ensure the biodiversity of these attractive and econom- 
ically important plants. 
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[ Palynology 


Palynology is the study of fossil pollen (and some- 
times plant spores) extracted from lake sediment, peat 
bog, or other matrices. The most common goal of 
palynological research is to reconstruct the probable 
character of historical plant communities, inferred 
from the abundance of species in dated portions of 
the fossil pollen record. Pollen analysis is an extremely 
useful tool for understanding the character of ancient 
vegetation and its response to changes in environmen- 
tal conditions, particularly in climate. Pollen analysis 
also has an economically important modern industrial 
use in the exploration for resources of fossil fuels. 
Palynology is also used to help reconstruct the prob- 
able habitats and foods of ancient humans and of wild 
animals. 


Pollen consists of microscopic grains containing 
the male gametophyte of coniferous (cone-bearing) 
and angiosperm plants. Pollen of most species of plants 
undergoes a long-distance dispersal from the parent 
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plant, so that fertilization can occur among individuals 
(instead of self-fertilization). A plant spore is a kind of 
reproductive grain capable of developing as a new indi- 
vidual, either directly or after fusion with another ger- 
minated spore, such as the kind produced by ferns, 
horsetails, and club-mosses. Spores with simpler func- 
tions are produced by mosses, liverworts, algae, fungi, 
and other less complex organisms. 


The pollen of many plants can be classified by 
genus, and sometimes by species, on the basis of such 
characteristics as size, shape, and surface texture. In 
contrast, most spores can only be classified by higher 
taxonomic levels, such as family or order. Both pollen 
and spores are well preserved in lake sediment, peat 
bog, and many archaeological sites. Fossil pollen has 
even been identified from the bodies of extinct ani- 
mals, such as mammoths discovered frozen in arctic 
permafrost (permanently frozen subsoil). 


Plant species in the pollen record of lake sediment 
and peat are not represented in the same relative 
abundance they are in the nearby vegetation. Wind- 
pollinated plant species are most abundant, because 
these plants release huge amounts of pollen into the 
environment. For example, many species of pines, 
which are wind pollinated, are so prolific that during 
their flowering season a yellow froth of pollen may 
occur along the edges of lakes and ponds. Insect- 
pollinated plant species are more rare. The great dif- 
ferences in pollen production among plant species 
must be taken into account when interpreting the 
likely character of local vegetation on the basis of the 
fossil-pollen record. 


Palynologists need to understand the historical 
context of their samples. The common method used 
to determine the age of samples of mud and peat is 
radiocarbon dating. This technique is based on the 
fact that after an organism dies, it no longer absorbs 
carbon-14 from the atmosphere. Because carbon-14 is a 
rare, radioactive isotope of carbon (that is, it “decays” 
into simpler isotopes or elements), its amount in dead 
biomass decreases progressively with time. This change 
can be used to estimate the age of organic material 
by calculating the ratio of carbon-14 to stable, non- 
radioactive carbon-12. Radiocarbon dating is effective 
for samples aged between 150 and 40-50 thousand 
years. Younger samples may be dated on the basis of 
their content of lead-210, and older samples using ele- 
mental isotopes with longer half-lives. 


A typical palynological study might involve the 
collection of one or more cores of sediment or peat 
from a site. The layers occurring at various depths 
would be dated, and samples of the pollen grains 
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contained in the layers would be extracted, classified, 
and enumerated. From the dated fossil pollen of var- 
ious species or genera, the palynologist would develop 
inferences about the nature of the forests and other 
plant communities that may have occurred in the local 
environment at the time. 


In the northern hemisphere, many palynological 
studies have been made of changes in vegetation 
occurring since the continental-scale glaciers melted 
back, beginning about 12-15 thousand years ago. A 
commonly observed pattern from the pollen record is 
that the oldest samples, representing recently deglaci- 
ated times, indicate plant species that are now typical 
of northern tundra, while somewhat younger samples 
suggest a boreal forest of spruces, fir, and birch. The 
pollen assemblage of younger, more recent samples is 
generally dominated by temperate trees such as oaks, 
maples, basswood, chestnut, hickory, and other spe- 
cies that now have a relatively southern distribution. 
There may also, however, be indications in the pollen 
record of occasional climatic reversals, such as periods 
of cooling that interrupt longer, warm intervals. The 
most recent of these cool periods was the “Little Ice 
Age” that occurred between about 1550 and 1850. 
However, palynology has also detected more severe 
climatic deteriorations in the past, such as the 
“Younger Dryas” event that began about 11,000 
years ago, causing a re-development of glaciers in 
many areas and temporarily reversing post-glacial 
vegetation development. 


| Pandas 


The name “panda” applies to two different spe- 
cies: the familiar and well-loved giant panda 
(Ailuropoda melanoleuca), and the lesser-known red 
panda (Ailurus fulgens). Scientists originally thought 
the two species were closely related because of similar- 
ities in their behavior, diet, anatomy, and distribution. 
However, despite these shared characters of the pan- 
das, researchers have now determined that the two 
species are not related as closely as was previously 
thought. 


Giant panda 


Despite the popularity and familiarity of the giant 
panda to most people, and its status as an endan- 
gered species, much is still unknown about its biology 
and ecology. Researchers working in the Chinese 
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A giant panda in China. (JLM Visuals.) 


mountain-forest preserves where the remaining wild 
pandas live are hoping to correct this, and to increase 
the chances of saving the species from extinction. 


Giant pandas are large, heavy-set animals with 
distinctive coloration: white fur with black or brownish 
black patches on their legs, shoulders, ears, and around 
the eyes. Fully grown giant pandas measure 4-5 ft (1.2- 
1.5 m) from nose to rump and weigh 156-350 Ib (75-160 
kg). The habitat of giant pandas is sub-alpine spruce- 
fir-bamboo forest in eastern China, at altitudes of 
8,200-11,500 ft (2,500-3,500 m) above sea level. 
Adults are solitary, except females with offspring, 
and they den in tree holes, small caves, or crevices in 
rocky slopes. Although their diet consists largely of 
bamboo stems and leaves, pandas also eat other plant 
material (such as iris, crocus, vines, grasses, and tree 
bark), as well as some meat. To obtain sufficient 
nutrition from their fibrous foods, pandas spend 10- 
14 hours per day eating up to 80 Ib (36 kg) of plant 
material, mostly bamboo. 
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Evolution and classification 


Fossils of giant pandas dating as far back as the 
middle Pleistocene era (about 600,000 years ago) have 
been found in central and southern China. This sug- 
gests that the prehistoric range of giant pandas was 
much greater than at present, which is restricted to 
portions of north-central Sichuan Province and south- 
ern Gansu Province, and the Qinling Mountains of 
Shaanxi Province of China. 


Giant pandas are descended from the same ances- 
tral carnivores as bears, raccoons, dogs, and cats, and 
so are placed in the order Carnivora (carnivores) 
within the class Mammalia (mammals). Pandas have, 
however, almost entirely lost the meat-eating habit. 
Some scientists classify the giant panda in the bear 
family (Ursidae), while others place it in its own family 
(Ailuropodidae). 


The first non-Chinese person to describe the giant 
panda was Pere Armand David, a French missionary 
living in China, in 1869. He called the panda a bear, 
based on its bear like appearance. The next year sci- 
entists in Europe examined skeletons and concluded 
that giant pandas resembled red pandas (which were 
classified within the raccoon family) more than they 
did bears. This element of panda classification is still 
being examined by biologists. 


Many aspects of the panda’s skeletal structure and 
behavior support the idea that it is not a bear. An 
especially important piece of evidence is the presence 
of a special “sixth digit,” which acts in the manner of 
an opposable thumb. This digit is actually an exten- 
sion of a bone in the wrist, and it allows giant pandas 
to grasp bamboo shoots and efficiently strip off their 
leaves. The red panda also has such a “thumb,” 
although it is less well-developed. Other aspects of 
panda biology which bears do not possess include: 
well-developed molar teeth and non-hibernation in 
winter. 


Techniques in molecular biology have allowed sci- 
entists to create a “family tree” (or phylogenetic tree) of 
the relationships among bears, pandas, and raccoons. 
This has suggested that giant pandas are more closely 
related to bears than to raccoons, whereas red pandas 
are more closely related to raccoons. 


Reproduction 


Giant pandas are territorial throughout the year, 
with males and females maintaining separate feeding 
territories. During the breeding season (March to May 
in the wild), males increase their territory size to over- 
lap the territories of several females, with whom they 
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attempt to mate. Gestation is five months long, and 
one to two young are born (although only one is ever 
raised). The young are 3.2-4.6 oz (90-130 g) in weight 
and 5.9-6.6 in (15-17 cm) long at birth, and are blind 
and helpless. They are initially covered with sparse 
white fur, but the characteristic black patches appear 
within two weeks. At two months, the cub weighs 7-11 lb 
(3-5 kg), its eyes are open, and it has begun to crawl, 
although its hind limbs will not yet support it. At six 
months, the cub is weaned (meaning it has stopped 
suckling), but it does not leave its mother until she 
becomes pregnant again, about six months later. 


After leaving their mother, young female pandas 
are thought to wander some distance to find a territory 
in a different area. This behavior reduces inbreeding in 
panda populations. Pandas become sexually mature at 
six to seven years of age, and probably live to about 
age 15 in the wild. The small number of young pro- 
duced per female per year, plus the relatively late age 
of sexual maturity, means that population growth 
rates are low. This makes giant panda populations 
vulnerable to extinction if the rate of mortality 
increases. 


Conservation and captive breeding 


In 1984, the U.S. Fish and Wildlife Service listed 
the giant panda as an endangered species, restricting 
importation into the United States. The giant panda is 
also listed as endangered by the IUCN. International 
trade in giant pandas is controlled under the 
Convention on International Trade in Endangered 
Species of Wild Fauna and Flora (CITES). Official 
Chinese estimates place the total giant panda popula- 
tion in the wild at fewer than 1,600 individuals, most of 
which live in 13 forest reserves established for this rare 
animal in China. Recent DNA studies of panda feces, 
however, indicate that the population may be greater 
than estimated by as much as 50%, good news for the 
survival of the species. The two major threats to the 
survival of giant pandas are habitat loss and poaching. 


The giant panda lives only in particular types of 
subalpine forest. Destruction of this habitat by defor- 
estation is a serious problem, because giant pandas 
living there have no other place to go. It is estimated 
that suitable habitat was halved between 1980 and the 
late 1990s. The Chinese government is attempting to 
deal with this problem through a plan to relocate 
logging operations out of panda habitats, to create 
14 new reserves, and to expand the size of existing 
reserves. 


Although pandas are legally protected in China as 
an endangered species, poaching still occurs. Panda 
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pelts can sell for more than $10,000 in Hong Kong, 
Taiwan, and Japan. The Chinese government has set 
sentences for convicted poachers of life imprisonment, 
or even death, and these stiff sentences may begin to 
deter the killing of wild pandas. 


Pandas have been kept in western zoos since the 
1930s, and in Chinese zoos since the 1950s. The first 
birth of a giant panda in captivity occurred at the 
Beijing Zoo in 1963, and other births have followed. 
The first captive birth outside China occurred in 1980 
at the Mexico City Zoo. The Chinese government 
presented a pair of pandas to the National Zoo in 
Washington, D.C. in 1972. For 20 years, the pair 
attracted visitors from around the country, although 
they never succeeded in raising young. To date, cap- 
tive births outside of China have been very few, 
although researchers in many countries are trying to 
develop successful breeding programs. 


Red panda 


Red pandas are medium-sized mammals with 
striking coloration. Their coat is colored reddish to 
dark chestnut on the back and darker on their legs and 
belly. They have a striped tail, white on the face and 
the front of the ears, and red or brown stripes from the 
outside corners of the eyes to the corners of the mouth. 
Adult red pandas are 20-24 in (50-60 cm) long, with 
a bushy 11-19 in (28-49 cm) tail, and weigh 7-10 Ib 
(3-4.5 kg). They are native to Himalayan conifer-bamboo 
forest, at altitudes of 4,900-13,000 ft (1,500-4,000 m). 
Red pandas are nocturnal, foraging for food on the 
ground at night, and sleeping in trees during the day. 
Like giant pandas, red pandas eat mainly bamboo 
(although they eat only the leaves, not the stems), 
supplementing their diet with grasses, fruits, and 
small animals such as insects. 


Red pandas are mainly solitary and territorial, 
with the territory of a male overlapping that of several 
females during the breeding season. One or two young 
are born in mid-May to mid-July after a three to five 
month gestation period. Females give birth in a tree- 
hole and raise the young alone. The young are weaned 
at five months, and become sexually mature at 18-20 
months of age. 


Like giant pandas, red pandas are classified in the 
order Carnivora. Within this order, the red pandas are 
usually placed in the raccoon family (Procyonidae). 
However, the IUCN places the red panda in its own 
family, the Ailuridae. This is partly because the red 
pandas are found only in the Old World, while mem- 
bers of the raccoon family occur in the New World. 
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KEY TERMS 


Bamboo—Tropical grasses with tough woody stem 
from which leaves sprout. 


Inbreeding—Breeding between closely related indi- 
viduals, which is undesirable because of an 
increased probability of birth defects in the offspring. 


Phylogenetic tree—A diagram showing the evolu- 
tionary relationships among groups of organisms. 


Procyonidae—A family in the order Carnivora, 
including the coatis, kinkajou, olingos, raccoons, ring- 
tails, and according to some biologists, the red panda. 
Ursidae—A family in the order Carnivora, includ- 
ing all types of bears, and according to some biol- 
ogists, the giant panda. 


Red pandas are found over a much wider range 
than giant pandas, although this is still a relatively 
small area. They are found in the Himalayas, from 
Nepal to Sichuan and Tibet. At present some research- 
ers estimate the Nepalese population size of red pan- 
das to be only 300, although other workers argue that 
this estimate is too low. Population sizes in other areas 
of the range of the red panda are unknown, but are 
thought to be declining. The IUCN classifies the red 
panda as endangered. 


Like giant pandas, red pandas are affected by 
habitat destruction and poaching. Deforestation 
removes not only their food supply, but also the trees 
in which they roost. Some red panda habitat is pro- 
tected in the system of Chinese reserves designed for 
the giant panda. However, the situation in other parts 
of the red panda’s range is unclear. Red pandas are 
still hunted for their fur and, in places, for their meat. 
CITES has reduced the illegal trade in red pandas, 
although animal dealers may get around the conven- 
tion by falsely stating that their animals originated in a 
captive-breeding program. Captive breeding of red 
pandas is relatively successful, with five programs 
worldwide. 
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i Pangolins 


Pangolins, also called scaly anteaters, are sub- 
Saharan African and Asian mammals that have 
horny scales covering the upper parts of their bodies. 
All seven species belong to one genus, Manis, making 
up the order Pholidota. The overlapping brown, 
gold, olive, or purplish scales serve to protect the 
animal from predators. Pangolins feed on ants, ter- 
mites, and other insects; they use their long, narrow 
tongues to probe insect nests and extract their prey. 
The name pangolin comes from a Malay word that 
means “rolling over.” The family name, Manidae, 
means “scaled animals.” The pangolin’s scales grow 
out of the animal’s skin. They are regularly shed and 
replaced both as the animal grows and throughout its 
life, which may be 10 or more years. The back edges 
of the scales are sharp. If frightened, a pangolin can 
curl up in a very tight ball, with only the sharp edges 
of its scales exposed. In this condition it is safe from 
all predators except the larger cats and hyenas. The 
Asian species have several hairs growing from the 
base of each scale; the African species have hair 
only on their exposed surfaces. 

The largest pangolin is the giant pangolin 
(M. gigantea) of Africa. It may reach a total length of 
more than 5 ft (1.5 m), of which about half is scale- 
covered tail. Its amazing tongue is almost as long as its 
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A pangolin. (Nigel Dennis. The National Audubon Society Collection/Photo Researchers, Inc.) 


body. This tongue can be 27 in (69 cm) long, though 
probably only half that length is extended beyond its 
sheath and into ant nests. The tongue is anchored to an 
attachment point on the animal’s pelvis and is kept sticky 
by a huge salivary gland located in the chest. The thou- 
sands of ants the animal traps on its tongue are not 
chewed but deposited directly into a muscular, thick- 
walled stomach that grinds them up; the pangolin has 
no teeth or chewing muscles. Like the South American 
anteaters, the pangolin has powerful front limbs with 
massive claws that can tear apart termite nests. The Cape 
pangolin (M. temminckii) burrows underground during 
the day and hunts for termites at night. 


The giant pangolin and the other ground-dwelling 
species have difficulty walking on the ground because of 
the massive claws on their forefeet. They can tuck the 
claws up and walk slowly on the side of the forefeet, but 
if they are ina hurry, pangolins generally rise up on their 
hind feet and run two-legged, using the tail for balance. 


The smallest pangolin is the long-tailed pangolin 
(M. tetradactyla), also of Africa. It is about 30 in 
(76 cm) from head to tail. Unlike the giant pangolin, 
which is a ground-dwelling animal, the long-tailed 
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pangolin lives high in the canopy of trees. These ani- 
mals also eat termites and ants, but they target the 
species that build hanging nests. The long-tailed pan- 
golin’s tail contains more vertebrae, or spinal bones, 
than any other mammal. The 46 or 47 bones make the 
tail flexible enough to wrap around tree branches and 
let the animal hang upside down or curl up tightly in a 
little ball while it sleeps. The very tip of the tail is bare, 
making it more sensitive. 


The three Asian species are the Chinese pangolin 
(M. pentadactyla), the Indian pangolin (M. crasicau- 
data), and the Malayan pangolin (M. javanica). The 
Chinese pangolin is classified as arboreal, although it 
feeds primarily on the ground. The Indian and the 
Malayan pangolins are equally comfortable on the 
ground and in trees. 


Pangolins generally lead solitary lives except when 
mating. After a gestation period of about 18 weeks, the 
female gives birth to usually a single offspring. It is 
born with soft scales that quickly harden. The infant 
clings to its mother’s back or tail as she moves about 
feeding. If threatened by harm, the mother can safely 
curl up around her infant until the danger passes. 
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Although no pangolin is currently known to be 
seriously endangered, all of them are suffering from 
habitat reduction. In Africa, pangolins are hunted for 
their meat and scales. In some Asian countries, pan- 
golin scales are believed to have medicinal value, lead- 
ing to indiscriminate killing of these animals. 
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Panther see Cats 


l Papaya 


The papaya or pawpaw (Carica papaya) 1s a trop- 
ical tree originally native to the Americas, probably 
Mexico. This species is easily cultivated, produces 
large, edible fruits, and now is distributed worldwide 
to suitable climates where it is grown for subsistence 
and commercial agriculture. The papaya has large 
deeply incised, sometimes compound leaves that 
sprout near the top of the plant. This plant does not 
develop true woody tissues because it is a giant, soft- 
stemmed, perennial herb that grows to be as much as 
32.8 ft (10 m) tall. Individual plants generally die after 
about four years. 


The papaya is dioecious, that is unisexual, for 
male and female flowers are borne by separate plants. 
The flowers are yellow and sweet-smelling and open at 
night to attract moths, the pollinators of the papaya. 


The economically important fruits of the papaya 
are large, yellow-green or reddish, melon like, multi- 
seeded berries each weighing as much as 22 Ib (10 kg). 
The fruits of the papaya emerge from the stem of the 
plant in a phenomenon known as cauliflory. The 
papaya bears fruit year-round. 


The flesh of the papaya fruit is orange-yellow and 
edible. Papaya fruits can be eaten fresh, boiled, pre- 
served, or reduced to a juice. Other products can be 
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created from the milky latex of the papaya including a 
base for chewing gum and an extract containing the 
enzyme papain. Papain is used to tenderize tough 
meats by pre-digesting some of their proteins. 


i Paper 


Paper was probably first produced from bamboo 
and rag fibers about 2,000 years ago. By the eighth 
century, papermaking technology had spread to the 
Middle East. By the middle of the twelfth century, the 
Moors had transplanted the technology to Spain, 
from where it spread throughout Europe. Rags con- 
tinued to be the chief source of paper fibers until the 
introduction of papermaking machinery in the early 
1800s, when it became possible to obtain papermaking 
fibers from wood. 


Hand-made and machine-made papers both con- 
sist of tiny cellulosic fibers pressed together in a thin 
sheet. Each of these fibers is a tiny tube, about 100 
times as long as it is wide. Today, most fibers come 
from wood, though in earlier times, the source was 
more likely to have been rags of linen or cotton. The 
length of wood fibers from conifers is about 0.13-0.25 
in (0.33-0.64 cm), and from hardwoods, about 0.04 in 
(0.10 cm). Other vegetable fibers are much longer. 
Cotton fibers, for example, may be one or more inches 
in length, with diameters of 0.02 in (0.05 cm). The 
source material is reduced to a slurry of fibers that 
floats freely in water, and many of the fibers will have 
been broken or cut when making the pulp. When the 
water is removed, the fibers form a thin layer of pulp 
which eventually becomes paper. 


Hand-made paper 


Rags to be made into paper are first sorted, and 
any unsuitable ones are discarded. Seams are opened, 
and nonfabric materials, such as buttons, are 
removed. The rags are chopped into small pieces and 
then cleaned by boiling them in strong cleansing sol- 
utions. Next, they are rinsed and beaten while damp 
until all of the threads have disintegrated and the 
fibers float freely in water. This is the paper pulp. 


The very dilute pulp is next sent to the vat where 
the paper will actually be made. A rectangular mold 
containing wires running at right angles to each other 
is used to make a film of the pulp. Traditional molds 
have thin, closely spaced parallel wires running across 
the mold at the surface. These are attached to thick, 
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widely spaced wires beneath them that run in the 
opposite direction. Paper formed on this type of 
mold typically reveals a ladder like pattern when held 
up to the light, and is known as laid paper. Woven 
paper is formed on a mold of plain, woven wire screen- 
ing. Thin wire forming a design may be attached to the 
mold’s surface wires to produce a watermark in the 
finished paper. A rectangular frame, called the deckle, 
is placed over the mold to convert the mold into a sort 
of tray. 


The papermaker then dips the mold with the 
deckle attached into the vat of dilute pulp and draws 
up a small amount of pulp on the surface of the wire. 
The mold is then shaken and tilted until most of the 
water has drained through the wire. The deckle is 
removed, and additional water is allowed to drain 
off. A second worker takes the mold and transfers 
the film of pulp to a piece of damp felt, laying a second 
piece of felt across the top. 


This process continues until a stack of alternating 
wet paper and felt has built up. The stack is placed ina 
press to eliminate any residual water. Then the paper 
and felt are separated, and the paper is pressed by itself 
and hung up to dry. When dry, the paper sheets are 
dipped in a tub containing size (essentially gelatin or 
very dilute glue) and dried again. This gives the paper a 
harder and less absorbent finish than it would other- 
wise have had. 


All paper was made by hand until the early nine- 
teenth century. Artists use most of the handmade 
paper consumed today, though hand printers can 
still be found who believe it the finest printing surface 
available. 


Machine-made paper 


Hardly any paper for book printing is made from 
rags today. Wood now is the main ingredient of paper 
pulp, though the better papers contain cotton fiber, 
and the best are made entirely of cotton. The fibers are 
converted into pulp by chemical and/or mechanical 
means. 


Chemical pulp starts with logs that have had their 
bark peeled off and that have been reduced to chips. 
The wood chips are boiled in strong caustic solutions 
that dissolve away parts of the wood that are not 
cellulose, such as lignin and resin, and leave the cellu- 
lose fibers more or less free. There are two chief proc- 
esses for producing chemical pulp: the kraft process, 
and the sulfite process. The kraft process uses the 
wood of either deciduous (e.g., poplar) or coniferous 
trees (e.g., spruce, fir, and hemlock) and produces a 
very strong paper. The sulfite process is less widely 
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used and employs only coniferous wood and an acid 
solution in paper manufacture. 


Mechanical pulp is mostly made by stone-grinding 
peeled logs in a stream of water so that the wood is 
broken up into fibers. Spruce, balsam, and hemlock are 
the woods considered best suited for pulping by this 
process. The ground wood contains all of the constitu- 
ents of the original wood, including those that would 
have been eliminated as impurities in chemical pulp 
manufacturing. Mechanical pulp is mainly used for 
newsprint because paper made from mechanical pulp 
quickly discolors and becomes brittle. It also tends to be 
weak. A superior, stronger form of mechanical pulp is 
called thermomechanical pulp. It is made from wood 
chips treated by steam under high pressure. Mechanical 
pulp is sometimes added to chemical pulp for making 
low cost book papers. A paper containing no mechan- 
ical pulp is called a free sheet. 


Before the pulp can be made into paper, it is 
necessary to mechanically beat or refine it. It is also 
usually bleached with chlorine and calcium hypo- 
chlorite. Unbleached kraft pulp is used for grocery 
bags and heavy wrapping paper. Other materials 
may also be added to the pulp depending on the type 
of paper to be made. For book paper, fillers such as 
white clay and titanium oxide may be added to provide 
opaqueness and extra whiteness. Size may be added 
for stiffness and smoothness. Dyes are added for 
tinted papers. The specific combination of pulp and 
additives used to produce a particular type of paper is 
called the furnish for that paper. With better grades of 
paper, care is taken to produce a furnish that is chemi- 
cally neutral (pH 7 on the acid-base scale). For a paper 
to have long life, it must be acid-free. 


The machine that converts the pulp into paper is 
called a fourdrinier machine, after Henry and Sealy 
Fourdrinier who financed its development in England 
in the early 1800s. The fourdrinier machine takes pulp 
that is still 99% water and converts it into a continu- 
ous web of paper containing only a small amount of 
moisture. 


Pulp is continuously fed into the fourdrinier 
machine on the surface of a moving endless belt of 
fine mesh screening, usually made of nylon. Deckle 
straps prevent the liquid pulp from slopping over the 
sides. The screening is shaken from side to side as it 
moves forward to help drain the water. Suction boxes 
below the screening pull more water through, as a 
wire-mesh-covered cylinder presses on the web of 
pulp from above. The cylinder may be covered with a 
plain wire cloth to impart a wove effect, or with wire in 
a ladder pattern to produce a laid effect. To produce a 
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watermark, the papermaker attaches a wire design to 
the cylinder. 


The now very soggy paper is placed on an endless 
belt of wool felt that carries it between a series of 
rollers that squeeze more water from it. It then passes 
over a series of very large, steam-heated, cast-iron 
drums that complete the drying process. During dry- 
ing, the web is held tightly against the hot drums by 
endless belts of fabric. 


After the paper has dried, it is usually run through 
a series of highly polished metal (calendar) rollers that 
further compact it and smooth its surface. The calen- 
dar rolls are arranged in pairs; each pair rolls at a 
different speed; this effectively polishes the paper. A 
variety of calendared finishes can be obtained, ranging 
from antique (softest and dullest), through eggshell, 
vellum, machine finish, to English finish (hardest and 
shiniest available without further treatment). 


Further treatment may include supercalendaring, 
surface sizing, or coating. Supercalendaring is a pol- 
ishing process similar to the calendaring process but 
done on a separate machine. The final finish of coated 
papers are brushed or rolled on in liquid form. The 
finish may be matte or glossy. Most papers include size 
in the furnish, but additional sizing may be added to 
the surface by running the paper through a vat of 
sizing material to provide a harder finish after the 
paper is made. The paper may be coated with fine 
clay. The clay is adhered to the surface of the paper 
with adhesives. The paper is then supercalendared 
with extremely smooth rollers. Dull coated papers 
are made with clays that finish dull, and are less cal- 
endared. Other papers are gloss coated. Papers may be 
coated on one or both sides. 


Machine-made paper has a pronounced grain, as 
evidenced by its tendency to tear and fold preferen- 
tially in one direction. This is because the cellulose 
fibers tend to align themselves in the direction of travel 
as the pulp is laid down on the wire. Shaking does not 
completely achieve random alignment. In reeled 
paper, the grain always runs lengthwise. In sheet 
paper, the grain may run either the long way or the 
short way, depending on how it was cut from the reel. 


Like most fabrics, paper has a right and wrong 
side. The bottom of the web (called the wire side) next 
to the screening at the wet end of the fourdrinier 
machine is slightly rougher than the top (or felt) side. 
If only one side of the paper is to be used, the smoother 
side is usually chosen. Paper made on a twin-wire 
fourdrinier machine has either two felt sides or two 
wire sides; this is because two webs of pulp are laid 
down simultaneously and pressed together as the 
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paper is dried and finished. One-sided paper is more 
expensive than ordinary two-sided paper. 


Paper categories 


Paper is available in a wide variety of weights, 
colors, textures, and finishes for a multitude of pur- 
poses. Book papers are intended for book and journal 
printing. Almost all bookpapers are surface-sized for 
offset lithography. The sizing resists penetration by the 
water and ink used in offset printing. Book papers are 
mainly made from Kraft pulp, sometimes with machine 
pulp added. Text papers are available in many colors 
and textures for use in advertising leaflets, endpapers, 
etc. They are also sized for offset printing. Cover papers 
are used for heavier papers, and are chiefly used for 
covers for pamphlets, journals, and paperback books. 
Newsprint is made for printing newspapers, advertising 
catalogs, inexpensive paperbacks, and other items that 
will probably only be read once if at all, and then 
thrown away. It is made from machine pulp, usually 
with some chemical pulp added for strength. Bond is 
made mainly for office use and ranges in quality from 
top-grade papers made from 100% rag pulp to low- 
grade stocks consisting largely of machine pulp. 


Paper weights 


Paper varies in thickness and weight. Both meas- 
urements are used to calibrate stock. At the paper mill, 
the thickness of a sheet is measured in thousands of an 
inch (mils). For the purposes of bookmaking, this 
number is converted into pages per inch. Book papers 
may vary from 200 to nearly 1,000 pages per inch, but 
the commonly used 50-lb (23 kg) machine-finished 
papers generally run about 500-550 pages per inch, 
each leaf counting as two pages. That corresponds 
to an average thickness of about 0.004 in (4 mils) for 
the thickness of one sheet of 50-lb (23 kg) machine- 
finished paper. 


Paper is sold by weight. Different grades of the 
same type of paper are distinguished by the weight of 
some standard quantity of that paper. For most of the 
world, the standard quantity is one sheet of paper per 
one square meter in area. In the United States, the 
system of basis weights is used to compare the weights 
of papers. The standard quantity is one ream, or 500 
sheets, but the standard sheet size varies from one 
category of paper to another. For book papers, the 
standard sheet measures 25 x 38 in (64 x 97 cm). For 
cover stocks, the standard size is only 20 x 26in (51 x 
66 cm), so a 50-Ib (23 kg) cover paper is nearly twice as 
heavy as a 50-Ib (23 kg) book paper. For bond papers, 
the standard size is 17 x 22 in (43 x 56cm), so a 20-Ib 
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KEY TERMS 


Calendar rolls—Highly polished metal rollers used 
to compact paper after it has dried. 


Fourdrinier machine—The machine that forms 
paper from pulp, named after the English family 
that financed its development in the early 1800s. 


Furnish—Specific combination of pulp and other 
ingredients used to make a particular kind of paper. 


Kraft process—A process in which sodium sulfate 
is reduced by heating with carbonaceous matter in 
a furnace to form sodium sulfide, which is then 
used in a water solution with sodium hydroxide as 
a cooking liquor. The wood pulp is then cooked 
under pressure and at high temperatures. The kraft 
process, also known as the sulfate process, has a 
less corrosive influence on iron and steel than the 
sulfite process. 


Sulfite process—A process in which sulfur dioxide 
is passed through calcium carbonate to form cal- 
cium bisulfite in an excess of sulphurous acid as the 
cooking liquor. The wood pulp is then cooked 
under pressure at high temperatures. 


(9 kg) bond is approximately equal to a 50-lb (23 kg) 
book paper. 


In Europe, the metric A series of stock sizes is 
based on a standard sheet of paper, rectangular in 
shape (841 mm x 1189 mm) and one meter in area. 
This is called size AO. Cutting this sheet in half pro- 
duces size Al; cutting the Al sheet in half produces 
size A2, and so on down to size A5, which is 1/32 the 
area of AO. In this sizing system, all of the sheets have 
the same shape: the ratio of the short side to the long 
side is identical throughout the series of sizes. 
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| Parabola 


A parabola is a type of conic section, which is an 
open curve formed by the intersection of a plane and a 
right circular cone. The word parabola is derived from 
the Greek word parabole, which means application or 
comparison. Italian astronomer and physicist Galileo 
Galilei (1564-1642) worked out parabolic trajectories 
of projectiles in the early part of the seventeenth cen- 
tury. English physicist and mathematician Sir Isaac 
Newton (1642-1727) later proved mathematically the 
parabolic shape of these projectiles. 


A parabola occurs when the plane is parallel to 
one of the generatrices (geometric templates) of the 
cone (Figure 1). 


A parabola can also be defined as the set of points 
which are equidistant from a fixed point (the focus) 
and a fixed line (the directrix) (Figure 2). 


A third definition is the set of points (x,y) on the 
coordinate plane, which satisfy an equation of the form 
y = x’, or, more usefully, 4ky = x’. Other forms of 
equation are possible, but these are the simplest. 


The axis of a parabola is the line which passes 
through the focus and is perpendicular to the directrix. 
The vertex is the point where the axis crosses the parab- 
ola. The latus rectum is the chord passing through the 
focus and perpendicular to the axis. Its length is four 
times the distance from the focus to the vertex. 


When a parabola is described by the equation 
A4ky = x’, the vertex is at the origin; the focus is at 
(o,k); the axis is the y-axis; the directrix is the line y = -k. 


In spite of the infinitude of cones—from skinny 
ones to fat ones—that yield parabolas, all parabolas 
are geometrically similar. If one has two parabolas, 
one of them can always be enlarged, as with a photo- 
graphic enlarger, so that it exactly matches the other. 
This can be shown algebraically with an example. If 
y = x’ and y = 3x° are two parabolas, the trans- 
formation x = 3xy = 3y which enlarges a figure to 
three times its original size, transforms y = x* into 
3y = (3x)°, which can be simplified to y = 3x”. 


This reflects the fact that all parabolas have the 
same eccentricity, namely 1. The eccentricity of a conic 
section is the ratio of the distances point-to-focus div- 
ided by point-to-directrix, which is the same for all the 
points on the conic section. Since, for a parabola, these 
two distances are always equal, their ratio is always 1. 


A parabola can be thought of as a kind of limiting 
shape for an ellipse, as its eccentricity approaches 1. 
Many of the properties of ellipses are shared, with 
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Parabola 


Figure 1. (Illustration by Argosy. The Gale Group.) 


Directrix 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


slight modifications, by parabolas. One such property 
is the way in which a line intersects it. In the case of an 
ellipse, any line that intersects it and is not simply 
tangent to it, intersects it in two points. So, surpris- 
ingly, does a line intersecting a parabola, with one 
exception. A line that is parallel to the parabola’s 
axis will intersect in a single point, but if it misses 
being parallel by any amount, however small, it will 
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intersect the parabola a second time. The parabola 
continues to widen as it leaves the vertex, but it does 
so in this curious way. 


A parabola’s shape is responsible for another curi- 
ous property. If one draws a tangent to a parabola at 
any point P, a line FP from the focus to P and a line XP 
parallel to the axis, will make equal angles with the 
tangent. In Figure 3, - FPA = - XPB. This means that 
aray of light parallel to the axis of a parabola would be 
reflected (if the parabola were reflective) through the 
focus, or a ray of light, originating at the focus, would 
be reflected along a line parallel to the axis. 


A parabola, being an open curve, does not enclose 
an area. If one draws a chord between two points on 
the parabola, however, the parabolic segment formed 
does have an area. Consequently, this area is given by 
a remarkable formula discovered by ancient Greek 
mathematician Archimedes (287-212 BC) in the third 
century BC In Figure 4, M is the midpoint of the chord 
AB. Cis the point where a line through M and parallel 
to the axis intersects the parabola. The area of the 
parabolic segment is 4/3 times the area of triangle 
ABC. For example, the area of the parabola y = x? 
and the line y = 9 is (4/3)(6 x 9/2) or 36. What is 
particularly remarkable about this formula is that it 
does not involve the number z as the formulas for the 
areas of circles and ellipses do. 


Drawing parabolas 


Unlike ellipses, parabolas do not lend themselves 
to simple mechanical drawing aids. The ones occasion- 
ally described in texts work crudely. Templates are 
hard to find. The two best methods for drawing parab- 
olas both involve locating points on the parabola and 
connecting those points either by the unaided eye, or 
with the help of a draftsman’s French curve. 


The equation of 4ky = x* or y = x7/4k can be 
used to plot points on graph paper. The parameter K, 
which represents the distance from the focus to the 
vertex, should be chosen to make the parabola appro- 
priately sharp or broad. A table of ordered pairs (x,y) 
will help in point plotting. Enough points should be 
plotted, especially near the vertex where the curvature 
of the parabola changes most rapidly, that a smooth, 
accurate curve can be sketched. 


Uses 


Parabolas show up in a variety of places. The path 
of a bomb dropped from an airplane is a section of a 
parabola. The cables of a well-designed suspension 
bridge follow a parabolic curve. The surface of the 
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ZXPB = ZFPA 


Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


water in a bowl that is rotating on a turntable will 
assume the shape of a parabola rotated around its 
axis. The area of a circle is a parabolic function of its 
radius. In fact, the graphs of all polynomial functions 
y = ax’ + bx + c, of degree two are parabolic in shape. 


Perhaps the most interesting application of a 
parabola is in the design of mirrors for astronomical 
telescopes. The rays of light from a star, a galaxy, or 
even such a nearby celestial object as a planet are 
essentially parallel. The reflective property of a parab- 
ola sends a ray that is parallel to the parabola’s axis 
through the focus. Therefore, if one grinds a mirror 
with its surface in the shape of a parabola rotated 
around its axis and if one tilts such a mirror so that 
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KEY TERMS 


Directrix—tThe fixed line in the focus directrix def- 
inition of a conic section. 


Focus—A point, or one of a pair of points, whose 
position determines the shape of a conic section. 


Parabola—A set of points that are equidistant from 
a fixed point and a fixed line. 


its axis points at a star, all the light from that star 
which strikes the mirror will be concentrated at the 
mirror’s focus. 


Of course, such a mirror can be pointed at only 
one star at a time. Even so, the mirror will reflect rays 
from nearby stars through their own foci, which are 
near the real focus. It will bring into focus not only the 
one star at which it is pointed, but also the stars in the 
area around the star. 


The process can be reversed. If the light source is 
placed at the focus, instead of concentrating the rays, 
the reflector will act to send them out in a bundle, 
parallel to the axis of the reflector. The large search- 
lights used during air raids in World War IT (1939- 
1945) were designed with parabolic reflectors. 


Parabolic reflectors are used in other devices as 
well. Radar antennas, the dishes used to pick up sat- 
ellitetelevision signals, and the reflectors used to con- 
centrate sound from distant sources are all parabolic. 
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| Parallax 


Parallex, in astronomy, is the apparent shift (that 
is, change of angular position) of two stationary 
objects relative to each other as perceived by an 
observer whose position is changing (as in an astron- 
omer on a moving Earth). Astronomers must use very 
indirect methods to measure the distances to stars and 
other astronomical objects. Measuring a star’s paral- 
lax is a way to find its distance. This method takes 
advantage of the apparent shift in position of a nearby 
star as it is observed from different positions as the 
Earth orbits the sun. Because the parallax effect 
depends upon the Earth’s motion about the sun, it is 
often referred to as the heliocentric parallax. 


How parallax works 


To understand how parallax works, hold one’s 
thumb in front of the face. Alternately open and 
close each eye and notice how the thumb appears to 
move back and forth with respect to the background 
wall. Now move the thumb closer to the face and 
notice how this effect increases as the distance between 
the eyes and thumb decreases. This apparent motion 
(its only apparent because the thumb did not really 
move) is called the parallax. The brain subconsciously 
uses information from both eyes to estimate distances. 
Because the distance estimates require observation 
from two points, people who have lost an eye will 
lack this depth perception. Thus, a parallax is any 
apparent shift in the position of an object caused by 
a change in the observation position. 


As Earth orbits the sun, astronomers can observe 
a nearby star at six-month intervals with Earth on 
opposite sides of the sun. The nearby star appears to 
move with respect to the more distant background 
stars. Note that the star (like the thumb) is not really 
moving. The parallax effect is an apparent motion 
caused by the motion of the observation point (either 
to the other eye or to the opposite side of the sun). The 
closer the star, the larger will be its apparent motion. 
This parallax, when combined with the principles of 
geometry and trigonometry, can be used to find the 
distance to stars that are relatively close. Closer stars 
will have a larger parallax. 


Astronomers measure the parallax in the form of 
an angle. For even nearby stars these angles are quite 
small. The closest star to the sun, Proxima Centauri, 
has a parallax angle of less than 1 second of arc. 
A second of arc is 1/3600th of a degree (1° = 60 minutes 
of arc = 3,600 seconds of arc, 1 minute of arc = 60 
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seconds of arc). At a distance of 3 mi (5 km), a quarter 
will have an angular diameter of roughly 1 second of 
arc. Measuring such small angles is obviously difficult, 
but astronomers have managed to overcome the diffi- 
culties, detecting parallax for the first time in 1838. 


The parallax angle is defined as one half of the 
apparent angular motion of the star as Earth orbits 
from one side of the sun to the opposite side. This 
definition is the same as the apparent motion that 
would be observed if the two observation points were 
the sun and Earth. Once this angle is measured, the 
distance between the sun and the star is the Earth-sun 
distance divided by the tangent of the parallax angle. 


To simplify this calculation astronomers use a 
distance unit called a parsec (short for parallax- 
second). A parsec is the distance to a star that has a 
parallax angle of exactly one second of arc. One parsec 
is 206,265 times the distance between Earth and the 
Sun, 3.086 x 10'° kilometers, or 3.26 light-years 
(where one light-year is the distance that light travels 
in vacuum in one year). The distance to a star in 
parsecs is then simply | divided by the parallax angle 
measured in seconds of arc. 


Parallax measurements 


In the sixteenth century, Polish astronomer 
Nicolaus Copernicus (1473-1543) proposed that 
Earth and planets orbited the sun. At the time, one 
of the arguments proposed against the Copernican 
view was that there should be a heliocentric parallax 
if the sun was indeed the center of the solar system. 
However, no such parallaxes had been observed. 
Copernicus countered rather simply by stating that 
the stars were much farther away than anyone had 
ever imagined, so the parallax was too small to 
observe. When astronomers finally managed to meas- 
ure a parallax, it turned out that Copernicus was right. 


Astronomers did not succeed in measuring a par- 
allax angle until 1838, when three astronomers working 
independently measured the parallaxes of three differ- 
ent stars. German mathematician and astronomer 
Friedrich Wilhelm Bessel (1784-1846) in Germany, 
Scottish-South African astronomer Thomas James 
Henderson (1798-1844) in South Africa, and Baltic- 
German astronomer Friedrich Georg Wilhelm von 
Struve (1793-1864) in Russia measured the parallaxes 
of the stars 61 Cygni, Alpha Centauri, and Vega, 
respectively. 


From the ground, astronomers are now able to 
measure accurately parallaxes for only about 1,000 
stars that are within 20 parsecs of the sun. This 
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By measuring the parallax p, and knowing the size of 1 AU (Astronomical Unit), calculations of the approximate distance to a star 


are often posssible. (Argosy. The Gale Group.) 


KEY TERMS 


Heliocentric parallax—tThe parallax caused by the 
Earth orbiting the Sun. 


Light-year—The distance light travels in one year, 
roughly 9.5 trillion kilometers or 6 trillion miles. 


Parallax—An apparent change in position of an 
object caused by a change the observation position. 


Parsec—The distance at which a star will have a 
parallax angle of one second of arc, 3.26 light years. 


Second of arc—An angular measurement, 1/3600th 
of a degree. 


ground-based limit requires measuring parallax angles 
that are as small as 1/20th of a second of arc. The 
quarter mentioned above is now 62 mi (100 km) 
away. For greater distances, astronomers must use 
even more indirect methods, which build on the dis- 
tances found by parallax measurements. Improving 
the accuracy of parallax measurements will also 
improve the accuracy of the indirect methods that 
depend on parallaxes. 


Earth’s atmosphere limits the accuracy of parallax 
measurements from the ground, by limiting the resolu- 
tion (sharpness) of a stellar image. Sharper images, and 
therefore more accurate parallax measurements, 
require getting above Earth’s atmosphere. In 1989, the 
European Space Agency launched the Hipparcos (High 
Precision Parallax Collecting Satellite), with the mis- 
sion of measuring the parallaxes of roughly 120,000 
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stars. It accomplished its goal, and was shutdown in 
August 1993. NASA’s Hubble Space Telescope is also 
capable of measuring parallaxes far more accurately 
than they can be measured from the ground. These 
accurate parallax measurements from these space mis- 
sions enable accurate distance measurements to a large 
sample of stars. Accurate distances will both help sci- 
entists attain more accurate measurements of the fun- 
damental properties of stars, therefore increasing 
scientific understanding of stellar structure, and 
improve the accuracy of the cosmic distance scales. 


Resources 


BOOKS 

Arny, Thomas. Explorations: An Introduction to Astronomy. 
Boston, MA: McGraw-Hill, 2006. 

Aveni, Anthony F. Uncommon Sense: Understanding 
Nature’s Truths Across Time and Culture. Boulder, CO: 
University Press of Colorado, 2006. 

Bacon, Dennis Henry, and Percy Seymour. A Mechanical 
History of the Universe. London: Philip Wilson 
Publishing, Ltd., 2003. 

Chaisson, Eric. Astronomy: A Beginner's Guide to the 
Universe. Upper Saddle River, NJ: Pearson/Prentice 
Hall, 2004. 

. Astronomy Today. Upper Saddle River, NJ: 
Pearson/Prentice Hall, 2005. 

Freedman, Roger A. Universe, Stars, and Galaxies. New 
York: W.H. Freeman, 2005. 


OTHER 


Kids Astronomy.com. “Home page of KidsAstronomy.com.” 
<http://www.kidsastronomy.com/> (accessed October 
1, 2006). 


Paul A. Heckert 


3203 


Parallel 


| Parallel 


Generally speaking, parallel means side by side, or 
the concept where any two or more things neither 
converge nor diverge from one another. 


In geometry, a part of mathematics, parallel 
means that two or more lines or planes (within 
Euclidean space) do not intersect (cross) one another. 
Lines are parallel in Euclidean two-dimensional space 
if they reside within the same plane and do not inter- 
sect. Likewise, planes are parallel in Euclidean three- 
dimensional space if they do not intersect each other. 
These planes must keep a constant distance between 
points closest to each other on the two lines. Lines in 
three-dimensional space are called skew lines if they 
are not parallel to one another. 


Thus, two or more lines (or planes) are said to be 
parallel if they lie in the same plane (or space) and have 
no point in common, no matter how far they are 
extended. 


Mathematical notation for parallel is |. For exam- 
ple, for two lines that are parallel to one another, such 
as line A is parallel to line B, the notation would look 
like: A | B. 

Greek mathematician Euclid of Alexandria 
(c. 325-265 BC) formulated his fifth postulate, which 
revolves around the concept of parallel lines. It basi- 
cally states that given any straight line A and any point 
c not on that line, then one and only one other straight 
line B exists that passes through point c but does not 
pass through the first line A, no matter how far both 
lines A and B are extended in either direction. 


[ Parallelogram 


A parallelogram, in plane geometry, is a plane 
figure of four sides whose opposite sides are parallel 
to each other and where each side is equal in length to 
its opposite side. This four-sided figure is called a 
polygon (a two-dimensional [2D] figure formed of 
three or more straight sides) or, more specifically, a 
quadrilateral (a 2D figure formed of four straight 
sides). 


In all types of parallelograms, the diagonals cut 
each other in half (or, bisect each other) where they 
intersect. (A diagonal is a line that joins two opposite 
corners of a geometric figure, such as a parallelogram.) 
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Three special types of parallelograms are called the 
rhombus, the rectangle, and the square. 


A rhombus is a parallelogram with all four sides of 
equal length but the sides to not necessarily meet at 
right angles to one another. 


A rectangle is a parallelogram whose adjacent 
sides are perpendicular (meet at right angles) to one 
another and opposite sides are equal in length. 


A square is a parallelogram whose adjacent sides 
are both perpendicular (angled at 90°) and equal in 
length. That is, all four sides are equal in length and 
the sides that contain a common point are at right 
angles to one another. 


The area (A) of a parallelogram is equal to the 
distance (length) of one side, called its base b, times 
the shortest distance (length) to the opposite side, 
called its altitude or height h. It can be notated as 
A = bh. Since all four sides (s) of a square are equal, 
then b =h=s, and its equation can be written A = 2s. 
The circumference (C) of a parallelogram (or the dis- 
tance around it) is denoted: C = 2b + 2H. In the case 
of a square (where all four sides are equal in length), 
the equation becomes: C = 4s. 


l Parasites 


A parasite is an organism that depends on another 
organism, known as a host, for food and shelter. The 
parasite derives the benefits of this relationship, while 
the host may suffer or show no signs of the infection. 
The life cycle of a typical parasite usually includes 
several developmental stages and morphological 
changes as the parasite lives and moves through the 
environment and one or more hosts. Parasites that 
remain on a host’s body surface to feed are called 
ectoparasites, while those that live inside a host’s 
body are called endoparasites. Parasitism is a highly 
successful biological adaptation. There are more 
known parasitic species than nonparasitic ones, and 
parasites affect just about every form of life, including 
most all animals, plants, and even bacteria. 


Parasitology is the study of parasites and their 
relationships with host organisms. Throughout his- 
tory people have coped with over 100 types of para- 
sites affecting humans. Parasites have not, however, 
been systematically studied until the last few centuries. 
With his invention of the microscope in the late 
1600s, Anton von Leeuwenhoek (1632-1723) was per- 
haps the first to observe microscopic parasites. As 
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Westerners began to travel and work more often in 
tropical parts of the world, medical researchers had to 
study and treat a variety of new infections, many of 
which were caused by parasites. By the early 1900s, 
parasitology had developed as a specialized field of 
study. 


Typically, a parasitic infection does not directly 
kill a host, though the drain on the organism’s resour- 
ces can affect its growth, reproductive capability and 
survival, leading to premature death. Parasites, and 
the diseases they cause and transmit, have been 
responsible for tremendous human suffering and loss 
of life throughout history. Though the majority of 
parasitic infections occur within tropical regions and 
among low-income populations, most all regions of 
the world sustain parasitic species, and all humans are 
susceptible to infection. 


Though many species of viruses, bacteria, and 
fungi exhibit parasitic behavior and can be transmit- 
ted by parasites, scientists usually study them sepa- 
rately as infectious diseases. Types of organisms that 
are studied by parasitologists include species of proto- 
zoa, helminths or worms, and arthropods. 


Protozoa 


Protozoa are one-celled organisms that are capa- 
ble of carrying out most of the same physiological 
functions as multicellular organisms by using highly 
developed organelles within their cell. Many of the 
over 45,000 species of known protozoa are parasitic. 
As parasites of humans, this group of organisms has 
historically been the cause of more suffering and death 
than any other category of disease causing organisms. 


Intestinal protozoa are common throughout the 
world and particularly in areas where food and water 
sources are subject to contamination from animal and 
human waste. Typically, protozoa that infect their 
host through water or food do so while in an inactive 
state, called a cyst, where they have encased them- 
selves in a protective outer membrane and are released 
through the digestive tract of a previous host. Once 
inside the host, they develop into a mature form that 
feeds and reproduces. 


Amebic dysentery is one of the more common 
diseases that often afflicts travelers who visit tropical 
and sub-tropical regions. This condition, character- 
ized by diarrhea, vomiting, and weakness, is caused 
by a protozoan known as Entamoeba histolytica. 


Another protozoan that causes severe diarrhea, 
but is also found in more temperate regions, is 
Giardia lamblia. Among Leeuwenhoek’s discoveries 
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was G. lamblia, which is a now well-known parasite 
that can infect hikers who drink untreated water in the 
back country. The disease it causes has been dubbed 
“beaver fever” (animals including the beaver can har- 
bor the parasite). 


Other types of parasitic protozoa infect the blood 
or tissues of their hosts. These protozoa are typically 
transmitted through another organism, called a vec- 
tor, which carries the parasite before it enters the final 
host. Often the vector is an invertebrate, such as an 
insect, that itself feeds on the host and passes the 
protozoan on through the bite wound. Some of the 
most infamous of these protozoa are members of the 
genera Plasmodium, that cause malaria; Trypanosoma, 
that cause African sleeping sickness; and Leishmania, 
which leads to a number of debilitating and disfiguring 
diseases. 


Helminths 


Helminths are worm like organisms of which sev- 
eral classes of parasites are found including nematodes 
(roundworms), cestodes (tapeworms), and trematodes 
(flukes). Leeches, of the phylum Annelid, are also 
helminths and considered as ectoparasitic, attaching 
themselves to the outside skin of their hosts. 


Nematodes (roundworms) 


Nematodes, or roundworms, have an estimated 
80,000 species that are known to be parasitic. The 
general morphology of these worms is consistent 
with their name; they are usually long and cylindrical 
in shape. 


One of the most infamous nematodes is Trichinella 
spiralis, a parasite that lives its larval stage encysted in 
the muscle tissue of animals, including swine, and make 
their way into the intestinal tissue of humans who 
happen to digest infected, undercooked pork. 


The largest parasitic roundworm, common 
among humans living in tropical developing countries, 
is Ascaris lumbricoides. This roundworm can grow up 
to 14 in (35 cm) in length within the small intestine of 
its host. 


One roundworm, Enterobius vermicularis, or pin- 
worm, actually thrives in more temperate climates. 
This relatively small roundworm is not limited to 
humans living in relative poverty, but is also found in 
individuals living under more robust conditions. 


Adult worms of Wuchereria bancrofti live in the 
blood and lymph of the host. Elephantiasis, charac- 
terized by extreme enlargement of a host’s extremities, 
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Parasites 


is the rare but dramatic result of the host body’s 
defensive reaction to the presence of the worms. 


Known to dog owners Dirofilaria immitus, or 
heartworm infection, if left untreated, can kill a dog 
as the worms infect the heart tissues and eventually 
weaken the cardiac muscles to the point of failure. 


Cestodes (tapeworms) 


Cestodes, or tapeworms, are a class of worms 
characterized by their flat, segmented bodies. The seg- 
ments are called proglottides and hold both male and 
female reproductive organs, allowing self-fertilization. 
Proglottides that contain fertilized eggs break off or 
dissolve, passing the eggs out of the host. Adult tape- 
worms typically reside in the intestinal tract of verte- 
brates, attaching themselves to the mucosal lining with 
hooks or suckers on their scolex, or head. They do not 
possess a digestive tract, or alimentary canal, of their 
own, but absorb nutrients through their tegument, or 
skin, from partially digested food as it passes through 
the host. 


Common tapeworms that frequent humans are 
Taenia saginata, Taenia solium, and Diphllobothrium 
latum. These parasites use intermediate hosts—cattle, 
swine, and fish respectively. Many parasites infect an 
intermediate host organism while in a developmental 
form, but they do not grow to maturity until they have 
been transmitted to the final or definitive host. In the 
Taenia species, the eggs are passed into cattle or swine 
through infected soil. They develop into an interme- 
diary stage, called a cysticercus, which embeds in the 
muscle and connective tissue of the animal. Infected 
animals that are processed for meat but improperly 
cooked still harbor the parasite and pass the cysticerci 
on when consumed by humans. The cysticeri develop 
into adult tapeworms that attach to the intestinal lin- 
ing of the host. The cysticerci of T. solium can, them- 
selves, cause medical complications. Instead of 
developing immediately into adult tapeworms, these 
cysticerci can migrate to any organ of the body, com- 
monly ending up in the muscles or brain. A serious 
infection in the brain can lead to mental complica- 
tions, including seizures and personality changes. 


Trematodes (flukes) 


Trematodes, or flukes, are another class of hel- 
minths that have parasitic species. Adult flukes are 
typically flat, oval-shaped worms that have a layer of 
muscles just below the tegument, or skin, that allow 
the worm to expand and contract its shape and, thus, 
move its body. Flukes usually have an oral sucker on 
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their anterior end, sometimes ringed with hooks, that 
is used to attach themselves to the host’s tissues. 


The life cycle of a typical trematode begins when 
eggs, that are passed out of a previous host’s digestive 
tract, find themselves in fresh water. The ciliated larval 
form, called miracidia, emerge from the eggs and swim 
until they find the appropriate species of their inter- 
mediate host: usually a snail. The miracidia penetrate 
the snail and change into another form, called sporo- 
cysts. The sporocysts undergo further changes result- 
ing in yet another form of the parasite called cercariae, 
which burrow out of the snail and pass into the water 
again. A cercaria has a flagella like tail that helps it 
swim through the water in search of its final host, 
typically a mammal or avian species. The cercariae 
make contact with the skin of a host and burrow in. 
Host animals may also become infected with flukes by 
ingesting meat, usually fish or crustaceans, that are 
harboring the cercariae in an encysted form, called 
metacercaria, within their tissues. In either form, 
once inside the final host the parasite moves through 
tissues or the blood to the desired organ, often the 
intestine or liver, where it matures into a reproducing 
adult, starting the cycle again. 


Clonorchis sinensis, a fluke common in the Far 
East, is a trematode that uses fish as one of its inter- 
mediate hosts and fish-eating mammals, including 
humans, as a final host. The adult C. sinensis flukes 
eventually make their way through the bile ducts to the 
liver of the host. 


Another fluke that uses both a snail and a second 
intermediate host is Paragonimus westermani. Freshwater 
crabs and crayfish can harbor P. westermani metacer- 
caria that, in turn, may be consumed. The adult of this 
parasite makes its way into the lungs of its host. 


Some of the most infamous flukes are species of the 
genus Schistosoma that cause the often fatal schistoso- 
miasis. The cercariae of these flukes infect human hosts 
directly by burrowing into the skin of a person wading 
or swimming in infected water. One species, S. mansoni, 
enters the blood stream as an immature worm and can 
be carried through various organs, including the lungs 
and heart, before maturing in the liver. 


Arthropods 


Arthropods are organisms characterized by exo- 
skeletons and segmented bodies such as crustaceans, 
insects and arachnids. They are the most diverse and 
widely distributed animals on the planet. Many 
arthropod species serve as carriers of bacterial and 
viral diseases, as intermediate hosts for protozoan 
and helminth parasites, and as parasites themselves. 
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Insects 


Certain insect species are the carriers of some of 
humanity’s most dreaded diseases, including malaria, 
typhus, and plague. As consumers of agricultural 
crops and parasites of our livestock, insects are also 
humankind’s number one competitor for resources. 


Mosquitoes, are the most notorious carriers, or 
vectors, of disease and parasites. Female mosquitoes 
rely on warm-blooded hosts to serve as a blood meal to 
nourish their eggs. During the process of penetrating a 
host’s skin with their long, sucking mouth parts, saliva 
from the mosquito is transferred into the bite area. 
Any viral, protozoan or helminth infection carried in 
the biting mosquito can be transferred directly into the 
blood stream of its host. Among these are malaria, 
yellow fever, W. bancrofti (filariasis and elephantia- 
sis), and D. immitis (heartworm). 


Flies also harbor diseases that can be transmitted 
to humans and other mammals when they bite to 
obtain a blood meal for themselves. For example, 
black flies can carry river blindness, sandflies can 
carry leishmaniasis and kala-azar, and tsetse flies 
(found mainly in Africa) carry the trypanosomes that 
cause sleeping sickness. Livestock, such as horses and 
cattle, can be infected with a variety of botflies and 
warbles that can infest and feed on the skin, throat, 
nasal passages, and stomachs of their hosts. 


Fleas and lice are two of the most common and 
irritating parasitic insects of humans and our live- 
stock. Lice commonly live among the hairs of their 
hosts, feeding on blood. Some species are carriers of 
the epidemic inducing typhus fever. Fleas usually 
infest birds and mammals, and can feed on humans 
when they are transferred from pets or livestock. Fleas 
are known to carry a variety of devastating diseases, 
including the plague. 


Arachnids 


Another prominent class of arthropods that con- 
tains parasitic species is the arachnids. Though this 
group is more commonly known for spiders and scor- 
pions, its parasitic members include ticks and mites. 


Mites are very small arachnids that infest both 
plants and animals. One common type is chiggers, 
which live in grasses and, as larva, grab onto passing 
animals and attach themselves to the skin, often lead- 
ing to irritating rashes or bite wounds. Scabies are 
another mite that causes mange in some mammals by 
burrowing into the skin and producing severe scabs, 
lesions, and loss of hair. 


Ticks also live their adult lives among grasses and 
short shrubs. They are typically larger than mites, and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Arthropod—A phylum of organisms characterized 
by exoskeletons and segmented bodies. 


Cestodes—A class of worms characterized by flat, 
segmented bodies, commonly known as tapeworms. 


Definitive host—The organism in which a parasite 
reaches sexual maturity. 


Helminths—Various phyla of worm-like animals. 


Intermediate host—An organism infected by a par- 
asite while the parasite is in a developmental form, 
but does not sexually mature. 


Nematodes—Characterized by long, cylindrical 
bodies, commonly known as roundworms. 


Protozoa—One-celled organisms. 


Trematodes—A class of worms characterized by 
flat, oval shaped bodies, commonly known as flukes. 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


it is the adult female that attaches itself to an animal 
host for a blood meal. Tick bites themselves can be 
painful and irritating. More importantly, ticks can 
carry a number of diseases that affect humans. The 
most common of these include Rocky Mountain spot- 
ted fever, Colorado tick fever, and Lyme disease. 


Control of parasites 


Most parasitic infections can be treated by use of 
medical and surgical procedures. The best manner of 
controlling infection, though, is prevention. Scientists 
have developed and continue to test a number of drugs 
that can be taken as a barrier, or prophylaxis, to 
certain parasites. Other measures of control include 
improving sanitary conditions of water and food sour- 
ces, proper cooking techniques, education about per- 
sonal hygiene, and control of intermediate and vector 
host organisms. 
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! Parasitology 


Parasitology is the study of parasites, organisms 
that live, grow, and feed on or in other organisms. The 
prevention of parasite-infested consumption of raw 
(or undercooked) meat, fish, seafood, vegetables, and 
dairy products, as well as contaminated water, is a 
matter of public health. The United States Food and 
Drug Administration (FDA), the Centers for Disease 
Control (CDC), and several other local and state san- 
itary agencies are responsible for regulatory food 
safety measures and regular inspections of food and 
water quality to prevent the outbreak of epidemics 
caused by parasites and other pathogens. 


Another field where parasitology is also impor- 
tant is legal medicine, as some parasitic pathogens 
(disease-causing organisms) are transmitted through 
sexual contact and may constitute evidence of crime, 
especially in cases of child molestation. When an epi- 
demic outbreak occurs in a city or when several cases 
of food-related poisoning suddenly happen in an area, 
forensic pathologists or forensic parasitologists help 
epidemiologists to identify the source of the problem. 
For example, in 1980, 32 patients, including four 
physicians, reported to hospitals in Los Angeles within 
a short period of time complaining of abdominal dis- 
tention, diarrhea, intermittent abdominal cramps, and 
flatulence. They were diagnosed as having been 
infested by a flatworm, Diphyllobothrium spp., a com- 
mon parasite in freshwater and sea fish. All patients 
recalled that they had eaten sushi, a raw fish dish, 
10 days prior to the onset of symptoms. Alerted by 
hospitals, the CDC tracked the illness back to sushi 
made of salmon contaminated with the flatworm. 


Although some pathogenic (disease-causing) bac- 
teria such as Chlamydia and Ricketsia can be thought 
of as obligate intracellular parasites (.e., they can only 
be replicated inside living cells using the host cell’s 
metabolic machinery) the strict definition of parasites 
refers to protozoa and helminthes or worms, also 
known as Metazoa. Pathogenic protozoa are unicel- 
lular (e.g., single-celled) organisms divided into four 
groups: Sarcodina (amebas), Sporozoa (sporozoans), 
Mastigophora (flagellates), and Ciliata (ciliates). 
Metazoa or worms classified are divided in two groups, 
Platyhelminthes or flat worms, such as Trematoda 
(flukes) and Cestoda (tapeworms), and Nemathelminthes 
or roundworms. The most commonly occurring para- 
sites in humans can be also grouped according to 
the areas of the body they infest, such as 1), the intes- 
tinal tract (Giardia lamblia, Entamoeba histolytica, 
and Cryptosporidium); 2), urogenital tract (flagellate 
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Trichomonas vaginalis); 3), blood and tissues (flagel- 
lates Leishmania and Trypanosoma, protozoans 
Toxoplasma and Plasmodium). 


Giardiasis, or infestation by Giardia lamblia, 
occurs in two forms: Giardia trophozoites (active 
Giardia) and cysts (latent, non-mobile Giardia). 
Water and food contaminated with fecal residues are 
the main means of transmission, with the cysts devel- 
oping into Giardia trophozoites in the duodenum 
(upper part of the stomach). Giardia attaches to the 
duodenal mucosa where it competes for protein and 
fat nutrients, causing inflammation, flatulence, foul- 
smelly diarrhea, intestinal cramps, nausea, anorexia, 
and associated protein and fatty acid deficiency. 
Although 50% of the hosts do not present with symp- 
toms, giardiasis is very common among children in 
daycare centers, and people who camp, hike, or 
drink unfiltered water directly from streams, with 
symptoms appearing especially in those with certain 
immune deficiencies. Giardiasis is an endemic infesta- 
tion in the United States, affecting about 5% of the 
population. 


Entamoeba histolytica have two life-cycle phases: 
trophozoites or mobile ameba and cyst (non mobile) 
phases. They cause intestinal cramps, dysentery, and 
liver lesions, being transmitted by ingestion of cysts 
present in water or uncooked food, as well as through 
fecal-oral contact in sexual intercourse. Once inside 
the body, the cysts mature to the trophozoites phase, 
the active ameba. By causing necrosis (cell and tissue 
death and decay) of the intestinal epithelium, amebas 
invade the submucosa layers of the colonic tract and 
reach circulation, being transported to the liver where 
they cause systemic hepatic disease and liver abscesses. 
Approximately 2% of the American population suf- 
fers from amebiasis. Other types of amebiasis are rare, 
such as those caused by Acanthamoeba ssp. and 
Naegleria fowleri, which are pathogenic free-living 
amebas transmitted by water inhalation (while swim- 
ming) and by air. They can multiply in the tissues of 
the brain and spinal fluid, causing nerve damage and 
death if untreated. Naegleria causes primary amoebic 
meningoencephalitis (PAM) and Acanthamoeba leads 
to granulomatous amoebic encephalitis (GAE). If 
untreated, PAM can kill within a week of the onset 
of symptoms. GAE occurs in patients with immuno- 
deficiencies and leads to death within several weeks to 
a year after the onset of disease. Both diseases cause 
eye infections that can lead to blindness. Between 1985 
and 1986, 22 cases of ameba-related ocular lesions 
were reported to the Centers for Disease Control. 
Investigators found out that the majority of the cases 
were associated with poor disinfection of contact 
lenses and homemade saline solutions. 
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A nurse checks for parasite symptoms by examining a patient’s neck. The World Health Organization (WHO) has set up an 
ambitious campaign to test for sleeping sickness (AKA African Human trypanosomiasis). The disease has reestablished itself 
throughout sub-Saharan Africa. 5-9% of the population tested during this campaign is infected. As AIDS, malaria and 
tuberculosis continue as frontrunners in the mortality stakes, sleeping sickness and its 500,000 estimated carriers is not seen as 
a priority even though it is a killer disease if untreated. Once diagnosed, the treatment is very painful and toxic (7-10% of patients 
die from the hospital-administered treatment alone). Thanks to an initiative by WHO director Dr. Jean Jannin, who leads the 
combat against sleeping sickness, screenings have been set up in 15 African countries. (© Patrick Robert/Corbis.) 


Cryptosporidium is another pathogen that indu- 
ces diarrhea, which is more severe in small children, 
senior patients, and those with immunodeficiencies 
such as HIV. Transmission is generally under the 
form of oocysts present in water and may cause col- 
lective outbreaks of watery diarrhea with risk of severe 
dehydration, particularly to those belonging to the 
more vulnerable groups. Water filtration is the most 
effective way of preventing both giardiasis and 
Cryptosporidium-related diarrhea because these two 
parasites are resistant to water chlorination. 


Almost two billion people live in parts of the 
world where malaria is an endemic (naturally occur- 
ring in the environment) disease. Malaria is a parasitic 
disease caused by four different species of the 
Plasmodium parasite, and is transmitted by the bite 
of infected mosquitoes. The worldwide use of pesti- 
cides containing DDT greatly reduced the incidence of 
malaria, but since DDT was found to contain possibly 
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carcinogenic (cancer-causing) chemicals in the late 
1960s, its use has declined greatly, and in turn, the 
incidence of malaria has increased sharply around 
the world. As of 2005, malaria is estimated to have 
killed more than 300-500 million people over the cen- 
turies and still kills an estimated 2.5 million people per 
year (including 1 million children)in Africa and the 
world’s tropical areas. Many countries in these regions 
are returning to the use of DDT to control the mos- 
quitoes carrying the parasite that causes malaria. 


Trichomonas vaginalis is a sexually transmitted 
parasite that exists only as trophozoites, causing gen- 
ital itching and smelly-greenish vaginal secretions as 
well as urethritis (a burning sensation when urinating). 
In men, the only symptom is urethritis, although the 
parasite is transmitted in the prostatic secretions 
(secretions of the prostate gland). The use of condoms 
prevents infection. When found in a child, this and 
other sexually transmitted diseases may suggest a case 
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of child molestation. Some rare cases of trichomonia- 
sis appear to be associated with contact with wet toilet 
seats. 


Toxoplasma gondii, a blood parasite, may be trans- 
mitted through the contact with infected feces of cats 
and other mammals, or by consumption of raw or 
undercooked meat or contaminated water, causing tox- 
oplasmosis. It can be also transmitted from mother to 
the fetus, in what is known as congenital toxoplasmosis. 
Congenital infection favors miscarriage, neonatal men- 
tal retardation, or chorioretinitis (inflammation of the 
choroids portion of the eye), which leads to blindness 
during childhood. In immunodepressed adults, toxo- 
plasmosis may cause encephalitis, although most of the 
infected population remains asymptomatic, due to the 
action of the immune system. However, T. gondii passes 
from the intestinal tract to other tissues of the body, 
such as brain, liver, lungs, and eyes, where it remains as 
cysts for years. As long as the infected individual’s 
immune system is healthy, antibodies and the immune 
cells will keep the infection at bay, preventing disease 
progression. 


Diarrheal parasites and other pathogens account 
for 4% of deaths worldwide each year. Periodical tests 
for these and other parasitic infestations are a valuable 
preventive measure that can avert serious and 
unnecessary diseases and even death. 


See also Disease; Forensic science; Parasites; 
Pathogens. 


Sandra Galeotti 


[ Parity 


Parity is both an operation and an intrinsic prop- 
erty used to describe particles and their wavefunctions 
(mathematical representations of one or more par- 
ticles) in quantum mechanics (a branch of physics 
focusing on particles smaller than an atomic nucleus). 


The parity operation is a combination of a left- 
right trade (mirror reflection) with a top-bottom 
switch. This combination is also called a spatial inver- 
sion. How objects behave under a parity operation 
defines their intrinsic parity. All microscopic particles 
have an intrinsic parity that helps us tell them apart. 
An object or group of objects that is the same before 
and after a parity operation is called parity invariant. 
A parity invariant object has “even” or “+ 1” intrinsic 
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parity. Ifthe parity of an object changes due to a parity 
operation, it has “odd” or “-1” intrinsic parity. 


Even though people do not obey reflection symme- 
try (their right and left sides are different), scientists 
believed that the laws of physics were parity invariant. 
In 1956 a Chinese-American scientist named Tsung Dao 
Lee figured out that the idea of parity invariance had 
not been tested in relation to one of the fundamental 
forces of physics, the weak force (responsible for spon- 
taneous decays of some microscopic particles). This 
prompted Lee and a colleague, Chen Ning Yang, to 
think of a clever experiment to test the parity invariance 
of the weak force. Later in 1956 Dr. Chien-Shiung Wu 
carried out this difficult experiment using a radioactive 
(spontaneously decaying) element called Cobalt. Wu 
observed the direction of electrons (smallest naturally- 
occurring charged particles) coming out of the Cobalt 
due to its radioactive decay. She found that the electrons 
did not come out the way she expected. Thus this experi- 
ment was not parity invariant. Since it tested the 
weak force, this meant the weak force was not parity 
invariant either. This result was so important that Yang 
and Lee won the 1957 Nobel Prize in physics for it. Now 
we know when we see parity invariance the weak force is 
the culprit. All other fundamental forces are parity 
invariant. 


Parity is often studied along with charge conjuga- 
tion. Charge conjugation changes a particle into its 
opposite, or antiparticle, by changing the sign of its 
electric charge. Even though parity is not conserved by 
itself, it was thought that the combination of parity (P) 
and charge conjugation was conserved. In 1964, how- 
ever, physicists J. H. Christenson, J. W. Cronin, V. L. 
Fitch, and R. Turlay discovered that CP conservation 
is not obeyed by studying the decays of particles called 
Kaons. Scientists know that the laws of nature must 
obey conservation of the combination of parity, 
charge conjugation, and time symmetry (T), because 
of the way they are formulated. This is called CPT 
symmetry. CP symmetry is not conserved, it follows 
that time symmetry must not hold, so that total com- 
bination, CPT, can be conserved. 


Lesley Smith 


| Parkinson disease 


Parkinson disease (PD, also called Parkinson’s 
disease) is a disease in which cells in regions of the 
brain involved with muscular coordination and 
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control suffer in impaired ability to synthesize the 
neurotransmitterdopamine. Once known as “shaking 
palsy,” it is a disorder of the brain that is characterized 
by tremors and difficulty with walking, movements, 
and general coordination. 


Parkinson disease, or Parkinsonism, is named for 
English physician and geologist James Parkinson 
(1755-1824). His description of the various manifes- 
tations of the disease was published in 1817, in a work 
entitled “An Essay on the Shaking Palsy.” He used the 
terms “shaking palsy” and “paralysis agitans” to 
describe a group of related symptoms, which he care- 
fully observed and recorded. It is now known that this 
neurological disorder is caused by damage to the 
brain. The main symptoms of the disease are tremors 
while at rest and abnormal movements of the arms and 
legs while standing or walking. These are accompanied 
by a number of other symptoms, including speech 
problems, a stiff, bent-over position, insomnia, and 
constipation. 


All related disorders are attributed to a malfunc- 
tion of the basal ganglia (which contain a rich array of 
neurotransmitters and receptors controlling muscular 
movements) and of the substantia nigra (where dop- 
amine is produced). Dopamine is one of the brain 
chemicals involved in the control of physical move- 
ment, and Parkinsonism is characterized by dopamine 
depletion. Secondary Parkinsonism, in which symp- 
toms are of a passing nature, is due to temporary 
dopamine depletion, induced most commonly by anti- 
psychotic drugs. 


Cause 


The basal ganglia control movements of the 
muscles, muscle tone, balance, coordination of groups 
of muscles that oppose each other, and the change of 
state necessary for muscles to go from rest to motion. 
Control from this section of the brain also enables some 
muscles to remain at rest while others are in action. Ina 
healthy state, signals pass from the motor cortex of the 
brain to the reticular formation and spinal cord and 
then to the various muscles that are to undergo con- 
traction. At the same time, other signals follow a differ- 
ent pathway through the basal ganglia, where the nerve 
signal is dampened (subdued or toned down) so that the 
resulting contraction does not become jerky (too sud- 
den or quick). Dopamine, found in the basal ganglia, is 
the neurotransmitter responsible for the dampening 
effect of the motor signal. If the dampening effect 
should become too strong, then another neurotransmit- 
ter, acetylcholine, counteracts the effects of the dopa- 
mine, thus maintaining a balance in the force of the 
signals sent to the muscle. 
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In Parkinson disease, degeneration of the basal 
ganglia, along with damage to the dopamine- 
producing cells of the substantia nigra, hampers the 
proper functioning of the nerve pathway that controls 
movements of the muscles. The muscles become exces- 
sively tense, a condition that gives rise to tremor and a 
rigid joint action. The movements of the body also 
begin to slow down because of this malfunction. 
Drug treatments are designed to increase the level of 
dopamine or inhibit the release of acetylcholine, which 
counteracts dopamine. 


Damage to the basal ganglia may be caused by an 
environmental factor, such as an unknown toxic 
chemical. Another supposition is that an early viral 
infection causes the degeneration. Parkinsonism may 
follow encephalitis or other forms of brain injury. In 
1997, researchers located a specific gene defect that 
seems to be responsible for some familial cases of 
Parkinson disease. This information, in 2006, is still 
valid in the treatment of PD. 


The disease is not contagious, and while it gener- 
ally affects older people, there are also cases of juvenile 
Parkinsonism. Cases involving younger people who 
had used street drugs of unknown composition and 
developed full-blown symptoms of the disease as a 
result have been reported. Some of these cases were 
favorably treated with implantations of dopamine- 
producing tissues from fetal brain cells. 


Incidence and symptoms 


Worldwide, Parkinson disease is estimated to 
affect from four to six million people. In the United 
States, as of 2005, it is estimated that there are between 
one-half and one million people who suffer from 
Parkinson disease (one person in 100 over the age of 
60 years), and each year 50,000—100,000 new cases are 
reported, with the percentage going up with age. 


According to the National Center for Health 
Statistics (of the U.S. Centers for Disease Control 
and Prevention), as of October 2006, about 15,600 
deaths occur each year because of Parkinson disease; 
a rate of about 5.5 per 100,000 (with a October 2006 
U.S. population of about 300 million). Between 1.5 and 
2.5% of the U.S. population older than age 60 years 
suffer from Parkinson disease. 


The elderly are most vulnerable to the condition, 
with men showing a greater tendency toward the dis- 
ease than women. In about 10% of cases, symptoms of 
the disease begin to show when patients are in their 
40s, but in the majority of cases most symptoms 
appear occur after age 50 years. Parkinson disease 
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Parkinson disease 


symptoms are most pronounced in patients between 
the ages of 70 and 80 years. While there is no cure for 
the disease and the factors responsible for the brain 
damage are not fully understood, the mechanism of 
brain-cell deterioration and the brain chemicals 
involved has been carefully studied. 


At the beginning of the illness, one side of the 
body may begin to exhibit symptoms. Eventually, 
however, the disorder spreads to both sides of the 
body. At first, there are signs of difficulty in walking 
and other basic movements of the body, such as turn- 
ing, rising from a seated position, standing, and sitting 
down. These movements seem labored and become 
difficult to perform. Body movements slow down, 
and they are executed very carefully with much delib- 
eration. The muscles at rest are so tense that they 
become rigid. Simple facial movements become diffi- 
cult to execute because of this rigidity of muscle tone. 
The face begins to look like a mask. Walking move- 
ments become altered. Instead of the natural arm 
swing, the arms hang limply at the side. The patient 
shuffles while walking, and sideways turns of the head 
are replaced by whole body movements. 


Tremor is one of the characteristic signs of 
Parkinsonism, but not all patients actually display 
that symptom. While it is immediately obvious and 
recognizable, tremor is not necessarily more of a dis- 
ability than the other symptoms of the disorder. 
Tremor occurs while the patient is at rest and is 
reflected mostly in the hands, in spasms entailing a 
rolling motion of various fingers. Other parts of the 
body may also be involved in the tremor, notably the 
lips and the head. While the Parkinson’s patient is 
involved in some task, the tremor may relent for a 
short period of time. 


Some patients undergo a general decline of mental 
ability (dementia). They begin to forget recent events, 
get lost in a known neighborhood, or fail to compre- 
hend what is going on about them. The skin becomes 
excessively oily, a condition known as seborrhea, par- 
ticularly in the areas of the face and scalp. Blood 
pressure may also begin to fluctuate over a wide 
range, and these fluctuations create further difficulties 
in treatment. Toward the later stages of the disease, 
when all of these symptoms are present, some patients 
become totally helpless. 


Diagnosis 


Only a postmortem examination provides conclu- 
sive evidence of Parkinsonism, while a live clinical 
neurological examination may present difficulties in 
diagnosis. Certain symptoms readily show the 
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presence of the disease, such as tremor, slow body 
movements, and the inability to perform joint motor 
activities. There are, however, other conditions that 
can be mistaken for Parkinsonism because they are 
also characterized by the tremor syndrome and certain 
other symptoms. 


While the exact cause of Parkinsonism can only be 
determined at autopsy, a clinical diagnosis when the 
patient is still alive allows doctors to prescribe the 
most effective treatment. The physician begins a diag- 
nosis with the patient’s general medical history along 
with a careful examination. In the absence of certain 
symptoms of the disease, an experienced physician 
may be able to exclude Parkinson disease and search 
for other causes of neurological impairment, such as 
tumors of the brain, especially in the cerebellum that 
controls balance. A CAT (computerized axial tomog- 
raphy) scan is used to determine the presence or 
absence of brain tumors. The appearance of tremor 
is carefully studied to determine whether it qualifies as 
a symptom of Parkinsonism. New diagnostic methods 
allow physicians to target the affected brain areas 
precisely. An analysis of cerebrospinal fluid along 
with magnetic resonance imaging (MRI) can reveal 
damage to areas of the brain like the substantia 
nigra. An increase in lipid (fat) oxidation in the sub- 
stantia nigra suggests that free radicals are damaging 
nerve cells producing dopamine. If that is the case, 
antioxidants and scavengers that destroy free radicals 
may improve the symptoms. 


Treatment 


There are organizations that can give families help 
in learning how to manage the illness in its early stages. 
Exercise is important along with special aids to help 
movement. Drug therapy is important in later stages 
of the disease when symptoms become debilitating if 
left untreated. The drug treatment is complex because 
dosages have to be carefully regulated and different 
combinations of drugs have to be used. 


Despite certain severe side effects, the drug levo- 
dopa (I-dopa) is currently used as the most effective 
medication in the treatment of Parkinson disease. 
Some of the adverse side effects are disorders of the 
digestive system, hemorrhage, disturbances in heart 
rhythm, depression, confusion, possible psychotic 
reactions, and delirious episodes. The extent of these 
reactions appears to be dependent on the amount of 
medication used. In some patients the mask-like facial 
expression gives way to distorted facial expressions, 
and other unusual body movements may result from 
the use of the drug. 
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A combination drug called Sinemet® composed of 
levodopa and carbidopa (a drug that alleviates levo- 
dopa’s side effects) is given in careful dosages often 
requiring changes in the amount taken. Patients 
respond differently to this combination drug. Some 
will be able to take it hourly, others just three times 
daily. 


For all of its adverse side effects, l-dopa has helped 
many sufferers from Parkinsonism to deal with their 
illness. Other drugs, which are not as effective but do 
have fewer side effects, are sometimes used for milder 
cases of Parkinson disease. Two such drugs are bro- 
mocriptine and amantadine. Anticholinergic drugs are 
used to deal with tremor. These drugs can be used 
alone or in combination with l-dopa. Sometimes they 
are used to help diagnose a questionable condition. 
They are not noted for providing important long-term 
relief. 


Surgical procedures to inactivate certain areas of 
the brain have sometimes been helpful in restoring 
movement for some younger Parkinsonism patients 
who have stopped responding to various medical 
therapies. Two such procedures are the thalamotomy 
and the palidotomy. While symptoms may be dramat- 
ically relieved, the outcome of the treatment is still 
being studied. Deep brain stimulation is also used as 
a surgical method to treat PD. 


Another surgical intervention, widely used in 
Europe for more than two decades gained U.S. Food 
and Drug Administration (FDA) in 2002. The proce- 
dure involves implanting a pacemaker-like device to 
provide electrical stimulation to areas of the brain 
deprived of dopamine. Still more research is being 
done to find a substance that could potentially prevent 
the cells within the substantia nigra from dying. 


Other treatments remain both experimental and 
controversial, including stem cell transplants, implan- 
tation of fetal nerve cells, and the introduction of 
genetically engineered cells into neural tissue. 


See also Nerve impulses and conduction of 
impulses; Nervous system. 


Resources 


BOOKS 

Christensen, Jackie Hunt. Parkinson’s Disease: An Essential 
Guide for the Newly Diagnosed. New York: Marlowe & 
Co., 2005. 

Ebadi, Manuchair, and Ronald F. Pfeiffer, eds. Parkinson’s 
Disease. Boca Raton, FL: CRC Press, 2005. 


PERIODICALS 


Camicioli R. “Identification of Parkinsonism and Parkinson 
disease.” Drugs Today 38:10 (2002):677-86. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Basal ganglia—Groups of nerve cells located 
within the white matter of each cerebral hemi- 
sphere. They are important for coordinating signals 
along the motor pathways of the central nervous 
system. 
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CAT scan—Computerized axial tomography scan- 
ning, also called CT scanning, which uses diagnos- 
tic x rays and a computer to give cross-sectional 
images at different angles of the brain and other 
parts of the body. 


Dementia—Deterioration and loss of most higher 
mental functions, including the abilities to reason, 
remember, and concentrate. 


Dopamine—Neurotransmitter essential for proper 
movement functions of the body. 


Levodopa (I-dopa)—Precursor to dopamine, used 
as drug for Parkinson disease because, unlike dop- 
amine, it can cross the brain blood barrier. 


MRI—Magnetic resonance imaging, a non-x-ray 
imaging technique used to diagnose the brain and 
other parts of the body. 


Substantia nigra—A layer of deeply pigmented 
nerve cells in the brain containing dopamine pro- 
ducing cells. 


Tremor—Involuntary shaking movements of the 
hands while at rest produced in Parkinson disease 
by a lack of dopamine. 
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Parrots 


| Parrots 


Parrots, macaws, lories, parakeets, and related 
birds, known collectively as psittacids, are 328 living 
species of birds that make up the family Psittacidae. 
The psittacids and the cockatoos (family Cacatuidae) 
are the only families in the order Psittaciformes. 


Species of psittacids occur in Central and South 
America, Africa, Madagascar, South and Southeast 
Asia, New Guinea, Australia, and New Zealand. The 
greatest richness of species occurs in Australasia and 
South America. No native species of the parrot family 
now breed in North America, although one previously 
abundant species, the Carolina parakeet, is recently 
extinct. 


Parrots are arboreal birds, living in and around 
trees. Most species breed in forests, ranging from tem- 
perate to tropical, but other species occur in savannas 
and other relatively open, treed habitats. 


Parrots and their allies are beautifully colored 
birds, and they are also quite intelligent and person- 
able. These birds are very interesting and vital compo- 
nents of their ecosystems, and sightings of psittacids 
are highly sought-after by bird-watchers and field 
ornithologists. Several species are also commonly 
kept as pets. 


Biology of parrots 


Parrots range in body length from 3-40 in 
(8-102 cm). Their head is relatively large, the neck is 
short, the body is chunky, and their wings are long 
and usually rounded. Some species have a short tail, 
but in others the tail is quite long. Parrots have short, 
strong legs and feet, with long claws, and the toes 
arranged in a zygodactyl manner, that is, with two 
pointing forward, and two backward. 


Parrots and their allies are highly adapted to living 
in trees. Both the feet and beak are very dexterous, and 
are used as aids to climbing. The feet are also used to 
hold and maneuver food and other objects, as are the 
beak and tongue. No other birds have the dexterity of 
parrots. 


The bill and the large, muscular tongue of parrots 
are highly distinctive. The upper mandible is down 
curved and strongly hooked, and the lower mandible 
fits neatly into the shell of the upper when the beak is 
closed. The upper mandible is attached to the skull by 
a flexible joint, which allows relatively free-ranging, 
up-and-down movement. The nostrils are contained in 
a specialized, fleshy, enlarged structure known as a 
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The endangered hooded parakeet (Psephotus dissimilis). 
(Robert J. Huffman. Field Mark Publications.) 


cere, present at the top of the upper mandible, where 
it joins the face. Like many other species of seed-eating 
birds, parrots have a well-developed crop, an esoph- 
ageal pouch in which hard seeds are kept for softening, 
and a gizzard where the seeds are ground with particles 
of inorganic grit and small stones. 


Almost all of the psittacids are rather attractive, 
brightly colored birds. The most frequent base color of 
the plumage is green, but this is commonly offset by 
bold patterns of bright red, yellow, blue, violet, white, 
or black. The sexes are similarly colored in most 
species. 


Parrots and their allies are highly social birds, 
commonly occurring in noisily chattering, shrieking, 
squawking, or whistling family groups and larger 
flocks. Some of the smaller species in semi-arid hab- 
itats can occur in huge colonies; flocks of budgerigar 
(Melopsittacus undulatus) in Australia can contain 
more than one million individuals. The social 
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Double yellow Amazon parrot. (Robert J. Huffman. Field Mark Publications.) 


psittacids forage in groups, mostly for fleshy fruits and 
seeds. Some species forage in fruit orchards, where 
they may cause significant damages. Flocks of psitta- 
cids are wary and wily, and are usually difficult to 
approach closely. 


Psittacids fly quickly and directly, using rapid 
wingbeats, but they tire quickly and do not usually 
fly very far. Most species are sedentary, spending the 
entire year in and around their breeding territory. 
However, species living in arid and semi-arid habitats 
often wander widely in search of food, which can vary 
greatly among years depending on the amounts and 
timing of the rains. 


Psittacids are mostly vegetarian birds. Many spe- 
cies are frugivorous, eating fruit as the major compo- 
nent of their diet. Others also eat seeds, buds, and 
other plantmatter. A few species also eat insects, and 
the kea (Nestor notabilis) of New Zealand is known to 
eat sheep carrion. (This has led to erroneous beliefs 
that the kea also kills healthy sheep. The kea may, 
however, finish off sheep that are virtually dead.) 
Most species of psittacids will habitually hold their 
food in their feet as they eat. The beak is used to 
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crack seeds and nuts—captive individuals of hyacin- 
thine macaws (Anodorhynchus hyacinthinus) are even 
able to crack the hard shell of Brazil nuts. 


Parrots have a monogamous breeding system, in 
which the male and female are faithful to each other, 
sometimes for life. The nest is usually located in a 
hollow in a tree. That cavity may have been developed 
naturally through decay, or it may have previously 
been excavated by another species of bird, such as a 
woodpecker. A few species will also nest in hollows in 
rock piles, earthen banks, or similar places. The clutch 
size ranges from 1-12, with larger species laying fewer 
eggs. Both sexes incubate the eggs, and they share in 
the feeding and rearing of the babies. Young parrots 
are fed by regurgitation. 


Parrots are relatively long-lived birds. In captiv- 
ity, individuals of some of the larger species have lived 
for more than 80 years. 


Species of parrots 
The parrots and their allies in the family 


Psittacidae include a wide range of groups of species. 


3215 


S$}O112d 


Parrots 


The systematics of psittacids is not totally agreed 
upon, but there appear to be 6-8 subfamilies, some of 
which may eventually be segregated into separate fam- 
ilies after additional research is completed. The major 
groups of parrots are described below. 


The “typical” parrots are a heterogenous group 
that contains most species of psittacids, and comprises 
the subfamily Psittacinae. These range in size from 
the tiny hanging parrots (Loriculus spp.), only 3-3.5 
in (8-9 cm) long, to the largest parrots, the macaws, 
which can reach a body length of more than 3 ft (1 m). 
Typical parrots occur throughout almost all of the 
range of the parrot family, including all of the native 
species of the Americas. A few prominent examples 
are the scarlet macaw (Ara macao), hyacinthine 
macaw, and green or common amazon (Amazona 
amazonica) of tropical forests in South America, the 
African grey parrot (Psittacus erithacus) and you-you 
(Poicephalus senegalus) of tropical rainforests in 
Africa, and the eclectus or red-sided parrot (Eclectus 
roratus) of tropical rainforests and eucalyptus forests 
of Australasia. This latter species is unusual in its 
sexual dimorphism, with the male having an all-green 
body with red wing-patches, and the female a red body 
with blue on the belly and wings. 


The lories and lorikeets are about 60 species 
of often long-tailed species that make up the subfam- 
ily Loriinae, native from Southeast Asia through 
Australasia. These birds have a brush-tipped tongue, 
useful for feeding on nectar and pollen. The lories and 
lorikeets also eat fruits, seeds, and invertebrates. The 
rainbow lorikeet (Trichoglossus haematodus) breeds in 
diverse types of forest in Australia, New Guinea, and 
nearby islands. 


The long-tailed parrots are species in the subfam- 
ily Polytelitinae. The most familiar species to most 
people is the cockatiel (Nymphicus hollandicus) of 
Australia, which can be bred in captivity and is com- 
monly kept as a pet. 


The fig-parrots or lorilets are five species in the 
subfamily Opopsittinae. These are small-bodied, 
large-headed, short-tailed, fruit- and seed-eating 
birds of tropical forests. The double-eyed fig-parrot 
(Psittaculirostria diophthalma) occurs in Australia and 
New Guinea. 


The broad-tailed parrots are 29 species of 
Australasia and New Zealand that make up the sub- 
family Platycercinae. The most familiar species is 
also the smallest in this group, the budgerigar 
(Melopsittacus undulatus) of Australia, which is one 
of the world’s most popular cage-birds. The rosellas 
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(Platycercus) are larger birds, and are also sometimes 
kept as pets. 


The pygmy parrots are six species of tiny birds 
that comprise the subfamily Micropsittinae. These 
birds occur in tropical forests of New Guinea and 
nearby islands. 


The kea (Nestor notabilis) and kaka (Nestor mer- 
idionalis) of New Zealand are the only members of the 
subfamily Nestorinae. These are both relatively 
omnivorous species of montane regions, which include 
relatively large quantities of animal foods in their diet. 


The owl parrot or kakapo (Strigops habroptilus) is 
the only member of the subfamily Strigopinae. The 
kakapo is a nocturnal, ground-living species that only 
occurs in high-elevation heathlands of New Zealand. 
This species cannot fly, although it can glide from 
higher to lower places, but must later walk back up. 
The continued survival of this unusual species is 
severely threatened by introduced predators, such as 
dogs. 


The cockatoos are large birds with mobile crests, 
occurring in Australasia and parts of Southeast Asia. 
These are in the family Cacatuidae, and are not mem- 
bers of the Psittacidae, although they are very similar 
animals. 


Parrots in North America 


No native species of parrots breed in North 
America. The only native species known to have bred 
in North America was the once-abundant, Carolina 
parakeet (Conuropsis carolinensis). Regrettably, this 
native species is now extinct, with the last sightings 
of the species occurring in Florida as late as 1920. The 
original range of the Carolina parakeet was the south- 
eastern United States, although it sometimes wan- 
dered as far north as New York and elsewhere near 
the Great Lakes. The Carolina parakeet was brightly 
colored bird, with a lime-green body, a yellow head, 
and peach-colored feathers about the face. 


The Carolina parakeet lived mostly in mature 
bottomland and swamp forests, where it foraged for 
fruits and roosted communally. Although Carolina 
parakeets were sometimes killed for their colorful 
feathers, they were not highly valuable in this sense. 
This native species became extinct because it was con- 
sidered to be a pest of agriculture, as a result of dam- 
ages that flocks caused while feeding in fruit orchards 
and grain fields. The Carolina parakeet was relent- 
lessly persecuted by farmers because of these damages. 
Unfortunately, the species was an easy mark for 
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extinction because it nested and fed communally, and 
because these birds tended to aggregate around their 
wounded colleagues, so that entire flocks could be 
easily wiped out by hunters. 


The red-crowned parrot (Amazona viridigenalist) 
is a native, breeding species in northeastern Mexico, 
and is an occasional visitor to the valley of the Rio 
Grande River in southern Texas. In addition, the 
thick-billed parrot (Rhynchopsitta pachyrhyncha) has 
been a rare visitor to montane pine forests in Arizona. 
However, there have been no sightings of these species 
for several decades. 


A number of species in the parrot family have 
been introduced to North America, and several of 
these have established locally breeding feral popula- 
tions, especially in southern Florida. These alien par- 
rots include the budgerigar, native to Australia, and 
the canary-winged parakeet (Brotogeris versicolorus), 
native to South America. A few other escaped species 
have also nested in south Florida, including the monk 
parakeet (Myiopsitta monachus) of Argentina, and 
the red-crowned parrot (Amazona viridigenalis) of 
Mexico. 


Parrots and people 


At least 15 species in the parrot family have 
recently become extinct, all as a result of human influ- 
ences. The greatest threats to rare and endangered 
psittacids are to species occurring in naturally small 
populations, for example, those endemic to islands or 
to unusually restricted, continental habitats. These 
species are mostly put at risk by habitat losses associ- 
ated with the conversion of their natural ecosystems 
into agricultural, urban, or forestry land-uses. In addi- 
tion, rare species of psittacids have great value in the 
illicit pet trade, and illegal trapping can further endan- 
ger their already small populations. 


In certain cases, members of the parrot family 
are considered to be serious agricultural pests. This 
happens when locally abundant populations destroy 
fruits in orchards, or eat large quantities of ripe grain. 
These species are sometimes persecuted to reduce those 
damages. 


Psittacids are economically beneficial in some pla- 
ces, because bird-watchers and other tourists come to 
see these animals, either in their natural habitat, or in 
aviaries or theme parks. For example, feeding stations 
for wild psittacids are maintained in several places 
in Australia, as tourist attractions. One place in 
Queensland draws thousands of rainbow lorikeets 
(Trichoglossus haematodus) and scaly-breasted lorikeets 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Feral—tThis refers to a non-native, often domesti- 
cated species that is able to maintain a viable, 
breeding population in a place that is not part of 
its natural range, but to which it has been intro- 
duced by humans. 


Frugivore—An animal the subsists largely or entirely 
on fruit. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


(T. chlorolepidotus) to daily feedings, and is a renowned 
attraction for tourists. In other places, theme parks 
have developed around world-class collections of tame 
or caged parrots, for example, Parrot World in Florida. 


Numerous species of psittacids are kept as pets. 
Their attraction includes their beautiful plumage, 
interesting behavior, tameness if they are raised from 
a young age, and the fact that some species can be 
trained to imitate human speech. The parrots whose 
natural calls are rasping and harsh tend to be the most 
proficient mimics of human words. 


The most abundant psittacids in captivity are the 
budgerigar, cockatiel, peach-faced lovebird (Agapornis 
roseicollis), masked lovebird (A. personata), green ama- 
zon, and African grey parrot. Many other species are 
also kept as pets, but less commonly. These birds some- 
times escape from their cages, or are deliberately released 
in attempts to establish breeding populations, mostly for 
aesthetic reasons. 
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Parthenogenesis 


! Parthenogenesis 


Parthenogenesis in animals refers to reproduction 
in which a new individual genetically identical to the 
parent develops from an unfertilized egg. The analo- 
gous event in plants, which results in seed forma- 
tion without fertilization, is called agamospermy. 
Parthenogenesis is viewed as an aberration of sexual 
reproduction because animals that reproduce by par- 
thenogenesis evolved from organisms that once repro- 
duced sexually. In sexual reproduction female sex cells 
(ova) must be fertilized by male sex cells (typically 
sperm), for development to occur. 


Types of parthenogenic organisms 


The term parthenogenesis was first used in 1849 
by the biologist Richard Owens. Although most ani- 
mals reproduce sexually, some species of vertebrates 
and invertebrates reproduce by parthenogenesis. Of 
these species the most frequently studied are fish, 
reptiles, and insects. Parthenogenetic animals are clas- 
sified as either facultative or obligate. Facultative 
parthenogens (usually invertebrates) can reproduce 
either parthenogenetically or sexually at all times, 
whereas obligate parthenogens are animals in which 
individuals of at least one generation reproduce by 
parthenogenesis. Obligate parthenogens may be fur- 
ther subdivided into either constant parthenogens or 
cyclical parthenogens. All generations of species 
showing constant parthenogenesis reproduce by par- 
thenogenetic methods, and are typically composed of 
only females. Examples of these organisms include 
species of lizards, minnows, and brine shrimp. 
Cyclical parthenogens, such as aphids, alternate par- 
thenogenetic generations with a sexual generation. 
For example, in the summer months aphids reproduce 
by parthenogenesis, but the onset of the fall acts as a 
signal for new offspring to develop into males which 
then mate with available females ( sexual reproduc- 
tion) producing fertilized eggs that hatch in the spring. 


Cellular mechanisms 


Unlike sexually reproducing animals, partheno- 
gens are faced with the unique problem of how to 
maintain a complete set of chromosomes (the cellular 
structures composed of DNA and protein that contain 
the genetic information cells need to function prop- 
erly). In animals that reproduce sexually, meiosis 
occurs in cells destined to become eggs or sperm. 
Meiosis is the process where the chromosome content 
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of a dividing cell is divided and reduced, producing 
egg or sperm cells with only half the normal number 
of chromosomes. When an egg is fertilized the chro- 
mosomes from the sperm are injected into the egg 
so restoring the fertilized egg’s chromosome number 
to that of the parents’ body cells. Fertilization does not 
occur in parthenogenetic animals, which have devel- 
oped special mechanisms to insure that a full set of 
chromosomes are passed on to the next generation. 


Sexual vs. non-sexual reproduction 


Most organisms reproduce sexually because there 
is a competitive advantage in producing offspring 
with genetic contributions from two individuals rather 
than one. The genetic recombination which occurs 
during meiosis and on fertilization allows new gene 
combinations to come together in the next generation. 
Organisms with new gene combinations are more var- 
iable and offer more options for selection pressures to 
select the best adaptations for the environmental con- 
ditions, for example making use of different food 
resources or being more resistant to pathogens. 


Parthenogenetic animals receive all of their genes 
from one parent and therefore no new gene combinations 
are created. It may seem that this method of reproduction 
would put species that use it at a competitive disadvant- 
age to sexually reproducing animals, but it may be advan- 
tageous in some cases. To reproduce, a sexually 
reproducing organism must first find a mate and then 
combine gametes with this mate. This process requires a 
great deal of time and energy, and it may well result in no 
offspring. Parthenogenic organisms do not experience 
this cost of reproduction and therefore usually can repro- 
duce sooner after birth and produce more offspring. 
Animals which live in environments that are hospitable 
for only a short time period are often parthenogenic 
because mating would take time that these organisms 
do not have; these animals need to produce large 
numbers of offspring to compensate for the low survival 
rate of the offspring. Minnows found in the 
southwestern United States living in rivers that dry to 
the point where only puddles remain demonstrate 
parthenogenetic reproduction. Using this mode of repro- 
duction eliminates the need for a suitable mate to be 
present in a given puddle. 


Another advantage of parthenogenetic reproduc- 
tion is that most offspring are unlikely to survive the 
dry months, regardless of whether or not sexual recom- 
bination occurs. Therefore, organisms that produce a 
greater quantity of offspring are more likely to have 
one survive to the next generation. 
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KEY TERMS 


Agamospermy—Seed development that occurs 
from an egg cell of a plant without it first being 
fertilized. 


Apomixis—Egg production without meiosis that 
results in the egg retaining a complete set of 
chromosomes. 


Automixis—Egg production in which meiosis is 
altered so that the egg retains a complete set of 
chromosomes. 


Chromosomes—he structures that carry genetic 
information in the form of DNA. Chromosomes are 
located within every cell and are responsible for 
directing the development and functioning of all 
the cells in the body. 


Constant parthenogens—Animals that always repro- 
duce parthenogenetically. 


Parthenogenesis may also be advantageous in sta- 
ble environments with ample food resources. These 
environments favor organisms with the ability to 
reproduce quickly allowing their offspring to consume 
the food resources before others do. This is the reason 
why certain cyclical parthenogens are so successful. 
For example, aphids reproduce parthenogenetically 
in the summer to exploit the abundant leaves which 
they feed upon. In the fall aphids produce fertilized 
eggs which may endure fluctuating environmental 
conditions when dormant during the winter or limited 
food supplies when they hatch in the spring. 
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Cyclical parthenogens—Obligate parthenogens that 
alternate sexually reproductive generations with 
parthenogenic generations. 

Facultative parthenogens—Animals with the poten- 
tial to reproduce parthenogenetically or sexually at 
all times. 

Fertilization—Union of male and female sex cells to 
form a diploid cell. 

Meiosis—Cell division which produces sex cells with 
only half the chromosome number as the parent. 
Obligate parthenogens—Animals in which individ- 
uals of at least one generation reproduce partheno- 
genetically. 

Recombination—Process where genes from two 
individuals are contributed to an offspring. 


Sex cells—Cells which contribute genes to new 
offspring. 


l Particle detectors 


Particle detectors, also called radiation detectors, 
are instruments designed for the detection and meas- 
urement of subatomic particles such as those emitted 
by radioactive materials, produced by particle accel- 
erators or observed in cosmic rays. Such particles 
include electrons, protons, neutrons, alpha particles, 
gamma rays, and numerous mesons and baryons. 
Most detectors utilize in some way the ionization pro- 
duced when these particles interact with matter. 


Geiger counter 


The Geiger counter is one of the oldest and sim- 
plest of the many particle detectors. German nuclear 
physicist Hans Geiger (1882-1945) and German- 
American physicist Erwin Wilhelm Miller (1911- 
1977) developed the counter in the early part of the 
twentieth century, shortly after the discovery of radio- 
activity. A schematic diagram of a Geiger counter is 
shown in Figure 1. 


A wire electrode runs along the center line of a 
cylinder having conducting walls. The tube is usually 
filled with a monatomic gas such as argon at a 
pressure of about 0.1 atmosphere. A high voltage, 
slightly less than that required to produce a discharge 
in the gas, is applied between the walls and the central 
electrode. A rapidly moving charged particle that 
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Particle detectors 


Mark | detector at the Stanford Linear Accelerator Center (SLAC), California. The orange boxlike structure at the left houses 
magnets that guide beams of electrons and positrons through the accelerator. The large octagonal structure is formed by the 
detector’s magnet. Within it are two rings of photomultiplier tubes that detect light as it passes through the detector. (Lawrence 
Berkeley Lab, The National Audubon Society Collection. Photo Researchers, Inc.) 


lonizing 


partic! 


Cathode 


Figure 1. Schematic diagram of the Geiger counter. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


gets into the tube will ionize some of the gas mole- 
cules in the tube, triggering a discharge. The result of 
each ionizing event is an electrical pulse that can be 
amplified to activate ear phones or a loud speaker, 
making the counter useful in searches for radioactive 
minerals or in surveys to check for radioactive con- 
tamination. The counter provides very little informa- 
tion about the particles that trigger it because the 
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signal from it is the same size no matter how it is 
triggered. However, one can learn quite a bit about 
the source of radiation by inserting various amounts 
of shielding between source and counter to see how 
the radiation is attenuated. 


Scintillation detector 


Scintillation counters are made from materials 
that emit light when charged particles move through 
them. To detect these events and to gain information 
about the radiation, some means of detecting the light 
must be used. One of the first scintillation detectors 
was a glass screen coated with zinc sulfide. This sort of 
detector was used by New Zealand-British physicist 
Ernest Rutherford (1871-1937) in the early versions of 
his classic experiment in which he discovered the 
nucleus of the atom by scattering alpha particles 
from heavy atoms such as gold. The scattered alpha 
particles hit the scintillating screen. Experimenters in a 
darkened room using only the human eye observed the 
small flashes that were produced. 
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An electron ina magnetic field spirals some 36 times in a cloud 
chamber at the Lawrence Berkeley Laboratory in California. 
The track of the electron, which starts at the bottom of the 
picture, is some 33 ft (10 m) long. Its spiral becomes tighter half 
way up the picture because the electron loses energy by 
radiating a photon. The small irregularities in the spacing 
between the loops are due to scattering when the electron is 
deflected slightly by collisions with atoms in the chamber’s 
gas. (© Lawrence Berkeley Laboratory/Science Photo Library, 
National Audubon Society Collection/Photo Researchers, Inc.) 


The modern scintillation counter usually uses 
what is called a photo multiplier tube to detect the 
light. Light incident on the photocathode of such a 
tube is converted into an electrical signal and ampli- 
fied millions of times after which it can be sent to 
appropriate counters. Physicists working at particle 
accelerators often use transparent plastic materials 
like Lucite® or plexiglass to which are added materials 
to make them scintillate. These plastic scintillators can 
be cut to convenient shapes, mounted on a photomul- 
tipler tube and placed in particle beams to provide a 
very fast signal when charged particles pass through 
them. 
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Figure 2. A gamma ray scintillation spectrometer. (I//ustration 
by Hans & Cassidy. Courtesy of Gale Group.) 


A very useful scintillation detector, particularly 
for the measurement of gamma rays, utilizes a trans- 
parent crystal of NaI (sodium iodide) mounted on a 
photomultiplier tube. These crystals are particularly 
useful because charged particles produce in them an 
amount of light directly proportional to their energy 
over a wide range. A schematic diagram of a gamma 
ray scintillation spectrometer is shown in Figure 2. 


Gamma rays have no charge and, thus, no detec- 
tor is sensitive to them directly. Fortunately, gamma rays 
interact with matter and produce charged particles— 
usually electrons. For the measurement of gamma ray 
energies, the two most important interactions are the 
photoelectric effect and the Compton effect. These 
two processes can combine to produce energetic elec- 
trons in the crystal, which scintillates to produce an 
amount of light directly proportional to the gamma 
ray energy. These light pulses are converted to electri- 
cal pulses in the photomultiplier tube. These are 
amplified and sent to a pulse height analyze, which 
sorts out the pulses and displays a pulse height spec- 
trum. A particular gamma ray shows up as a fairly 
sharp peak in this pulse height distribution. 


Solid state detectors 


Similar results with much improved energy reso- 
lution, the sharpness of the peaks in the pulse height 
distribution, can be obtained using solid state detec- 
tors made from semiconducting materials such as sil- 
icon or germanium. When properly constructed, the 
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Particle detectors 


electrical charges released in the material by the pas- 
sage of charged particles can be collected directly pro- 
ducing a short electrical pulse that can be amplified 
and analyzed. Germanium detectors made for use with 
gamma rays can have peaks in the pulse height distri- 
bution almost 100 times narrower than the peaks from 
a sodium iodide detector. To obtain this improved 
resolution these detectors must be cooled to the tem- 
perature of liquid nitrogen: 77K (-320.8°F; -196°C). 


Smaller solid state detectors, usually made from 
silicon, are also used for measuring the energy of alpha 
particles, beta rays (electrons) from radioactive mate- 
rials and x rays. 


Neutron detectors 


Since neutrons are uncharged, their detection 
must depend on an interaction with matter that pro- 
duces energetic charged particles. There are several 
nuclear reactions initiated by neutrons that result in 
charged particles. One of the most useful for slow 
neutrons is the reaction in which a neutron is incident 
on a boron nucleus. This reaction produces a lithium 
nucleus and an alpha particle, both of which are 
rapidly moving. Note that it is the boron isotope of 
mass 10, with a natural abundance of about 20%, 
that is required for this reaction and that the alpha 
particle is simply the nucleus of the helium atom. The 
boron is usually incorporated in the gas molecule BF* 
(boron trifluoride) that can be used as the gas in a 
proportional counter, which is much like a Geiger 
counter. The difference is simply that the voltages 
used are lower so that the discharge does not spread 
disruptively along the entire central electrode with 
the result that the electrical signal coming from the 
tube is proportional to the number of ions produced. 
The signals are much smaller than from a Geiger tube 
and require more amplification but the signal pro- 
duced by the lithium nucleus and alpha particle, both 
of which are heavily ionizing, is relatively large and 
easily distinguishable. For fast neutrons, the proba- 
bility of this boron reaction becomes very low so that 
other methods are required. A useful technique is to 
use a proportional counter filled with hydrogen. Fast 
neutrons colliding with the protons in hydrogen pro- 
duce energetic protons that produce a signal from the 
counter. 


Cerenkov detectors 


When a charged particle moves through a trans- 
parent material with a velocity v, greater than the 
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Cerenkov 


radiation 


Figure 3. Cerenkov radiation. (/llustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


speed of light c in that material, it radiates light in 
the forward direction at an angle whose cosine is equal 
to c/vn, where n is the index of refraction of the mate- 
rial. This light is called Cerenkov radiation and can be 
detected with photomultiplier tubes, as was the case 
with scintillation detectors (Figure 3). 


Itis named after Russian physicist Soviet physicist 
Pavel Alekseyevich Cerenkov (1904-1990) who dis- 
covered it in 1934. The special theory of relativity 
limits particle velocities to values less than c, the 
speed of light in a vacuum. Cerenkov detectors can 
be of two types. A threshold detector merely detects 
the fact that light is emitted and indicates that the 
velocity of the particle passing through it is greater 
than c/n. Other more complicated detectors can 
actually determine the velocity v by measuring the 
angle at which light is emitted. 


Cloud chambers and bubble chambers 


A cloud chamber utilizes an enclosed volume of 
clean air saturated with water vapor. If this volume of 
air is enclosed in a cylinder with a piston, and the 
volume is suddenly expanded, the temperature of the 
air falls, causing the mixture to become supersatu- 
rated. If a charged particle passes through the volume 
at this time the vapor tends to condense on the ions 
produced, leaving a trail of water droplets on the path 
of the charged particle. With proper illumination and 
timing, these trails can be photographed. If a magnetic 
field is applied, the radius of curvature of these tracks 
can be measured. This information, combined with the 
density of droplets along the trail, can be used to 
measure the energy of the particle. The cloud chamber 
was first used by Scottish physicist Charles Thomson 
Rees (C.T.R.) Wilson (1869-1959) around the begin- 
ning of the twentieth century, and was useful in the 
early days of nuclear physics. However, it suffered 


GALE ENCYCLOPEDIA OF SCIENCE 4 


from several disadvantages such as the long time 
required to recycle and the low density of air. In 
1932, American experimental physicist Carl David 
Anderson (1905-1991) discovered the positron, the 
antiparticle of the electron while using a cloud cham- 
ber to observe cosmic rays. 


A rather similar device called the bubble chamber 
was developed using liquids rather than a gas. Liquefied 
gases such as hydrogen, xenon, and helium have been 
used. Pressure is applied to the liquid to keep it a liquid 
above its normal boiling point at atmospheric pressure. 
If the pressure is suddenly reduced, the liquid is super- 
heated but will not boil spontaneously, at least for a 
short time. In order to boil, the liquid must have small 
irregularities on which bubbles of vapor form and they 
can be provided in the bubble chamber by the ions 
left by charged particles passing through the cham- 
ber. Thus, tiny bubbles form along the tracks of 
particles passing through the chamber just after the 
pressure has been reduced. The bubbles grow very 
quickly but if the tracks are photographed at just the 
right time after expansion, they are revealed as a thin 
trail of tiny bubbles. 


Bubble chambers work very well with particle 
accelerators that are pulsed. The expansion of the cham- 
ber can be timed so that particles from the accelerator 
pass through just after the chamber is expanded. As 
with the cloud chamber, application of a magnetic 
field permits measurement of the curvature of the tracks 
and when this information is combined with the density 
of bubbles along the track the energy, momentum, 
charge (sign), and mass of the particle can be deter- 
mined. The bubble chamber was invented in 1953 by 
American physicist and neurobiologist Donald Arthur 
Glaser (1926—) who used a small glass device containing 
about 30 cubic centimeters of diethyl ether. The use and 
size of bubble chambers grew during the following dec- 
ades culminating in the discovery of the omega minus 
particle in the 80 in (203 cm) bubble chamber at 
Brookhaven National Laboratory in 1964; and the con- 
struction of the 3168 gal (12,000 1) Gargamelle chamber 
at the CERN (European Organization for Nuclear 
Research) laboratory in Geneva, Switzerland, in the 
early 1970s. In recognition of the great importance of 
this device to particle physics research, Glaser was 
awarded the Nobel Prize for physics in 1960. 


Wire chambers 


In many nuclear and particle physics experiments, 
beam lines are constructed along which secondary 
particles of interest, produced by an accelerator, 
are maintained in a beam by a series of focusing and 
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KEY TERMS 


Anti-proton—The anti-particle of the proton. Identi- 
cal to the proton except that its charge is opposite in 
sign. 

Gamma ray—Energetic electromagnetic radiation 
emitted by radioactive nuclei, produced by particle 
accelerators and present also in cosmic rays. 


Mesons and baryons—Sub-atomic particles, usu- 
ally with very short lifetimes, believed to be com- 
posed of quarks in various combinations. 


Omega minus particle—A short lived baryon 
believed to be made up of three quarks called 
strange quarks. 


Photomultiplier tube—An electronic tube, sensitive 
to very small amounts of light. The tube converts a 
light signal into an electrical signal of useful size. 


Positron—The anti-particle of the electron. Identical 
to the electron except that its charge is opposite in 
sign. 

Quarks—Believed to be the most fundamental 
units of protons and neutrons. 


bending magnets. Wire chambers are used along these 
beam lines to actually track individual particles as they 
move along the beam line. The chambers are similar in 
a general way to the Geiger counter since they are gas 
counters. Instead of one wire, the chambers have 
many parallel wires spaced at distances of a few milli- 
meters. The position of charged particles passing 
through the chamber can be measured with uncertain- 
ties even less than the wire spacing, using fast timing 
circuits. These chamber measurements facilitate iden- 
tification of the particle and the measurement of its 
momentum. 


Large layered detectors 


The ultimate in particle detectors are probably those 
being used and constructed at large national and interna- 
tional laboratories such as Fermilab (Fermi National 
Accelerator Laboratory) in Batavia, Illinois, and 
CERN in Geneva, Switzerland. At these locations, col- 
liding beam accelerators have been built that produce 
collisions of fundamental particles, such as electrons and 
positrons at CERN, and protons and anti-protons at 
Fermilab. At various points around these large circular 
accelerators, the counter rotating beams cross, and head- 
on collisions can take place making large amounts of 
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Partridges 


energy available for the production of other particles. 
Huge detectors costing millions of dollars and requiring 
hundreds of physicists to run them are constructed sur- 
rounding these collision points. 


At Fermilab, two of these large devices, one called 
CDF (Collider Detector) and the other DZero 
(DO Experiment), have recently reconstructed events, 
produced in these collisions, which provide strong 
evidence for the existence of the long sought top 
quark. To do this, the detectors are designed to detect 
as many of the millions of particles produced in 
these collisions as possible. At DZero, about 400,000 
proton-anti-proton collisions occur per second. The 
detectors, weighing thousands of tons, are constructed 
in layers and surround the collision points. They uti- 
lize most of the detection techniques discussed above 
including scintillators, solid-state detectors and devi- 
ces similar to wire chambers that provide much 
improved performance. These are called silicon micro- 
strip detectors. They are made up of closely spaced 
strips of silicon detectors that give very fast position 
measurements of particles accurate to about 0.01 mm. 
The thousands of individual detectors and detector 
systems are connected to computers which help select 
the very special events that might involve the top 
quark from the millions that do not. 
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| Partridges 


Partridges are species of fowl in the family 
Phasianidae, which also includes the pheasants, chick- 
ens, turkeys, grouse, peafowl, francolins, and quail. 
Partridges occur naturally in Eurasia, but they have 
been introduced as gamebirds to other places as well, 
including North America. 


Partridges are medium-sized, stocky birds with 
short, rounded wings, a short tail, and a short, stout 
bill, in which the upper mandible overhangs the tip of 
the lower. The legs are short and stout, and the feet are 
strong and armed with sharp claws, useful for digging 
and scratching while foraging for food on the ground. 


Partridges eat a wide variety of seeds, fruits, 
leaves, and buds, as well as invertebrates, which are 
captured on the ground. The chicks mostly eat arthro- 
pods, switching to a diet richer in plant foods after 
much of their initial growth has been completed. 


Partridges build their nests in a concealed place on 
the ground, and they may lay as many as 15 eggs. 
These are incubated only by the female, which also 
has the sole responsibility for raising the chicks. Baby 
partridges are precocious, and can walk, run after 
their mother, and feed themselves soon after hatching. 
Partridges sexually mature at an age of about one year. 
During the non-breeding season, partridges assemble 
into flocks, which forage and roost together. 


Like most other species in their family, partridges 
are gamebirds, and are hunted as food and for sport. As 
a result, partridges are economically important, but 
they are also vulnerable to overhunting, which can 
severely reduce the sizes of their populations. It is crit- 
ical that these birds be conserved by careful regulation 
of hunting-related predation, as well as by management 
and preservation of their necessary habitat. 


The Hungarian, European, or gray partridge 
(Perdix perdix) is a wide-ranging species that is native 
from the British Isles, through Europe and Russia, to 
Mongolia. However, this species has been introduced 
as a gamebird well beyond its natural range. The gray 
partridge is now an established species in North 
America, occurring in various places from southern 
Canada to the northern and middle United States. 


The chukar (Alectoris chukar) is native to moun- 
tainous habitats of Europe and Asia. This species has 
been introduced as a gamebird to drier, open moun- 
tain habitats in southwestern Canada and the north- 
western United States. 


Bill Freedman 
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A chukar, a kind of partridge, in the grass. (© Dale C. Spartas/ 
Corbis.) 


i Pascal’s triangle 


Pascal’s triangle, in mathematics, is a geometric 
arrangement of the binomial coefficients. It is a well- 
known set of numbers aligned in the shape of a pyramid. 
The numbers represent the binomial coefficients, which 
are representations of the number of subsets of a given 
size. The numbers in Pascal’s triangle are also the 
coefficients of the expansion of (a + b)", (a + b) raised 
to the n' power. So, for n equals to three, the expansion 
is (a + b) x (a+b) x (a + b), which equals (a* + 2ab + 
b’) x (a + b), which equals (a* + 3ab” + 3ba? + b’). The 
coefficients are 1, 3, 3, 1. These are listed in the third row 
of Pascal’s triangle. 


History 
Studies of what would be called Pascal’s triangle 


were done thousands of years before Pascal’s time. 
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As early as 450 BC, mathematicians in India, Greece, 
and China were exploring the idea. Later, in Europe, 
other mathematicians became involved. Pascal’s tri- 
angle was also known as the figurate triangle, the 
combinatorial triangle, and the binomial triangle. 
The triangle was first given the name Pascal’s triangle 
by French mathematician Pierre Raymond de 
Montmort (1678-1719) in 1708. Montmort wrote the 
numbers in the form below known as the combinato- 
rial triangle. 


111111234136141 


The combination of numbers that form Pascal’s 
triangle were well known before Pascal, but he was the 
first one to organize all the information together in his 
treatise “The Arithmetical Triangle.” The numbers 
originally arose from Hindu studies of combinatorics 
and binomial numbers, and the Greek’s study of figu- 
rate numbers. The Chinese also wrote about the bino- 
mial numbers in “Precious Mirror of the Four 
Elements” in 1303. The figurate numbers were 
known over 500 years BC. There are square and trian- 
gular figurate numbers. The first four of each are 
shown below. 


The Triangular numbers: 
1 3 6 10 


The Square numbers: 
1 4 9 16 


Additional square and triangular numbers are 
formed by increasing the size of each, respectively. 
Actually, figurate numbers can be formed from any 
polygon. Another set of figurate numbers could be 
formed using the pentagon, a polygon with five sides. 
The figurate numbers were studied heavily to learn 
about counting numbers and arrangements. For 
example, if a woman was asked to determine which 
of two sacks of gold coins was worth more, she would 
probably have to count the coins. To count the coins, 
the best approach would be to stack the coins into 
short stacks of a given number. Then, the number of 
stacks could be counted. Counting numbers, looking 
at the patterns, and studying the ways objects could be 
arranged led to the numbers in Pascal’s triangle. The 
study of combining or arranging objects by various 
rules to create new arrangements of objects is called 
combinatorics, an important branch of mathematics. 
Pascal’s triangle in its current form is shown below. It 
is the same as the above combinatorial triangle rotated 
45 degrees clockwise. 
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Pascal’s triangle 


(A+B) 1 
(A+B)! 1 1 

(A+B) 1 2 1 

(A+B) 1 3 3 1 

(A+B) 1 4 6 4 1 
(A+B) 1 5 10 10 5 1 


Pascal's Triangle 


Each new row in Pascal’s triangle is solved by 
taking the top two numbers and adding them together 
to get the number below. 


The triangle always starts with the number one and 
has ones on the outside. Another way to calculate the 
numbers with Pascal’s triangle is to calculate the bino- 
mial coefficients, written C(r;c). A formula for the bino- 
mial coefficients is r! divided by c! x (r—c)!. The variable 
r represents the row and c, the column, of Pascal’s 
triangle. The exclamation point represents the factorial. 
The factorial of a number is that number times every 
integer number less than it until the number one is 
reached. So 4! would be equal to 4 x 3 x 2 x 1, or 24. 


Binomial numbers or coefficients 


Binomial coefficients are written C(r;c) and repre- 
sent “the number of combinations of r things taken c 
at a time.” The numbers in Pascal’s triangle are simply 
the binomial coefficients. The importance of binomial 
coefficients comes from a question that arises in every 
day life. An example is how to take three books from a 
shelf two at a time. The first two books alone would be 
one way to take two books from a set of three. The 
other ways would be to take books two and three or 
books one and three. This gives three ways to take two 
books from a set of three. For larger arrangements, 
listing the number of combinations can be nearly 
impossible. So instead, the binomial coefficient can 
be found instead. For the above three books taken 
two at a time, all that needs to be found in the binomial 
coefficient C(3,2), which is the third row and second 
column of Pascal’s triangle, or three. 


Pascal 


French mathematician Blaise Pascal (1623-1662), 
a founder of the theory of probability, developed the 
earliest known calculating machine that could per- 
form the carrying process in addition. The machine, 
finished in 1642, could add numbers mechanically 
using interlocking dials. Machines like these eventu- 
ally led to the first punch card machines and com- 
puters. Pascal had a great influence on people like 
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German mathematician Gottfried Wilhelm Leibniz 
(1646-1716) and English physicist and mathematician 
Sir Isaac Newton (1642-1727). His father was also a 
mathematician, and made sure Blaise had the best 
education possible by introducing him to the Marin 
Mersenne’s Academy at the age of 14 years. The acad- 
emy was one of the best places to study mathematics at 
the time, and his father was one of the founders. When 
Pascal was young, he was introduced to the work done 
in combinatorics and the binomial numbers. His paper 
compiling the work of the Chinese, Hindus, and 
Greeks would later cause his name to be permanently 
attached to the combinatorial triangle forever. 


Probability theory 


A number of unsolved problems in Pascal’s days 
encouraged the formation of probability theory. The 
Gambler’s Ruin and the Problem of Point are two 
examples of such problems. 


The Gambler’s Ruin was a problem Pascal 
challenged French mathematician Pierre de Fermat 
(1601-1665) to solve. The problem, according to one 
explanation, was determining what the chances of 
winning were for each of two men playing a game 
with two dice. When an 11 was thrown on the dice 
by the one man, a point would be scored. When the 
second man threw a 14 on the dice, he would score a 
point. The points only counted if the opponent’s score 
was zero. Otherwise, the point scored by one of the 
men would be subtracted from his opponent’s score. 
So, one of the men would always have a score of zero 
throughout the game. The game was won when one 
man gained 12 points. Pascal asked, what was the 
probability of each man winning? Binomial coeffi- 
cients can be used to answer the question. 


The Problem of Points was also a game about 
probabilities. The question was determining how a 
game’s winnings should be divided if the game was 
ended prematurely. Questions about games like these 
stirred the development of probability theory, and the 
need to understand binomial numbers completely. 
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KEY TERMS 


Binomial numbers or coefficients—Numbers that 
stand for the number of subsets of equal size within 
a larger set. 


Combinatorics—The branch of mathematics con- 
cerned with the study of combining objects (arrang- 
ing) by various rules to create new arrangements of 
objects. 


Pascal, Blaise—Blaise Pascal (1623-1662), a well 
known mathematician, was a founder of the theory 
of probability. The combinatorial triangle was 
given his name when he published a paper compil- 
ing the previous work done by the Hindus, 
Chinese, and Greeks. 


Pascal’s triangle—A set of numbers arranged in a 
triangle. Each number represents a binomial 
coefficient. 


Probability theory—tThe study of statistics and the 
chance for a set of outcomes. 


Walpole, Ronald, and Raymond Myers, et al. Probability 
and Statistics for Engineers and Scientists. Englewood 
Cliffs, NJ: Prentice Hall, 2002. 

Waner, Stefan. Finite Mathematics and Applied Calculus. 
Upper Belmont, CA: Thomson-Brooks/Cole, 2004. 


David Gorsich 


| Passion flower 


Species of passion vines (Passiflora spp.; family 
Passifloraceae) that twine upward in tropical, subtrop- 
ical, and some temperate regions of the world. They 
occur most often in wet forests, though some species 
may occur in drier, more open places. These vines have 
glossy leaves shaped like rounded human hands, and 
their flowers are often sweetly scented and packed 
with a ring of colorful filaments. The tendrils of pas- 
sion vines hold the flexible, immature parts of the 
plants in place as they grow over and across other 
plants and physical obstacles. 


The genus Passiflora, the best known group in the 
family Passifloraceae, also includes genera such as 
Adenia and Basananthe, both principally known 
from Africa. The plant families related most closely 


GALE ENCYCLOPEDIA OF SCIENCE 4 


to the Passifloraceae are the Turneraceae, (waterme- 
lons, cucumbers), and Begoniaceae (begonias). 


Humans have long valued passion flowers for their 
beauty, cultivating them in greenhouses and gardens, 
and as annual plants in temperate zone gardens. Most 
species are not hardy and need extra protection in 
temperate regions, with a notable exception being 
Passiflora incarnate, the maypop. This vine occurs nat- 
urally in the southern and middle states along the 
Atlantic coast of the United States. Its egg-shaped fruits 
follow fertilization of the white or purple flowers, and 
were once eaten by Native Americans and used medic- 
inally as a sedative and as can anti-inflammatory. 


The passion fruit flavor in prepared foods usually 
comes from the fruit of Passiflora edulis. Other nota- 
ble fruits produced by species of Passiflora include the 
football-sized granadilla, from P. guadrangularis. 
Popular ornamental species include P. caerula, with 
its sky-blue flowers; P. alato-caerula, a blue-purple 
flowered hybrid; and P. mollissima, the banana pas- 
sion flower, so named for the shape of its fruit. 


The passion flower was used by Catholic mission- 
aries in the Americas to teach about the crucifixion of 
Christ. It is the events of Christ’s “passion,” or suffer- 
ing, which were said to be represented in the parts of 
the flower: three stigmas or female receptive parts for 
the three nails used in the crucifixion, the five anthers 
for Christ’s five wounds, the spiky corona for the 
crown of thorns, and the five petals and five sepals 
for the ten faithful apostles (the twelve apostles minus 
Peter and Judas). Additional interpretations are some- 
times given to other parts of the plant, such as the 
identification of the rounded leaves with the hands of 
those who crucified Christ. 


[ Paternity and parentage 


testing 


Paternity testing and the identification of genetic 
parents via deoxyribonucleic acid (DNA) analysis is a 
highly reliable test upon which courts and medical staff 
increasingly rely. Paternity or parentage identification is 
based on the ability to establish the genetic relationship 
between the parent(s) and their biological offspring, 
based on analyses of DNA samples taken from both. 


History of paternity testing 


Although modern paternity testing is continues to 
gain wide acceptance across the Unite States, as of 
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Paternity and parentage testing 


2003 there were still some states where sixteenth cen- 
tury ancient English Common Law concepts remain 
dominate in determinations of parentage. Under these 
concepts, unless a husband who challenges the legiti- 
macy of an offspring can prove impotency, or that he 
was out of the country at the time of conception, 
responsibility of parentage (including the financial 
responsibilities of contributing to the care and raising 
of the child) are assumed as a matter of law. 


Since early in the twentieth century, several meth- 
ods have been developed and utilized to establish 
paternity. The utilization of these techniques has fol- 
lowed the developing knowledge about the character- 
istics of the human genotype as well as having, in the 
last two decades, incorporated the development of 
new techniques in molecular biology. With the knowl- 
edge that each human is genetically unique as result of 
genetic polymorphism, blood group antigen typing 
and other immunological techniques including the 
human histocompatibility leukocyte antigen (HLA) 
typing, became widely used for paternity testing and 
forensic science application until the end of the 1970s. 


In the mid-1980s, these techniques were replaced 
by direct analysis of the DNA polymorphisms. The first 
of such techniques, developed by Alec Jeffries utilized 
multilocus DNA probes. This technique is known as 
the restriction fragment length polymorphism (RFLP) 
testing. RFLP techniques are based on variable number 
of tandem repeats (VNTR), which are sequences of 
10 to 60 bp (base pairs) of length, that lie adjacent to 
each other in the same chromosomal orientation 
(minisatellites). 


Subsequently, several other laboratories devel- 
oped similar methodology and in the late 1980s, the 
FBI adopted this technique. A second variation of this 
strategy was then introduced. It used a combination of 
single locus probes (SLP) to achieve a similar exclu- 
sion power, instead of the two MLP probes previously 
used. 


Methodologically, both techniques are based on 
the digestion of the genomic DNA with restriction 
endonucleases, separation of the fragments by electro- 
phoresis, followed by X transfer to a nylon membrane 
and finally, detection by hybridization with either a 
radioactive or chemiluminescent probe. This techni- 
que is known as Southern blot analysis. 


A further significant improvement in the analysis 
of the RFLP took place through the use of the PCR 
(polymerase chain reaction) technique, where a certain 
region of DNA is amplified, producing millions of 
copies of the fragment of interest. This reaction is 
carried on in a thermocycler machine, and the 


3228 


products of amplification are separated by electropho- 
resis and may be visualized and documented on a UV 
light box. Briefly, the main advantages of such techni- 
ques include the great discriminatory power of each 
loci, the ability to process mixed samples and the rich 
experience that was developed in the last decades 
through the utilization of these techniques. By the 
other hand, 50 ng or more of DNA material is required 
to obtain clear results, and degraded DNA samples 
can pose a significant limitation to the process. 
Furthermore, the process is time consuming, taking 
up to a number of weeks to be completed. 


The next major change in the analysis of the DNA 
for paternity (and forensic) analysis incorporated the 
PCR amplification of microsatellites instead of minis- 
atellites. Microsatellites are also formed by tandem 
repeats but consist of two to five nucleotides per repeat 
units. This means that the amplification requires less 
DNA (less than 1 ng) and the quality of the material 
may be less than ideal. This capability permits the 
analysis of some degraded DNAs. The potential num- 
ber of loci is very large and the process is rapid; it may 
be completed in a day or two. This system also has the 
benefit of lending itself to multiplexing and automa- 
tion. In addition, several kits are available, and for 
some multiplexes inexpensive silver stain materials 
may be employed without expensive equipment. 


Modern paternity testing 


In brief, the limitation of the method includes a 
smaller number of alleles and less heterozygosity per 
locus; the possibility of contamination from stray 
DNA is increased because of the amplification proc- 
ess. The amplification process also may lead to the 
formation of “stutter bands,” artifacts or preferential 
amplification, leading to imprecise interpretation of 
the result. For some automated uses, the equipment 
is relatively expensive if high-throughput analysis of 
fluorescent labeled multiplex systems are undertaken. 


With the recent automation and miniaturization of 
DNA typing methods, the analysis of polymorphism 
began to revisit the single nucleotide polymorphism 
analysis (SNPs), another form of loci polymorphism. 
They were first described about in the 1980s, but only 
recently are being studied for paternity analysis. They 
are abundant in the genome and perceived as being 
more stable than STRs due to lower mutation rates. 


In parallel to that, two other techniques are being 
utilized with specific objectives. They include mito- 
chondrial DNA and Y chromosome DNA analysis. 
Mitochondrial DNA (mtDNA) is a double-stranded 
DNA found in the mitochondria, transmitted only by 


GALE ENCYCLOPEDIA OF SCIENCE 4 


the egg. Therefore, mtDNA is particularly useful in 
the study of individuals related through the female 
line. Alternatively, the Y chromosome is transmitted 
from the father only, so DNA on the Y chromosome 
can be used to trace the male lineage. Y markers are 
particularly useful in resolving DNA from different 
males, such as with sexual assault mixtures. 


See also Genetic engineering; Embryo transfer. 
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l Pathogens 


Pathogens are organisms, frequently microorgan- 
isms or their toxic components that cause disease. 
Microbial pathogens include various species of bacte- 
ria, viruses, and protozoa. 


A disease is any condition caused by the presence 
of an invading organism or a toxic component that 
damages the host. In humans, diseases can be caused 
by the growth of microorganisms such as bacteria, 
viruses, and protozoa. But, in addition, the growth in 
the host of some bacteria is not required, since they 
have preformed toxic components. Finally, the dam- 
aging symptoms of a disease can be the result of 
the attempts by the host’s immune system to rid the 
body of the invader. One example is the immune 
related damage caused to the lungs of those afflicted 
with cystic fibrosis, as the body unsuccessfully 
attempts to eradicate the chronic infections caused 
by Pseudomonas aeruginosa. 


Not all pathogens cause diseases that have the 
same severity of symptoms. For example, an infection 
with the influenza virus can cause the short term aches 
and fever that are hallmarks of the flu, or can cause 
more dire symptoms, depending on the type of virus 
that causes the infection. Bacteria also vary in the 
damage caused. For example, the ingestion of food 
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contaminated with Salmonella enteritica causes intes- 
tinal upset. But, consumption of Escherichia coli 
O157:H7 causes a severe disease, which can perma- 
nently damage the kidneys and which can even be 
fatal. In one example, the contamination of the drink- 
ing water supply of Walkerton, Ontario, Canada, by 
strain O157:H7 in the summer of 2001 sickened thou- 
sands of people and killed seven people. The bacteria 
entered a town well when rainfall washed the feces of 
cattle into the water (cattle are a natural host of the 
bacterium). In late 2006, dozens of people were sick- 
ened after ingesting fast food which contained lettuce 
and possibly green onions contaminated with E. coli. 


Types of bacterial pathogens 


There are three categories of bacterial pathogens. 
Obligate pathogens are those bacteria that must cause 
disease in order to be transmitted from one host to 
another. These bacteria must also infect a host in order 
to survive, in contrast to other bacteria that are capa- 
ble of survival outside of a host. Examples of obligate 
bacterial pathogens include Mycobacterium tuberculo- 
sis and Treponema pallidum. 


Opportunistic pathogens can be transmitted from 
one host to another without having to cause disease. 
However, in a host whose immune system is not func- 
tioning properly, the bacteria can cause an infection 
that leads to a disease. In those cases, the disease can 
help the bacteria spread to another host. Examples of 
opportunistic bacterial pathogens include Vibrio chol- 
erae and Pseudomonas aeruginosa. 


Finally, some bacterial pathogens cause disease 
only accidentally. Indeed, the disease actually limits 
the spread of the bacteria to another host. Examples of 
these “accidental” pathogens include Neisseria menin- 
gitides and Bacteroides fragilis. 


Spread of pathogens 


Pathogens can be spread from person to person in 
a number of ways. Not all pathogens use all the avail- 
able routes. For example, the influenza virus is trans- 
mitted from person to person through the air, typically 
via sneezing or coughing. But the virus is not trans- 
mitted via water. In contrast, Escherichia coli is readily 
transmitted via water, food, and blood, but is not 
readily transmitted via air or the bite of an insect. 


While routes of transmission vary for different 
pathogens, a given pathogen will use a given route of 
transmission. This has been used in the weaponization 
of pathogens. The best-known example is anthrax. The 
bacterium that causes anthrax—Bacillus anthracis— 
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can form an environmentally hardy form called a 
spore. The spore is very small and light. It can float 
on currents of air and can be breathed into the lungs, 
where the bacteria resume growth and swiftly cause a 
serious and often fatal form of anthrax. As demon- 
strated in the United States in the autumn of 2001, 
anthrax spores are easily sent through the mail to 
targets. As well, the powdery spores can be released 
from an aircraft. Over a major urban center, modeling 
studies have indicated that the resulting casualties 
could number in the hundreds of thousands. 


Contamination of water by pathogens is another 
insidious route of disease spread. Water remains crys- 
tal clear until there are millions of bacteria present in 
each milliliter. Viruses, which are much smaller, can be 
present in even higher numbers without affecting the 
appearance of the liquid. Thus, water can be easily 
laced with enough pathogens to cause illness. 


Food borne pathogens cause millions of cases of 
disease and hundreds of deaths each year in the United 
States alone. Frequently the responsible microbes are 
bacteria, viruses, or protozoa that usually reside in 
the intestinal tract of humans or other creatures. 
Examples of microorganisms include Escherichia coli 
O157:H7, Campylobacter jejuni, and rotavirus. 


Pathogens can be transmitted to humans through 
contact with animals, birds, and other living creatures 
that naturally harbor the microorganism. The agent of 
anthrax— Bacillus anthracis—naturally dwells in sheep. 
Other examples include Brucella abortic (Brucellosis), 
Coxiella burnetti (Q fever), and viruses that cause hem- 
orrhagic fevers such as Ebola and Marburg. 
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l Pathology 


Pathology is the scientific study of disease proc- 
esses that affect normal anatomy and physiology. 
Training in pathology requires a medical degree and 
roughly five years of postgraduate study. Anatomical 
and physiological changes are pathological changes 
when they result from an underlying disease process 
or abnormality. 


Since ancient times, physicians have concerned 
themselves with the distinguishing features of health 
and disease. Until the early nineteenth century, how- 
ever, their ideas were based on a theory of humors (that 
is, elemental fluids in the body), rather than systematic 
examination of body parts and disease processes. 
Disease was believed to result from an imbalance of 
these humors. Dissection of dead bodies to learn about 
disease was not allowed by religious leaders and 
obstructed progress in the study of anatomy and path- 
ology through the Middle Ages (350-1450). By the 
Renaissance (from the fourteenth to sixteenth centu- 
ries), however, reports from post-mortem dissections 
began to provide a new and important source of infor- 
mation contributing to medical knowledge. In his 
Universa medicina, Jean Francois Fernel (1497-1558) 
introduced the term “pathology” to describe the 
abnormalities detected by anatomists when they dis- 
sected cadavers. However, Fernel still held to the 
ancient teachings of the humors. 


In the eighteenth century, the anatomical basis of 
disease began to emerge. Public hospitals provided a 
seemingly endless supply of corpses for dissections 
after death, and hospitals became centers for teaching 
and practicing morbid anatomy (the abnormal struc- 
tures in the body associated with disease). By the 
second half of the eighteenth century, in both the 
United States and Europe, surgeons and physicians 
had already begun to correlate signs and symptoms 
of patients with findings from autopsies after the 
patients died. 


In 1761, Giovanni Battista Morgagni (1682-1771) 
published the first textbook to systematically detail 
morbid anatomy and to locate diseases within individ- 
ual organs. However, humoral theories remained 
firmly entrenched, and the study of anatomy was still 
limited to what pathologists could observe of organs, 
muscles, and bones with the naked eye. All the same, 
as a result of their investigations into corpses, pathol- 
ogists in many different countries were beginning to 
ask questions about what made a tumor benign or 
malignant, the nature of pus, how wounds heal, and 
whether blood clots are beneficial or harmful. 
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Major progress was quick to follow. In France, 
Marie Francois Xavier Bichat (1771-1802) studied tis- 
sues rather than organs. One of his important contri- 
butions was the announcement that the disease of a 
tissue is the same no matter which organ the tissue is 
in. Bichat worked without the aid of a microscope. 
However, the introduction of improved compound 
microscopes in the 1820s made it possible to study 
both normal and diseased tissue more extensively and 
more accurately than ever before. In 1858, Rudolf Carl 
Virchow (1821-1902) proved conclusively that diseases 
arose in the cells of organs and tissues, not in the organs 
and tissues generally. Not long after, the investigations 
of Louis Pasteur (1822-1895) and Robert Koch (1843-— 
1910) into bacteria were a major step in rounding out 
understanding of how disease works. 


By the end of the nineteenth century, pathology 
had come into its own as a separate medical specialty. 
In the twenty-first century, pathologists perform, eval- 
uate, or supervise diagnostic tests, using materials 
from living or dead patients. Their work is carried 
out primarily in the laboratory, and they work closely 
with physicians who are directly in charge of patients. 
Among the materials a pathologist examines (in pro- 
cedures generally known as biopsies) are surgically 
removed body parts, blood and other body fluids, 
urine, feces, and so on. Pathologists also practice 
autopsy, which allows them to reconstruct the end of 
the physical life of a dead person by providing infor- 
mation about the workings of disease they would not 
be able to get any other way. It is not possible for any 
one person to know all there is to know about pathol- 
ogy, so pathologists who specialize in one area or 
another frequently work together. For example, 
pediatric pathology studies disease processes in chil- 
dren. Forensic pathology is a subspecialty whose goal 
is to clarify crimes or legal issues. 


Advances in laboratory techniques and increas- 
ingly fine-scaled instrumentation have greatly 
expanded the information available to the pathologist 
in determining the causes of disease. Research in 
genetics is also changing the study of pathology. 
More and more, pathologists are being called on to 
examine the molecular structure of deoxyribonucleic 
acid (DNA) and to identify molecular markers of dis- 
ease, as well as to study the impact of environmental 
factors on heredity. 


Pathologists play an increasingly important role 
in diagnosis, research, and in the development of 
clinical treatments for disease. A specialized branch 
of pathology, forensic pathology, offers a vast array 
of molecular diagnostic techniques (including DNA 
fingerprint analysis) toward identification of 
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remains, gathering of evidence, and identification 
of suspects. 


Research in pathology often focuses on identify- 
ing processes of abnormal cell growth, the causes of 
general morphologic changes, and the extent or effects 
of necrosis, infection, inflammation and other proc- 
esses associated with disease or injury. Pathologists 
often work with public health professionals to collect 
data essential to understanding the prevalence and 
etiology (origin or cause) of specific diseases. 


Modern pathology laboratories rely heavily on 
molecular biology techniques and advances in bio- 
technology. During the last two decades, there have 
been tremendous advances in linking changes in cel- 
lular or tissue morphology (1.e., gross appearance) 
with genetic and/or intracellular changes. In many 
cases, specific molecular tests can definitively identify 
disease process, and of critical importance to the treat- 
ment of disease, and make a correct diagnosis at an 
earlier stage in the disease process. 


Pathologists attempt to relate observable changes 
to disease process. Whether the changes are evident 
morphologically—or are distinguishable only via 
sophisticated molecular tests—the goal is to determine 
the existence and/or etiology of disease (the cause of 
disease). Once the etiologic agents are identified, the 
general goal of research is to document and gather 
evidence of the pathogenesis of disease (i.e., the mech- 
anisms by which etiologic agents cause disease). 


On a daily basis, pathologists perform a broad 
spectrum of tests on clinical samples to determine 
anatomical and physiological changes associated 
with a number of disease processes, including the 
detection of cancerous cells and tumors. 


Major branches of pathology include the study of 
anatomic, cellular, and molecular pathology. Specific 
clinical studies often focus on transplantation pathol- 
ogy, neuropathology, immunopathology, virology, 
parasitology, and a number of clinical subspecialties 
(e.g., pediatric pathology). 


See also Aging and death; Forensic science. 


l PCR 


PCR (polymerase chain reaction) is a technique in 
which cycles of denaturation, annealing with primer, 
and extension with DNA polymerase, are used to 
amplify the number of copies of a target DNA 
sequence by more than 100 times in a few hours. In 
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other words, it allows for the replication of a specific 
strand of deoxyribonucleic acid (DNA) and was a 
remarkable boost to the fields of genetic engineering 
and biomedical research. American molecular biolo- 
gist Kary Mullis (1944-) developed the techniques of 
PCR in the 1970s. For his ingenious work, he was 
awarded the 1993 Nobel Prize in chemistry. 


PCR amplification of DNA is like any DNA rep- 
lication by DNA polymerase in vivo; that is, in living 
cells. The difference is that PCR produces DNA in a 
test tube. 


For a PCR reaction to proceed, four components 
are necessary: template (a sequence of DNA), primer (a 
region of DNA at which the reaction begins), deoxyri- 
bonucleotides (adenine, thymine, cytosine, guanine; the 
four buidling blocks of DNA) and DNA polymerase 
(the enzyme that participates in the construction of new 
DNA). In addition, part of the sequence of the targeted 
DNA has to be known in order to design the according 
primers. In the first step, the targeted double stranded 
DNA is heated to over 194°F (90°C) to cause one 
strand of DNA to separate from the other strand in 
the DNA double helix. This separation is called dena- 
turation. Each separated strand is capable of being a 
template. The second step of the PCR is carried out 
around 122°F (50°C). At this lowered temperature, the 
two primers join back together (anneal); the annealing 
is specific, with complimentary nucleotide sequences on 
the two strands linking with one another. The DNA 
polymerase then extends the primer using the nucleo- 
tides that are added in the reaction mixture. As a result, 
at the end of each cycle, the numbers of DNA molecules 
double. Since a cycle can be done in minutes, the 
amoutn of DNA can increase tremendously in a short 
time (hours), generating quantities of the target 
sequence that are suitable for study or for some other 
purpose. 


PCR was initially carried out manually in incuba- 
tors of different temperatures for each step until the 
extraction of DNA polymerase from thermophilic bac- 
teria. The bacterium Thermus aquaticus was found in 
Yellow Stone National Park. This bacterium lives in the 
hot springs at 203°F (95°C). The DNA polymerase 
from T. aquaticus keeps its activity at above 95°C for 
many hours. Several additional heat-resistant DNA 
polymerases have also now been identified. 


Genetically engineered heat resistant DNA poly- 
merases that have proofreading functions and make 
fewer mutations in the amplified DNA products are 
available commercially. PCR reactions are now car- 
ried out in different thermocyclers. Thermocyclers are 
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designed to change temperatures automatically. 
Researchers set the temperatures and the time, and at 
the end of the procedure take the test tube out of the 
machine. 


The invention of PCR was revolutionary to 
molecular biology. PCR is valuable to researchers 
because it allows them to multiply the quantity of a 
unique DNA sequence to a large—and thus work- 
able—amount in a very short time. Researchers in 
the Human Genome Project made extensive use of 
PCR to look for markers in cloned DNA segments 
and to establish the proper arrangement of DNA from 
the many fragment of DNA generated during the 
sequencing process. Molecular biologists use PCR to 
produce exact copies (clones) of DNA from a target 
sequence. PCR is also used to produce biotin or other 
chemical-labeled probes. These probes are used in 
nucleic acid hybridization, in situ hybridization and 
other molecular biology procedures. 


PCR, coupled with fluorescence techniques and 
computer technology, allows the amplification of 
DNA in a short time (this is sometimes termed “real 
time”). This enables quantitative detection of DNA 
molecules that exist in minute amounts. PCR is also 
used widely in clinical tests. Today, routine to use PCR 
in the diagnosis of infectious diseases such acquired 
immunodeficiency syndrome (AIDS) and in a number 
of forensic tests. 


PDA see Personal digital assistant 


[ Peafowl 


The peafowl are three large, and extraordinarily 
beautiful species of birds in the family Phasianidae, 
which also includes the pheasants, chickens, par- 
tridges, francolins, turkeys, guinea fowl, and quail. 
Species of peafowl are native to Asia and Africa. 
However, these gorgeous creatures have been kept in 
captivity as ornamental birds for several thousand 
years, and they are now found in zoos and aviaries in 
many parts of the world. 


Peafowl are the largest of the species in the 
Phasianidae. These birds can weigh about 11 Ib (5 kg), 
and can be as long as 6.5 ft (2 m), including the tail. 
Their most distinctive character is the very large, spread- 
able tail or “train” of the male bird, also known as a 
peacock. Other distinctive characteristics of peafowl 
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A peacock (Pavo cristatus). (Robert J. Huffman. Field Mark Publications.) 


include their long neck, a heavy, hooked bill, a crest on 
the top of the head, and long, strong legs and feet. 


Peafowl are animals of tropical forests. They for- 
age on the ground during the day, and roost in a tree 
for protection at night. Peafowl are omnivorous, eat- 
ing a wide range of fruits, seeds, and buds, as well as 
diverse invertebrates gleaned from the forest floor. 


During much of the year, peafowl live in small 
groups. However, they split up into pairs during the 
breeding season. Peacocks have spectacular courtship 
displays, the highlight of which is the spreading of the 
train to impress the female, or peahen. The train is at 
least two times longer than the body of the peacock, 
and it is spread into a more than semi-circular fan 
(about 210° of spread). The expanded train is greenish 
in color, and is punctuated by a large number of eye- 
like, iridescent spots at the end of each of the approx- 
imately 100 tail feathers. The peacock also has several 
distinctive, startling, harsh, discordant screams and 
wails that it utters during the courting season and 
during displays of its fan. 


Once it has secured a mate, the peacock builds a 
nest, usually in a thicket. The female lays a clutch of 


about ten eggs, which she alone broods. The peahen 
also takes care of the chicks. 


The blue or common peafowl (Pavo cristatus) is a 
native bird of India and Sri Lanka. Small populations 
of feral birds have also been established in various 
places beyond the native range, for example, in 
Australia. The head, neck, and breast are an iridescent 
blue in this species. The blue peafowl is the most 
abundant peafowl in captivity. White and black vari- 
eties of this species also exist in domestic collections. 


The green peafowl (Pavo muticus) is native to 
Indochina and Java. This species has a green head, 
neck, and breast. This species is also kept in captivity. 


The Congo peafowl (Afropavo congensis) is a very 
rare, little-known species of tropical forests of Zaire. 
The discovery of this species in 1936 created a sensa- 
tion, because it could scarcely be believed that such a 
large, beautiful bird had not been seen by naturalists 
prior to that time. 


Bill Freedman 


Peanut see Legumes 
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| Peanut worms 


Peanut worms are a group of over 300 species 
of worms, classified as a separate Phylum Sipunculida 
(Phylum Sipuncula, by some authors), called Sipunculids 
or Sipunculans in English. They have a simple tubular 
shape, with “a tube within a tube” body plan and the 
internal organs inside a body cavity (coelom), that is lined 
by a fine epithelium called peritoneum. They are non- 
segmented and bilaterally symmetrical; some specialists 
include the Sipunculids among the Protostomes, with 
most worms, arthropods, and molluscs. Their earliest 
appearance on Earth dates back to the Paleozoic 
Middle Devonian deposits. The Sipunculids are exclu- 
sively marine and usually lead a sedentary life on the 
bottom of the sea. Some, like Sipunculus, bury in sand 
and mud. Others are rock-boring like Phascolosoma and 
Parasipidosiphon in the Antilles, and Cloeosiphon in the 
Indian Ocean near the Maldive Islands. They are com- 
mon in tropical reef limestone; in Hawaii up to 700 
Sipunculids were counted on one square meter of coral 
rock. The mechanism of rock boring is not known. 
Although mucus is found in burrows, Sipunculids do 
not build true tubes like other marine worms. 


Sipunculids have no known economic value, but 
their importance for the interpretation of the history 
of life on earth and of the relationships of different 
invertebrate groups should not be underestimated. 
They also contribute to the ecological balance in 
their respective habitats. 


The body of a peanut worm is relatively simple, 
divided into an anterior narrow section called the intro- 
vert, and a larger posterior trunk. The introvert is not a 
proboscis: it can be retracted into the anterior end of the 
trunk; it represents the head and the anterior part of the 
worms’s body. The mouth, surrounded by an oral disc, 
is found at the outer tip of the introvert and it is covered 
by a scalloped fringe, lobes, tentacles, or tentacular 
lobes, some with grooves lined with cilia. On the outside 
the introvert may be covered with spines, tubercles, or 
other small projections. The eversion (extrusion) of this 
structure is due to the muscle contraction of the body 
wall and the increased pressure of the fluid in the body 
cavity (coelom) occurring when feeding. 


The exact mode of feeding varies with species: 
some depend on ciliary movement to create currents 
which bring small particles into the mouth. Dead 
organic matter (detritus) may be trapped in mucus 
when the tentacles are placed upon it. Some 
Sipunculids are carnivores and ingest small animals 
and microorganisms from the substrate. A Sipunculid 
found in the North Sea, Golfingia procera, is a preda- 
tor on an annelid worm of the genus Aphrodite (known 
as a seamouse): it penetrates its body and sucks out the 
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contents. The introvert invaginates (folds inward so 
that an outer wall becomes an inner wall), and the 
ingested food passes into the esophagus, the anterior 
part of the digestive system which in Sipunculids is U- 
shaped. The long intestine descends to the posterior 
end of the trunk and then ascends anteriorly in a twist- 
ing spiral. The rectum is short and opens through the 
anus, usually located at the anterior part of the trunk. 


There is no blood-vascular system and no gas- 
exchange organs, but the coelomic fluid contains cor- 
puscles with hemerythrin, a respiratory pigment, like 
human hemoglobin, but containing copper. It serves to 
carry oxygen to various parts of the body as the cor- 
puscles move around. Excretion of waste products of 
metabolism is accomplished by a pair of large sac-like 
metanephridia, which may be compared in function to 
our kidneys. These open at the level of the anal opening 
anteriorly and ventrally. Particulate waste products are 
picked up by clusters of cells located on the peritoneum 
and capped by a ciliated cell, called “fixed urns.” Some 
of these “urns” become detached and float in the body 
fluid in the coelom and help pick up waste products that 
are to be removed by the metanephridia. 


The nervous system resembles that of the annelid 
worms, but it is not segmented. The “brain” is the dorsal 
ganglion, an accumulation of nerve cells located over the 
esophagus, which extend into a single ventral nerve cord. 


Sensory cells are abundant especially at the end of 
the introvert. In some species these may be specialized 
as chemoreceptors that respond to chemical stimuli, or 
as a pair of pigmented ocelli, primitive light receptors, 
located in the brain, or dorsal ganglion. 


In peanut worms the sexes are separate, male or 
female. Respective sex cells form from certain parts of 
the lining of the body cavity, where retractor muscles of 
the body wall arise. They are shed into the body cavity 
(coelom) where they mature into sperms or eggs. These 
leave the body through the excretory channels of the 
metanephridia. When males shed sperms into the sea 
water, the nearby females are stimulated to shed mature 
eggs, which are fertilized externally. The fertilized eggs 
begin to divide by spiral cleavage, like in some annelids 
and molluscs. The development may be direct, into a 
young adult, or, first, a free swimming larva worm that 
drops to the bottom. This metamorphosis may take one 
day as in Golfingia or a month, as in Sipunculus. Asexual 
reproduction by constriction and separation of the pos- 
terior end of the trunk occurs in a few Sipunculids. 


Sophie Jakowska 
Pear see Rose family (Rosaceae) 


Peas see Legumes 
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| Peccaries 


Peccaries are wild pigs (order Artiodactyla, family 
Tayassuidae) of the New World which are relatives of 
the wild pigs of the Old World. Peccaries are the only pig- 
like mammals native to the New World, all other pigs in 
North and South America are formerly domestic ani- 
mals that have escaped and become feral. Taxonomists 
recognize three species of peccaries: the collared peccary 
(Tayassu tajacu) of the southwestern United States 
and Mexico; the white-lipped peccary (7. pecari), 
which inhabits plains, forests, valleys, and deserts 
throughout most of northern South America; and the 
tagua or Chacoan peccary (Catagonus wagneri), which 
was thought to be extinct, but living specimens were 
found in 1975 in the arid Gran Chaco region of South 
America in Paraguay, Argentina, Bolivia, and Brazil. 


Peccaries are even-toed hoofed animals that are 
sometimes called javelinas (javelins) because their 
tusks look like javelins or spears. Peccaries have a 
musk gland on the back near the rump that gives off 
a very powerful odor, resulting in the alternate com- 
mon name of musk hog. 


The Chacoan peccary is the largest species, reach- 
ing as much as 80 Ib (36 kg) and a shoulder height of 
about 43 in (1 m), almost twice the size of the collared 
peccary. It has a large head that seems out of propor- 
tion to its body. The white-lipped peccary’s stiff hair is 
dark reddish brown and the white on it is actually on 
the sides on its jaws, not on its lips. It is about 3 ft (1 m) 
long and weighs about 66 Ib (30 kg). The collared 
peccary is grizzled gray with a whitish, collar-shaped 
stripe of fur on the neck. Adults have a faint black stripe 
on their backs, which is more visible in young animals. 
The males and females of all species are the same size. 


From the side, a peccary’s head looks triangular 
with a round, flat snout making one corner of the 
triangle. The snout is used for rooting out their food 
of bulbs and tender shoots as well as prickly pear 
cactus, a particular favorite. The long legs have tiny, 
hoofed feet with four toes on the front and three on the 
back. Peccaries do not run much except when in dan- 
ger, and even walking is kept at a minimum, with the 
animals preferring a quiet life of lazing during the day 
and leisurely feeding at twilight and dawn. 


Peccaries live in groups that may number more 
than 100 animals and depend on the group for defense. 


A javelina (Tayassu tajacu), or collared peccary, at the Aransas National Wildlife Refuge, Texas. Note the irregular collar (which 
is yellowish in color) running from shoulder to shoulder. (Robert J. Huffman. Field Mark Publications.) 
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The collared peccary tends to live in smaller groups, 
usually numbering fewer than 10 members. A closely 
packed group of angry, squealing animals with large, 
jutting canine teethlike tusks does not present an invit- 
ing target for jaguars and other big cats. As the group 
moves, the members mark their territory with their 
musk glands. 


Males and females in the group mate at any time, 
but the young, usually twins, are generally born in 
summer after a gestation period that lasts about 
115 days for the collared peccary and up to 160 days 
for the white-lipped peccary. The newborn peccaries 
can move almost immediately, and they will stay with 
the mother for several months. 


Peccaries serve as a tasty food source for the people 
who live near them. In some parts of the United States, 
the collared peccary has come to be regarded as a game 
animal, and is the target of organized hunting parties. If 
hounded by hunters, peccaries are apt to turn and try to 
attack. Hunting and loss of habitat has brought the 
numbers of these New World pigs down to very low 
levels, and these animals are now protected in a number 
of reserves and parks throughout South and Central 
America. The Chacoan peccary considered endangered 
by the IUCN and other conservation organizations. 
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[ Pedigree analysis 


In genetics, a pedigree is a diagram of a family 
tree showing the relationships between individuals 
together with relevant facts about their medical histor- 
ies. A pedigree analysis is the interpretation of these 
data that allows a better understanding of the 
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transmission of genes within the family. Usually, at 
least one member of the family has a genetic disease, 
and by examining the pedigree, clues to the mode of 
inheritance of the disorder and the potential risk to 
other family members can be obtained. 


Pedigree analysis can also allow estimation of 
gene penetrance and gene expressivity. Penetrance is 
defined as the probability that a disease sate will man- 
ifest in an individual who carries an allele cusing the 
disease is present. For example, if one-half of all indi- 
viduals who carry a dominant allele eventually mani- 
fest the associated disease, the allele has 50% 
penetrance. Expressivity describes the range of symp- 
toms and degree of severity associated with different 
disease states. 


The pedigree is initiated by using a symbol to 
represent the proband or individual seeking counsel- 
ing. immediate family members (parents, siblings, 
spouse, children) are added next, followed by aunts, 
uncles, cousins, grandparents, and others in the proper 
orientation. Males are indicated as squares and 
females as circles. The square or circle is filled in for 
any affected individuals to reflect their disease status. 
When two people marry or have children together, a 
single line is drawn between them. A vertical line 
descends from this marriage line and then connects 
to another horizontal line, the sibship line. Short ver- 
tical lines descend from the sibship line, one for each of 
the children of this union. All members of one gener- 
ation are shown adjacent to one another in a row, with 
preceding generations above and later generations 
below. There are special symbols to denote consangui- 
neous marriages (a double marriage line), identical 
twins (a single line from the sibship line that bifurcates 
for each twin), fraternal twins (an inverted V drops 
from the sibship line), divorce and remarriage (cross 
hatches on the marriage line to show discontinuity 
between the divorced partners and a second marriage 
line to the new partner), and so on. 


Each generation is labeled at the left with a 
Roman numeral beginning with the first generation. 
The members of each generation are consecutively 
numbered left to right with Arabic numbers, always 
starting each generation with one. In this way, each 
person can be specifically identified. For example, the 
second person in the first generation would be individ- 
ual I-2, and the sixth person in the fourth generation 
would be IV-6. 


Once the family members are properly arranged, 
important medical facts can be added. Proper inter- 
pretation of the pedigree is dependent upon obtaining 
accurate information about each individual in a pedi- 
gree. The first step in pedigree analysis is to observe 
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A three-generation pedigree analysis. (Argosy. The Gale Group.) 


the number and relationships of all individuals who 
express the same or similar clinical features. From this, 
it should be possible to determine if the disorder is 
dominant or recessive, autosomal or X-linked by look- 
ing for the typical patterns of inheritance. For exam- 
ple, an autosomal disease can usually be distinguished 
by seeing male-to-male transmission of the mutation, 
but since males pass only the Y chromosome to their 
sons, there should never be father to son transmission 
of an X-linked gene. Males will be most commonly 
affected in an X-linked disease, whereas males and 
females should be equally affected in autosomal dis- 
orders. In general, a dominant disease will be seen in 
approximately half of the individuals in each genera- 
tion, but recessives occur very rarely. If the mutation is 
in the mitochondrial genome, affected mothers will 
pass the trait to all of their children, but none of the 
offspring of an affected male should have the disease. 


Once the inheritance pattern of the disorder is 
determined, the status of family members in the pedi- 
gree can be evaluated. By carefully observing the posi- 
tion of affected individuals, mutation carriers may be 
identified. From this data, the risk of carrier status for 
other family members or the chance that a couple may 
have an affected child can be estimated. 


Pedigrees are also maintained for many animals, 
though the purpose of pedigree analysis is somewhat 
different. The data contained in the pedigree are 
generally utilized to select individuals with specific 
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characters for breeding purposes. Animals with unfav- 
orable traits are eliminated from consideration so that 
the next generation will include individuals with more 
of the preferable traits. For each species, the charac- 
ters of choice will vary. In the thoroughbred world, 
pedigree analysis tries to combine speed with stamina 
and a will to win that will yield winning racehorses. 
For cows, sheep, and pigs, such characteristics as high 
milk production, higher muscle content, or better 
wool are desirable. Even some plants have pedigrees 
as researchers strive to find drought and pest resistant 
species with high crop yields. 


In medicine, pedigree analysis is an essential part 
of a complete medical work up for a genetic disease. 
The information obtained is an important aid in 
understanding the disorder and providing the best 
counseling to the family. For other plant and animal 
species, pedigree analysis is also a useful tool, though 
the goal is usually for gene selection rather than risk 
assessment. 


See also DNA technology; Genetic testing. 
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| Pelicans 


Pelicans are seven species of large coastal birds in 
the family Pelicanidae of the order Pelecaniformes, 
which also includes gannets, tropicbirds, darters, frig- 
atebirds, and cormorants. All of the species in this 
order have throat pouches to one extent or another, 
but the pelicans have the largest throat pouches. They 
eat nothing but fish, and the pouch is a handy device 
for catching their food. 


The pelican has perhaps the most unusual bill in 
the bird world. It is quite long—18 in (46 cm) in some 
birds—with the top part, or mandible, flat, narrow, 
and quite stiff. The bottom part has a solid upper 
edge surrounding a pouch of skin that can stretch 
almost endlessly to hold great quantities of fish. This 
soft, flexible tissue extends down onto the neck. The 
birds do not fly back to their nests with food in the 
pouch. They would not be able to keep their balance in 
flight. Instead, it serves as a net to catch fish. Up to 
2 gal (7.6 1) of water can be taken in and then forced 
out through the closed mandibles, leaving the cap- 
tured fish behind. They are then swallowed. 


The famed diving brown pelican (Pelecanus occi- 
dentalis) is the only one that actually dives into the 
water to fish. The other pelicans skim the surface as 
they fly or settle on the waves to fish. Some even work 
in colonies to “herd” the fish together. 


Pelicans are amazing fliers, with the ability to cover 
hundreds of miles a day, taking advantage of rising 
warm air currents to carry them without wing motion. 
However, as soon as they spot fish below them, they can 
descend to just over the ocean surface, where they flap 
their wings with a slow, strong beat until they are ready 
to dive into the water. Most large water birds such as 
cranes, herons, and storks fly with their necks out- 
stretched in front of them. Pelicans, on the other hand, 
fly with their heads curved back against their bodies. 


Although all seven species of pelicans are in the 
same genus, those seven divide into two groups by their 
coloring and where they nest. Four species of all white 
birds nest on the ground in large flocks, or colonies. 
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A brown pelican (Pelecanus occidentalis) at the Everglades 
National Park, Florida. Unlike the American white pelican, the 
brown is nonmigratory, preferring saltwater habitats year 
round. (Robert J. Huffman. Field Mark Publications.) 


These include the American white (Pelecanus erythro- 
rhynchos), which is the largest pelican; the European 
white (P. onocrotalus); the Australian (P. conspicilla- 
tus); and the Dalmatian (P. crispus). The other three 
are primarily brown and they nest in trees. These 
include the brown pelican so prominent in Florida 
waters; the pink-backed pelican (P. rufescens), which 
is pinkish gray on its head and neck; and the gray or 
spot-billed pelican (P. philippensis). The latter has a 
row of spots the length of both sides of its bill. 


As breeding season approaches, the pelicans’ bills 
and the naked patches on their heads often change 
color. In addition, they may molt, with the new feath- 
ers being different colors and indicating that it is mat- 
ing time. At nesting time, the male gathers the 
materials, which are assembled by the female. The 
female lays usually only one or two chalky white eggs 
that hatch after an incubation of about four weeks. 
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At hatching, young pelicans have black or white skin 
and flipper like wings. They quickly grow a soft layer of 
down. They are very noisy, hissing and squealing almost 
continuously, but as they grow these birds become silent. 
Although more than one egg may be laid, the first bird 
hatched is usually the strongest and takes over the nest, 
forcing the smaller, weaker ones out. It then grows very 
rapidly, demanding the efforts of both parents to bring 
home enough food. The young reach into the parents’ 
pouches to get fish, which the parents regurgitate for the 
young. The offspring does not leave home until it has 
eaten enough to develop a layer of fat on its body to 
support its needs until it learns to dive for its own food. 
The young become sexually mature at three or four 
years. Pelicans in the wild can live to be about 20-25 
years old. In captivity, they may live much longer. 


The eastern white pelican of eastern Europe and 
Africa is about the same size as the American white 
pelican but with a wider wingspan. Overlapping its 
range in Europe is the range of the rare Dalmatian 
pelican, which can be distinguished from the eastern 
white pelican by its gray bill and bright orange pouch. 
Overlapping the eastern white pelican’s African range 
south of the Sahara is the range of the pink-backed 
pelican, which has been described as “dowdy” because 
its colors are so muted. 


The American pelicans 


The brown pelican has light brown or gray, white- 
edged feathers on its body. The back of its neck has a 
lengthwise band of reddish feathers, and its head is 
crowned with yellow feathers. Its bill is gray instead of 
the yellow of many pelicans. It dives directly into the 
water for its fish, sometimes from great heights. 
Brown pelicans live along the seacoasts of Florida, 
the Gulf, California, and northern Mexico. They 
often nest on mangrove islands, perched on the outer- 
most branches of the trees. 


Another population, called the Peruvian brown 
pelican, lives along the coast of Peru where it feeds in 
the Humboldt Current. It is quite a bit larger than 
the North American brown pelican, with a body 
length of 60 in (152 cm) as compared to the brown 
pelican’s 45 in (114 cm) long body. Ornithologists are 
still debating whether or not it is a separate species 
(P. thagus) from the North American brown pelican. 


The large American white pelican weighs up to 20 
Ib (9 kg) and has a wingspan of almost 10 ft (3 m). It 
looks all white until seen in flight, when its black flight 
feathers show. It is a freshwater bird, nesting on inland 
lakes, in central Canada and the northern central 
states. It spends the winter along the seaside, especially 
in Florida and Texas. It feeds by floating and dipping 
its pouch into the water. During the breeding season, 
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KEY TERMS 


Mandible—Half of a bird’s bill. 
Regurgitate—To vomit back up. 


the American white pelican develops a temporary 
hornlike growth on the upper mandible. It also 
grows longish plumes on its head. 


Populations of brown pelicans declined drasti- 
cally in the late 1960s and early 1970s primarily 
because of the use of chlorinated hydrocarbon insecti- 
cides, particularly DDT and endrin. In addition to 
poisoning adult pelicans directly, these insecticides 
also caused physiological disorders that resulted in 
the thinning of their eggshells. The thin-shelled eggs 
were crushed during incubation, resulting in wide- 
spread reproductive failure. After the use of DDT in 
the United States was banned, these birds gradually 
began to recover. Although this problem has occurred 
recently, pelicans have been in danger before. About 
1900, they were being killed for their long flight feath- 
ers, which were fashionable decorations for women’s 
hats. Bird lovers persuaded President Theodore 
Roosevelt to declare Pelican Island, near Cape 
Canaveral, Florida, as the nation’s first national wild- 
life refuge in 1903. Today there are more than 400 
national refuges in the United States. 
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fl Penguins 


Penguins are primitive, flightless birds that are 
highly specialized for marine life. Most penguins look 
rather similar, being generally black or dark-gray on 
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A gentoo penguin with its chick. (ULM Visuals.) 


top with a white belly. Some species, however, have a 
crest on their head and/or patches of color on their head 
and throat. The legs are set wide apart and the wings are 
used as flippers. Most species of penguin live and breed 
on Antarctica, on islands near that continent, or on the 
southern coasts of South America, Australia, South 
Africa, or New Zealand. Four northern species inhabit 
the western coast of South America, as far north as the 
equatorial Galapagos Islands. 


Penguins have unusual and distinct characteristics, 
and their relationship to other orders of birds is not 
fully understood. In fact, scientists dispute whether 
penguins should have their own superorder or even 
subclass. However, it is generally agreed that penguins 
belong to the Order Sphenisciformes and the family 
Spheniscidae. There are six genera of penguins and 
16-18 species, depending on the taxonomic treatment. 


Adaptations for marine life 


Penguins have numerous adaptations to life in 
cold, marine conditions. The legs, effectively used as 
oars, are set wide apart and connect rather far back to 
the long and rounded body. Short, glossy feathers 


cover its body to form a dense, furlike covering, 
which is waterproof and helps keep the bird warm. 
Although all of the bones needed for flight are present 
in its wings, they are tightly bound to each other by 
ligaments and are shortened and flattened. Given 
these adaptations, the wings have become unfoldable 
flippers used in swimming. The muscles in the chest, 
which are used to move the wings, are proportionately 
quite large, extending from the neck to the lower por- 
tion of the abdomen. The triangular tail is used for 
steering while swimming. 


Locomotion 


Having legs located far back on their body makes 
it necessary for penguins to walk upright when on 
land. While some of the smaller species are fairly 
coordinated, the larger ones (such as the emperor 
penguin) are clumsy on land. Penguins do not always 
have to walk, however. On steep icy slopes, they may 
travel by sliding on their belly, using their feet to steer 
and the flippers to steady themselves. 


Underwater, penguins can move swiftly; their 
normal speed is 3-6 mph (4.8-9.6 km/h), although 


they can move faster for short bursts. They have three 
basic modes of transporting themselves in the sea. The 
first form is underwater flight, used for rapid move- 
ment when feeding or avoiding a predator, such as a 
leopard seal. The second form is known as porpoising, 
and is used for traveling longer distances. When 
porpoising, penguins alternate between swimming 
deep in the water and leaping out of the surface. It is 
thought that this increases the overall speed by reduc- 
ing water resistance when swimming; also, this type of 
swimming allows the bird to catch a quick breath of air 
without stopping. The final form of swimming is the 
duck-style, with head and tail held erect, which pen- 
guins assume just before going ashore, in order to 
orient themselves. 


Penguins occasionally dive deeply in their quest 
for food, which consists primarily of fish and crusta- 
ceans. For example, Emperor penguins reportedly can 
dive 850 ft (260 m) below the surface and remain there 
for about 18 minutes. 


Social behavior 


Penguins are social animals; they travel, feed, 
breed, nest, and winter in large groups. On several 
Antarctic and sub-Antarctic islands, penguin colonies 
may have millions of birds. For example, up to two 
million royal penguins (Eudyptes schlegeli) congregate 
on Macquarie Island, 750 mi (1,200 km) southwest of 
New Zealand. There are about 10 million birds living 
on one of the South Sandwich Islands, located north 
of Antarctica. 


There are several possible reasons for penguins’ 
highly social behavior. First, mature penguins tend to 
return to the area where they were born to breed. 
Second, in large groups they are safer from predators, 
such as skuas, sharks, killer whales, and especially leop- 
ard seals. Third, they learn about the location of food 
from each other. Fourth, group living provides better 
care for their young and protection against the cold. 


Within the social structure, there are two levels: 
the family and the breeding group. Within the family, 
which consists of the parents and usually two chicks, 
the young are cared for and defended against other 
penguins. Within the breeding group, group defenses 
are used against skuas and vocal communication 
causes the birds to breed at about the same time. 


Nesting 


Penguins spend the majority of their time in the 
water, but their nesting colonies are often located 
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miles away from the water. Penguins tend to mate 
with their partner from the prior year’s breeding sea- 
son. The males stake out the territory, which could 
only be a few square yards. Nests are made in a wide 
variety of locations, depending on the species, and can 
be in a rock crevice or burrow, in the open with stick 
and grass, or on a bare patch of ground. 


Usually all but the two largest species (the 
Emperor and King penguins) lay two eggs. The two 
large species lay only one egg. The emperor penguin 
(Aptenodytes forsteri) endures the worst breeding con- 
ditions of any bird in the world. After the female lays 
her egg during the dark Antarctic winter, she returns 
to the water to feed and regain her strength. While she 
is gone, the male incubates the egg on top of his feet. 
During this 64-day period, when the temperature can 
dip below 40°F (4°C), the male huddles with other 
males to stay warm and eats nothing but snow. 
When the chick is born, he feeds it with a milky sub- 
stance he regurgitates. Both emperor and king pen- 
guins (Aptenodytes patavonicus) have their young in 
the winter, so that they will become independent in the 
summer when food is abundant. Newborns of all spe- 
cies are born covered with a thick layer of brown or 
gray down. This down molts into feathers that look 
like those of the adult when the bird is a juvenile. 


Maintaining body temperature 


When a penguin dives into the Antarctic Ocean, it 
plunges into water that is 40 degrees below its own 
body temperature. (A person without a wet suit can 
live about ten minutes in water that cold.) As a result, 
penguins have adapted certain mechanisms to keep 
themselves warm. First, each penguin has a 0.7-1.1 in 
(2-3 cm) thick layer of fat and thick, waterproof 
plumage to insulate itself. In addition, when in the 
water, the penguin is much more active than on land. 
Thus, its metabolism increases, producing more meta- 
bolic heat. 


The coldest-weather species (the emperor pen- 
guin) has made additional adaptations for surviving 
the most extreme cold. The emperor penguin has the 
largest body of any penguin, measuring about 3 ft 
(1 m) tall and weighing 88 Ib (40 kg). Thus, compared 
to birds with a smaller body, it has relatively less sur- 
face area exposed to the cold compared with its 
weight. It also has the most fat of any penguin species 
and can live for two to four months during the winter 
without eating. The emperor penguin also has more 
extensive feather cover than other species, including 
feathers on its bill and feet, except the toes. Its flippers 
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Peninsula 


KEY TERMS 


Skuas—Sea birds that prey upon penguins. Family 
Stercoriidae. 


are shorter and feet are smaller than its relatives, 
reducing their exposure to the cold. 


This heat insulation is very effective, sometimes 
too effective. The problem with the insulation is that 
penguins are always in danger of overheating. This is 
especially true when they are fighting or running dur- 
ing the warmest months of the polar year—December, 
January, and February. 


Because penguin populations naturally undergo 
dramatic fluctuations, the impact of human activities 
on penguins is difficult to determine with certainty. 
Penguins were extensively hunted in the past by sai- 
lors, who used them for food and also extracted their 
oil. Penguins are now legally protected in most coun- 
tries, but some are still hunted for food or use as bait. 
The most significant problems currently facing pen- 
guin populations include oil pollution, entanglement 
in fishing nets, and reduced fishing stocks due to com- 
mercial fishing. Ten species of penguins are thought 
to be threatened, with the Galapagos penguin 
(Spheniscus mendiculus) and the erect-crested penguin 
(Eudyptes sclateri) considered at highest risk. 
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! Peninsula 


A peninsula, from the Latin words for almost 
island, is a piece of land largely surrounded by water 
on three sides and joined to a larger body of land by an 
isthmus, or narrow neck. It can also more generally 
refer to any area of land that sticks out into a body of 
water, such as a sea or lake. A peninsula is a topo- 
graphic high spot; a dry land range of hills or moun- 
tains created during the formation of Earth’s crust. 
The state of Florida is the largest peninsula in the 
United States, while Italy is the longest peninsula in 
Europe. A peninsula is often left visible when the low 
areas on both sides subside and become submerged, or 
when the water level rises and floods the valleys. The 
Chesapeake Bay (between Virginia and Maryland) is 
excellent example of a shoreline of submergence. The 
Delmarva Peninsula, which forms the eastern section 
of the Chesapeake Bay, formed millions of years ago 
as the Susquehanna River eroded a river valley that 
was subsequently swamped when the sea level rose. 


Because of their segregation from the primary 
body of land to which they are connected, peninsulas 
provide their inhabitants with relative isolation. 
During continental wars, peninsulas can be defended 
at the narrow isthmus. During peacetime, invasion by 
immigration tends to pass by because they lie off the 
main routes of travel. Thus, peninsulas can provide 
havens where humans and animals of ancient descent 
may still be found quite unadulterated. Examples are 
the Cornish and Welsh in peninsulas in western 
England; Australian aborigines of the Cape York 
Peninsula; and non Indo-European speaking people 
of the Indian peninsula. 


During wars involving oceanic invasion, however, 
peninsulas are often targeted as the gateway to the 
continent. Two examples are the occupation of the 
Gallipoli Peninsula by Britain, from which they 
invaded Turkey during World War I, and the United 
States World War II entry into Europe through Italy’s 
Calabrian Peninsula and France’s Conetin Peninsula. 


Because of this vulnerability, small peninsulas are 
often politically different from their mainland conti- 
nent. For example, the Florida Peninsula for many 
years belonged to Spain. Conversely, large peninsulas 
often become independent from their continental 
neighbors—like the peninsulas of Sweden and Italy. 


The world’s largest peninsulas are Arabia 
(1,254,000 sq mi [2,017,686 km]); Southern India 
(800,000 sq mi [1,287,200 km]); Alaska (580,000 sq mi 
[933,220 km]); Labrador (502,000 sq mi [807,718 km]); 
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A rocky peninsula in Acadia National Park, Maine. (ULM Visuals.) 


Scandinavia (309,000 sq mi [497,181 km]); and the 
Iberian Peninsula (225,000 sq mi [339,525 km]). 


Marie L. Thompson 


Pentyl is the name given to the portion of an 
organic molecule that is derived from pentane and 
has the molecular structure -CH»CH»CH»CH>CH;3. 
The pentyl group is one of the alkyl groups defined 
by dropping the -ane ending from the parent com- 
pound and replacing it with -yl. The pentyl group is 
derived from pentane (HCH,CH,CH»CH,CH3) by 
removing one of the end hydrogens. The parent com- 
pound consists of five carbonatoms connected by sin- 
gle bonds (C-C) and each carbon atom is connected 
to a variable number of hydrogen atoms (C-H). The 
number of C-H bonds formed is dependent on the 
carbon atom’s chain position, with each of the five 


carbon atoms having a total of four bonds. The name 
pentane is derived from the Greek word, pente, which 
means five. There are three other similar five carbon 
atom containing alkyl groups. The isopentyl group 
has the molecular structure of -CH,CH»CH(CH3), 
and is identified as a pentyl derivative that has a methyl 
group (-CH3) branching from the end of a chain of four 
carbon atoms. The neopentyl group is a chain of three 
carbon atoms with two methyl groups attached to the 
end carbon atom and is represented by -CH2C(CH3)3. 
Similarly, the tert-pentyl group, -C(CH3)2CH CH; is 
a five carbon atom alkyl group that has two carbon 
atoms bonded to the attaching carbon atom. Pentane 
is a low boiling liquid that is found in natural gas and 
crude oil. It can be obtained by liquefying the vapors 
formed from heating crude oil. Pentane and the similar 
five carbon atom compound, isopentane, are both the 
components of gasoline. Pentane has an octane num- 
ber of 62 and 93 is the octane number for isopentane. 
Pentane when mixed with red dye is used as the fluid in 
thermometers that measure very cold temperatures. 


Pentyl or five carbon atom alkyl groups are also 
referred to as amyl groups. The term amyl is derived 
from the Latin word for starch, amylum, and is used 


Peony 


KEY TERMS 


Isopentyl group—An alkyl group with the molec- 
ular structure of CH,»CH»CH(CHs3), and is identi- 
fied as the pentyl! derivative that has a methyl group 
(-CH3) branching from the end of a chain of four 
carbon atoms. 


Neopentyl group—A chain of three carbon atoms 
with two methyl groups attached to the end carbon 
atom and is represented by CH»C(CH3)3. 


Pentane—The compound whose molecular struc- 
ture is CH3CH2CH»2CH2CHs3 and consists of five 
carbon atoms connected by single bonds (C-C) 
and each carbon atom is connected to enough 
hydrogen atoms (C-H) to have a total of four 
bonds each. 


Pentyl group—The name given to the portion of an 
organic molecule that is derived from pentane and 
has the molecular structure CH»CH»CH»CH>CH3. 


Tert-pentyl group—An alkyl group with the molec- 
ular structure of C(CH3)2CH2CHs and is identified as 
the five carbon atom alkyl group that has two carbon 
atoms bonded to the attaching carbon atom. 


because the five carbon atom amy] alcohols were first 
isolated from fermentation products. Amyl or pentyl 
alcohols consist of a chain of five carbon atoms with a 
hydroxyl group (-OH) connected to one of the carbon 
atoms. Each carbon atom is also connected to enough 
atoms resulting in each carbon atom having a total of 
four bonds. If the hydroxyl group is connected to the 
first carbon atom, the compound is called n-amyl 
alcohol or 1-pentanol. Sec-amyl] alcohol or 2-pentanol 
has the hydroxyl group connected to the second car- 
bon atom and 3-pentanol has the -OH connected to 
the third carbon atom. 


Amyl alcohols are used in the manufacture of lubri- 
cants, fragrances, flavors, solvents, and other important 
chemicals. For example, n-amyl alcohol is industrially 
converted into zinc diamyldithiophosphate and zinc dia- 
myldithiocarbamate compounds, which are additives of 
grease and motor oil since they slow the wear and deteri- 
oration of metal parts. Amyl alcohol can also be con- 
verted to amyl bromide, an important chemical in the 
photographic industry. It can be chemically converted 
into the cyclic ester, octalactone. Octalactone is a synthetic 
coconut flavor additive of various foods and is an ingre- 
dient found in many floral smelling perfumes. Amy] sali- 
cylate, another compound prepared from amy! alcohol, is 
used extensively in the manufacture of perfumed soaps. 
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The compounds prepared from amyl alcohols are 
not the only commercially important compounds that 
contain a pentyl group. Amyl mercaptan has a thiol 
group (-SH) connected to a chain of five carbon 
atoms. Amyl mercaptan is also commonly referred to 
as “Pentalarm” which is added to natural gas to give it 
a skunk-like smell. Natural gas has no odor and with- 
out the addition of amyl mercaptan, a gas leak would 
be undetectable. 
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i Peony 


The peony is an attractive flower, much beloved of 
gardeners. It is in the family Paeonaceae, though in the 
past it was in the family Ranunculaceae with other 
flowers such as the buttercup. 


The generic name is Paeonia and there are some 
50 species in this group. 


The name peony comes from Paeon, a physician 
in Greek mythology. His teacher was jealous of his 
skills as a healer and intended to murder him. The 
gods took pity and Pluto turned him into a flower to 
save him from this fate. With this start it is not sur- 
prising that there is a wealth of folklore attached to 
these species. The plant is alleged to relieve headaches, 
cure convulsions, prevent nightmares, and if placed by 
the door of a house it will also keep all those inside safe 
from evil spirits. A truly miraculous and versatile plant 
indeed. 


There are many species of peony scattered through- 
out the Northern Hemisphere. No wild species are native 
to the eastern United States, though P. brownii and 
P. californica are found in the western United States. 


The flower color ranges from white through yel- 
low, pink, and red to purple. Flower size is variable 
from 1-10 in (2.5-25.4 cm) in diameter and they are 
usually produced in the early spring for six to eight 
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weeks. A couple of the larger species (such as P. /utes) 
will occasionally produce flowers in the fall as well. 


The majority of species are hardy shrubs up to 5 ft 
(1.5 m) tall. Some of the tree growth forms will reach 
10 ft (3 m). All are quite long lived-an age of 50 years is 
not uncommon. 


All peonies are beautiful and easy to grow. They 
will grow outdoors in Canada and all of the United 
States, although they will not thrive in subtropical 
sections of the southern states. Peonies do not like 
shade or poor drainage soils and they have very few 
problems with disease or pests. Many hybrids are 
produced, both naturally and artificially. 


i Pepper 


Pepper, one of the world’s most important spices, 
comes from the fruit (peppercorns) of a flowering 
shrub, in the genus Piper, family Piperceaea. The pep- 
per plant originates from India, which is still the world’s 
largest producer of pepper. The plant grows in hot, 
humid regions such as India, Indonesia, Malaysia, 
and Brazil. The United States is the world’s largest 
importer of pepper. At the time when Europeans were 
searching for new sea routes to the East, in search of 
spices, pepper was worth its weight in gold and was 
often exchanged instead of money. When a sea route 
around Africa’s Cape of Good Hope was discovered, 
the price of pepper in Europe dropped dramatically. 


Piper nigrum (black pepper) is the best known and 
most used species of pepper. This plant is a woody 
vine, mostly cultivated in plantations. Thick, glossy- 
green, ovate leaves grow alternately on the stem, 
opposite spikes of delicate flowers that grow in clus- 
ters. The berries that follow are the pungent fruit, or 
peppercorns. Black pepper is a perennial, and yields 
fruit when about three years old. It reaches full matur- 
ity, and produces a full crop, at seven to eight years 
old, and can continue to bear fruit for 20 years. 


The peppercorns may be harvested at different 
stages of ripeness. Green peppercorns are picked 
before they are fully ripe, and are used fresh, pickled, 
or carefully dried, to retain their color. Black pepper- 
corns, having the strongest flavor, are obtained by 
drying the immature, green berries in the sun until 
they are wrinkled and black. Berries left on the plant 
to fully ripen are red. The red peppercorns are soaked 
and peeled, producing white peppercorns. Pepper is 
used to flavor foods, and is considered to be a diges- 
tive stimulant. 
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Other species of peppers, such as P. longum,P. 
cubeba, and P. guineense, produce peppercorns that are 
used locally for medicinal purposes, or are made into 
oleoresins, essential oils, or used as an adulterant of 
black pepper. Berries of pepper trees from the genus 
Schinus, family Euphorbiaceae, are not true peppers, 
but are often combined with true peppercorns for their 
color, rather than their flavor. Schinu terebinthifolius is 
the source of pink peppercorns, but must be used spar- 
ingly, because they are toxic if eaten in large quantity. 


Betel leaf (P. betel) chewing, practiced by the 
Malays of Malaysia and Indonesia, is as popular as 
cigarette smoking in that region. Chewing the leaves 
aids digestion, decreases perspiration, and increases 
physical endurance. 


l Peptide linkage 


Proteins are made up of amino acids, which are 
joined by peptide linkages. Although there are only 
20 different naturally occurring amino acids, various 
combinations of these form the thousands of proteins 
used in metabolism. 


All amino acids have a similar structure. There is a 
central carbon atom, called the alpha-carbon, which is 
bonded to an amino group on one side and a carboxyl 
group on the other. Also bonded to the alpha-carbon 
is a side chain—one of 20 different chemical groups— 
that gives each amino acid its unique identity and 
function. However, the backbone of an amino acid 
consists solely of the alpha-carbon, the amino group, 
and the carboxyl group, and this is the same for all 
amino acids. 


The amino group consists of a nitrogen atom 
bonded to two hydrogenatoms: HNH. The carboxyl 
group is a carbon bonded to an alcohol group (—OH) 
and double bonded to an oxygen. This structure, 
O = COH, is called a carboxylic acid group. 


Proteins are constructed from amino acids that 
are assembled by the formation of peptide bonds. 
The amino group of one amino acid bonds with the 
carboxyl group of another, eliminating one watermo- 
lecule (HOH). The bond between the two amino acids 
consists of a nitrogen with one hydrogen bonded to a 
carbon with a double bonded oxygen: HNC = O. 


This simple structure, the peptide bond, is the 
basis of all the enzymes and proteins that make life 
possible. 
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I Percent 


Percent, or percentage, is a way to express a frac- 
tion of a number in hundredths; that is, fractions with 
a denominator of 100 (such as 5/100). The word per- 
centage may have come from the Latin word per cen- 
tum, which means per hundred, or the French word 
pour cent, which has a similar meaning to the Latin 
word. The Greeks were the first to consider a percent- 
age as a fraction with a denominator 100 (that is, with 
parts of one hundred), while the Italians first used the 
% sign as a symbol for percentage. 


Percent can be represents as P%, where P is any 
number and % is the symbol for percentage (that is, 
0.01, or 1/100—per hundred). Therefore, P% stands 
for P x 0.01. 


For example, 6% is equal to six hundredths (6 x 
0.01, or 0.06, or 6/100) and 7.2% is equal to 7.2 hun- 
dredths (7.2 x 0.01, or 0.072, or 72/1,000, or 7.2/100). 
The percentage 6% is read “six percent”, while 7.2% is 
read “seven point two percent”, where the word point 
indicates the decimal point. As shown by these exam- 
ples, to change from a percent to a number, divide the 
percent figure by 100. Thus, to go from 7.2% (a per- 
centage) to a number: 7.2 / 100 = 0.072. Conversely, to 
convert a number to a percentage, multiply the num- 
ber by 100. Thus, to go from 0.072 to a percentage: 
0.072 x 100 = 7.2%. 


In an everyday example, suppose one goes to the 
music store and buys ten music CDs (compact discs). 
When getting home, one finds out that seven out of the 
ten CDs have great music on them. Seven out of ten can 
be represented as 7/10, which is equal to 70/100, or 0.70. 
To convert that number (0.70) to a percentage, multiple 
0.70 x 100. The result is 70%. Therefore, 70% of the 
CDs are liked by the person who bought them. 


l Perception 


Human perception is the active reception and 
coordination of information received through our sen- 
sory systems in order to make sense of the environ- 
ment and to behave effectively within it. In contrast 
with the direct and immediate sensations actually 
received and transmitted, perception is the transfor- 
mation of that information into nerve cell activity that 
is transferred to the brain where further processing 
occurs. Our perceptual systems do not passively 
receive stimuli from the world, instead they actively 
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select, organize, interpret, and sometimes distort sen- 
sory information. The real world then may not be the 
same as the one we perceive. Broadly, perception can 
be said to be the study of the human organism’s rela- 
tion to the physical world. 


Perceptual systems 


Human beings possess five basic perceptual sys- 
tems. The basic orientation system informs us of the 
position of the body in relation to the environment 
through receptors sensitive to gravity, such as those in 
the vestibular mechanism in the inner ear. The haptic 
or tactual system responds to pressure and temper- 
ature sensations using the skin, muscles, and joints. 
The haptic system uses the kinesthetic sense (informa- 
tion from the muscles), and the proprioceptive sense 
(information from the skeletal joints). The auditory 
perceptual system allows us to locate the sources of 
sounds, and to recognize organized sound structures 
such as speech and melodies. What is often called the 
savory system combines the senses of taste and smell 
which are intimately related. They both respond pri- 
marily to chemical aspects of the environment. The 
visual system responds to light received through the 
eye, or more precisely, the light sensitive cells of the 
retina. Fully functioning visual systems perceive color, 
distance, depth, motion, and form. 


While perception involves information coming in 
from all of the sense modalities, psychologists have 
tended to focus on visual perception. This is because 
many aspects of visual perception are not easily 
explained by sensory processes alone, they seem 
instead to involve more higher-level brain processing 
than, for instance, taste, or scent perception. For the 
same reasons, this entry emphasizes visual perception. 


Historical background 


Perception is studied by philosophers, physiolo- 
gists, physicians, and psychologists. Physiologists and 
physicians focus primarily on sensation and the under- 
lying physical processes connected to perception. 
Systematic thought about perception began with 
ancient Greek philosophers who were interested pri- 
marily in the sources and validity of human knowl- 
edge. This still active branch of philosophy, known as 
epistemology, explores whether a real physical world 
exists independent of our experience of it, and whether 
our perceptions are an accurate reflection of that 
world. Epistemologists also question whether we are 
born with certain innate forms of knowledge, or 
whether all knowledge is learned through experience. 
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The systematic examination of mental organiza- 
tions of physical sensations falls largely within the 
domain of psychology. In contrast with philosophers, 
psychologists use scientific methods to investigate per- 
ceptual questions. Many of the questions raised by 
philosophers are reflected in the larger issues that are 
still investigated by psychologists today. These issues 
include how our perceptions are formed from the 
interaction of the physical environment and our 
sense organs, the accuracy of our perceptual systems 
in perceiving the world, and what, if any, aspects of 
perception reflect innate properties of the brain versus 
being learned through experience. 


Classical perceptual phenomena 


Many aspects of perception are, quite simply, 
amazing, often denying easy explanation based on 
stimulation of the sensory systems alone. The percep- 
tual phenomena discussed below have historically 
been the subject of much research and they pose a 
continuing challenge to researchers and theoreticians 
in perception. 


Constancy 


One of the most striking aspects of perception is 
constancy. Constancy refers to how our perception of 
objects remains the same despite changes in their 
image on the retina. Constancy is seen in the percep- 
tion of a number of different properties of objects such 
as size, shape, color, and orientation. We will discuss 
only size and shape constancies. 


Size constancy refers to perceiving familiar objects 
as approximately the same size regardless of their dis- 
tance from the observer. Thus, for example, a person’s 
size does not appear to expand or contract as they 
come toward you or move away, even though their 
image on the retina does become larger and smaller 
based on their distance. 


Shape constancy refers to an object’s shape being 
perceived as remaining the same despite being viewed 
from different perspectives with different shapes being 
projected onto the retina. A circular shape such as a 
pie on a table for example, is still perceived as circular 
even when you sit down at the table and perceive it 
from the side. This is despite the fact that circles 
viewed from the side produce not circular but elliptical 
images on the retina. 


Perceptual constancy is one of the hallmarks of 
the field of perception, for it strongly indicates that 
visual perception involves more than the direct regis- 
tration of the retinal image in the brain. Without 
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perceptual constancy the world would be perceived 
as a booming blur of chaotic confusion in which the 
sizes, shapes, and colors of objects would be con- 
stantly shifting. Thus it can be seen that perceptual 
constancy serves an important adaptive function. 


Despite constancy’s great importance and preva- 
lence across much of visual perception, there still no 
widely agreed upon explanation of it. There is, how- 
ever, great agreement that constancy is based in part 
on the observer using appropriate contextual cues in 
the environment. For example, in size constancy it 
seems that in most instances we use estimates of 
detected distance based on various cues (for instance, 
haze, and a smoothing of textured surfaces such as 
grass are indicators of distance) to estimate an object’s 
true size. And it seems that without cues enabling an 
accurate estimation of distance from an object, the 
perceived constancy of size ceases. For example, if 
one is extremely distant from objects without many 
intermediate visual cues enabling an accurate assess- 
ment of that distance, their perceived size would 
decrease. This is evident when looking at the world 
from a very high mountain top, or from a very tall 
building. From this distance, houses, cars, trees, and 
people below look very small, as if they were in 
miniature. 


Perception of motion 


The perception of motion has been the subject of 
much research. The mystery lies in how perceived 
movement cannot be accounted for by the movement 
of an object’s image across the retina. If that were so, 
movement of the observer, or eye movement would 
lead to perceived object movement. For example, 
when riding a bike the rest of the world would be 
perceived as moving. Another phenomenon of motion 
perception that cannot be fully explained by sensory 
processes involves saccades, which are rapid directed 
eye movements. Because the eye sees detail only in a 
small area in the center of the eye called the fovea, in 
order to obtain detailed information from any object 
or scene, the eye must perform saccades so that the 
fovea receives enough information. Yet the images of 
stationary objects do not appear to move even when 
their retinal image moves due to saccades. 


Evidence suggests motion perception can be par- 
tially explained by our apparently automatic use of 
numerous specific spatial and sequential relations 
between stimuli. Perceived motion then depends on 
such factors as the change in angular direction of 
the object from the observer, and the relation of the 
object in motion to the field in which it is perceived. 
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For example, as an object moves through space it 
systematically covers and uncovers the background 
through which it is moving. Thus if a lion is running 
toward you across an open grassy plain, the grass will 
appear to be blocked out at the lion’s leading edges 
as he moves toward you, and the grass that was not 
visible behind him will become visible as he gets closer. 


In addition to contextual environmental factors, 
specific visual receptor cells that detect different types 
of movement such as up and down have been discov- 
ered. Despite this knowledge, many questions about 
the exact mechanisms of motion perception remain 
unanswered. 


Form perception 


Form perception is what enables us to identify 
objects and distinguish them from each other. Rather 
than a loose grouping of apparently separate stimuli, 
we see the world as organized with interrelated objects 
having definite shapes and forms. And as with many 
other perceptual phenomena, the light projected onto 
the retina from objects cannot account for our visual 
perception of the world. It seems perceiving form 
involves certain organizational principles, many of 
which were discovered by the Gestalt school of psy- 
chology. These rules or principles illustrate our ten- 
dency to organize and group separate elements of the 
visual world. 


In the figure-ground rule, Gestalt psychologists 
found that when looking at unfamiliar scenes, familiar 
or consistent shapes tend to stand out as figures, and 
unfamiliar or undifferentiated shapes are perceived as 
the background. So, when looking at an abstract 
painting in which there are very few clearly defined 
forms, those forms that appear familiar, or that are 
repeated, will tend to be perceived as standing out 
from the rest of the painting which is then perceived 
as the background for those forms. 


Gestalt psychologists also described a number of 
perceptual grouping principles. They found that when 
we perceive various stimuli we tend to group them 
according to their similarity, or according to their 
closeness to one another. Another principle, that of 
good configuration, is a very general organizing ten- 
dency that incorporates a number of figural character- 
istics. These include a tendency toward closure or 
perceiving a whole figure when there are actually 
gaps in its contour, and continuation in form where 
smooth continuous contours tend to be perceived over 
uneven or irregular contours. 


The perception of form can be said to result, in 
part, from characteristics of the nervous system, as 
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well as learning and experience. Yet there is no single 
theory of form perception that can fully account for 
the ability to perceive form. Nor is there a general 
principle that can pull together the many different 
types of form perception. 


Depth perception 


This entails perceiving the three-dimensionality of 
the world and objects. This clearly involves more than 
the nature of images sent to the retina since the retina 
has a two dimensional surface and images projected 
onto it are two-dimensional. 


In the 1800s researchers discovered that our bin- 
ocularvision greatly aids depth perception. Binocular 
vision refers to having two eyes that are at slight dis- 
tances from one another, so that each receives a 
slightly different perspective of the object or scene 
being focussed upon. It seems that these small differ- 
ences in perspective greatly aid depth perception. The 
ears also use the slight differences in time between 
stimulation received to locate the source of sounds. 


In addition, most environments have common 
patterns corresponding with varying distances that 
provide visual clues about space and depth. Such 
clues include blocking of a far object by a near one, 
increasing haze with increasing distance, perspective, 
and shadow. 


In sum, binocular vision and environmental cues 
can account for many aspects of depth perception. In 
addition, based on research with animals and human 
infants too young to have had experience with depth 
perception, it appears that humans and various species 
of animals are born with some innate visual mecha- 
nism to perceive depth. 


Illusions 


Illusions are misperceptions of stimuli, where 
what is perceived does not correspond to the actual 
dimensions or qualities of the physical stimulus. 
Geometrical illusions usually involve the mispercep- 
tion of the direction or size of parts of figures. 


The mechanisms that produce many types of illu- 
sions are as yet not understood, but they seem to 
involve the misapplication of perceptual phenomena 
like constancy. Illusions are natural, occurring regu- 
larly and following regular rules. Ilusions should not 
be confused with hallucinations which are responses in 
the absence of any external stimulus, or with delusions 
which are basically mistaken beliefs. 
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Innate and learned 


A theme running throughout the study of perception 
since the time of the ancient Greeks has been whether 
perceptual processes are learned or innate. Innate means 
existent or potential at birth due to genetic factors. 
Learned means that the ability is based on remembered 
past experience with similar or relevant stimuli. 


One way to test these ideas is to examine humans 
or animals who from birth had no visual experience, 
and thus no opportunities for visual learning, and to 
test them when their sight is restored. Perceptual func- 
tions are then tested to see which, if any, are intact. This 
was done with human beings born blind because of 
cataracts before surgical methods were developed to 
safely remove them. Cataracts are a disease of the eye 
in which the crystalline lens or its capsule are or become 
opaque. It was found that after their cataracts were 
removed they were normally responsive to changes in 
color and light, but they were unable to tell when a 
figure was present, or to discriminate between simple 
shapes. It took a period of two to three months before 
they were able to perform these tasks with ease. 


Along the same lines, research with animals 
deprived of visual experience from as close to birth 
as possible, finds that even without visual experience, 
some of the animals can perceive visual depth cues. 
Research also finds that animals raised without 
opportunities to see (for example if reared in the 
dark) sustain long-lasting deficits in their perceptual 
abilities. Indeed, such deprivation can even affect the 
weight and biochemistry of their brains. 


Studies with human infants find that at even one 
or two days of age, they are able to perform detailed 
visual discriminations, and they show preferences for 
visually complex or novel stimuli. While this line of 
research cannot prove the ability is not learned, it does 
lend support to these abilities being present at birth in 
some form. 


In sum, it seems that while some fundamental 
visual perceptual abilities are innate, visual experience 
is necessary to maintain and further develop them. 


Broad theoretical approaches 


Over the last century a number of theories have 
been proposed to account for perception. Each theory, 
however, has encountered difficulties in accounting 
for some of the above-discussed phenomena of per- 
ception. And most perception researchers today do 
not adhere to one theory, instead they believe those 
aspects of the theories that have some experimental 
support, or that seem most logical and sound. 
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Classical theory 


What is sometimes referred to as classical theory is 
usually associated with Hermann von Helmholtz who 
believed perception results from a process of uncon- 
scious inference about what the stimulus affecting the 
sense organs is most likely to be. He thought these 
unconscious inferences are formed by past experiences 
and learning, and they are unconscious because people 
are clearly not aware of making them. 


Gestalt theory 


Probably the most well-known theory of percep- 
tion, Gestalt theory, developed partly as a reaction 
against the view that perception could be broken into 
simpler elements and that it was the result of learned 
mental associations between simple sensations. This 
view, the basis of Helmholtz’s theory, was also put 
forth without the process of unconscious inference 
by such famous psychologists as W. Wundt and E.B. 
Titchener. Gestalt theory, founded by K. Koffka, W. 
Kohler, and M. Wertheimer, argued that while simple 
sensations could be seen as making up organized per- 
ceptions, our nervous system is primed to perceive the 
organization of sensory stimuli over the individual 
sensory elements themselves. The process of organiza- 
tion is basic to perception, and the common saying, 
“the whole is greater than the sum of its parts,” illus- 
trates this important concept. 


Moreover, while Gestalt theorists believe learning 
may play a role in perception, perceptual organization 
results from innate organizing processes in the brain 
itself. To Gestaltists then, studying perception was in 
effect studying the brain. 


Psychophysical or direct theory 


This theory as put forth by J. J. Gibson holds that 
perception may be fully explained by the properties of 
the stimulation we receive from the world interacting 
with our sensory capabilities. Characteristics of scenes 
and events in the physical world may give sufficient 
information for the nervous system to be able to 
specify them. Thus, there is no need to posit uncon- 
scious mechanisms of inference as put forth by the 
Helmholtzian theory, or higher order organizations of 
stimuli as proposed by Gestalt theory. 


Modern sensory physiology 


This theory proposed by E. Hering and E. Mach 
believes the structure of the nervous system may fully 
explain at least some perceptual constancies as well as 
depth perception. E. Hering also proposed that there 
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may be visual receptor cells organized into certain 
functional patterns that provide color sensation. And 
in fact these functionally patterned receptor cells 
have been found. These findings have strongly influ- 
enced current views of color perception, and the study 
of perception and sensation in general. It is still 
unknown, however, whether similarly organized 
receptor cells may exist for, or contribute to, percep- 
tual phenomena such as the constancies and illusions. 
But their demonstrated existence may indicate that 
many perceived qualities of the physical world are 
based on such specific sensory mechanisms. 


Current research/future developments 


Some of the more recent theoretical and research 
developments fall within the areas of emotion, neuro- 
psychology, ecological psychology, and artificial 
intelligence. 


Emotion 


Reflecting a trend across psychology as a whole, 
there has been a renewed and increased interest in how 
emotion influences perception and attention. This 
research investigates such questions as how emotion 
influences the focus and duration of attention, how 
quickly the emotional meaning of various stimuli can 
be processed, and whether individuals attend to pos- 
itive and negative stimuli in different ways. Unlike 
most past research on perception this evolving area 
often researches socially meaningful perceptual stim- 
uli, such as the perception of emotion in facial expres- 
sions and in vocal tones. 


Neuropsychology 


Neuropsychologists study changes in thinking 
due to brain injury, and use brain imaging techniques 
such as magnetic resonance imaging (MRI) and 
positron emission tomography (PET) scans, to exam- 
ine the activity of the brain while performing high- 
level mental tasks such as problem-solving. A number 
of their findings have challenged explanations of per- 
ception based on behavioral studies. And improve- 
ments in brain imaging techniques hold the promise 
of shedding even more light on the neural basis of 
perception. 


Ecological psychology 


Ecological psychology attempts to specify the 
unchanging and limiting aspects of perceptual stimuli 
in the environment. They also stress how the nature of 
perceptual stimuli supports perception. This approach 
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KEY TERMS 


Constancy—A striking aspect of perception, con- 
stancy refers to how our perception of properties of 
objects such as size, shape, and color, remains the 
same despite changes in their image on the retina. 


Delusions—Fixed, false beliefs that are resistant to 
reason or factual disproof. 


Fovea—Tiny hollow in the retina and area of acute 
vision. 

Gestalt theory of perception—A theory holding 
that organization is basic to perception; discovered 
many rules of organization used in perceiving form. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 


Illusions—Naturally occurring misperceptions of 
stimuli that follow regular rules. 


Retina—An extremely light-sensitive layer of cells 
at the back part of the eyeball. The image formed by 
the lens on the retina is carried to the brain by the 
optic nerve. 


Saccade—Rapid directed eye movement, often 
used to obtain detailed information about an object 
or scene. 


is most closely associated with the psychologist 
J.J. Gibson. 


Artificial intelligence 


This is an interdisciplinary field combining 
research and theory from cognitive psychology and 
computer sciences. It focuses on the development of 
artificial systems, such as computers, that show think- 
ing processes similar to humans. This approach believes 
that for a complete explanation of perception it is nec- 
essary to divide it into three levels of analysis: 1) hard- 
ware, or its physiological aspects, 2) algorithms for 
operation, or what the processes of perceiving are, 
and 3) the theory of the task to be performed, or what 
are the qualities of our environment that enable percep- 
tion. It is hoped that these divisions will serve as an 
important intellectual tool and aid our understanding 
of perception. 


Perception is a field ripe with unanswered ques- 
tions that continues to fascinate researchers who may 
greatly benefit from new technologies and new per- 
spectives. Indeed, recent technological advances in the 
measurement of eye movements (saccades) have made 
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their study much easier for researchers interested in 
changes in the focus of visual attention. 


See also Hearing; Touch. 
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Marie Doorey 


| Perch 


Perch are fish belonging to the class Osteicthyes, 
whose members have a bony skeleton rather than on 
made of cartilage. Bony fish comprise the largest 
group of vertebrates living today, both in the number 
of individuals (millions) and in the number of species 
(about 30,000). Perch of the genus Perca only occur 
fresh water, however several other fish commonly 
referred to as perch are found in marine environments. 
Perch live at depths in the oceans as great as 7 mi 
(11.5 km) and in mountain streams or lakes as much 
as 3 mi (5 km) above sea level. 


Perch belong to Order Perciformes in the sub-class 
Actinapterygii, the ray-finned fish, whose fins are 
supported by jointed rays. These fish also have large 
eyes, no internal nostrils, and a swim bladder. The 
Perciformes are the largest order of fishes with about 
150 families, roughly 1,400 genera, and over 7,000 spe- 
cies. Members of this order usually bear spines on their 
fins, have scales with serrated edges, and a tail fin with 
17 rays. The Perciformes are the most diverse of all fish 
orders and are dominant forms in both marine habits 
(75% of the species) and freshwater habits (25% of the 
species). Members of the order Perciformes include 
swordfish, tuna, mackerel, gobies, blennies, mullets, 
cichlids, and remoras. Two suborders (Percoidei and 
Gobioidei) include well over half of all species of perch. 
The Percoidei is the largest suborder with about 3,524 
species, many of which are desirable as human food- 
fishes, including striped bass, bluefish, snappers, barra- 
cudas, sunfishes, and perches. The family Percidae, 
with 10 genera and more than 200 species, includes all 
of the freshwater perches found in the northern hemi- 
sphere. Ninety percent of these species occur in North 
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KEY TERMS 


Caudal fin—The tail fin of a fish. 
Dorsal fin—A fin located on the back of a fish. 


Fin—Appendage used to stabilize swimming 
movements. 


Pectoral fin—Breast fin. 
Ventral fin—Belly fin. 


America east of the Rocky Mountains and most of 
these are darters. The vertebrae of perch number 
between 32 and 50; the largest species is the Walleye 
measuring some 90 cm (3 ft). 


The genus Perca includes all freshwater perch and 
has three species: Perca fluviatilis, a Eurasian species; 
the yellow perch, Perca flavescens of North America; 
and Perca shrenki of Asia. All three species are gener- 
alized forms that probably represent the ancestral type 
from which the other species were derived. 


The Old World counterpart of the yellow perch 
is the European perch, Perca fluviatilis. The two spe- 
cies are extremely similar and are separable only by 
minor differences; consequently, the classification of 
these two forms as two species or a single species is 
controversial. 


The yellow perch is the preferred freshwater fish 
of many commercial fisheries in the United States. In 
the Great Lakes region of the United States and 
Canada commercial fisheries take between 5,000 and 
10,000 tons of yellow perch per year from Lake Erie. 
This tonnage fluctuates from year to year due to fish 
population changes and to economic factors involved 
in delivering the catch to consumers. In Europe, perch 
are more popular as a sport fish than a commercial 
fish. Perch are very popular sport fish in Finland and 
in land-locked countries such as Switzerland. They are 
less popular in Great Britain and other countries with 
a significant salmon fishery. 
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[ Peregrine falcon 


The peregrine falcon (Falco peregrinus) is a bird of 
prey in the family Falconidae. It is one of the most 
wide-ranging birds in the world with populations in 
both the Eastern and Western Hemispheres, and occur- 
ring on all continents except Antarctica. It is also the 
world’s fastest-flying bird. Unfortunately, beginning in 
the 1940s, many populations of the peregrine falcon 
were decimated by the ecotoxicological effects of pes- 
ticide use, particularly DDT and other organochlor- 
ines. The concentrations of these chemicals become 
amplified in the ecological food web, severely affecting 
top predators such as the peregrine falcon. The organo- 
chlorines cause falcons to lay eggs with thin, fragile 
shells, as well as other physiological problems that led 
to reproductive failure and population decline. 


By the 1960s the peregrine falcon was extirpated 
from the eastern half of the United States. Prior to the 
organochlorine-induced losses, there were about 400 
breeding pairs of these falcons in that region. 
Similarly, during the early 1970s there were over 300 
breeding pairs in the western states, but that dropped 
to 200 within a decade. (Populations in Alaska and 
northern Canada involve a different subspecies of the 
falcon, which was less affected by organochlorines.) 


The peregrine falcon has benefited from programs 
of captive-breeding and release. Due to reintroduction 
efforts the species once again breeds in the eastern 
United States. In 1985, for example, 260 captive-raised 
young falcons were released to the wild, 125 in the 
eastern states and 135 in the west. By 1991, more 
than 100 breeding pairs were found in the eastern 
United States and 400 pairs in the west. 


The recovery success of the peregrine falcon is due 
largely to the efforts of two groups, the Peregrine 
Fund based at Cornell University in Ithaca, New 
York, and the Canadian Wildlife Service in Alberta. 
Much of their work centered on captive breeding for 
release into the wild, and finding ways to induce the 
falcons to nest and raise young in their former range. 
With great patience, and limited early success, the 
projects eventually paid off. 


The restoration projects yielded much valuable 
information about peregrine falcons, as well as deter- 
mining innovative approaches for re-establishing wild 
populations. For captive breeding, wild falcons 
trapped as nestlings stood a much better chance of 
reproducing in captivity than those trapped as flying 
immatures or as adults. In addition, researchers found 
that window ledges of tall buildings in cities were a 
useful site for releasing young falcons. These locations 
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mimic the natural nest sites of peregrines on cliffs, and 
the birds have abundant prey in the urban ecosystem, 
particularly rock doves. Many people regarded this as 
a “service” to the cities, because the “pigeons” tend to 
be a nuisance species. 


Since it began in the 1970s, the captive-breeding 
program has resulted in more than 4,000 young pere- 
grine falcons being released to the wild. Because the 
widespread use of organochlorines is no longer 
allowed in North America, the habitat of the falcons 
has improved. In combination, these circumstances 
have allowed a substantial population recovery of 
peregrine falcons in North America. In 1998, there 
were at least 1,600 breeding pairs. Because of the 
population recovery, in 1998 the U.S. Fish and 
Wildlife Service removed the peregrine falcon from 
its list of endangered species. It appears that this mag- 
nificent falcon is back from the brink of extinction in 
the continental United States. 
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I Perfect numbers 


A perfect number, in mathematics, is a whole 
number that is equal to the sum of its divisors includ- 
ing | but excluding the number itself. Thus, for exam- 
ple, 6 is a perfect number because | + 2 + 3 = 6. 
Likewise 28 is a perfect number because | + 2 + 3 + 
4+ 7+ 14 = 28. The terminology of perfect goes 
back to the ancient Greeks of Euclid of Alexandra’s 
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(c. 325—c. 265 BC) time who would personify numbers. 
Thus, if the sum of the divisors was less than the 
number, the number was called deficient. If the sum 
was greater than the number it was called abundant. 
The ancient Greeks had calculated the first four per- 
fect numbers: 6, 28, 496, and 8, and 128. 


Swiss mathematician Leonhard Euler (1707— 
1783)—who was born in Switzerland but worked in 
Germany and Russia—proved that every even perfect 
number is of the form 2?~' (2p —1) where p is a prime 
and 2? —1 is also a prime. He called a Mersenne prime 
in honor of French mathematician and philosopher 
Marin Mersenne (1588-1648), a Franciscan friar 
who often served as an intermediary in the corre- 
spondence between the most prominent mathemati- 
cians of his time. For example, if p = 2, a prime, then 
2P-! — 2? -1 = 4— | =3 isalsoa prime and 2?! (2? 
—1l) = 2 x 3 = 6 that, as has been seen is indeed a 
perfect number. If p = 3, the next prime, then 2? —1 = 
2? —1 =8 — 1 =7is again a prime. This gives 2? x 7 = 
4 x 7 = 28 which, as been seen, is also a perfect 
number. The first case where p is a prime but 2? — 1 
is not occurs when p = 11. Here we have 2'' —1 = 2048 
—1=23 x 89. 


The search for even perfect numbers, then, is the 
same as the search for Mersenne primes. As of October 
2006, 44 are known corresponding to p = 2, 3, 7, 13,..., 
756,839,.. ., 2378-66 9 (237:582:697 _ 1) where the last 
one, as well as some of the others, were found by com- 
puters. The largest of these, 277-87 x (23787697 _ 1) 
yields a perfect number of 19,616,714 digits. 


At the present time, no odd perfect numbers are 
known. It is suspected that none exist and this hypothesis 
has been tested by computers up to their limits but, of 
course, this does not constitute a proof that none exist. 


Roy Dubish 


l Performance-enhancing drugs 


The use of performance-enhancing drugs in ath- 
letics is considered a violation of both law and ethics. 
In addition, the use of performance-enhancing drugs 
can pose health dangers. Recognizing these dangers, 
many professional and amateur sporting organiza- 
tions are increasingly imposing their own standards 
for performance enhancement and monitoring partic- 
ipants to try to ensure athletic performance is deter- 
mined by natural talent and training excellence. 
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In the realm of Olympic sports, the World Anti- 
Doping Agency, which is headquartered in Montreal, 
Canada, is responsible for actively discouraging the 
use of illegal performance-enhancing drugs. A list of 
prohibited drugs is maintained and updated annually. 


Part of the agency’s efforts also involves the 
accreditation of analysis laboratories for the examina- 
tion of samples. The obtaining and analysis of urine 
and other samples is essentially a forensic process. The 
investigators delve back in time to determine what 
chemical methods might have been used to enhance 
performance. 


Performance-enhancing drugs may exert their 
effects in different ways. Some, like anabolic steroids, 
increase the mass and the strength of muscles. Bones 
can also be strengthened. Other drugs cause more oxy- 
gen to be delivered to muscles, which allows the 
muscles to perform at an intensity that could not 
otherwise be possible. Still other drugs can blunt 
pain, stimulate the production of chemicals that spur 
the body to greater levels of athletic activity, or reduce 
weight. Some drugs are even taken just to mask the 
presence of a performance enhancing drug. 


A number of drugs can be used to enhance the 
amount and strength of muscles. This list includes 
anabolic steroids, beta-2-agonists, human chorionic 
gonadotrophin, luteinizing hormone, human growth 
hormone, insulin-like growth factor, and insulin. 


A steroid is derived from cholesterol. Anabolic 
steroids, which build muscle and bone by stimulating 
protein production from muscle and bone cells, derive 
their name from the constructive process of anabolism 
(the opposite breakdown process is called catabolism). 


Anabolic steroids include testosterone, a hormone 
that predominates in men, and other steroids structur- 
ally similar to testosterone. As a result, these steroids, 
in addition to increasing the intensity and length of 
athletic training that muscles and bones can tolerate, 
enhance male reproductive and secondary sexual char- 
acteristics including development of testicles, body 
hair growth, and thickening of the vocal cords 
(females taking anabolic steroids can thus experience 
a deepening of their voices). 


Besides testosterone, other examples of anabolic 
steroids include dihydrotestosterone, androstenedione 
(commonly known as Andro), dehydroepiandroster- 
one, clostebol, and nandrolone. 


The gains in athletic performance bestowed by 
anabolic steroids come with a price. Mood swings 
and feelings of depression and aggression (commonly 
known as “roid rage”) can occur, as can liver damage 
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(L-R) Mark McGwire, former Oakland Athletics and St. Louis Cardinal, testifies as Rafael Palmeiro, current Baltimore Oriole and 
former Texas Ranger; and Curt Schilling (R), current Boston Red Sox, look on before the US House of Representatives 
Committee on Government Reform, “Restoring Faith in America’s Pastime: Evualuating Major League Baseball’s Efforts to 
Eradicate Steroid Use” March, 2005, on Capitol Hill. US lawmakers threatened to impose stricter anti-doping measures and 
revoke Major League Baseball’s anti-trust exemption unless the sport’s leaders take tougher measures to combat steroids. 
(Luke Frazza/AFP/Getty Images.) 


and jaundice. Males can become infertile and experi- 
ence breast growth, while females can develop facial 
and body hair and an altered or completely suppressed 
menstrual cycle. 


Beta-2 adrenergic agonists can be life saving to an 
asthmatic. When inhaled, they mimic the action of 
epinephrine and norepinephrine, which are secreted 
by sympathetic nerves, and cause airway muscles to 
relax, making breathing easier. However, when 
injected into the bloodstream, the agonists can help 
build muscle mass and stimulate the utilization of fat. 
The result is a leaner and stronger athlete, but an 
athlete who can be prone to nausea, muscle cramps, 
and even an irregular heartbeat. Examples of beta-2 
adrenergic agonists include clenbuterol, tertbutaline, 
salbutamol, fenoterol, and bambuterol. 


Human chorionic gonadotrophin (HCG) is pro- 
duced naturally by a developing fetus. Indeed, its 
detection is the basis of home pregnancy tests. HCG 
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functions to stimulate the development of male and 
female sex steroids. This is exploited as a muscle- 
boosting performance enhancer in male athletes via 
the increased production of testosterone. 


Luteinizing hormone (LH) is produced by the pitui- 
tary gland, which is located at the base of the brain. 
Normally, the peptide hormone regulates the level of 
testosterone in males and the ovulation-signaling estro- 
gen in females. In men, excess LH or synthetic forms of 
LH, such as tamoxifen, boosts levels of testosterone and 
so produces the increased muscle mass. 


Human growth hormone (HGH) is another natu- 
ral hormone that is produced by the pituitary gland. 
Normally, the hormone functions to promote growth 
in childhood and adolescence. But, when exploited as 
an athletic performance enhancer, the hormone builds 
muscle, strengthens bone, and stimulates the destruc- 
tion of fat. Side effects of deliberate misuse include: 
abnormal enlargement of the hands, feet, and face 
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(acromegaly); enlarged heart, kidneys, tongue, and 
liver; and heart malfunction. 


Both LH and HGH function to promote increased 
muscle mass. The enhanced athletic performance that 
can result comes at a potentially lethal price of low 
blood sugar (hypoglycemia). 


Muscles need a supply of oxygen to function. 
Supplying more oxygen increases the capacity of the 
muscles to perform. Protein hormones, artificial oxy- 
gen carriers, and blood doping (the addition of whole 
blood into an athlete) are all illicit means of increasing 
the oxygen content in tissues. 


A protein hormone called erythropoietin (EPO) is 
naturally produced and secreted by the kidneys when 
oxygen levels are low. The hormone stimulates bone 
marrow cells to manufacture red blood cells, which 
function to bind oxygen and ferry the molecule to 
tissues throughout the body. 


By boosting the oxygen levels in the body’s tissues, 
EPO can be a performance enhancer for athletes 
engaged in sports that require endurance (e.g., mara- 
thon runners, cyclists, and cross-country skiers), as 
opposed to the raw power of an activity like power 
lifting. 


While EPO does boost oxygen levels by up to 
10%, the increased number of red blood cells can 
thicken the blood. The blood, honey like in consis- 
tency, does not flow as well through blood vessels, 
which causes the heart to work harder. The risk of a 
stroke or heart attack is increased. 


Artificial oxygen carriers are synthetic com- 
pounds that mimic the oxygen-binding behavior of 
hemoglobin (the active component of the oxygen- 
binding red blood cell). They were initially conceived 
and made to help assist in conditions of clinical dis- 
tress, such as breathing difficulties experienced by 
premature infants or those whose lungs have been 
damaged. However, the compounds have been 
exploited in the quest for greater athletic excellence. 


The athletic benefits of artificial oxygen carriers 
are not clear. Moreover, this dubious benefit increases 
the risk of kidney damage, cardiovascular difficulties, 
and problems with the immune system. 


Blood doping, by transfusing whole blood to an 
athlete, increases the amount of blood in the body (or 
more precisely the number of oxygen-binding red 
blood cells) and the overall oxygen carrying capacity 
is increased. This process occurs naturally when ath- 
letes train at higher altitudes, where the oxygen con- 
tent in the air is less than at sea-level. 
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While altitude training is an ethically acceptable 
training practice, deliberate infusion of blood is not. 
Furthermore, injection of blood can cause infections 
and the increased amount of blood can cause similar 
problems as EPO. As well, if the infused blood is from 
someone else, there is a risk of acquiring a blood 
related infection such as Acquired Immunodeficiency 
Syndrome or hepatitis. 


Injury is a natural part of training and competi- 
tion. A natural part of injury is pain; the signal to cease 
whatever is causing the damage. Many injuries heal 
with time and therapy. But, pressure to continue the 
athletic activity can drive an athlete to dull the pain 
rather than to stop training. 


Narcotics including morphine, methadone, and 
heroin are effective at masking pain. They are, how- 
ever, very addictive and can disrupt the mental focus 
that can be vital to peak athletic performance. 


Adrenocorticotrophic hormone (ACTH) is pro- 
duced by the pituitary gland. Normally, ACTH stim- 
ulates the production of other hormones by an organ 
called the adrenal cortex. The hormones reduce 
inflammation and so can be used illicitly to ease the 
trauma of injured muscles. However, immediate side 
effects include stomach irritation and ulcers. In the 
longer term, bones and muscles can become weaker. 


Stimulants such as caffeine (the wake-up ingre- 
dient of coffee), cocaine, and amphetamines increase 
the beating of the heart, lung activity, and even brain 
activity. For an athlete, these physiological responses 
are manifest as increased alertness, decreased fatigue, 
and promotion of an aggressive, competitive attitude. 
Side effects include an irregular heartbeat and high 
blood pressure. 


Relaxants such as alcohol and marijuana decrease 
brain and nervous system activity. They can ease com- 
petition jitters. However, impaired focus and coordi- 
nation can undermine athletic performance. 


Beta-blockers are another illicitly used relaxant. 
They slow down the heartbeat, which can help lessen 
the movement of the hands and arms that occurs in 
concert with pumping of blood by the heart. Thus, 
they can be used by athletes competing in archery or 
shooting competitions, where steady hands can be a 
key to the first-place podium. 


Paradoxically, athletes may need to take drugs 
to hide the use of other illicit drugs. One example is 
epitestosterone. The compound is a natural form of 
testosterone. Testing for elevated levels of testosterone 
rely on the comparison of the levels of testosterone 
and epitestosterone. By artificially increasing the 
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levels of the latter, the presence of increased testoster- 
one can be masked. 


The tendency of blood to thicken because of the 
administration of agent like EPO can be masked by 
diluting the blood with additional fluid. This process is 
called plasma expansion. 


Organizations such as the World Anti-Doping 
Agency are actively engaged in testing samples 
obtained from athletes during training and following 
competition. 


Urine is most often tested. Illicit chemicals can be 
detected using the technique of gas chromatograph/ 
mass spectrometry, where individual components can 
be separated from one another based on their different 
rates of movement through a medium. 


Compounds including HCG, LH, and ACTH 
stimulate the production of antibodies by the body’s 
immune system. These antibodies are used to detect 
the presence of the compounds in urine samples. 


See also Hormones. 


Brian Hoyle 


| Periodic functions 


A periodic function is a function whose values 
repeat at regular intervals. Given an interval of length 
t, and a function f, if the value of the function at x + t 
is equal to the value of the function at x then f is a 
periodic function. In standard function notation this is 
written f(x + t) = f(x) (read “f of x plus t equals f of 
x”). The shortest length t for which the function 
repeats is called the period of the function. The num- 
ber of times a function repeats itself within a fixed 
space or time is called its frequency. The maximum 
value of the function is called the amplitude of the 
function. When the graphs of two functions having 
the same period and frequency repeat at different 
values of the independent variable (x), they are said 
to be phase shifted or out of phase, and the difference 
is called the phase angle. 


A function may be represented by a graph, which is 
a picture of how the value of the function (dependent 
variable) changes when the independent variable 
changes. Some of the more common periodic functions 
include the sawtooth, the square wave, and the trigono- 
metric functions (sine, cosine, and tangent) (Figure 1). 
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Many natural phenomena can be understood in 
terms of the repeating patterns of waves. For instance, 
sound travels in waves, energy changes propagate on 
the surface of liquids in the form of waves, light 
behaves like both a particle and a wave, radio signals 
(a form of “light”) travel as waves, and alternating 
current electricity behaves like a wave. All of these 
phenomena are described by periodic functions, some- 
times called wave functions. The sine and cosine func- 
tions derive from the lengths of adjacent sides of a 
right triangle (sides that meet to form a 90° angle), 
and describe how the lengths of these sides change 
when the hypotenuse (the side of a right triangle that 
is opposite the 90° angle), taken to be the radius of a 
circle with a length of 1 unit, is rotated through 360°. 
Because the hypotenuse can be rotated a full 360° as 
many times as desired, the length of each side will 
repeat itself as the hypotenuse is rotated twice, then 
three times, then four times, and so on. The sine func- 
tion (f(x) = sin x) describes how the length of the 
vertical side changes and the cosine function (f(x) = 
cos x) describes how the length of the horizontal side 
changes (Figure 2). 


It is interesting to see how the graphs of these 
functions change when the amplitude, period, and 
phase are changed (Figure 3). 


For both functions, the amplitude is changed by 
changing the radius of the circle, and the period is 
adjusted by multiplying the angle of rotation by a 
constant before determining the length of either side. 
Adding the value of a fixed angle to the angle of 
rotation before determining the length of a side, 
adjusts the phase. In general form, then, these func- 
tions are written f(x) = A sin (Bx + ©), or f(x) =A 
cos (Bx + C) where x is the angle of rotation, A 
determines the amplitude, B determines the period, 
and C determines the phase. 


With physical phenomena, it is often the case that 
the independent variable of interest is time. The period 
(t), then, has units of seconds, and the frequency (v) is 
the inverse (1/t) of the period. The wavelength (1) is the 
distance the wave travels in the time (t) that it takes to 
complete one period, and depends on the velocity with 
which the wave travels. Radio waves, for instance, 
travel at the speed of light (300,000 km/s). If your 
favorite radio station is 98.7 FM, then you can calcu- 
late the wavelength of the radio waves it broadcasts, 
since the call number corresponds to the frequency 
of the broadcast waves in MHZ (1 Hzis the equivalent 
of 1 cycle/s). The wavelength is given by the formula 
1 = v/v, where v is the velocity of the wave. The station 
at 98.7 on the FM dial is broadcasting radio waves 
that are approximately 9.8 ft (3 m) long. 
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Sawtoot 


Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Cosine 
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a. Amplitude change 


b. Period change 


c. Phase shift 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Amplitude—The maximum value of a periodic 
function. 

Frequency—tThe frequency of a periodic function 
is the number of times that it repeats itself in a fixed 
space or time. 

Period—tThe shortest length over which a periodic 
function does not repeat itself. 


Trigonometric —functions—Angular —_ functions 
which can be described as ratios of the sides of a 
right triangle to each other. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 
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y = 2sin x° 


y=sinx° 


7 = sin (x° + 90°) = cos x° 


y=sin x° 
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| Periodic table 


The arrangement of the chemical elements into 
periods (horizontal rows) and groups (vertical col- 
umns) is called the periodic table. The periodic table 
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is an essential part of the language of chemistry. It has 
much in common with a thesaurus, providing a guide 
to similarities and differences among the elements. 
From the way elements are organized in the periodic 
table, chemists can predict their behavior and write 
chemical formulas of compounds using just a few 
general guidelines. Using such rules is not the same 
as understanding why elements in certain areas the 
periodic table behave as they do, but the trends that 
arise from the arrangement of elements in the periodic 
table allows a chemist to remember useful facts about 
the types of compounds formed from specific elements 
and their chemical reactions. 


The elements in the table are represented by sym- 
bols (one, two, or three letters) in individual squares. 
Above each chemical symbol appears the atomic num- 
ber of the element. These whole numbers are the num- 
ber of protons present in the nucleus of that element. 
Below the element symbol appears the atomic mass, 
which is the average mass of all the isotopes of that 
element. The elements are arranged in order of 
increasing atomic numbers. Elements of the same 
group are found to have similar chemical properties. 


The ultimate effectiveness of the periodic table is 
that it arranges over one hundred individual elements 
so information about a given element is known merely 
by where it is found in the periodic table. The discov- 
ery that elements could be arranged in a periodic table 
was made by Russian chemist Dmitri Ivanovitch 
Mendeleev (1834-1907). Since its discovery in 1869, 
the periodic table has guided chemical research includ- 
ing the discovery of new elements. This ability to lead 
scientific inquiry over a 137-year span has contributed 
to the periodic table being considered one of the great- 
est scientific constructs. The magnitude of the scien- 
tific time span over which the periodic table has guided 
research is more strikingly illustrated when it is con- 
sidered that it has been used from a time prior to the 
discovery of the light bulb to a time after the start of 
the construction of the International Space Station, 
the operations of the NASA space shuttle fleet, and 
the early beginnings of the Chinese space program. 


Construction of the table 


The discovery of the individual elements was a 
necessary prerequisite for the construction of the peri- 
odic table. The first pure elements have been known 
since the time of the ancient Greeks who used the 
metallic elements gold (Au), silver (Ag), tin (Sn), copper 
(Cu), lead (Pb), and mercury (Hg). The first individual 
credited with the discovery of an element was German 
alchemist Hennig Brand (c. 1630-1710), a scientist who 
discovered the element phosphorous in 1649. 
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Mendeleev was born in Siberia and studied chem- 
istry at St. Petersburg Institute in Russia. He went on 
to become a science teacher and later a lecturer and 
researcher at the University of St. Petersburg. It was 
through his experience as a teacher that Mendeleev 
realized a classification system of the known elements 
was needed. Earlier attempts were made to order the 
known elements, but they suffered from either being 
too simplistic or led to inconsistencies that limited 
their usefulness. 


In the second half of the nineteenth century, data 
from laboratories in France, England, Germany, and 
Italy were assembled into a pamphlet by Italian chem- 
ist Stanislao Cannizzaro (1826-1910), a teacher in what 
is now northern Italy. In this pamphlet, Cannizzaro 
demonstrated a way to determine a consistent set of 
atomic weights, one weight for each of the elements 
then known. Cannizzaro distributed his pamphlet and 
explained his ideas at an international meeting held 
in Karlsruhe, Germany, in 1860, which was organized 
to discuss new ideas about the theory of atoms. 
When Mendeleyev returned from the meeting to St. 
Petersburg, Russia, he pondered Cannizzaro’s list of 
atomic weights along with an immense amount of 
information he had gathered about the properties of 
elements. Mendeleyev found that when he arranged 
the elements in order of increasing atomic weight, 
similar properties were repeated at regular intervals; 
they displayed periodicity. He used the periodic repe- 
tition of chemical and physical properties to construct 
a chart much like the periodic table currently in use. 


With the purpose of assembling the 63 known 
elements into an ordered system, Mendeleev wrote 
the elements’ names on individual cards. The cards 
also contained the atomic mass and specific gravity 
as well as other known chemical data for that element. 
By arranging the cards by increasing atomic mass in 
rows, and then in columns so that elements having 
similar chemical properties would lie under each 
other, the first periodic table was formed. 


Mendeleev’s predictions 


Mendeleev came to believe in his periodic table to 
such a degree that he changed the atomic mass of 
known elements so that they fit where they belonged 
in his table. He did this with no experimental evidence, 
only his belief in his table. In one such case he changed 
the atomic mass of beryllium (Be) from 14, which 
placed it in Group 15 above nitrogen (N), to 9. This 
placed it in Group 2 above magnesium (Mg) with 
which it was more closely related chemically. Even 
more daring was the fact that Mendeleev predicted 
the properties of undiscovered elements. Based on 
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gaps in the periodic table Mendeleev deduced that in 
these gaps belonged elements yet to be discovered. 
Based on other elements in the same group he pre- 
dicted the existence of eka-aluminum, eka-boron, and 
eka-silicon, later to be named gallium (Ga), scandium 
(Sc), and germanium (Ge), respectively. Mendeleev 
predicted the atomic mass of each element along with 
compounds they each should form. Within fifteen 
years of Mendeleev’s predictions, these elements were 
discovered, and their properties were found to closely 
match his predictions. These fulfilled predictions went 
a long way toward convincing any remaining doubters 
of the infallibility of the periodic table. 


Another change Mendeleev made based on chem- 
ical analogy and intuition was placing iodine (I) after 
tellurium (Te), even though the atomic mass of iodine 
was less than tellurium. This anomaly, along with the 
difficulty of where to place the inner transition metals, 
was a problem that would soon be definitively solved. 
At the time of the periodic table’s construction, little 
was known of atomic structure. With further scientific 
discoveries such as the existence of protons and the 
existence of electronic shells, these mysteries were 
explained and placed into their current places in the 
periodic table. 


Early in the twentieth century, work initiated by 
English physicist Joseph John Thomson (1856-1940) 
led to the discovery of the electron and, later, the 
proton. In 1932, English physicist James Chadwick 
(1891-1974) proved the existence of the neutron in 
the atomic nucleus. The discovery of these elementary 
particles and the experimental determination of 
their actual weights led scientists to conclude that 
different atoms have different weights because they 
contain different numbers of protons and neutrons. 
However, it was not yet clear how many subatomic 
particles were present in any but the simplest atoms, 
such as hydrogen, helium, and lithium. 


Refinement in the measurements of atomic mass, 
the ordering of the elements based on atomic number 
rather than atomic mass by British scientist Henry 
G.J. Moseley 1887-1915) in 1913, and the discovery 
of new elements have led to the continuing evolution 
of the periodic table. Moseley determined the fre- 
quency and wavelength of x rays emitted by a large 
number of elements. By this time, the number of pro- 
tons in the nucleus of some of the lighter elements had 
been determined. Moseley found the wavelength of the 
most energetic x ray of an element decreased system- 
atically as the number of protons in the nucleus 
increased. Moseley then hypothesized the idea could 
be turned around: he could use the wavelengths of x 
rays emitted from heavier elements to determine how 
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many protons they had in their nuclei. His work set the 
stage for a new interpretation of the periodic table. 


Moseley’s results led to the conclusion that the 
order of elements in the periodic chart was based 
on some fundamental principle of atomic structure. 
Because of Moseley’s work, scientists were convinced 
that the periodic nature of the properties of elements is 
due to differences in the numbers of subatomic par- 
ticles. As each succeeding element is added across a 
row on the periodic chart, one proton and one electron 
are added. The number of neutrons added is unpre- 
dictable but can be determined from the total weight 
of the atom. However, since Mendeleev’s time the 
character of the periodic table has remained basically 
unchanged, providing testament to the power of his 
original insight. 

After Moseley’s work, the idea that the periodic 
patterns in chemical reactivity might actually be due to 
the number of electrons and protons in atoms 
intrigued many chemists. Among the most notable 
was American physical chemist Gilbert Newton 
Lewis (1875-1946) of the University of California at 
Berkeley. Lewis explored the relationship between the 
number of electrons in an atom and its chemical prop- 
erties, the kinds of substances formed when elements 
reacted together to form compounds, and the ratios of 
atoms in the formulas for these compounds. Lewis 
concluded that chemical properties change gradually 
from metallic to nonmetallic until a certain stable 
number of electrons is reached. 


An atom with this stable set of electrons is a very 
unreactive species. However, if one more electron is 
added to this stable set of electrons, the properties and 
chemical reactivities of this new atom change dramat- 
ically: the element is again metallic, with the properties 
like elements of Group 1. Properties of subsequent 
elements change gradually until the next stable set of 
electrons is reached and another very unreactive ele- 
ment completes the row. 


Layout of the periodic table 


The first step in being able to use the information 
contained in the periodic table is to understand how it 
is arranged. Most periodic tables are similar to one 
another but to lessen confusion the periodic table 
shown in Figure | will be used. One of the first things 
that stands out is that the table is composed of metals, 
nonmetals, and metalloids. 


The metallic elements are familiar to people all 
through everyday living. From experience humans 
know that metals are shiny, conduct heat and electric- 
ity very well (think about electrical wires and pots and 
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Figure 1. The periodic table. Elements 113, 115, and 117 have not yet been discovered. The table above shows only their 


pans), can be formed into many different shapes (in 
other words, they are malleable), and can be drawn 
into wires (are ductile). The only metal that is not a 
solid at room temperature is mercury, which exists as a 
liquid and is often used in thermometers. The non- 
metal elements familiar to people include the atmos- 
pheric gases nitrogen and oxygen (O). Other 
important nonmetals, especially for the maintenance 
of life, are carbon (C), hydrogen (H), sulfur (S), and 
phosphorus (P). Most nonmetals are either gases or 
solids at room temperature and have properties oppo- 
site those of the metals. 


The placement of metals and nonmetals in the 
table, it should be noticed, is not random. The non- 
metals all occur on the right hand side of the table, 
while the metals occur on the left hand side. Moving 
across the table from metals to nonmetals the metal- 
loids (or semimetals) are encountered, which include 
boron (B), silicon (Si), germanium, arsenic (As), 
antimony (Sb), tellurium, and astatine (At). The 
properties of metalloids fall in between those of met- 
als and nonmetals. A familiar metalloid is silicon, the 
major material of which computer memory chips are 
made. 
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The periods, or horizontal rows, of the table are 
numbered on the left hand side from 1 to 7. The first 
period contains two elements, hydrogen and helium 
(He), the second period and third period each contain 
eight elements, while the fourth and fifth periods each 
contain 18 elements. 


The numbering of groups (the vertical columns, 
also known as families) follows two different conven- 
tions, both of which should be familiar. In the system 
commonly used in North America, Roman numerals 
and letters are used to denote the various groups. The 
alternate system, devised by the International Union of 
Pure and Applied Chemistry Convention (IUPAC— 
the same group responsible for certifying atomic masses 
and element names) in 1985, numbers the Groups from 
1 through 18. The IUPAC system is the system to which 
most countries are turning and this is the system used in 
this text. The alternative system numbering will be 
shown in parenthesis when applicable. 


In both systems the various groups in the periodic 
table are placed into families that consist of groups of 
related elements. These families are given the same 
name in each system. Groups | and 2 (IA, IIA) are 
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called the main group metals. Group 1 individually, is 
referred to as the alkali metals while Group 2 is called 
the alkaline earth metals. The Group 1| and 2 metals 
are both very reactive and readily form positive 
charged atoms (called cations) by losing electrons. 
Group | metals lose one electron to become + | cati- 
ons and Group 2 metals can lose two electrons to 
become + 2 cations. 


Groups 3 through 12 (refer to table to see alter- 
nate numberings) are referred to as the transition met- 
als. The transition metal family, unlike the main 
Group | and 2 metals, form cations of differing charge 
(from +1 to +3). Many transition metal compounds 
are colored. Groups 13 through 18 (IIIA through 
VIIA) are called the main group nonmetals. The 
inner transition metal family is comprised of two series 
called the lanthanides and actinides, neither of which 
are numbered in either system. 


As briefly explained before, each box, along with 
the symbol for the element, represents an individual 
element. Each element is characterized by a unique 
atomic number (the number that appears above the 
elemental symbol), which denotes the number of pro- 
tons in the nucleus of that atom. One can see that the 
number of protons determines the element. If an atom 
has six protons in its nucleus it is a carbon atom, while 
34 protons determine a selenium (Se) atom. Protons 
each carry a charge of +1, while electrons carry a 
charge of -1. Therefore, neutral elements must have 
equal numbers of protons and electrons. 


Also contained in each box is a number written 
below each elemental symbol. This number is the 
atomic mass number, the average atomic mass for a 
given element. It is an average because not all atoms 
of a given element have the same mass. While all 
atoms of the same element must have the same num- 
ber of protons, as mentioned above, they can differ in 
the number of neutrons they contain in the nucleus. 
Neutrons, as the name implies, are neutral particles 
found in the nucleus. These particles help to stabilize 
the atom by separating the positively charged protons 
in the nucleus. Some elements have only one possible 
combination of protons and neutrons, such as 
sodium. All sodium (Na) atoms consist of 11 protons 
and 12 neutrons. Atoms containing the same number 
of protons but different numbers of neutrons are 
referred to as isotopes. For example, there are two 
isotopes of carbon found in nature. Carbon-12 has six 
protons and six neutrons in its nucleus and a natural 
abundance of 98.889%, while carbon-13 has six pro- 
tons and seven neutrons with a natural abundance of 
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1.111%. By averaging the atomic mass of each iso- 
tope of carbon, the average atomic mass of 12.01 
atomic mass units, or amu (1 amu = 1.66 x 107’ 
kilograms), is calculated and appears under carbon 
in the periodic table. It is important to note that 
isotopes of the same element are in most instances 
chemically indistinguishable. 


Electronic structure 


At this point it should be clear what makes one 
element different from another (differing numbers of 
protons), but what makes them similar? What allowed 
Mendeleev to arrange the elements into a periodic 
table whereby elements with similar chemistry were 
placed one under the other? 


The last piece of atomic sub-structure needed to 
fully explain the arrangement of the elements of the 
periodic table is the electron configuration. It is the 
arrangement of the electrons around the nucleus that 
determines the degree and type of reactivity an element 
will exhibit. At the time that Mendeleev assembled 
the periodic table, electrons as well as the sub-atomic 
structure of the atom were yet to be discovered. Their 
discovery revealed the underlying principles upon 
which the periodic table is based. 


Elements that appear in the same group have the 
same valence shell electron configuration. Electrons 
are found in shells, or energy levels, around the 
nucleus of the atom. The farther the shell is from 
the nucleus, the higher the energy of its electrons. 
The valence shell is the outermost shell of an atom. 
The number of shells in an atom of an element can be 
determined by noting the number of the period in 
which that element is found. For example, potassium 
(K) is in Period 4, which means it has four electron 
shells. The valence shell is the fourth shell, and the 
farthest from the nucleus. Sodium is in Period 3, which 
means it has three shells. The valence shell is the third 
shell, which is closer to the nucleus than the fourth. By 
this reasoning, it is easy to see that the valence elec- 
trons in potassium must be of higher energy than the 
valence electrons in sodium. It is the electrons in the 
valence shell that are involved in chemical reactions. 
Electrons below the valence shell are considered core 
electrons and are not important when determining 
reactivity. To be able to fully use the table, subshells, 
which help describe the locations of an atom’s elec- 
trons, need to be briefly explained. 


As just discussed, the outermost electron shell of 
an atom is the same as the period in which an element 
is found. The shell can be thought of as a street name 
in the address of the electrons. Each of the families of 
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elements belongs to a particular subshell, which can be 
thought of as the house number in the address of the 
electrons. The valence electrons of the main group 
metals (Groups 1 and 2) are in the s subshell. The 
valence electrons of the main group nonmetals 
(Groups 13 through 18) are in the p subshells, the 
transition metal valence electrons are in the d sub- 
shells, while the inner transition metal valence elec- 
trons are in the fsubshells. The energy of the subshells 
increases, within the same shell, from s, then p, then d, 
and finally f- 


Each subshell contains orbitals, which are like the 
rooms of the house at the particular address of the 
electrons. Each orbital holds a maximum of two elec- 
trons. There is only one orbital in each s subshell, 
three orbitals in each p subshell, five orbitals in each 
d subshell, and seven orbitals in each f subshell. 
Therefore, the s subshell can hold two electrons, the 
p subshell can hold six electrons, the d subshell can 
hold 10 electrons, and the f subshell can hold 14 
electrons. 


To illustrate how these electronic properties are 
relevant to the periodic table the first three elements of 
Group 16, oxygen, sulfur, and selenium will be exam- 
ined. Each of these elements has a valence shell elec- 
tron configuration of s“p*, which means there are two 
electrons in the s subshell and four electrons in the p 
subshell. Although they are each in different periods, 
their electronic structure is the same and has similar 
chemistry. For example, the compound water has the 
formula H,O. Likewise there are the compounds H,S 
and H,Se. In a similar fashion, if told that the Group 
15 element nitrogen, with the valence shell electronic 
configuration s“p*, forms the compound NH; (called 
ammonia), can one infer the formula of the compound 
that forms between phosphorus and hydrogen? By 
analogy to NH3 one can expect the compound to 
have the formula PHs. It is by this same type of rea- 
soning that Mendeleev predicted the existence of the 
unknown elements. 


Group 18 in the periodic table, called the noble 
gases, are all very unreactive elements. They do not 
easily combine, if at all, with other elements. This 
indicates that there is some special stability to the 
electron configuration sp° that the noble gases pos- 
sess. When an element has the full shell configuration 
sp’ it is referred to as having an octet, or eight valence 
electrons. Much of the reactivity of the elements can be 
described as an attempt to achieve an octet. Since the 
noble gases naturally have an octet configuration, they 
do not need to react with other atoms to achieve this 
stable structure. 
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In the ionic compound sodium chloride (NaCl) 
one finds a positively charged sodium atom (Na° ) 
and a negatively charged chlorine atom (CI). If the 
valence shell electron configuration of each ion is 
examined, one can see that a chlorine atom, by gaining 
an extra electron, goes from a s*p° (Group 17) config- 
uration to the stable s“p® (Group 18) configuration of 
the chloride ion. The chloride ion is referred to as 
being isoelectronic (having the same electronic config- 
uration) with argon (Ar). The sodium atom (s’) can 
lose an electron to become a sodium cation with the 
stable s“p° configuration, making it isoelectronic with 
neon (Ne). 


Other trends 


There are general reactivity trends on the periodic 
table that are useful to know. Metals and nonmetals 
usually combine to form ionic compounds with the 
metal giving up an electron to become positively 
charged and the nonmetal element gaining an electron 
to become negatively charged. Nonmetals usually 
combine with one another to form covalent bonds in 
which the electrons are not fully transferred but are 
shared between the two elements. Examples of this are 
molecular oxygen O2, molecular chlorine Cl2, ammo- 
nia NH3, and carbon dioxide CO>. 


The degree of metallic character of an element can 
be estimated by that element’s location in the periodic 
table. Metallic character decreases moving from left to 
right across a period. This is clearly demonstrated in 
each of the first six periods where each period starts off 
with metallic elements, but ends with nonmetallic ele- 
ments. Metallic character is also found to increase 
moving down a group. This trend is most clearly dem- 
onstrated by Groups 14-16, although it is true for the 
other groups as well, for example, cesium (Cs) is more 
metallic than sodium. Each of the Groups 14-17 
begins with a nonmetal followed closely by a metalloid 
and eventually a metallic element. 


Another trend found in the periodic table is size. 
The atomic radii (the scientific term for the size of an 
atom) of the elements increases going down a group, 
while it decreases going across a period. See Figure 2. 


In the periodic table, the last naturally occurring 
element is element 92, uranium (U). Uranium is a 
radioactive element. Radioactive elements are unsta- 
ble and break down to form lighter elements and in the 
process give off energy. All of the elements that occur 
past uranium are artificially made, and are referred to 
collectively as the transuranium elements. 
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Period 1 


Period 2 


Period 3 


Period 4 


Period 5 


Period 6 


Figure 2. Size representation of the atomic radii of the main-group elements. (///ustration by Hans & Cassidy. Courtesy of Gale Group.) 


Recent and future research 


While the general form of the periodic table has 
withstood the test of time and should change very little 
in the future, alterations of the periodic table have been 
and continue to be made. One area that could see 
minor changes is the atomic mass. In the future, more 
accurate methods of measuring the mass of atoms may 
be invented. The magnitude of these changes, however, 
would be exceedingly small. 


The largest area of change in the periodic table will 
come from the artificially made creation of new chem- 
ical elements. Every element past uranium in the peri- 
odic table has been made by scientists in high-energy 
particle accelerators. The first transuranium element 
made was element 93, discovered by American scientist 
Edwin Mattison Macmillan (1907-1991) and P.H. 
Abelam at the University of California at Berkeley in 
1940. The two discoverers of this element named it 
neptunium (Np). 


The discovery of elements 95, americium (Am), and 
96, curium (Cm), caused a dilemma. It was thought that 
these new elements should be placed after element 89, 
actinium (Ac) in the d-block transition metal family. 
American chemist Glenn Theodore Seaborg (1912- 
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1999), Nobel Prize winner in 1951 for the discovery of 
plutonium (Pu) as well as nine other transuranium ele- 
ments, felt that they should be placed under the lantha- 
nides in a new group as part of the inner transition metal 
family. Further experimentation showed that they did 
belong in the inner transition metal family. The discov- 
ery of elements 104 through 111, which belong in the 
transition metals family, proved that the proposed 
groupings were correct. 


Unlike most of the naturally occurring elements, 
which can be handled and studied, the transuranium 
elements are all radioactive and break down incredibly 
fast. The synthesis and detection of transuranium ele- 
ments takes great technical expertise. In addition, the 
experimental machinery needed to do this work is 
extremely expensive as well as complicated, therefore 
only a few research centers in the world are involved in 
this area of study. 


The transuranium elements are synthesized by col- 
liding accelerated charged particles with heavy atoms 
(i.e., curium and lead). In certain collisions, the nuclei of 
the accelerated charged particles and the stationary 
heavy atoms will fuse to produce a new transuranium 
element. The lifetimes of these new elements are so 
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KEY TERMS 


Anion—A negatively charged ion (i.e., Cl). 

Atomic mass—The mass of an atom relative to 
carbon-12 (which has a mass of exactly 12 atomic 
mass units); also the mass, in grams, of an element 
that contains one mole of atoms. 

Atomic number—The number of protons in the 
nucleus of an atom. 

Cation—A positive ion (i.e., Na*). 

Covalent bond—A chemical bond formed when two 
atoms share a pair of electrons with each other. 
Electron—A negatively charged particle, ordinarily 
occurring as part of an atom. The atom’s electrons 
form a sort of cloud about the nucleus. 

Electron configuration—The arrangement of elec- 
trons in the occupied electron energy levels or sub- 
levels of an atom. 

Element—A pure substance that can not be changed 
chemically into a simpler substance. 

Family—A set of groups characterized by the same 
subshell. 

Group—A vertical column of the periodic table that 
contains elements possessing the same electronic 
configuration. 


short they often break down into other elements within 
fractions of a second and are detected only by their 
breakdown products, referred to as daughter elements. 


Recently, several new artificially made super- 
heavy elements have been discovered. These include 
elements 110 and 111, both of which were made in late 
1994 by an international team of scientists. These 
scientists performed this research at GSI, a research 
center for Heavy Ion Research Laboratory (HIRL) in 
Darmstadt, Germany. Element 110 was made by col- 
liding nickel atoms with an isotope of lead. 
Researchers in Russia have plans to make a different 
isotope of element 110 by colliding sulfur atoms with 
plutonium atoms. 


Element 112 was discovered in 1996 at HIRL, 
while element 113 was discovered in 2003 at Lawrence 
Livermore National Laboratory (LLNL) in California 
and the Joint Institute for Nuclear Research (JINR) in 
Dubna, Russia. Element 114 was discovered in 1998 at 
JINR, while element 115 was discovered in 2003 at 
LLNL and JINR. Element 116 was discovered in 
2000 at JINR. Elements 112 through 116 have yet to 
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lonic bond—The attractive forces between positive 
and negative ions that exist when electrons have 
been transferred from one atom to another. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Neutron—A subatomic particle with no electric 
charge. 


Nucleus—Small core at the center of atoms that 
contain the protons and neutrons. 


Octet (noble gas configuration)—The stable elec- 
tron configuration found with Group 18 elements, 
also referred to as the closed shell configuration. 


Period—Horizontal rows of the periodic table. 
Proton—Subatomic particle of +1 charge. 


Shell—Energy level within an atom. The period of an 
element determines the shell number. 


Subshell—Further energy levels found within a given 
shell. Elements in the same family share the same 
subshell. 


Transuranium—Term given to all the manmade ele- 
ments of greater atomic number than 92. 


be independently confirmed. Other super-heavy ele- 
ments, which have been predicted to exist (such as 
elements 117 and 118), have yet to be completely cre- 
ated in the laboratory, although research continues into 
the creation of these elements. 


Based on theoretical calculations some researchers 
believe that not all transuranium elements will be so 
unstable. Already, different isotopes of element 106, 
seaborgium (Sg) have been made that are stable for 
up 33 times longer than the original isotope discovered 
in 1974 (even at 33 times longer lifetime it only is stable 
for a maximum of thirty seconds). It is theorized that 
some isotopes of the yet to be made transuranium 
elements should be stable for very long periods of 
time, allowing them to be studied chemically. Many 
exciting discoveries remain to be uncovered concerning 
the creation of new elements, and with the periodic 
table as a guide, their place is already awaiting them. 


Names of the elements 


The naming and symbol of the elements in the 
periodic table is an interesting story itself. Many of 
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the element symbols are derived from the elemental 
name such hydrogen (H), oxygen (O), chlorine (Cl), 
and calcium (Ca). Other element symbols seem to bear 
no relationship to their name such as sodium (Na), tin 
(Sn), and lead (Pb). These elemental symbols all derive 
from the Latin name of the element: natrium, stan- 
num, and plumbum. Many of the elements have been 
named by their discoverer. 


The element phosphorus was named by its discov- 
erer for the property that it glows when exposed to air. 
Phosphorous in Greek means: I bear light. From the 
names of the elements such as francium (Fr), ameri- 
cium, europium (Eu), berkelium (Bk), and californium 
(Cf), it is clear that geographic locations were used to 
name them. Still other elements have been named to 
honor people. In this category falls element 101, men- 
delevium (Md), named to honor the discoverer of the 
periodic table. Others in this category include einstein- 
ium (Es) and nobelium (No), named after German— 
American physicist Albert Einstein (1879-1955) and 
Swedish inventor Alfred Nobel (1833-1896). 


At this time, to name an element a researcher or 
team of researchers must be certified by IUPAC as the 
discoverers of that element, at which time they are free 
to name the compound. The elements 104 through 109 
were subject to a naming controversy. The originally 
proposed names of these elements by IUPAC were, in 
order, dubnium, joliotium, rutherfordium, bohrium, 
hahnium, and meiterium. The names that appear on 
the current periodic table are, in order, rutherfordium 
(Rf), dubnium (Db), seaborgium (Sg), bohrium (Bh), 
hassium (Hs), and meitnerium (Mt). 


A particular controversy among these elements 
involved element 106 that researchers at Berkeley 
were credited with discovering by IUPAC. Following 
historical convention, the Berkeley researchers were 
free to name the element. They chose to name it sea- 
borgium, after Glenn T. Seaborg who contributed to 
the element’s discovery. IUPAC ignored the recom- 
mendations of the discoverers and suggested the name 
rutherfordium for element 106. A vote of the IUPAC 
Council in August 1995 resolved the issue, and now 
element 104 is called rutherfordium and element 106 is 
called seaborgium. 


As a final testament to the great respect with 
which the periodic table is held, it is instructive to hear 
Glenn T. Seaborg talk about the significance of having 
his name assigned to element 106: “A thousand years 
from now, seaborgium will still be in the periodic table, 
whereas the twentieth-century Nobel Prize-winners 
will seem a very small part of history.... This honor 
will last as long as civilization.” 
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See also Atomic weight; Element, chemical; 
Subatomic particles. 
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ll Permafrost 


Geologists define permafrost as soil or rock that 
remains frozen for a time period in excess of two years. 
The composition of permafrost can vary widely 
depending on the geology and geomorphology of the 
area in which the permafrost forms. Although ice is 
usually a component of permafrost (e.g., ranging from 
5% to 35% of the composition), contrary to popular 
assumptions, permafrost may contain few water ice 
crystals. 


About 20% of Earth’s surface is covered by 
permafrost. Permafrost occurs at high latitudes or 
very high altitudes in places where the mean annual 
soil temperature is below freezing. About half of 
Canada and Russia, much of northern China, most 
of Greenland and Alaska, and probably all of 
Antarctica are underlain by permafrost. Areas under- 
lain by permafrost are classified as belonging to either 
the continuous zone or the discontinuous zone. 
Permafrost occurs everywhere within the continuous 
zone, except under large bodies of water, and underlies 
the discontinuous zone in irregular zones of varying 
size. Fairbanks, Alaska, lies within the discontinuous 
zone, whereas Greenland is in the continuous zone. 


The surface layer of soil in a permafrost zone may 
thaw during the warmer months, and the upper layer 
of the frozen zone is known as the permafrost table. 
Like the water table, it may rise and fall according to 
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environmental conditions. When the surface layer 
thaws, it often becomes waterlogged because the melt- 
water can only permeate slowly, if at all, into the 
frozen layer below. Partial melting coupled with irreg- 
ular drainage leads to the creation of hummocky top- 
ography. Walking on partially thawed permafrost is 
difficult, because the surface is spongy, irregular, and 
often wet. Waterlogging also causes slopes in perma- 
frost areas to be unstable and prone to failure. 


Permafrost provides a stable base for construction 
only if the ground remains frozen. Unfortunately, 
construction often warms the ground, thawing the 
upper layers. Special care must be taken when building 
in permafrost regions, and structures are often ele- 
vated above the land surface on stilts. Much of the 
Trans-Alaska Pipeline is elevated on artificially cooled 
posts, and communities in permafrost regions often 
must place pipes and wires above ground rather than 
burying them. Even roads can contribute to warming 
and thawing of permafrost, and are generally built 
atop a thick bed of gravel and dirt. 


In addition developing special techniques to 
assure the stability of structures built in permafrost 
areas, a number of scientific studies are currently cen- 
tered on understanding potential relationships 
between carbon trapping and release associated with 
permafrost formation and melting to long-term global 
warming and cooling cycles. 


See also Geochemistry; Geologic time; Global 
climate; Soil conservation; Tundra. 


Permutations see Combinatorics 


[ Perpendicular 


The term perpendicular, in geometry, describes a 
pair of lines or planes that intersect each other at a 
90-degree angle. Perpendicularity is an important con- 
cept in mathematics, science, engineering, and other 
fields. A line L/ is perpendicular to a line L2 if the two 
intersect with congruent adjacent angles, which means 
that the angles are both equal to 90 degrees. Of course, 
a purely analytical definition of the term exists, also. If 
one defines the slope m of a line as rise over run, then 
m = (y2 — yl)/(x2 — x1). A pair of non-vertical lines 
Li and L2 are perpendicular if and only if m/m2 = -1. 

The concept of perpendicularity applies to any 
combination of lines and planes. Two or more planes 
can be perpendicular, or a line can be perpendicular 
to a plane, or to any number of parallel planes. 
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Sometimes the term orthogonal is used with the same 
meaning, although orthogonal is also used outside of 
geometry and perpendicular is not. In science and 
engineering, a line perpendicular to another line or a 
plane is often referred to as being normal to the plane, 
or simply called the surface normal. 


The concept of perpendicularity is a fundamental 
building block of geometry. It allows mathematicians 
and scientists to define figures such as squares and 
parallelpipeds, for example, and to draw conclusions 
about the relationships of the angles in certain types of 
figures such as triangles. The common x-y or xyz 
coordinate system on which geometrical figures and 
scientific data are plotted is defined by a set of perpen- 
dicular, or orthogonal, lines. The right triangles from 
which mathematicians define most of the basic rela- 
tionships of trigonometry are based on a pair of per- 
pendicular lines. Analytical geometry and vector 
calculus, which are an indispensable tool in engineer- 
ing and science, make continual use of the concept. 


Constructing a line perpendicular to another line 
is simple. Using a compass, measure equal distances 
both to the left (Ly) and to the right (Lp) of point P by 
putting the point of the compass on P and marking Ly 
and L pr. Then place the compass point on Ly and 
scribe a short arc, then place the compass point on 
Lp and find the arc that intercepts the first arc. The 
line that connects point P to intercept X is perpendic- 
ular to the original line L. 


Kristin Lewotsky 


Persimmon tree see Ebony 


l Personal digital assistant 


Overview 


Personal digital assistants (PDAs) are devices that 
combine a wide range of electronic functions in a 
handheld package. The most popular PDA as of 
2006 was the BlackBerry, which had sold at least 6.2 
million units since its introduction in 1999. The term 
“personal digital assistant,” invented in 1992 by the 
CEO of Apple Computer Corporation, John Sculley, 
is a play on the job title “personal assistant,” meaning 
an employee acting for a powerful person who is 
expected to carry out a wide range of useful tasks, 
from dealing with phone calls and emails to fetching 
coffee and making hotel reservations. 
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Personal digital assistant 


Business people using PDAs in cafe. (© Royalty-Free/Corbis.) 


Due to the ability of electronics makers to stuff 
functions into ever-smaller packages, a modern PDA 
can send and receive e-mail over wired or wireless 
networks, surf the Web, interface with a computer, 
send and receive phone calls, display videos, play 
music, and serve as a calculator, calendar, appoint- 
ment book, address book, game machine, global posi- 
tioning system unit, digital audio recorder, and digital 
still or video camera. In many of these areas, such as in 
photography, a PDA is less versatile and produces 
results of lower quality than a dedicated unit such as 
a digital camera; however, the convenience of owning 
the digital equivalent of a Swiss army knife appeals to 
many users. The primary real-world use of PDAs has 
been to keep people connected to their e-mail as they 
move about. 


History 


The PDA evolved slowly over decades through a 
long line of products, most of which are now extinct. 
Its original ancestor—still alive and well—was the 
pocket calculator, which first appeared in 1971. A 
pocket calculator is not usually considered a PDA 
because it offers only one type of function, numerical 
calculation, and does not allow for the input of alpha- 
numeric information (words as well as numbers). 


Within a few years of the appearance of the 
calculator, engineers with several companies were 
adding crude information-processing functions. The 
first units combining calculator and calendar-time- 
piece functions with text display appeared in 1976. 
These devices could not interface with any network 
(the public Internet would not exist to be interfaced 
with until the mid to late 1980s). At the same time, 
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researchers at the Palo Alto Research Center in 
California were experimenting with computers shrunk 
to briefcase size and Intel engineers filed for a patent 
on what they called a handheld “electronic dictionary 
and language interpreter” (which was not marketed 
until 1978). 


These devices were a far cry from today’s PDA. 
Possibly the first device to merit the term PDA was the 
Toshiba LC-836MN or Memo Note 30, released in 
1978. The LC-836MN could act as a calculator and 
store phone numbers and short, typed-in memoranda. 
It was patented as an “electronic calculation/memo- 
randum apparatus.” This was the first handheld 
device to be marketed that could create and retrieve 
text records. 


During the 1980s, features were added slowly but 
surely in more and more advanced PDAs. Units that 
could connect to telephone modems appeared in 1982. 
Some were marketed as miniaturized computers for 
scientists and engineers, while others were marketed as 
“organizers” for broader use. Handwritten character 
recognition appeared in 1980. (The user was required 
to write using a special block alphabet.) In 1993, the 
idea of marketing PDAs to the general public was 
pioneered by the Apple MessagePad, popularly 
known as the Newton. The Newton contained no 
truly novel features but offered a user-friendly inter- 
face. Instead of a keyboard, it allowed the user to write 
on its screen using their natural handwriting. Early 
models featured Apple serial ports for computer con- 
nectivity and could dial a computer via acoustic tele- 
phone modem. Due to flaws in its handwriting- 
recognition software and despite its instant fame, the 
Newton was not a commercial success. It was discon- 
tinued in 1999. 


The first massively successful PDA was the Palm 
Pilot, first released in 1996. It did not feature a keyboard, 
as some present-day models do, but a screen with touch- 
selectable function icons and written character recogni- 
tion. There was a small suite of control buttons at the 
bottom edge of the unit designed to be pressed by the 
user’s thumbs. So successful was the Palm Pilot that in 
many parts of the world the tradmarked phrase “Palm 
Pilot” is a synonym for PDA, much as the brand name 
“Kleenex” is a synonym for facial tissue. 


In the late 1990s and early 2000s, PDA sales bal- 
looned. The BlackBerry was introduced in 1999 and 
swiftly became the most popular PDA to date. (As of 
late 2005, it had about a quarter of total PDA market 
share.) Wireless Internet connectivity became stand- 
ard, and the line between “smart phones” and PDAs 
became blurred both technologically and marketwise. 
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Color screens, cameras, and the many other features 
named above were swiftly added. 


Possible drawbacks 


As of 2006, PDA evolution may have essentially 
plateaued, much as pocket calculator design did in the 
1980s. A pen-sensitive pad or a keyboard small 
enough to fit in the palm of the hand cannot be as 
useful for the input of large amounts of data as the 
full-size keyboard of a laptop computer, and a palm- 
size screen can never be as visually comfortable as a 
full-size screen for performing serious work. Further, 
there may be a finite number of data-processing func- 
tions that can be marketed to buyers in a handheld 
package. PDAs will probably continue to be popular, 
as have calculators, but will cease to be considered 
exciting, fast-changing, or cutting-edge. 


In slang, PDAs have sometimes been character- 
ized as “CrackBerries” because of their habit-forming 
or (allegedly) addictive properties—a joking reference 
to the crack form of cocaine, an addictive drug. Some 
people use their PDAs almost obsessively, checking 
their email with excessive frequency and performing 
other useless tasks. A few legal experts have warned 
that employees who form such “technology addic- 
tions” may sue their employers, although as of late 
2006 no such lawsuits had yet been filed. 


Another downside to PDAs is their ability to injure 
some users. According to the American Physical 
Therapy Association, if used improperly PDAS can 
“be a source of chronic pain and injury,” giving rise to 
repetitive stress injury involving pain or numbness in the 
thumbs and hand joints. The condition is informally 
called “BlackBerry Thumb.” 


Resources 
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! Personal music players 


A personal music player can be defined as any 
handheld, mobile device that reproduces music mainly 
for an audience of one. Transistor radios, miniature 
cassette and CD players, and portable MP3 digital 
audio players have all filled this market niche at differ- 
ent times. 


Transistor radios 


Hand-sized personal music systems did not 
become possible until the invention of the transistor 
in 1947. Previously, audio electronics depended on 
vacuum tubes, which were bulky and fragile. Tube- 
based, battery-powered radios were available in the 
1940s and 1950s, but were the size of larger toasters 
and could not be carried in one’s clothing. Transistors 
made miniaturization possible for the first time 
because they were smaller than tubes, required less 
power, and did not break easily. 


The first personal music player, Texas Instruments’s 
Regency TR-1 (for “transistor radio one”), appeared 
on the market in late 1954. Retailing at $49.95 (about 
$345.00 in 2005 dollars), the unit was capable of 
receiving mono AM broadcasts only. Many compet- 
ing models soon appeared, and millions of transistor 
radios were sold throughout the 1950s and beyond. 
They are still available today: it has been estimated 
that over seven billion transistor radios have been sold 
globally. Today all radios, portable or not, employ 
transistors, but the term “transistor radio” is still 
sometimes used to describe a handheld radio. 


The early transistor radios contained small, tinny 
speakers and mono earphone jacks. They could be 
propped up for listening within a range of a few feet, 
held directly against the ear, or listened to through a 
single-ear earphone. For the first time, many young 
people became immersed in personal, isolated musical 
worlds even in public places. 


Personal cassette players 


The next major step in the evolution of the per- 
sonal music player was the invention of the high-qual- 
ity miniaturized cassette tape player. In 1979, the 
Japanese company Sony was the first to market such 
a device, the Walkman TPS-L2. The Walkman offered 
high-quality stereophonic sound through headphones. 
For the first time, a jogger, biker, or student studying 
in a library could experience head-filling stereo sound 
without being heard by another person a few feet 
away. Cassette tapes, increasingly rare in the 2000s, 
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Pesticides 


Monk listening to iPod. (© Remi Benali/Corbis.) 


were small reel-to-reel magnetic tapes encased in flat 
rectangular boxes. The tape was divided into four 
parallel monaural tracks, two of which could be 
played going in one direction (“side A”) and two of 
which could be played going in the other (“side B”). 
Analog sound signals were encoded on the tape by 
shifting the magnetic orientation of particles on the 
surface of the tape. 


The Walkman had dozens of competitors within a 
year of its appearance. Other features soon appeared: 
built-in AM and FM radio, record capability, Dolby 
tape-hiss reduction. Prices dropped rapidly as sales 
volumes increased and the technology matured, fol- 
lowing the usual pattern for popular consumer- 
electronics gadgets. The Walkman II alone sold over 
2.5 million units. The word “walkman” became a 
recognized synonym for the personal cassette player. 


The compact disc (CD) for digital music was 
introduced in 1982. In 1984 Sony was the first to 
market a portable player for the new music medium, 
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the Discman. Portable CD players slowly overtook 
portable cassette players as CDs became the commer- 
cial music standard in the late 1980s and early 1990s. 


Digital audio players 


The next phase in the development of personal 
music systems was the elimination of removable 
media such as discs or cassettes in favor of built-in 
storage devices such as flash memory chips or mini- 
aturized hard drives (rotating magnetic disc storage). 
Instead of being confined to the amount of music that 
could be stored on a single disc or tape, the new players 
were limited only by the amount of memory they could 
carry. 


The first digital audio players units appeared in 
1997 in Japan and 1998 in the United States and else- 
where. In 2001, the Apple Corporation released its 
iPod, a hard-drive based device that offered a user- 
friendly computer interface through Apple’s freely- 
distributed software product, iTunes. Apple also pio- 
neered the online sale of individual songs, selling over 
a billion songs at $1 apiece through its iTunes store 
between April, 2003 (when the service was launched) 
and February, 2006. 


The memory capacity of digital audio players is 
rapidly increasing: as of 2006, 80 GB (gigabyte) hard 
drives were common. It had become possible to carry 
more music in one’s pocket than could be heard in 
weeks of around-the-clock listening. Flash media 
players storing music on nonvolatile random-access 
memory chips were also competitive, though offering 
far smaller memory capacity than hard-drive players. 
Small video screens were also becoming common- 
place, threatening to make the term “digital audio 
player” obsolete. “Digital media player” would be a 
more inclusive and accurate. 


Larry Gilman 


l Pesticides 


A pesticide is a chemical that is used to kill insects, 
weeds, and other organisms to protect humans, crops, 
and livestock. 


A broad-spectrum pesticide that kills all living 
organisms is called a biocide. Fumigants, such as eth- 
ylene dibromide or dibromochloropropane, used to 
protect stored grain or sterilize soil fall into this cat- 
egory. More typically, however, a pesticide has a 
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narrower range. Having the selective ability to kill just 
one or a few species is preferable to killing the majority 
of species, some of which are beneficial. There are 
several narrow spectrum pesticides. Herbicides kill 
plants; insecticides kill insects; fungicides kill fungi; 
acaricides kill mites, ticks, and spiders; nematicides 
kill nematodes (microscopic roundworms); rodenti- 
cides kill rodents; and avicides kill birds. 


Pesticides can also be grouped by their method of 
application (fumigation, for example, is dispersal as a 
gaseous vapor) or by their mode of action (an ovicide 
kills the eggs of pests). 


There are thousands of kinds of natural pesticides. 


Some pesticides are naturally produced. As one 
example, plants have been engaged for millions of 
years in chemical warfare with predators, most of 
which are insects. They have evolved a wide variety 
of complex protective mechanisms, many of which are 
toxic chemicals. Humans have probably known for a 
very long time that natural products such as nicotine 
from tobacco, turpentine from pines, pyrethrum from 
chrysanthemum species, and quinine from cinchona 
bark can provide protection from pests and parasites. 
Our diet contains a large number of such chemicals 
but ordinarily we have mechanisms to detoxify or 
excrete them so that they are not a problem. 


Many pesticides are synthetic. Indeed, the modern 
era of chemical pest control began in 1934 with the 
discovery of the insecticidal properties of DDT 
(dichloro-diphenyl-trichloroethane) by Swiss chemist 
Paul Miiller (1899-1965). It became extremely impor- 
tant during World War II in areas where tropical 
diseases and parasites posed greater threats to soldiers 
than did enemy bullets. DDT seemed like a wonderful 
discovery. It is cheap, stable, easily applied, and highly 
toxic to insects while being relatively nontoxic to 
mammals. It seemed like the magic bullet that would 
provide “better living through chemistry.” In 1948, 
Miller received a Nobel Prize for his discovery. It 
was quickly discovered, however, that this magic bul- 
let was not always benevolent. Within a short time, 
many beneficial organisms were exterminated by 
DDT, while the pests it was created to control had 
developed resistance and had rebounded to higher 
levels than ever. Furthermore, persistent chlorinated 
hydrocarbons such as this tend to be taken up by living 
organisms and concentrated through food chains until 
they reach toxic levels in the top carnivores such as 
birds of prey or game fish. Species such as peregrine 
falcons, brown pelicans, osprey, and bald eagles dis- 
appeared from much of their range in the eastern 
United States before DDT and similar persistent 
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pesticides were banned. Rachel Carson’s Silent 
Spring, possibly the most influential book in all of 
American environmental history, presents the argu- 
ment against excessive, widespread pesticide use. 


In spite of continuing worries about the dangers of 
pesticides, there was still a heavy dependence on them. 
The Environmental Protection Agency (EPA) reports 
that around 500,000 metric tons of pesticides are used 
in the United States every year. We rely on them for 
disease control, agricultural production, preservation 
of buildings and materials, elimination of biting and 
troublesome organisms, forest protection, and a host 
of other purposes. Pesticide advocates claim that with- 
out modern pesticides, we would lose as much as half 
of our harvest to pests and that the world would suffer 
widespread and calamitous famines. Pesticide oppo- 
nents argue that we could use cultural practices and 
natural pest predators or repellents to accomplish 
many of these same goals more safely and more cheaply 
than we now do with toxic synthetic chemicals. 


Several movements aimed at reducing pesticide 
use have gained adherents in the United States and 
around the world. Integrated pest management (IPM) 
is a flexible, ecologically-based, pest-control strategy 
that uses a combination of techniques applied at spe- 
cific times and aimed at specific crops and pests. It 
does not shun pesticides entirely but uses them judi- 
ciously when, where, and only in the minimum 
amount needed. It also employs biological controls 
(natural predators, resistant crop species) and practi- 
ces such as mechanical cultivation to reduce pest pop- 
ulations. Many consumers choose to buy organic 
foods grown without synthetic pesticides or fertilizers 
as a way of reducing their own personal exposure and 
to encourage growers to adopt environmentally sound 
production methods. 


| Pests 


Pests are any organisms that are considered, from 
the perspective of humans, to be undesirable in some 
ecological context. For example, pests could be insects 
that compete with humans for some common 
resource, such as agricultural production or timber. 
Other pests might be associated with diseases of 
humans, livestock, or agricultural plants. Pests could 
also be unwanted weeds that compete with agricul- 
tural plants for necessary resources. Or pests may 
merely have aesthetics that are viewed as undesirable, 
as is the case of weeds in a lawn. 
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Eight-spotted forester moth caterpillars devouring a poplar leaf. (JL Visuals.) 


When pests are abundant enough to cause dam- 
age that is considered to be unacceptable, the abun- 
dance of the pests may be managed in some way. For 
example, if wolves are considered to be an important 
predator of livestock or wild ungulates, they may be 
killed by shooting them or using poisons. The most 
important reason for plowing in agriculture is to 
reduce the abundance of weeds. Often pesticides are 
used, for example, to protect crops and livestock from 
diseases and depredations by fungi, insects, mites, 
nematodes, or rodents, to protect crop plants from 
competition with weeds, or to protect humans against 
the insect vectors of disease-causing pathogens. There 
are substantial benefits to humans of the use of most 
pest-management strategies. 


It is important to understand, however, that the 
very species that are considered pests may have desirable 
attributes in other contexts, or their values may at least 
be neutral. Therefore, whether an organism is viewed as 
a pest is entirely a matter of judgement, and the criteria 
generally focus on the needs and perspectives of humans 
(this is known as an anthropocentric viewpoint). 


The notion of contextually varying merits of 
organisms can be illustrated by considering the case of 
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plant pests, or so-called weeds. Weeds can be defined as 
any plant that interferes with the productivity of a 
desired crop plant, or with some other human purpose. 
Weeds can severely decrease the productivity of crop 
plants by competing with them for light, water, 
nutrients, and more broadly, space. Many studies in 
agriculture and forestry have demonstrated that weeds 
can significantly reduce the production of crops. For 
example, on unweeded plots in Illinois there was an 
average reduction of yield of corn of 81%, and a 51% 
decrease was observed in Minnesota. Weeds can also 
reduce the yields of wheat and barley, typically by 
25-50%. Weeds similarly cause decreased yields of 
other agricultural plants, and they can also be impor- 
tant in forestry, where they may interfere with the 
growth of desired species of trees. 


However, sometimes a particular species is a 
weed, and sometimes it is not. Consider, for example, 
the case of the red raspberry (Rubus strigosus). This 
species is considered an important weed in forestry in 
parts of North America, because it can quickly over- 
top young conifer plants and interfere with their 
growth. This reduces the length of time it takes until 
the next crop of trees is large enough to harvest from 
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the site. Because its competition with conifers can be 
interpreted in terms of substantial economic damage, 
the red raspberry is considered to be an important 
silvicultural weed, and its abundance may be managed 
using herbicides or manual weeding treatments. 
However, this same species can produce large quanti- 
ties of tasty fruits on the same site on which it is 
regarded, from the forestry perspective, to be a pest. 
The raspberry fruits can be beneficial as food to 
humans and to wild animals. The lush growth of red 
raspberry also helps to quickly restore improved aes- 
thetics to recently harvested forests, and the plant 
helps to reduce erosion and nutrient leaching from 
disturbed sites. In any event, the red raspberry has 
intrinsic value, regardless of any perceptions of its 
worth by humans. There are many other examples 
that demonstrate the fact that pests are only consid- 
ered as such in certain contexts, and from certain 
perspectives. 


Petal see Flower 


| Petrels and shearwaters 


Petrels and shearwaters are wide-ranging oceanic 
birds with a characteristic tubenose and other special- 
ized features that equip them well for a life spent mostly 
at sea. Found throughout the world, these long-lived 
colonial nesting seabirds include some 76 species in four 
families, all in the family Procellariidae of the order 
Procelliformes. These seabirds show a great range in 
body size, from the giant petrel with a 6 ft (2 m) wing- 
span to the robin-sized diving petrel. However, they are 
all fairly uniform in color, either all dark, or dark and 
light. The sexes are externally alike. While several spe- 
cies are globally endangered and a number of others 
quite rare, a majority are numerous and thriving. 


Distribution 


Most petrels and shearwaters nest on isolated 
islands in the southern oceans, some as far south as 
Antarctica. Several species, however, breed in Hawaii, 
the northwestern United States (including Alaska), 
Maine, and Canada. These birds frequently range far 
from their birthplace, covering thousands of miles in 
an endless search for food. The greater shearwater, for 
example, nests on the Tristan da Cunha Islands in the 
South Atlantic Ocean but may be found in the North 
Atlantic from Florida to Newfoundland during the 
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northern summer. Other species may spend months 
circumnavigating the Pacific. 


Life history 


Breeding in these seabirds occurs when an indi- 
vidual reaches sexual maturity, usually between three 
and seven years of age. After an elaborate courtship 
and mating, a single white egg is laid, usually in a 
burrow or crevice, although some of the larger mem- 
bers of this group lay eggs on bare ground. Adult birds 
show long term fidelity to their mates, and to their nest 
site. 


Incubation time varies from about 40 days in the 
smaller petrels to about 55 days or more in the larger 
species. Both sexes incubate and care for the chick, 
which is fed a regurgitated mixture of rich stomach oil 
and fishy remains. Chicks can store large deposits of 
fat between feedings, which may be at intervals from 
several days to a week. 


Chicks take their first flight when they reach 
46-100 days old. The young birds spend their first 
year at sea before returning to land to socialize and 
investigate future nesting sites. Petrels and shear- 
waters can live a relatively long life, reaching into the 
upper twenties. 


Adaptations 


Birds that spend most of their life flying over vast, 
windy stretches of ocean must have a variety of ways 
for dealing with the stresses and demands of such an 
existence, and petrels and shearwaters are remarkable 
in their adaptations. Most species have long narrow 
wings designed for gliding and soaring, while some of 
the smaller diving petrels have short stubby wings that 
work well in the underwater pursuit of fish. To watch 
these graceful birds “shearing” the wavetops with their 
stiff-winged, seemingly effortless flight, is to witness a 
true natural wonder. 


Characteristic tubular nostrils located on top of 
the bill serve as a means of expelling saline solution 
from their large salt glands, located internally near the 
eye sockets. The salt glands allow these birds to drink 
seawater without any harmful effects, since their kid- 
neys cannot produce concentrated urine. The horny 
structure of the exterior nostrils protects the internal 
nasal passageway from the irritating salt spray, and 
also serves as an opening to their very efficient olfac- 
tory organs. Petrels and shearwaters have an excellent 
sense of smell, which they use to find food, burrows, 
and other birds of their species. 
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Petroglyphs and pictographs 


These seabirds have oily, waterproof feathers and 
a dense undercoat of insulating down. Their webbed 
feet help them swim, and are also used, especially by 
the storm petrels, to patter upon the ocean surface in 
search of floating bits of food. 


The strong bill has a food-grabbing hook on the 
end, and the typical dark, or dark-and-light plumage 
helps them blend into a monochromatic landscape. 


The petrels and shearwaters have a characteristic 
musky odor arising from their stomach oils, which are 
used as a food for the young, as a defensive weapon 
(squirted when needed), and as additional waterproof- 
ing for their feathers. 


Food 


Some shearwaters and petrels dive to catch fish 
while other species feed on the surface of the ocean 
where they pick up crustaceans, macroplankton, fish, 
squid, and even garbage from ships. Giant petrels eat 
the young and eggs of other birds, and one may find a 
variety of procellariids feasting on the remains of a 
dead whale or seal. 


Conservation 


The introduction of non-native mammals, such as 
rats, pigs, dogs, and cats onto islands used by breeding 
seabirds has led to the large scale decimation of entire 
colonies. The Galapagos petrel (Pterodroma phaeopy- 
gia), for example, is now restricted to small remnant 
colonies on several islands in the Galapagos Islands 
of Ecuador. It is considered critically endangered 
due to dramatic population declines over the past 80 
years, although conservation efforts have somewhat 
stemmed the rate of decline. Another problem faced 
by some species is entanglement in fishing nets or 
snagging in long-lines set by fishing boats. These fish- 
ing technologies are killing huge numbers of some 
species of petrels and shearwaters, and are causing 
their populations to decrease in some regions. 
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KEY TERMS 


Down—Short, springy, and spread-out under- 
feathers on birds, which act as insulation by trap- 
ping dead air. 

Macroplankton—Larger, visible members of the 
free-swimming and floating organisms found in 
the surface waters of oceans such as shrimp, jelly- 
fish, and copepods. 
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f Petroglyphs and pictographs 


In archaeology, petroglyphs and pictographs are 
terms used to describe forms of rock art. Petroglyph is 
derived from the Greek words petros (stone) and 
glyphein (to carve). Pictograph, or pictogram, is a 
combination of the two words picture and graph, 
where picture is derived from the Latin word pictus 
(to paint) and graph is from the Greek word graphos 
(writing). Petroglyphs have been discovered in parts of 
Africa, Australia, southwestern North America, the 
Scandinavian countries, and the Siberia region within 
Russia and Kazakhstan. 


Petroglyph refers to a rock carving or etching, 
while the term pictograph is commonly applied to a 
rock painting. Typically, these features are found 
on the vertical or overhanging surfaces of large bould- 
ers and are sometimes associated with nearby settle- 
ments. However, they are often found isolated a great 
distance from living areas. Although both types of 
rock art can be traced back to early prehistoric times, 
their occurrence in historic contexts is not uncommon. 
In fact, many traditional aboriginal cultures in Africa 
and Australia still practice the art of rock painting. 


Origin and manufacture 


Some of the oldest known rock art features are 
pictographs in France and Spain; cave paintings made 
by the Cro-Magnon culture of early humans have been 


GALE ENCYCLOPEDIA OF SCIENCE 4 


dated to more than 30,000 years old. Protected from 
rain and sunlight in deep, underground passages, these 
features have withstood the ravages of time. Most of 
these colorful images are of animals such as deer and 
antelope, and are strikingly detailed and life-like. 


When humans migrated into North America some 
12,000 years ago, the practice of creating rock art was 
brought with them. As time progressed and people 
spread out across the Western Hemisphere so did the 
use of rock art. Eventually, nearly all of the more than 
200 distinct Native American tribes in North America 
used some form of rock art in ceremony. Interestingly, 
many of the artistic elements or patterns used in pet- 
roglyphs and pictographs are very similar among these 
many diverse groups. 


From historic cultures that continue to create 
rock art, we have learned that petroglyphs were 
made by using a hand-held stone as a chisel or hammer 
to etch designs into boulders. 


Pictographs, however, were considerably more 
complex to make because of the materials required 
for paint. Red pigments, which generally comprise 
the most common color found in rock paintings, 
were made from ground iron oxides obtained from 
the minerals hematite or magnetite. Talc, gypsum, or 
lime was used to make white; charcoal or graphite 
were employed for black; and copper ores were some- 
times used for greens and blues. 


These minerals were ground into fine powders then 
mixed with a resin, such as pine pitch. An oil base was 
sometimes added by grinding certain seeds or extracted 
from animal fat. Paints were applied either by fingers or 
with brushes made from the shredded end of a stick, 
animal fur, or fibrous plant leaves. 


Analysis of rock art 


There are, generally speaking, two ways to look at 
rock art: descriptively and comparatively. 


In descriptive analyses, information about a pre- 
historic culture is obtained from the picture motifs 
that appear in that culture’s art. Such information, 
which may pertain to social activities, economics, 
material culture, ideology, and environmental context, 
may not be available in other types of archaeological 
evidence. In the absence of other methods, the picture 
motifs may also provide a basis for dating the site and 
objects found there. 


As a cross-check to conclusions based on identifi- 
cation of picture motifs in prehistoric art, archaeolo- 
gists also analyze writings about the past that have 
survived. Another problem with trying to extract 
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information about a culture from the pictorial content 
of surviving rock art, is that the pictures, as drawn, were 
cultural interpretations of reality, and not true repre- 
sentations of the culture’s values, beliefs, and so on. 


Nevertheless, in some parts of the world, descrip- 
tive analyses of rock art have yielded important infor- 
mation about the animals, tools, weapons, economics, 
and social conditions in vanished cultures. 


Comparative analyses are based on selective pat- 
terns that show up in the observed distributions of 
rock art. For example, the geographical distribution 
of rock art sites may be highly patterned due to such 
factors as local geology, the way the sites were used, 
patterns of land use, and belief systems prevalent in 
the culture. 


Dating rock art 


A major limitation in rock art studies is that rock 
art can be difficult to date. The dating techniques 
currently in use fall into two broad categories: relative 
dating and absolute dating. 


Relative dating techniques include observations 
of patterns of chemical and physical weathering, evi- 
dence that art has been painted over, stylistic patterns, 
and variations in the spatial patterns of rock art indi- 
cating chronological sequences of site occupation. 


Absolute dating methods include analyses based 
on subjects depicted (e.g., representations of extinct 
animals), one-to-one mappings with datable deposits, 
dating of stratified deposits associated with the rock 
art, and the actual dating of the art itself. 


Occasionally, it has been possible to date rock art 
directly by chemically analyzing the organic materials 
that were used to draw it, for example, charcoal, plant 
fibers, and protein binders. A major problem with this 
approach, however, is that the sampling procedure 
damages the rock art to a certain extent. 


Dating technologies include standard radiocarbon 
dating, cationratio analysis (based on separate rates of 
leaching for the chemical constituents of desert var- 
nishes), amino acid racemisation (based on the decom- 
position rates of amino acids), optically stimulated 
luminescence (based on the length of time that quartz 
grains have been removed from sunlight), lichenometry 
(based on lichen growth rates), and micro-erosion anal- 
yses (based on weathering patterns). 


Current research 


Although pictographs and petroglyphs have 
withstood hundreds, perhaps thousands of years of 
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exposure, modern pollutants and vandalism, coupled 
with natural elements, have accelerated their destruc- 
tion. Recently, scientists have used microscopic 
mineral sampling to measure the types of chemical 
elements found in pictograph pigments. Addition- 
ally, studies have included the use of diversional water- 
sheds, shelters, and application of protective adhesives 
to prevent rock art erosion. The continuing study of 
chemical compositions and rates of panel decay could 
one day lead to the discovery of a proper means by 
which to preserve these features indefinitely. 


Randall Frost 


| Petroleum 


Petroleum is a term describing a variety of liquid 
hydrocarbons generally found in sedimentary rocks. 
Some scientists also include natural gas in their defi- 
nition of petroleum. The most familiar types of petro- 
leum are tar, oil, and natural gas. Petroleum forms 
through the accumulation, burial, and transformation 
of organic material, such as the remains of plants and 
animals, by chemical reactions over long periods of 
time. After petroleum has been generated, it migrates 
upward (by virtue of its buoyancy relative to ground- 
water) until it is either trapped underground by imper- 
meable rocks or seeps out onto Earth’s surface. 
Petroleum accumulates when it migrates into a porous 
rock called a reservoir that has an impermeable seal or 
cap rock that prevents the oil from migrating further. 


Petroleum reserves have been discovered in many 
areas. In the United States, the states of Alaska, 
California, Louisiana, Michigan, Oklahoma, Texas, 
New Mexico, and Wyoming are among the most 
important sources of petroleum. Other countries that 
produce great amounts of petroleum include Saudi 
Arabia, Iran, Iraq, Kuwait, Algeria, Libya, Nigeria, 
Indonesia, the former Soviet Union, Mexico, and 
Venezuela. 


Humans might have used torches made from 
pieces of wood dipped in oil for lighting as early as 
20,000 BC. At around 5000 BC, the Chinese appa- 
rently found oil when they were digging underground. 
Widespread use of petroleum probably began in the 
Middle East by the Mesopotamians, perhaps by 3000 
BC, and probably in other areas where oil seeps were 
visible at the surface of Earth. Exploration for petro- 
leum in the United States began in 1853, when George 
Bissell (1821-1884), a lawyer, recognized the potential 
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The 799-mi (1,286-km) long Trans-Alaska Pipeline is capable 
of transporting over 1.2 million barrels of oil per day. 
(Photograph. JLM Visuals.) 


use of kerosene, which is derived from petroleum, 
as lamp fuel. Bissell also recognized that boring or 
drilling into Earth, as was done to recover salt, might 
provide access to greater supplies of petroleum than 
surface seeps. In 1857, Bissell hired Edwin Drake 
(1819-1880), often referred to as Colonel Drake 
despite having worked as a railroad conductor, to 
begin drilling the first successful oil well, in 
Titusville, Pennsylvania. The well was drilled in 1859. 
Once the usefulness of oil as a fuel was widely recog- 
nized, exploration for oil increased. By 1885, oil was 
discovered in Sumatra, Indonesia. The famous gusher 
in the Spindletop field in eastern Texas was drilled in 
1901. The discoveries of giant oil fields in the Middle 
East began in 1908 when the company now known as 
British Petroleum drilled a well in Persia (now Iran). 
During World Wars I and I, oil became a critical 
factor in the ability to successfully wage war. 


Petroleum is among the most important natural 
resources. Modern society uses gasoline, jet fuel, 
and diesel fuel to run cars, trucks, aircraft, ships, and 
other vehicles. Home heat sources include oil, natural 
gas, and electricity, which in many areas is generated 
by burning natural gas. Petroleum and petroleum- 
based chemicals are important in manufacturing plas- 
tic, wax, fertilizers, lubricants, and many other goods. 
Thus, petroleum is an important part of many human 
activities. 


Types of petroleum 


Petroleum, including liquid oil and natural gas, 
consists hydrocarbons, which comprise hydrogen and 
carbon, with small amounts of impurities such as nitro- 
gen, oxygen, and sulfur. The molecules of hydrocar- 
bons can be as simple as that of methane, which consists 
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of a carbon atom surrounded by four hydrogen atoms, 
abbreviated as CH,. More complex hydrocarbons, 
such as naphthenes, include rings of hydrogen and 
carbon atoms linked together. Differences in the num- 
ber of hydrogen and carbon atoms in molecules as well 
as their molecular structure (carbon atoms arranged in 
a ring structure, chain, or tetrahedron, for example) 
produce numerous types of petroleum. 


Different types of petroleum can be used in differ- 
ent ways. Jet fuel differs from the gasoline that auto- 
mobiles consume, for example. Refineries separate 
different petroleum products by heating petroleum to 
the point that heavy hydrocarbon molecules separate 
from lighter hydrocarbons so that each product can be 
used for a specific purpose. Refining reduces the waste 
associated with using limited supplies of more expen- 
sive petroleum products in cases in which a cheaper, 
more plentiful type of petroleum would suffice. Thus, 
tar or asphalt, the dense, nearly solid hydrocarbons, 
can be used for road surfaces and roofing materials, 
waxy substances called paraffin can be used to make 
candles and other products, and less dense, liquid 
hydrocarbons can be used for engine fuels and lubri- 
cating oils. 


Sources of petroleum 


Petroleum is typically found beneath the surface 
of Earth in accumulations known as fields. Fields can 
contain oil, gas, tar, water, and other substances, but 
oil, gas, and water are the most common. In order fora 
field to form, there must exist both a reservoir of 
porous rock (generally sedimentary rock) and a seal 
consisting of an impervious geologic structure (such as 
a fault) or impervious strata to trap the petroleum. To 
find these features together in an area in which petro- 
leum has been generated by chemical reactions affect- 
ing organic remains requires many coincidences of 
timing of natural processes. 


Petroleum generation occurs over millions of 
years. In order for petroleum generation to form, 
organic matter such as dead plants or animals must 
accumulate in large quantities. The organic matter can 
be deposited along with sediments and then buried as 
more sediments accumulate. The organic-rich sedi- 
ments are compressed to form a source rock via a 
process known as diagenesis. After burial, chemical 
activity in the absence of oxygen allows the organic 
material in the source rock to change into petroleum. 
A good petroleum source rock is a sedimentary rock 
such as shale or limestone that contains between 1% 
and 5% organic carbon. Rich source rocks occur in 
many environments, including lakes, deep areas of the 
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seas and oceans, and swamps. The source rocks must 
be buried deep enough below the surface of Earth to 
heat up the organic material, but not so deep that the 
rocks metamorphose or that the organic material 
changes to graphite or materials other than hydro- 
carbons. Temperatures less than 302°F (150°C) are 
typical for petroleum generation, and the range of 
temperatures in which petroleum can be generated is 
known as the petroleum window. 


Once a source rock generates and expels petro- 
leum, the petroleum migrates from to a porous reser- 
voir rock that can store the petroleum. Sandstone, 
limestone, and highly fractured rocks can all serve as 
petroleum reservoirs. A good reservoir rock might 
have pore space that exceeds 30% of the rock volume. 
Poor quality reservoir rocks have less than 10% void 
space capable of storing petroleum. Rocks that lack 
pore space also tend to lack permeability, the property 
of rock that allows fluid to pass through the pore 
spaces of the rock. With very few pores, it is not likely 
that the pores are connected and less likely that fluid 
will flow through the rock than in a rock with larger 
or more abundant pore spaces. Highly porous rocks 
tend to have better permeability because the greater 
number of pores and larger pore sizes tend to allow 
fluids to move through the reservoir more easily. The 
property of permeability is critical to producing petro- 
leum: If fluids can not migrate through a reservoir 
rock to a petroleum production well, the well will 
not produce much petroleum and the money spent to 
drill the well has been wasted. In some cases, fluids 
are pumped under great pressure into poor quality 
reservoir rocks in order to fracture the rock and 
increase permeability. This procedure is known as 
hydrofracturing. 


Petroleum reservoirs are generally sealed by a less 
porous and permeable rock known as a seal or cap 
rock, which prevents the petroleum from migrating 
further. Rocks like shale and salt provide excellent 
seals for reservoir rocks because they do not allow 
fluids to pass easily. Seal-forming rocks tend to be 
made of small particles of sediment that fit closely 
together so that pore spaces are small and poorly 
connected. The permeability of a seal must be virtually 
zero in order to retain petroleum in a reservoir rock for 
millions to hundreds of millions of years, the time span 
between formation of petroleum to the discovery and 
production of many petroleum fields. Likewise, the 
seal must not be subject to forces within Earth that 
might cause fractures or other breaks in the seal to 
form. 


Reservoir rocks and seals work together to form a 
trap for petroleum. Typical traps for petroleum 
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include buried hills shaped like upside-down bowls 
below the surface of Earth, known as anticlines, or 
traps formed by faults along which rock has been 
pulverized to form a seal. Abrupt changes in rock 
type can form good traps, such as sandstone deposits 
next to shale deposits, especially if a sand deposit is 
encased in a rock that is sufficiently rich in organic 
matter to act as a petroleum source and endowed with 
the properties of a good seal. 


An important aspect of the formation of petro- 
leum accumulations is timing. The reservoir must have 
been deposited prior to petroleum migrating from the 
source rock to the reservoir rock. The seal and trap 
must have been developed prior to petroleum accumu- 
lating in the reservoir, or else the petroleum would 
have migrated farther. The source rock must have 
been exposed to the appropriate temperature and 
pressure conditions over long periods of time to 
change the organic matter to petroleum. The necessary 
coincidence of several conditions is difficult to achieve 
in nature. 


Petroleum exploration and production 


Petroleum exploration and production activities 
are performed primarily by geologists, geophysicists, 
and petroleum engineers. Geologists look for areas 
likely to have the necessary combination of source 
rocks, reservoir rocks, and geologic history to accu- 
mulate large amounts of petroleum. They examine the 
rocks at the surface of Earth and information from 
wells drilled in the area. Geologists also examine sat- 
ellite images of large or remote areas to evaluate the 
rocks more quickly. 


Geophysicists examine seismic data, which are 
derived from recording waves of energy introduced 
into the rock layers of Earth through explosions or 
other means, to determine the shape of the rock layers 
beneath the surface and whether or not traps such as 
faults or anticlines exist. 


Once the geologist or geophysicist has gathered 
evidence of potential for a petroleum accumulation, 
called a prospect, an engineer assists in determining 
how to drill a well or wells to assess the prospect. 
Drilling a well to explore for petroleum can cost as 
little as $100,000 and as much as $30,000,000 or more, 
depending on how deep the well must be drilled, what 
types of rocks are present, and how remote the well 
location is. Thus, the scientists must evaluate how 
much the well might cost, how big the prospect 
might be, and how likely the scientific predictions are 
to be correct. In general, approximately 15% of explo- 
ration wells are successful. 
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Once a successful exploration well has been 
drilled, the oil or gas, or both, are pumped to the 
surface through the well. At the surface, the petroleum 
either moves through a pipeline or is stored in a tank 
or on a ship until it can be sold. 


Petroleum reserves 


Estimates of the amount of recoverable oil and 
natural gas in the United States are 113 billion barrels 
of oil and 1,074 trillion cubic feet of natural gas. 
Worldwide estimates of recoverable oil and natural 
gas are | trillion barrels of oil and 5 quadrillion cubic 
feet of natural gas. These worldwide reserves are 
expected to supply 45 years of fuel at current produc- 
tion rates with expected increases in demand. 
However, such estimates do not take into account 
reserves added through new discoveries or through 
the development of new technology that would allow 
more oil and natural gas to be recovered from existing 
oil and natural gas fields. 


Daily consumption of oil in the United States 
exceeds 17 million barrels of oil per day, of which 
approximately 7 million barrels are in the form of 
gasoline for vehicles. Over half the petroleum con- 
sumed in the United States is imported from other 
countries. While the United States has large reserves 
of petroleum, the undiscovered fields that remain tend 
to be smaller than the fields currently producing petro- 
leum outside of the United States. Thus, less expensive 
foreign reserves are imported to the United States. 
When foreign petroleum increases in price, more explo- 
ration occurs in the U.S. as it becomes more profitable 
to drill wells in order to exploit smaller reservoirs. 


Current research 


Current research in petroleum includes many dif- 
ferent activities. Within companies that explore for 
and produce petroleum, scientists and engineers try 
to determine where they should explore for petroleum, 
how they might recover more petroleum from a given 
field, and what types of tools can be lowered into wells 
in order to enhance our understanding of whether or 
not that individual well might have penetrated an oil 
or gas field. They also study fundamental processes 
such as the deposition and diagenesis of sedimentary 
rocks form, the response of rocks to tectonic stress, 
and the evolution of life on Earth. The United States 
Geological Survey (USGS) evaluates petroleum 
reserves and new technology to produce oil and gas. 
The federal government operates several facilities 
called Strategic Petroleum Reserves that store large 
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KEY TERMS 


Barrel—A unit of volume typically used for oil. A 
barrel contains 42 gal (160 L). 


Field—An accumulation of oil or natural gas (or 
both) that can be produced, usually for a profit. 


Hydrocarbon—Compound made from atoms of 
hydrogen and carbon. Methane (CH,4) and propane 
(C3Hg) are simple, gaseous hydrocarbons. Oil can vary 
from tar to very light liquid hydrocarbon to natural gas. 


Natural gas—Gaseous hydrocarbon. 
Oil—Liquid hydrocarbon. 


Petroleum—Substances made of hydrogen and car- 
bon compounds (hydrocarbons), typically also con- 
taining impurities such as nitrogen, sulfur, and oxygen. 


Reservoir rock—A rock that has sufficient pore 
space and connection between pores to allow oil 
or gas to be stored in the rock and to flow out of the 
rock. Sandstones and limestones can be excellent 
reservoir rocks. 


quantities of petroleum for use in times of supply 
crisis. 


Petroleum exploration specialists are using a type 
of geophysical data known as three-dimensional seis- 
mic data to study the structures and rock types below 
the surface of Earth in order to determine where explo- 
ration wells might successfully produce petroleum. 
Geochemists are assessing the results of studies of the 
chemistry of the surface of Earth and whether or not 
these results can improve the predictions of scientists 
prior to drilling expensive exploratory wells. 


Significant recent discoveries of petroleum have 
been made in many areas of the world: Algeria, Brazil, 
China, Egypt, Indonesia, the Ivory Coast, Malaysia, 
Papua New Guinea, Thailand, the United Kingdom, 
and Vietnam, among others. In the United States, 
the Gulf of Mexico, Gulf Coast states, California, 
and Alaska continue to attract the interest of 
explorationists. 


See also Air pollution; Fossil and fossilization; 
Internal combustion engine; Oil spills; Plastics. 


Resources 


BOOKS 


Blatt, H., R. Tracy, and B. Owens. Petrology: Igneous, 
Sedimentary, and Metamorphic. New York: Freeman, 
2005. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Seal—Rock made of fine particles and having little 
pore space or connection between pores that pre- 
vents fluids from leaking out of a reservoir rock. 
Shale and salt provide some of the best seals for 
petroleum reservoirs. 


Sedimentary rock—Rock formed by deposition, 
compaction, and cementation of weathered rock or 
organic material, or by chemical precipitation. Salt 
and gypsum form from evaporation and precipita- 
tion processes. 

Source rock—Sedimentary rock containing suffi- 
cient organic matter (0.5-5% organic carbon from 
organic matter in a source rock is typical) to generate 
petroleum. 


Trap—A structure in which petroleum can accumu- 
late and be stored. Anticlines (dome shaped struc- 
tures below the surface of Earth) can form good traps. 
Traps can also form along faults and in areas where 
rock types change rapidly. 
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The pH of a solution is a measure of the hydro- 
nium ion (H;0*) concentration in that solution. 
The hydronium ion in a solution results from the 
self-ionization of water. In other words, because 
hydronium ions are formed from H* ions and water 
molecules, pH is also expressed as the concentration of 
hydrogen ions (or, positively charged hydrogen 
atoms) of a solution. The pH is measured on a scale 
from 0 to 14. Therefore, the pH is a measure of the 
acidity or alkalinity of a solution based upon the dis- 
sociation of water. The variability of pH can have a 
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pH values of common household products 


Substance Approximate pH H3;0* 


battery acid 1M 
(sulfuric acid) 


1x 107M 
3x 10°M 
1x 10°M 
1x 107M 
borax 1x ~M 
1x-"M 


lemon juice 
vinegar 
coffee 
distilled water 


household ammonia 
solution 


1M NaOH 
(sodium hydroxide, lye) 


1x -“M 


Approximate pH of Various Substances. (Thomson Gale.) 


dramatic effect on biological or physical chemical 
reactions (e.g., geochemical weathering processes). 


The abbreviation pH is derived from the French 
term pauvoir hydrogéne, which means hydrogen 
power. The pH scale was developed by Danish chemist 
Soren Peter Lauritz Sorensen (1868—1939) in 1909. It is 
generally presented as ranging from 0-14, although 
there are no theoretical limits on the range of the 
scale (e.g., there are substances with negative pHs 
and with pHs greater than 14) the range is generally 
cited as being from pH=0 to pH=14. 


A solution with a pH of less than pH = 7 is acidic 
and a solution with a pH of greater than pH = 7 is basic 
(alkaline). The midpoint of the scale, 7, is neutral. The 
lower the pH of a solution, the more acidic the solution 
is and the higher the pH, the more basic it is. 


Mathematically, the potential hydronium ion 
concentration (pH) is equal to the negative logarithm 
of the hydronium ion concentration: pH = —log 
[H30°°. The square brackets indicate the concentra- 
tion of, in moles per liter. [H30*’ represents the hydro- 
nium ion—esentially a water molecule with a proton 
attached. Thus, [H,;0~” indicates the concentration of 
hydronium ions in moles per liter. Hydronium ions are 
important participants in chemical reactions that take 
place in aqueous (water, H30) solutions. 


Water is a weak electrolyte. Through a process 
termed self-ionization, a small number of water mole- 
cules in pure water dissociate (separate) in a reversible 
reaction to form a positively charged H* ion and a 
negatively charged OH ion. In aqueous solution, as 
one water molecule dissociates, another is nearby to 
pick up the loose, positively charged, hydrogen proton 
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to form a positively charged hydronium ion (H30°). 
The water molecule that lost the hydrogen proton— 
but that kept the hydrogen electron—becomes a neg- 
atively charged hydroxide ion (OH). 


In dilute solutions, the product of the hydronium 
ion concentration and the hydroxide ion equals the ion 
product (K,,) or dissociation constant (K, = 
1.0x107'* at 25°C). Calculations of pH using the ion 
product yield a number between 0 and 14—the stand- 
ard pH scale. 


In a sample of pure water, the concentration of 
hydronium ions is equal to 1 x 1077 moles per liter 
(0.0000001 M). The equilibrium (balance) between 
hydronium and hydroxide ions that results from self- 
ionization of water can be disturbed if other substances 
that can donate protons are put into solution with water. 


The pH of solutions may be measured experimen- 
tally with an electronic pH meter (highly accurate pH 
meters can measure to 0.001 pH units) or by using acid 
base indicators, chemicals that change color in solu- 
tions of different pH. A crude but common test for pH 
involves the use of hydrion paper strips (litmus paper) 
that undergo changes similar to those found in indica- 
tor solutions. For example, red litmus paper turns blue 
in a basic solution. 


Sometimes it is necessary to maintain a solution at a 
constant pH. This is especially true in bodily fluids such 
as blood, which needs to be kept neutral (between a pH 
of 7.35 and 7.45). If the pH of blood is allowed to vary 
outside of this range, serious illness or death may occur. 
Buffers are substances that control the pH of a solution. 
A buffer is usually a mixture of acids and bases. This 
mix of acids and bases allows the buffer to release or 
absorb hydronium ions, which keeps the pH of a solu- 
tion constant. The most common buffers are mixtures of 
weak acids and their conjugate bases. A buffer cannot 
keep the pH of a solution under absolute control under 
all conditions. There is a limit to the ability of a buffer to 
maintain a constant pH, called the buffer capacity. In 
general, the greater the concentration of buffer in a 
solution, the greater the buffer capacity. 


See also Acids and bases. 


} Phalangers 


Phalangers are a small group of arboreal mam- 
mals belonging to the family Phalangeridae, of which 
26 species are recognized in six genera. Phalangers, 
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more commonly known as possums and cuscuses, are 
marsupials but with a vague resemblance to some 
monkeys. Indeed many early European explorers 
thought that they were monkeys. These species occur 
in Australia, New Guinea and adjacent islands west to 
Sulawesi (Indonesia) and east to the Solomon Islands. 
New Guinea is thought to be the main center for 
evolution of these species with eight species repre- 
sented. In addition to their natural range, some species 
have been introduced, such as the brushtail possum 
(Trichosurus vulpecula) to New Zealand (for their val- 
uable fur) and the common cuscus (Phalanger orienta- 
lis) to the Solomon Islands. 


Phalangers are short, compact animals with 
thickly furred bodies. A wide range of colors occur 
from the predominantly reddish brown fur of the 
common cuscus to the pure white coat with dark 
spots of the spotted cuscus (Spilocuscus maculatus) 
and the strikingly marked black-spotted cuscus 
(S. rufoniger), the largest of all phalangers with a 
black back, orange-russet limbs, white underside 
and russet and white head. In most species the short 
ears are concealed by the thick fur. Their limbs are 
adapted to climbing, with sharp, curved claws for 
climbing and clawless, but opposable, first hind toes 
that assist with grasping small branches. They also 
have a strong prehensile tail, which is usually bare 
towards the tip. Phalangers are most active at night— 
their large, forward-pointing eyes enable them to 
receive sufficient light to guide them through the 
tangle of branches and leaves in the forest canopy. 
A wide range of food items are taken, including 
young leaves, buds, shoots, fruit, and occasionally 
insects, birds eggs, and small lizards. 


Little is known about the social behavior of many 
of these species. Phalangers are probably capable of 
breeding throughout the year, but apart from when 
females are receptive to breeding, they all appear to be 
solitary animals, occupying a range of 7.5—20 acres (3— 
8 ha), depending on food, shelter and population den- 
sity. In the wild, phalangers are relatively long-lived 
animals, with some living up to 13 years of age. 


Possums and cuscuses are well-known to 
humans—possums, in particular, for the economic 
damage they cause in timber plantations, as well as 
for their crop-raiding habits. In New Zealand, the dam- 
age caused to native vegetation has also been signifi- 
cant, as most of these trees evolved in the absence of 
foliage-feeding animals and are therefore unable to 
produce enough toxins to repel attack. It is also thought 
that the common brushtail may spread tuberculosis, 
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which has led to a major eradication scheme of this 
species in New Zealand. 


As they rarely come down to the ground, possums 
and cuscuses have few natural predators, apart from 
large birds of prey and snakes. Human activities are 
thought to have had a major impact, at least on certain 
species, through habitat destruction which, in certain 
cases, is made worse by hunting pressure. Although 
the precise conservation status of most species is still 
uncertain, at least two species—the Telefomin cuscus 
(Phalanger matanim) of Papua New Guinea and the 
black-spotted cuscus of Papua New Guinea and 
Indonesia—are considered endangered by the IUCN. 
These two species appear to be threatened by defor- 
estation, habitat degradation, and, possibly, over- 
hunting. Another species about which very little is 
known is the scaly-tailed possum (Wyulda squamicau- 
data)—the only species in its genus—known from 
northwestern Australia. In New Guinea, most species 
of cuscus are hunted for their meat and prized fur 
which is worn at special ceremonies. It is essential 
that appropriate conservation measures are taken to 
protect the native habitat of all of these species and to 
fully evaluate the extent of threats facing them from 
habitat loss and hunting. 


l Pharmacogenetics 


Pharmacogenetics refers to the study of the rela- 
tionship between inherited genes and the ability of the 
body to metabolize drugs. Specifically, pharmacoge- 
netics focuses on the connections between the genes 
carried by an individual (genotype) and specific reac- 
tions to drugs such as side effects and toxicity. 


Modern medicine relies on the use of therapeutic 
drugs to treat disease, but one of the longstanding 
problems has been the documented variation in 
patient response to drug therapy. The recommended 
dosage is usually established at a level shown to be 
effective in 50% of a test population, and based on the 
patient’s initial response, the dosage may be increased, 
decreased, or discontinued. In rare situations, the 
patient may experience an adverse reaction to the 
drug and be shown to have a pharmacogenetic disor- 
der. The unique feature of this group of diseases is that 
the problem does not occur until after the drug is 
given, so a person may have a pharmacogenetic defect 
and never know it if the specific drug required to 
trigger the reaction is never administered. 
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As a historical example, during the Korean War 
(1950-1953), service personnel were deployed in a 
region of the world where they were at increased risk 
for malaria. To reduce the likelihood of acquiring that 
disease, the antimalarial drug primaquine was admin- 
istered. Shortly thereafter, approximately 10% of the 
African-American servicemen were diagnosed with 
acute anemia and a smaller percentage of soldiers of 
Mediterranean ancestry showed a more severe hemo- 
lytic anemia. Investigation revealed that the affected 
individuals had a mutation in the gene that codes for 
an enzyme called glucose 6-phosphate dehydrogenase 
(G6PD). Functional G6PD is important in the main- 
tenance of the proper balance of certain molecules in 
cells. Usually, a mutation that eliminates the normal 
enzyme function can be compensated for by other 
cellular processes. However, people with a G6PD 
gene mutation experience difficulty when their cells 
are stressed such as when the primaquine is adminis- 
tered. The system becomes overloaded, and the result 
is oxidative damage of the red blood cells and anemia. 
Clearly, both the medics who administered the prima- 
quine and the men who took the drug were unaware 
of the potential consequences. Fortunately, once the 
drug treatment was discontinued, the individuals 
recovered. 


Drugs are essential to modern medical practice, 
but, as in the cases of malignant hyperthermia and 
G6PD deficiency, it has become clear that not all 
individuals respond equally to each drug. Reactions 
can vary from positive improvement in the quality of 
life to life threatening episodes. Over 2 million 
reported cases of adverse drug reactions occur each 
year in the United States and a further 100,000 deaths 
per year because of drug treatments. 


In particular, research on one enzyme family 
is beginning to revolutionize the concepts of drug 
therapy. The cytochrome P450 system is a group of 
related enzymes that are key components in the meta- 
bolic conversion of over 50% of all currently used 
drugs. Studies involving one member of this family, 
CYP2D6, have revealed the presence of several poly- 
morphic genetic variations (poor, intermediate, exten- 
sive, and ultra) that result in different clinical 
phenotypes with respect to drug metabolism. For 
example, a poor metabolizer has difficulty in convert- 
ing the therapeutic drug into a useable form, so the 
unmodified chemical will accumulate in the body and 
may cause a toxic overdose. To prevent this from 
happening, the prescribed dosage of the drug must be 
reduced. An ultra metabolizer, on the other hand, 
shows exceedingly rapid breakdown of the drug to 
the point that the substance may be destroyed so 
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quickly that therapeutic levels may not be reached, 
and the patient may therefore never show any benefit 
from treatment. In these cases, switching to another 
type of drug that is not associated with CYP2D6 
metabolism can prove more beneficial. The third phe- 
notypic class, the extensive metabolizers, is less 
extreme than the ultra metabolism category, but 
nevertheless presents a relatively rapid turnover of 
drug that may require a higher than normal dosage 
to maintain a proper level within the cells. Finally, the 
intermediate phenotype falls between the poor and 
extensive categories and gives reasonable metabolism 
and turnover of the drug. This is the group for whom 
most recommended drug dosages appear to be appro- 
priate. These observations highlight that importance 
of pharmacogenetics; knowledge of a patient’s meta- 
bolic phenotype with respect to the drug can help 
determine the most appropriate regimen of therapy 
for that individual. 
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i! Pheasants 


Pheasants are large species of fowl in the family 
Phasianidae, which also includes the partridges, pea- 
fowl, guineafowl, francolins, and quail. The greatest 
diversity of pheasants occurs in Asia, but native spe- 
cies also occur in Africa and Europe. In addition, 
many species of pheasants have been widely intro- 
duced as game birds beyond their natural range. 
Pheasants are also kept as handsome show birds in 
zoos, parks, and private aviaries. 


Male pheasants, or cocks, are beautifully colored 
birds, with a distinctive, long tail that approximately 
doubles the length of the animal. Their body can be 
colored in hues and patterns of yellow, orange, golden, 
red, blue, green, black, or white. Female pheasants, or 
hens, have a much more subdued and cryptic colora- 
tion. Pheasants also have a long neck, a strong beak 
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A male ring-necked pheasant (Phasianus colchicus) on Pelee 
Island, Ontario. (Robert J. Huffman. Field Mark Publications.) 


that is hooked at the tip, and strong legs and feet for 
scratching in the forest floor to find their food of 
fruits, seeds, and invertebrates. 


Pheasants are mostly terrestrial birds, foraging 
widely over the forest floor for food. At night, how- 
ever, most species roost in trees for safety. 


Cock pheasants are strongly territorial during the 
breeding season. They defend their territory by mak- 
ing loud screeches, cackles, crowings, and squawks. 
Cock pheasants will also fight each other when neces- 
sary, using a sharp spur on the back of their leg as 
a potentially lethal weapon. Cock pheasants mount 
spectacular displays to impress potential mates, 
including elaborate struttings with their colorful 
finery displayed to its best vantage, with the tail spread 
widely in some species. 


Pheasants are polygynous, meaning a single male 
will mate with as many females as_ possible. 
Competition for mates is very intense in polygynous 
species, and this commonly leads to the evolution of 
seemingly bizarre traits in male birds, which are 
intended to impress the females. Some of these traits 
may even be maladaptive in terms of everyday life, for 
example, by making male birds more vulnerable to 
being found and killed by predators. However, the 
traits are highly favorable in terms of sexual selection, 
and this is why they can persist in the population. 


Most species of pheasants nest on the ground, but 
some do so in trees. Female pheasants build the nest, 
incubate the eggs, and care for the chicks. Pheasant 
babies are precocious, meaning they can leave the nest 
soon after birth, following their hen and foraging for 
themselves. The family group stays in close contact by 
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frequently clucking and peeping at each other. The 
chicks grow quickly, developing flight feathers and 
the ability to fly long before they reach adult size. 


Species of pheasants 


By far, the most familiar pheasant to the largest 
number of people is the red jungle fowl (Gallus gallus), 
a wild species of tropical forests in south and south- 
eastern Asia. However, domesticated varieties of this 
bird are commonly known as the chicken. This bird 
has been domesticated for thousands of years, and 
today an estimated 10-11 billion occur in agriculture. 
In fact, the chicken is probably the world’s most abun- 
dant bird, albeit mostly in domestic flocks. 


Other than the chicken, the most familiar species 
of pheasant is the ring-necked or versicolor pheasant 
(Phasianus colchicus), a species native to Europe and 
Asia. This species has been introduced as a game bird 
to many places beyond its natural range. For example, 
feral populations of ring-necked pheasants occur in 
many places in temperate regions of North America, 
as well asin Australia, Africa, and elsewhere. The ring- 
necked pheasant is now the world’s most widely dis- 
tributed game bird. 


The Japanese pheasant (Phasianus versicolor) is 
native to Japan, but has been introduced to Europe 
and elsewhere as a gamebird. The Lady Amherst’s 
pheasant (Chrysolophus amherstiae) is native to Tibet 
and Burma. This species has a white-and-black exten- 
sible neck cape, consisting of a ruff of long feathers on 
the back of the head, that during courtship displays 
can be extended into an almost semicircular, down- 
ward-hanging fan. The golden pheasant (C. pictus) has 
a similar neck cape, but it is colored gold-and-black. 
Both of these birds maintain small, feral populations 
in England and in other places where they have been 
introduced. 


Many people consider the most spectacular spe- 
cies of pheasant to be the argus pheasant (Argusianus 
argus) of peninsular Malaya, Borneo, and Sumatra. In 
this species, the tail is more than twice as long as the 
body proper, and can be fanned widely in the manner 
of a peafowl. 


Pheasants and people 


Some species of pheasants are extremely impor- 
tant economically. The most valuable species, of 
course, is the domestic chicken. Billions of individuals 
of this species are eaten each year by people around the 
world, as are even larger numbers of chicken eggs. 
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KEY TERMS 


Feral—This refers to a non-native, often domesti- 
cated species that is able to maintain a viable, 
breeding population in a place that is not part of 
its natural range, but to which it has been intro- 
duced by humans. 


Polygyny—A breeding system in which a male will 
attempt to breed with as many females as possible. 
In birds, the female of a polygynous species usually 
incubates the eggs and raises the young. 


Sexual selection—This is a type of natural selection 
in which anatomical or behavioral traits may be 
favored because they confer some advantage in 
courtship or another aspect of breeding. For exam- 
ple, the bright coloration, long tail, and elaborate 
displays of male pheasants have resulted from sex- 
ual selection by females, who apparently favor 
extreme expressions of these traits in their mates. 


Other species of pheasants are important as game 
birds, and are hunted as a source of wild meat or for 
sport. However, pheasants can easily be overhunted, 
so it is important to conserve their populations. In 
some places, pheasants are raised in captivity and 
then released to penned or unpenned areas, where 
people pay a fee to hunt the birds. 


Pheasants are also of great aesthetic importance. 
Various species are kept in captivity in zoos, parks, 
and private aviaries. This is mostly done for the pure 
joy and educational value of having such lovely crea- 
tures in plain view. 


Unfortunately, many species of pheasants are 
becoming increasingly scarce and even endangered 
in their native habitats. This is largely the result of 
local overhunting of the birds, in combination with 
losses of natural habitat due to the harvesting of trees 
for valuable timber, and often the subsequent conver- 
sion of the land into agricultural and residential uses. 


The increasing endangerment of so many beauti- 
ful species of pheasants is highly regrettable. This 
problem is only one facet of the general threat posed 
by human activities to Earth’s legacy of biodiversity, 
and it must be effectively dealt with if species of pheas- 
ants are to always live in their wild, natural habitats. 
The keys to maintaining populations of wild pheas- 
ants are to preserve adequate areas of their natural 
habitat and to control hunting within sustainable 
limits. 
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! Phenyl group 


A phenyl group is the functional group C¢Hs. It 
is the portion of an organic molecule that is derived 
from a benzene molecule, Ce6H,, by removal of a 
hydrogen atom. The term phenyl is used when a 
benzene ring is connected to a chain of six or more 
carbonatoms. If there are fewer than six carbon 
atoms in the chain, the compound is named as a 
substituted benzene. The phenyl group can be abbre- 
viated in chemical structures as -Ph or sometimes as 
the Greek letter phi, -9. 


Benzene is a cyclic compound containing six car- 
bon atoms and six hydrogen atoms. The molecular 
formula for benzene, CsH., was determined soon after 
it was isolated by Michael Faraday in 1825 from the 
oily deposits removed from London’s gas pipes. Later 
in 1834, benzene was found by Mitscherlich to be the 
product obtained from various chemical reactions 
involving gum benzoin, a fragrant medicinal ointment. 
In the manuscript describing his experiments, 
Mitscherlich suggested the compound be called benzin. 
Liebig, who edited the paper, renamed the compound 
benzol based on the German word for oil, 6/7. English 
and French chemists eventually changed the -o/ ending 
to -ene, resulting in the name benzene. The reasoning 
was that the -o/ suffix indicates an alcohol group 
whereas the -ene is used for compounds that contain 
double bonds. The term pheno, based on the Greek 
word, phainein, meaning “to shine” was proposed by 
Auguste Laurent in 1837. This suggestion was never 
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Kekulé resonance forms 


Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


accepted, but it resulted in the term phenyl being com- 
monly used when referring to the -CsHs group. 


During the early nineteenth century, benzene was 
well established in a number of industrial processes, 
but its chemical structure had not been determined. 
August Kekulé in 1858 had developed the theory, 
which later proved true, that carbon atoms could be 
connected by bonds to form chains like those that 
make up alkanes. He then directed his attention to 
the structure of benzene. As the story goes, in 1865, 
Kekulé was writing at his desk one night and could not 
concentrate on the problem. He started to gaze into 
the fire in his fire place, when he eventually fell asleep. 
August had a dream of carbon atoms dancing before 
him, slowly forming chains and the chains turning into 
snakes. One snake’s head grabbed its own tail and 
formed a ring. Kekulé quickly woke up and spent the 
rest of the night developing his proposal that carbon 
atoms can be connected in a manner that forms rings. 
He combined this idea with the molecular formula for 
benzene, CoH,, and suggested the structure. Kekulé 
also knew that benzene does not undergo the same 
types of reactions as simple chains of carbon and 
hydrogen atoms and that it has a greater chemical 
stability. In 1872, he proposed that the double bonds 
in benzene are not situated between any two carbon 
atoms but move around the ring. The best way to 
represent benzene is by what are called the Kekulé 
resonance forms or a hexagon with a circle in it 
(Figure 1). 


In the left-hand representations, the benzene mol- 
ecule is drawn as a hexagon with alternating single and 
double bonds. This is a shorthand method of drawing 
compounds used by chemists. A carbon atom is rep- 
resented by an intersection of two straight lines or at 
the end of a line and the correct number of hydrogen 
atoms to give each carbon atom four bonds is implied 
but not drawn. The two equivalent Kekulé resonance 
forms indicate that the bond between any two carbon 
atoms in benzene is a combination of a single bond 
and a double bond. The hexagon with a circle means 
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KEY TERMS 


Arene—A compound that has a chain of carbon 
atoms connected to a benzene ring. 


Phenyl group—The name given to the portion of an 
organic molecule that is derived from a benzene 
ring by removal of a hydrogen atom (-C,Hs) and is 
used when a benzene ring is connected to a chain 
of six or more carbon atoms. 


that the “real” structure for benzene is a combination 
of the two Kekulé resonance forms. This combined 
bond form is called resonance. The use of hexagon 
with a circle to represent benzene, was first suggested 
by Johannes Thiele in 1899. Today, it is the represen- 
tation most preferred by chemists. Benzene and other 
cyclic compounds that have alternating single and 
double bonds which oscillate, such as naphthalene 
and anthracene, are called aromatic hydrocarbons. 


Those compounds that have a chain of carbon 
atoms connected to a phenyl group are called arenes. 
Arenes are named by two different methods depending 
on the length and complexity of the carbon atom chain. 
If the chain of carbon atoms contains six or fewer 
carbon atoms, then the arene is named as a benzene 
ring with the appropriate alkyl group. For example, a 
benzene ring connected to a chain of two carbon atoms 
is named ethylbenzene. However, if the carbon atom 
chain is longer than six carbon atoms or is rather com- 
plex, then the arene is designated as a phenyl group 
attached to the alkane chain. The compound, 3-phenyl- 
octane, consists of a chain of eight carbon atoms with 
the third carbon atom bonded to a benzene ring. No 
matter what the length of the carbon atom chains; if the 
compound contains two or more benzene rings, it is 
named as a phenyl-alkane. A central carbon atom 
bonded to two benzene rings and to two hydrogen 
atoms would be called diphenylmethane. 


The phenyl group is an important structural unit 
in many natural and synthetic or man-made chemi- 
cals. It is an integral part of the molecular framework 
of many drugs, herbicides, dyes, plastics, perfumes, 
and food flavorings. Phenylephrine is used in the treat- 
ment of asthma, as well as in conjunction with various 
anesthetics to increase their time of activity. The 
melon flavored compound 2-phenyl propionaldehyde 
contains a benzene ring in its molecular framework. 
Phenylethyl alcohol is used routinely in the perfume 
industry because of its rose fragrance. Various 
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pesticides such as the phenylureas and phenylcarba- 
mates contain phenyl rings and many of the prepara- 
tions of indigo dye, a dye used in making blue jeans, 
use phenyl containing compounds such as N- 
phenylglycine. 
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! Phenylketonuria 


Phenylketonuria (PKU) is an inherited disorder in 
which an enzyme (usually phenylalanine hydroxylase) 
crucial to the appropriate processing of the amino 
acid, phenylalanine is totally absent or drastically 
deficient. The result is that phenylalanine cannot be 
broken down, and it accumulates in large quantities 
throughout the body. PKU is sometimes called 
Folling’s disease (especially in Norway) in honor of 
Norwegian physician Ivar Asbjorn Folling (1888- 
1973) who first described it in 1934. 


Phenylalanine 


Phenylalanine is an essential amino acid. These 
substances are called essential because the body must 
get them from food to build the proteins that make 
up its tissues and keep them working. Therefore, phe- 
nylalanine is required for normal development. 
Phenylalanine is a common amino acid and is found 
in all natural foods. However, natural foods contain 
more phenylalanine than required for normal develop- 
ment. This level is too high for patients with PKU, 
making a special low-phenylalanine diet a require- 
ment. 

Normally, phenylalanine is converted to tyrosine. 
Because tyrosine is involved in the production of mel- 


anin (pigment), people with PKU usually have lighter 
skin and hair than other family members. Without 
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treatment, phenylalanine accumulation in the brain 
causes severe mental retardation. Treatment is usually 
started during babyhood; delaying such treatment 
results in a significantly lowered IQ (intelligence quo- 
tient) by age one year. Treatment involves a diet low 
in phenylalanine (look for warnings aimed at people 
with PKU on cans of diet drinks containing the artifi- 
cial sweetener aspartame, which is made from 
phenylalanine). 


Statistics 


PKU strikes about one out of every 15,000 to 
20,000 newborns. There are areas in the world where 
the incidence is much higher, particularly Ireland and 
western Scotland. In Ireland the incidence of PKU is 
one in 4,500 births. This is the highest incidence in the 
world and supports a theory that the genetic defect is 
very old and of Celtic origin. Countries with very little 
immigration from Ireland or western Scotland tend to 
have low rates of PKU. In Finland, the incidence is less 
than one in 100,000 births. Caucasians in the United 
States have a PKU incidence of one in 8,000, whereas 
Blacks have an incidence of one in 50,000. Because it is 
so important to start treatment immediately, many 
states require that all infants be tested for the disease 
within the first week of life. 


Types 


There are a number of specific types of PKU. 
Maternal phenylketonuria is a condition in which a 
high level of phenylalanine in a mother’s blood causes 
mental retardation in her child when in the uterus. A 
woman who has PKU and is not using a special low- 
phenylalanine diet will have high levels of phenylala- 
nine in her blood. Her high phenylalanine levels will 
cross the placenta and affect the development of her 
child. Most children born from these pregnancies 
are mentally retarded and have physical problems, 
including small head size (microcephaly) and congen- 
ital heart disease. The majority of these children do 
not have PKU. There is no treatment for maternal 
phenylketonuria. Control of maternal phenylalanine 
levels is thought to limit the effects of maternal 
phenylketonuria. 


Hyperphenylalaninemia is a condition in which 
patients have high levels of phenylalanine in their 
blood, but not as high as seen in patients with classical 
PKU. There are two forms of hyperphenylalaninemia: 
mild and severe. 


Tyrosinemia is characterized by a high levels of 
two amino acids in the blood, phenylalanine and 
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tyrosine. Patients with this disease have many of the 
same symptoms as seen in classical PKU, including 
mental retardation. Treatment consists of a special 
diet similar to the diet for PKU. The main difference 
between the two diets is that patients with tyrosinemia 
must eat a diet that is low in both phenylalanine and 
tyrosine. 


Cause and heredity 


The underlying cause of PKU is mutation in the 
gene that tells the body to make the enzyme phenyl- 
alanine hydroxylase. This enzyme allows the body to 
break down phenylalanine and ultimately use it to 
build proteins. Normally, the first step in phenylala- 
nine metabolism is conversion to tyrosine, another 
amino acid. The genetic mutations result in no enzyme 
or poor quality enzyme being made. As a consequence, 
phenylalanine is not converted and builds up in the 
body. The high levels of phenylalanine can be detected 
in the blood and urine. 


PKU is a genetic disease. A child must inherit 
defective genes from both parents to develop PKU. 
A person with one defective gene and one good gene 
will develop normally because the good gene will make 
sufficient phenylalanine hydroxylase. People with one 
good gene are called carriers because they do not have 
the disease, but are capable of passing the defective 
gene on to their children. 


If both parents are carriers of defective phenyl- 
alanine hydroxylase genes, then the chances of their 
child having PKU is one in four, or 25%. The chance 
that their child will be a carrier is two in four, or 50%. 
These percentages hold for each pregnancy. 


Symptoms 


Children with PKU appear normal at birth, but 
develop irreversible mental retardation unless treated 
early. Treatment consists of a special diet that contains 
very little phenylalanine. This diet must be used 
throughout the patient’s life. Untreated newborns 
develop disease symptoms at age three to five months. 
At first they appear to be less attentive and may have 
problems eating. By one year of age, they are consid- 
ered mentally retarded. 


Patients with PKU tend to have lighter colored 
skin, hair, and eyes than other family members. They 
are also likely to have eczema and seizures. PKU 
patients have a variety of neurologic symptoms. 
Approximately 75 to 90% of PKU patients have 
abnormal electrocardiograms (ECGs), which measure 
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the activity of their heart. Their sweat and urine may 
have a mousy smell that is caused by phenylacetic acid, 
a byproduct of phenylalanine metabolism. Untreated 
PKU children tend to be hyperactive and demonstrate 
loss of contact with reality (psychosis). 


Detection 


PKU must be detected shortly after birth. 
Although children with PKU appear normal at birth, 
they already have high phenylalanine levels. Screening 
is the only way to detect PKU before symptoms start 
to develop. In many areas of the world, screening 
newborns for PKU is performed routinely. The test 
is typically performed between one and seven days 
after birth. Blood is obtained by pricking the heel of 
the newborn and analyzing it for phenylalanine 
concentration. 


Treatment 


The only treatment for persons with PKU is to 
limit the amount of phenylalanine in their diet. PKU 
patients should eat a special diet that is low in phenyl- 
alanine. The diet has small amounts of phenylalanine 
because it is essential for normal growth and develop- 
ment. The diet should be started before the fourth 
week of life to prevent mental retardation. If started 
early enough, the diet is 75% effective in preventing 
severe mental retardation. Many natural foods, 
including breast milk, must be avoided because they 
contain more phenylalanine than PKU patients can 
tolerate. However, low protein, natural foods, includ- 
ing fruits, vegetables, and some cereals, are acceptable 
on the diet. Monitoring of blood phenylalanine levels 
must be done to ensure that normal levels are 
maintained. 


Patients who make a small amount of phenyl- 
alanine hydroxylase can eat a limited amount of reg- 
ular food if their phenylalanine levels remain within 
an acceptable range. Low-phenylalanine and phenyl- 
alanine-free foods are available commercially. The 
special diet must be used throughout the patient’s life. 


| Pheromones 


Pheromones are very reactive (volatile) chemical 
compounds secreted by insects and animals that 
act as chemical signals between individuals. The 
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pheromone-mediated signals influence physiology and 
behavior in a manner similar to hormones. 


Pheromones are important to a variety of behav- 
iors including mate attraction, territorality, trail 
marking, danger alarms, and social recognition and 
regulation. 


The term pheromone is derived from the Greek 
words pheran (to transfer) and horman (to excite). In 
animals, they are produced in special glands and are 
released through body fluids, including saliva and 
perspiration. Most pheromones are biogenetically 
derived blends of two or more chemicals that must 
be emitted in exact proportions to be biologically 
active. 


There is a remarkable diversity in the three- 
dimensional chemistry (stereochemistry) of phero- 
mones. Insects are sensitive to and utilize slightly 
differing chemical structures to sharpen the percep- 
tion of pheromone messages. The configurations of 
pheromones are critical. For example, while one con- 
figuration of a pheromone can trigger a reaction, 
another configuration of the molecule can inhibit 
the reaction. 


Pheromones are found throughout the insect 
world. They are active in minute amounts. In fact, 
the pheromones released by some female insects such 
as the silkworm moth are recognized by the male of the 
species as far as a mile away. The pheromone secreted 
by the female gypsy moth can be detected by the male 
in concentrations as low as one molecule of phero- 
mone in 1x10" molecules of air. Insects detect pher- 
omones with specialized chemosensory organs. 


Another common example of pheromones in 
action is the trailing behavior of ants. Scout ants 
release pheromones that guide other ants to the loca- 
tion of food. In boars, pheromones found in boar 
saliva are known to cause the female to assume a 
mating position. 


An increasingly important use of pheromones 
involves the control of insects. Because insects rely on 
phermomones, these compounds have been used by 
farmers as a method to control harmful insects. Using 
insect sex attractant pheromones, scientists have been 
able to produce highly specific traps and insecticides. 


Pheromone traps are used to control the insects 
such as the European corn borer that damages mil- 
lions of dollars of crops each year. The European corn 
borer larvae feed on and bore into the corn plant. 
Cavities produced by borers reduce the strength of 
the corn and interfere with plant physiology, including 
the translocation of water and nutrients. European 
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corn borer pheromone traps contain a substance that 
mimics (i.e., acts like) a part of the chemical commu- 
nication system used by female moths when they are 
receptive to mating. Male moths are attracted to and 
captured by the pheromone trap that is coated with a 
sticky substance that retains attracted insects. 


Pheromones even influence human sexual behav- 
ior. The search for human aphrodisiacs (stimulants to 
sexual response) is as old as human history. Although 
the scientific evidence with regard to human phero- 
mones is contradictory and highly debatable, phero- 
mones are often used as an olfactory aphrodisiac in 
fragrances and perfumes. 


One of the first human pheromones to be discov- 
ered were molecules called copulins, which exist in the 
vaginal secretion of women. At the time of their dis- 
covery, it was believed that these compounds could 
stimulate male sexual response. They were thought to 
work like their chemical counterparts excreted by 
monkeys, baboons, and chimpanzees. Other com- 
pounds implicated as pheromones have been discov- 
ered in human perspiration and urine. Still other 
compounds appear to function in the regulation and 
synchronization of the human female menstrual cycle. 


The organ responsible for detecting pheromones 
in animals including humans is a chemosensory struc- 
ture in the nose called the vomeronasal organ (VNO). 
The cells that up the VNO transmit a signal to the 
hypothalamus in the brain. The stimulating effect on 
the hypothalamus results in the production of proteins 
that may influence behavior. 


Phloem see Plant 


| Phlox 


Phloxes (Ph/ox spp.) are a group of about 50 spe- 
cies of flowering plants in the family Polemoniaceae, 
which contains about 300 species in total. 


Phloxes are herbaceous plants with bright, showy 
flowers. Each flower has five red, pink, or white petals 
that are fused at their bases to form a tube, but remain 
separate at the top of the structure. These flowers are 
arranged in very attractive groups, known as an inflor- 
escence. Phloxes are pollinated by long-tongued 
insects, and in some places by hummingbirds. 


Many species of phlox are commonly cultivated in 
gardens as ornamentals, such as gilias (Gilia spp.) and 
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Jacob’s-ladder (Polemonium spp.). Among the more 
commonly grown herbaceous, perennial phloxes are 
the garden phlox (Phlox paniculata), sweet-William 
(P. maculata), and hybrids of these and other species. 
Drummond’s pink (Phlox drummondii) is an annual 
that is commonly used as a bedding plant. 


The natural habitats of many species of phlox are 
arctic and alpine environments, and some of these 
species do well in rock gardens. The moss pink 
(Phlox subulata) is commonly cultivated in this way. 


Most species of phloxes are not cultivated, but 
their beauty as wildflowers can be appreciated in 
their native habitats. The wild blue phlox (Phlox divar- 
icata) is a familiar species in moist woodlands over 
much of eastern North America, while the downy 
phlox (P. pilosa) is widespread in natural prairies 
over much of the continent. 


| Phobias 


A phobia is a group of symptoms brought on by 
an object or situation that causes a person to feel irra- 
tional fear. For example, a person terrified by a snake 
poised to strike only a few feet away on a hiking trail 
experiences normal fear, while a person terrified by a 
snake in a glass cage would be said to be having a 
phobic reaction. A person suffering from a phobia 
may dwell on the object of his or her fear when it is 
not present. People have been known to have phobic 
fears of things as common as running water, dirt, dogs, 
or high places. One in 10 people develop a phobia at 
some time in their lives. 


In addition to a feeling of panic or dread when the 
situation is harmless, the emotional symptoms of the 
anxiety disorders known as phobias include uncon- 
trollable and automatic terror or dread that seems to 
take over a person’s thoughts and feelings and avoid- 
ance of what will trigger the intense fear. Often this 
avoidance disrupts a phobic’s everyday life. Physical 
symptoms of phobia include shortness of breath, trem- 
bling, rapid heartbeat, and an overwhelming urge to 
run. These symptoms are often so strong that they 
prevent phobic people from taking action to protect 
themselves. 


Phobias are usually divided into three groups. 
Simple phobias involve the fear of a certain object, 
such as an animal or a telephone. Other simple pho- 
bias are caused by a specific situation like being in a 
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high place (acrophobia), flying on an airplane, or 
being in an enclosed space (claustrophobia). The sec- 
ond type of irrational fear, social phobia, is triggered 
by social situations. Usually people with social pho- 
bias are afraid of being humiliated when they do some- 
thing in front of others, such as speaking in public or 
even eating. 


When people suffer from the third type, agora- 
phobia, they panic at a number of situations. They fear 
so many things, like riding busses, being in crowds, 
and going to public places where strangers are present, 
that they sometimes will not leave their homes. 
Agoraphobia is the most common of the irrational 
fears. 


Phobias can come about for a number of reasons. 
Behaviorists believe that these intense fears begin 
when people are classically conditioned by a negative 
stimulus paired with the object or situation. In other 
words, phobias are learned. Sometimes parents may 
pass irrational fears on to their children in this way. 
According to psychoanalysts who follow the teachings 
of Sigmund Freud, a phobia arises when a person 
represses sexual fantasies. 


One of the most effective treatments for phobias is 
a behavior therapy called exposure. The phobic is 
exposed to what is feared in the presence of the thera- 
pist and directly confronts the object or situation that 
causes terror. Slow exposure is called desensitization. 
Rapid exposure to what is feared most and remaining 
there until anxiety levels drop is called flooding. In 
addition to being effective, such treatment is usually 
quick and inexpensive. 


In addition to being treated with behavior ther- 
apy, phobics are sometimes given antianxiety drugs in 
order to lower their feelings of panic. Antidepressants 
are also used to control panic. Other phobics are given 
tranquilizers, but often must take them for long peri- 
ods of time in order for the drugs to be effective. 


Kay Marie Porterfield 


tl Phonograph 


The first practical device for recording and repro- 
ducing sound was developed by American inventor 
Thomas Alva Edison (1847-1931) in 1877. He called 
his device a phonograph, meaning sound writer, 
because of the crude, mechanically cut impressions, 
or writing, it made on the surface of the recording 
cylinder. The sound reproduction was equally crude. 
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Phonograph 


Since the time of Edison’s phonograph, the quest for 
more perfect sound recording and reproduction has 
led to the electric record player, stereophonic sound, 
tape players, compact disc (CD) players, and digital 
versatile disc (DVD) devices. 


Sound is a vibratory motion of particles in a 
medium, such as air, and it propagates as weak pres- 
sure pulsations known as acoustic waves. Any method 
for recording and reproducing sound utilizes the abil- 
ity of these pressure waves to produce or imprint, in 
the physical condition or form of a certain body 
known as the recording medium. Subsequently, these 
changes can be converted back into sound waves sim- 
ilar to the originals. Perfectly reproduced sound waves 
have exactly the same component frequencies and the 
same relative intensities as the originals, without any 
losses or additions. There are four basic techniques for 
the audio record-retrieval process: mechanical, electri- 
cal, magnetic, and digital. 


In the simplest mechanical recording, the air pres- 
sure waves directly actuate a very thin membrane 
connected to a needle. To amplify the intensity of the 
impact on the membrane, sound waves are let in 
through a horn, where the acoustic energy is concen- 
trated on a small area. Driven by the membrane vibra- 
tions, the needle cuts a continuous groove in the 
moving surface of the recording medium. To repro- 
duce the sound, a second needle traces the imparted 
groove, forcing the attached diaphragm to oscillate 
and, thus, to produce sound waves. 


This principle was employed by two constructively 
different early sound recording and reproduction 
instruments—Edison’s phonograph (1877) and 
German-American inventor Emile Berline’s (1851— 
1929) gramophone (1887). The phonograph used a 
cylindrical recording medium. The needle, which 
moved up and down, cut the groove in the cylinder 
vertically. The recording medium for the gramophone 
was a disc with the groove cut laterally, from side to 
side. Both devices reproduced sound of limited volume 
and low quality, since the horn picked up only a small 
fraction of the acoustic energy passing through the air. 
However, the gramophone disc format, unlike its com- 
petitor, turned out to be suitable for the mass manu- 
facturing of record copies and eventually pushed the 
Edison phonograph out of the market in 1929, while the 
gramophone was reborn as the electric record player. 


In the electrical technique of recording, the acous- 
tic waves are not directly transferred to the recording 
stylus. First, they have to be transformed into a tiny 
electric current in the microphone. The strength of the 
current depends upon the sound intensity, and the 
frequency of the current corresponds to the sound 
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pitch. After amplification, the electric signals are con- 
verted into the motion of the stylus, cutting a lateral 
groove in a disc. During playback, mechanical oscil- 
lations of the stylus, or needle, in the record groove are 
translated by the pick-up into electric oscillations, 
which are amplified and interpreted as sound waves 
in a loud speaker. This innovation tremendously 
extended the frequency range of sound waves that 
could be recorded and reproduced. For over 40 
years, electrical recording was continuously refined, 
but even very sophisticated improvements could not 
eliminate the limits imposed by the most vulnerable 
needle-groove part of the process. Because of the 
mechanical friction, sound impressions inevitably 
wore out, and the reproduction quality irreversibly 
degraded with each playback. 


The magnetic recording process, based on the 
principles of electromagnetism, uses the recording 
medium in the form of a tape coated with magnetically 
sensitive particles. In this method, the electric current 
initiated by the sound waves in the microphone pro- 
duces an electromagnetic field, which changes in 
accordance with the audio signals. When the tape 
passes through this field, the latter magnetizes the 
particles, called domains, making them behave as 
small compass needles, each aligning with the direc- 
tion of the magnetic force. Moving past a receptor 
head during playback, domains induce electric current 
that can be translated into the audio signals. 
Introduced in the 1940s, the first tape recorders imme- 
diately won the appreciation of professionals for low- 
noise and wide-range-frequency characteristics of the 
reproduced sound. Moreover, the tape format opened 
opportunities for long uninterrupted recordings, 
which could be later easily edited or erased, allowing 
for reuse of the tape. In the 1960s, the tape was placed 
in compact cassettes, and tape recorders became ver- 
satile and reliable devices with applications far beyond 
just entertainment. 


In the 1970s, new technologies, such as electronic 
digital processing and lasers, made the electrical tech- 
nique obsolete. The new recording medium, however, 
retained the disc format. In digital sound recording, 
the electric signals from the microphone are converted 
into a digital code, or sequences of numbers. This 
digital code is etched into the surface of a compact 
5.1 in (13 cm) diameter disc by a powerful concen- 
trated light beam from a laser. The information from 
the master disc can be duplicated with absolute accu- 
racy to any number of discs. In the playback device, 
called a compact disc (CD) player, the light beam of a 
less powerful laser reads the code etched on the disc 
and sends it through the long chain of transformations 
that finally result in the sound with a quality superior 
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to anything previous technologies could give. The 
absence of mechanical friction in the reproducing 
process makes the lifetime of a compact disc longer 
than the lifetime of the technology itself. 


Modern developments in digital sound recording 
and reproducing include the design of minidisc (MD) 
machines—a new generation of CD players using 
smaller discs and also capable of recording. DVDs 
are also very popular for recording the video and 
audio from movies and other such venues, and of 
recording large amounts of information that are over 
the storage capabilities of CDs. 


One of the challenges for any new audio technol- 
ogy is remaining compatible with its predecessors. 
Given the current rate of audio evolution, it seems 
inevitable that one generation of consumers will have 
to deal with several technologies, each excluding the 
other. This would mean the unjustified waste of 
resources and real difficulties with preservation of 
the already accumulated audio information. That is 
why backward compatibility is the most practical and 
desirable feature for any future sound recording and 
reproduction technology. 
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| Phoronids 


Phoronids are a small group of tube-dwelling 
marine worms that comprise the phylum Phoronidae. 
Some 15 species have so far been described. All phor- 
onids are exclusively marine-dwelling and live in shal- 
low waters up to a depth of about 195 ft (60 m) in both 
tropical and temperate oceans. They are thought to be 
related to moss animals (phylum Bryozoa) and lamp 
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shells (phylum Brachiopoda). They may occur either 
individually or in clusters. 


Phoronids are recognized by their tube like body, 
which averages 8 in (20 cm) in length. The head region 
of the body is dominated by a crown of tentacles each 
covered with tiny hair-like cilia that are used for col- 
lecting food. When threatened, the tentacles may be 
withdrawn within the tube. Each phoronid may have 
from 18-500 tentacles depending on age and the spe- 
cies. Beneath the crown is a slender body that is mostly 
cylindrical apart from a broadened base on which the 
animal rests. The muscular trunk contains a U-shaped 
coelom, which serves as the digestive tract. These soft- 
bodied animals live within a hardened tube that they 
develop around themselves for protection. In addi- 
tion, many species bury themselves partly in soft sub- 
strate, while others are firmly attached to rocks, shells, 
and other firm supports. Only the head of the animal 
emerges from the protective tube. 


When feeding, the tentacles are opened outwards 
and tiny cilia that line the tentacles beat downwards, 
drawing the water current and food particles towards 
the mouth region. Here food items are trapped on a 
mucus-coated organ called the lophophore—a horseshoe- 
shaped fold of the body wall that encircles the mouth. 
Plankton and other suspended matter are trapped on 
the mucus lining, which is then passed down towards 
the mouth for ingestion. The mouth develops into a 
long tubular esophagus and a greatly enlarged stom- 
ach at the base of the animal. 


Phoronids exhibit a range of breeding strategies: 
some species have separate male and female organs, 
while others are hermaphrodites. It is also thought 
that phoronids can reproduce by asexual means, either 
by budding off small replicas of the parent animal or 
by a process of fission. In its sexual reproduction, the 
male and female gametes are usually released for exter- 
nal fertilization, although a few species are known to 
brood their young offspring for a short period. The 
larvae are microscopic, and after several weeks of a 
free-living existence they settle, either individually or 
collectively, and begin to secrete their own protective 
coating. 


I Phosphoric acid 


Phosphoric acid, H3PO4 (orthophosphoric acid), 
is a white crystalline substance which melts at 108°F 
(42°C). It is most commonly found in aqueous form 
(dissolved in water), where it forms a colorless, thick 
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Phosphorus 


liquid. Phosphoric acid is widely used in the manufac- 
turing of phosphate detergents and fertilizers. Because 
of increased algae growth in lakes with high levels of 
phosphate in them the use of phosphate detergents has 
been dramatically curtailed in many areas. Phosphoric 
acid is added to some foods (especially colas) to give a 
tart flavor to the final product. Since phosphoric acid 
can donate three protons (hydrogen ions) to other 
substances, it is known as a triprotic acid. 


Phosphoric acid is a weak acid, with only a small 
percentage of the molecules in solution ionizing. 
Phosphoric acid is manufactured by the reaction of 
sulfuric acid upon phosphate rocks (commonly found 
in Florida), most notably calcium phosphate, as 
shown below: 


Ca3(PO4)> a 3H»SO,4 a 6H,.O _ 3CaSO4 . 2H,O +P 
2H3;PO, 


The other product of the reaction, calcium sulfate 
dihydrate is gypsum and is used in drywall in the 
construction industry. 


In addition to using calcium phosphate as a start- 
ing material, fluorapatite Cas(PO,4)3 may also be used. 
The two processes shown above are known as wet 
processes, which may give impure phosphoric acid as 
a product. Much higher levels of purity may be 
obtained by using the furnace process, in which phos- 
phate containing minerals react with coke and silica at 
high temperatures. The resulting product is then dis- 
solved in water to produce very pure phosphoric acid. 


Alternatively, phosphoric acid may be produced 
by reacting tetraphosphorous decoxide with water: 


P4010 a 6H,O a 4H3PO4 


Phosphoric acid is used as an acidulant in the food 
industry (It is the second most common acidulant 
used, behind citric acid). As an acidulant it serves as 
a preservative and buffer, provides tartness, and modi- 
fies the viscosity (or resistance to flow) of liquids. 


When pure phosphoric acid is heated, two mole- 
cules may condense (release water from a reaction 
between them) to form a polyphosphoric acid. Salts 
of polyphosphoric acids are used in the manufacturing 
of detergents to help bind calcium and magnesium 
ions from hard water. 


l Phosphorus 


Phosphorus—an element important to all living 
organisms—is the second element in Group 15 of the 
periodic table. The elements in this group are 
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sometimes referred to as the nitrogen family of ele- 
ments. Phosphorus has an atomic number of 15, an 
atomic mass of 30.97376, and a chemical symbol of P. 


Phosphorus forms the basis of a large number of 
compounds, by far the most environmentally impor- 
tant of which are phosphates. All plants and animals 
need phosphates for growth and function, and in 
many natural waters the production of algae and 
higher plants is limited by the low natural levels of 
phosphorus. As the amount of available phosphorus 
in an aquatic environment increases, plant and algal 
growth can increase dramatically leading to 
eutrophication. 


Properties 


Phosphorus exists in three allotropic forms, 
named after their colors: white (or yellow) phospho- 
rus; red phosphorus; and black (or violet) phosphorus. 
White phosphorus is a waxy, transparent solid with a 
melting point of about 111°F (44.1°C), a boiling point 
of about 536°F (280°C), and a density of 1.09 ounces 
per cubic inch (1.88 grams per cubic centimeter). If 
kept in a vacuum, white phosphorus sublimes if 
exposed to light. White phosphorus is also phosphor- 
escent, giving off a beautiful greenish white glow. It 
does not dissolve in water, although it does dissolve in 
many organic liquids, such as benzene, chloroform, 
and carbon disulfide. White phosphorus sometimes 
appears slightly yellowish because it contains traces 
of red phosphorus. 


Red phosphorus is a red powder produced by 
heating white phosphorus in the presence of a catalyst. 
Red phosphorus does not melt when heated, but sub- 
limes at a temperature of about 781°F (416°C). Its 
density is 1.35 ounces per cubic inch (2.34 grams per 
cubic centimeter). It does not dissolve in most liquids. 


Black phosphorus looks like graphite. It can be 
made by exposing the white allotrope of phosphorus 
to high pressures. The black allotrope has a density of 
2.06 to 2.21 ounces per cubic inch (3.56 to 3.83 grams 
per cubic centimeter). One of its unusual properties is 
that it conducts an electric current (a common prop- 
erty of metals) even though it is a nonmetal. 


White phosphorus is the most active form of the 
element, with a tendency to catch fire spontaneously at 
room temperature. For this reason, white phosphorus 
is usually stored under water in chemical laboratories 
as a safety precaution. All allotropes of phosphorus 
also combine with the halogens and with metals to 
form compounds known as phosphides: 3Mg + 2P 
— Mg3sP> (magnesium phosphide). 
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Occurrence and Extraction 


The abundance of phosphorus in the Earth’s crust 
is estimated to be 0.12%, making it the 11th most 
common element. Its estimated crustal abundance is 
1.68 x 10° ounces per pound (1.05 x 10° milligrams per 
kilogram). It usually occurs as a phosphate, such as 
calcium phosphate [Ca3(PO4)2], the major component 
of phosphate rock. The United States is the largest 
producer of phosphate rock in the world, with about 
13,000,000 metric tons being mined each year. That 
amount is about a third of the world’s total phosphate 
rock. Nearly 90% of phosphate rock comes from 
two states: North Carolina and Florida. Other pro- 
ducers of phosphate rock include Morocco, China, 
Russia, Tunisia, Jordan, and Israel. Phosphorus’s esti- 
mated oceanic abundance is 8 x 10°° ounces per gallon 
(6 x 10° milligrams per liter). 


Discovery and Naming 


Phosphorus was discovered in 1669 by the 
German physician and alchemist Hennig Brand (c. 
1630—c. 1692). Brand is famous in the history of chem- 
istry as being the last of the alchemists. Brand was 
convinced that the key to changing base metals into 
gold could be found in human urine. In the process of 
heating and purifying urine for his experiments, he 
obtained a white wax substance that glowed in the 
dark. The element was named for this phenomenon, 
the process of phosphorescence. In fact, phosphorus 
comes from the Greek word phosphoros meaning light 
bearing. It was given this name because many of its 
compounds are phosphorescent; that is, they store 
light and emit it later. 


The dangerous properties of elemental phospho- 
rus were discovered early in Brand’s research. The 
story is told that one of his servants left some phos- 
phorus on top of Brand’s bed. Later that night, the bed 
covers burst into flame when the phosphorus caught 
fire spontaneously. 


Uses 


Elemental phosphorus has relatively few uses 
because of its tendency to ignite spontaneously. 
However, many of its compounds are widely used. 
More than 90% of all phosphate rock mined in the 
United States is converted to synthetic fertilizer. 
Phosphorus is one of three macronutrients needed by 
growing plants, the other two being nitrogen and 
potassium. The production of synthetic fertilizers to 
meet the needs of farmers in the United States and 
around the world is now by far the greatest application 
for compounds of phosphorus. 
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Another familiar, although much less important, 
use of phosphorus is the manufacture of wood and 
paper safety matches. Phosphorus pentasulfide (P2S5) 
and phosphorus sesquisulfide (P4S3) are used to coat 
the tip of the match, providing a material that ignites 
easily when scratched. Another compound of phos- 
phorus with many uses is phosphorus oxychloride 
(POCI3), which is used in the manufacture of gasoline 
additives, in the production of certain kinds of plas- 
tics, as a fire retardant agent, and in the manufacture 
of transistors for electronic devices. 


Health Issues 


Phosphorus is essential to the health of plants and 
animals. One of the most important compounds in 
living cells is adenosine triphosphate (ATP), an 
energy-carrying molecule that makes possible many 
of the chemical reactions that take place in cells. 
Phosphorus is also critical to the development of 
strong bones and teeth in the form of the compound 
fluorapatite. Finally, phosphorus is a critical compo- 
nent of nucleic acids that carry genetic information in 
cells and that provide the instructions which direct the 
activities of those cells. 


On the other hand, elemental phosphorus is 
highly toxic. Swallowing even a speck of white phos- 
phorus can cause diarrhea with loss of blood; damage 
to the liver, stomach, intestines, and circulatory sys- 
tem; and coma. A piece of white phosphorus no larger 
than 50 to 100 milligrams (about 0.0035 ounce) can 
even cause death. Interestingly, red phosphorus seems 
to be much less toxic than white phosphorus. 


In the past, one of the major contributors to 
phosphorus pollution was household detergents con- 
taining phosphates. These substances have now been 
banned from these products. Other contributors to 
phosphorus pollution are sewage treatment plants 
and runoff from cattle feedlots. (Animal feces contain 
significant amounts of phosphorus.) Erosion of farm- 
land treated with phosphorus fertilizers or animal 
manure also contributes to eutrophication and water 
pollution. 


See also Phosphoric acid; Phosphorus removal. 


f Phosphorus cycle 


The phosphorus cycle is the biogeochemical 
cycling of phosphorus between the living and non- 
living parts of Earth. 
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Phosphorus cycle 


Biogeochemical cycles 


There are several major biogeochemical cycles 
continuously recycling certain compounds through- 
out Earth. These include the carbon cycle, the nitrogen 
cycle, the phosphorus cycle, and the water cycle. These 
interacting biogeochemical cycles involve the transfer 
of carbon, nitrogen, phosphorus, and water through 
living things, air, water, soil, and rock. 


Phosphorus and biology 


Phosphorus is often found in the form of phos- 
phate, composed of one phosphorus atom and four 
oxygen atoms. All living things require phosphorus for 
energy storage. Adenosine triphosphate, or ATP, is 
used to transfer stored chemical energy from one mol- 
ecule to another to perform work. It is often referred 
to as the energy currency of cells. The energy is stored 
in the phosphate portion of the molecule. Phosphorus 
is also required for the formation of phospholipids of 
cells. Phospholipids are the major component of cell 
membranes. Also, phosphate groups activate and 
deactivate enzymes within cells that catalyze major 
chemical reactions. Phosphate is a mineral salt com- 
ponent of bones and teeth in vertebrate animals. In 
addition, phosphate is an important structural com- 
ponent of DNA. 


Phosphorus cycling 


Phosphorus-containing gases are not common. 
Also, phosphate has a limited number of inorganic 
forms outside of living organisms. These two factors 
simplify the cycling of phosphorus through the 
environment. 


Weathering of rocks containing phosphate miner- 
als is accomplished by rain. The erosion moves inor- 
ganic phosphate into soil where it is rapidly absorbed 
by plants and incorporated into organic molecules 
(DNA, ATP, phospholipids). Plants containing phos- 
phorus die or are consumed by animals. Phosphorus is 
then incorporated into animal mass. When animals 
and plants die, decomposition returns phosphorus 
from their tissues back into soil for new use by plants 
(or by fungi). 


Not all of the phosphate eroded from rock is 
incorporated into plant and animal tissue directly. A 
portion of the run-off from phosphorus deposits in 
rock either enters streams and rivers that flow to the 
ocean, or leaches into the water table, gradually drain- 
ing into the sea. Phosphates in the ocean very gradu- 
ally build-up in sediments. Also, phosphorus in 
decaying aquatic organisms falls to the bottom to 
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accompany the phosphorus built-up in inorganic sedi- 
ment. Over extremely long periods of time, phospho- 
rus-containing sediment is buried deep in the ocean 
floor and over long time periods is transformed into 
rock. Most of the phosphorus on Earth is found at the 
bottom of the ocean as a part of Earth’s crust. 
Periodically, violent geological shifts raise the once 
buried deposits. Now on land, exposed to wind and 
rain, the phosphorus minerals are eroded and become 
part of the phosphorus of the cycle. 


Phosphorus as a limiting nutrient 
in ecosystems 


The measure of how quickly and to what extent 
sunlight is converted into organic material by plants 
during photosynthesis is called primary productivity. 
Some ecosystems have high primary productivity, 
while others have very low productivity. Plant pri- 
mary productivity is not solely dependent on the 
availability of sunlight. In addition to water, other 
vital inorganic nutrients are required for growth and 
optimum primary productivity. Phosphorus is one 
such nutrient. 


In ecosystems, rarely will all required nutrients be 
used up at the same rate. When one nutrient is used 
before other nutrients, it is called a limiting nutrient. 
When limiting nutrients are added to an environment, 
they jump-start productivity, which continues until 
the limiting nutrient again is depleted. Phosphorus is 
a limiting nutrient in many terrestrial and aquatic 
ecosystems. The productivity of the primary pro- 
ducers in these areas is limited, held in check, by the 
amount of available phosphorus. This fact is why 
phosphorus is a main component of agricultural and 
household plant foods and fertilizers. 


Because phosphorus availability is often limited in 
fresh water systems, plant growth in lakes is con- 
trolled. A major problem with the use of phosphorus 
in fertilizers is the process of artificial eutrophication. 
Eutrophication is a large increase in the primary pro- 
ductivity of a lake. Eutrophication can be harmful to 
the natural balance of a lake and result in massive 
death of fish and other animals as dissolved oxygen 
levels are depleted from the water. As the growth of 
algae and aquatic plants goes unchecked, the lake 
slowly stagnates, becoming fouled. Artificial eutrophi- 
cation can occur when run-off rainwater from agricul- 
tural fertilizers that are used in excess reaches lakes. 
Another human cause of artificial eutrophication is 
run-off from mines. Mining in areas where rock is 
rich in phosphorus minerals can create dust that is 
blown by wind into nearby water systems. Similarly, 
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KEY TERMS 


Abiotic—A term used to describe the portion of an 
ecosystem that is not living, such as water or soil. 


Artificial eutrophication—A large increase in the 
primary productivity of a lake due to the actions of 
man, like fertilizer run-off from agricultural 
activities. 


Biogeochemical cycle—The process of recycling 
nutrients necessary for life among living non-living 
components of an ecosystem. The recycling can 
include geological, chemical, and __ living 
components. 


Biomass—Total weight, volume, or energy equiv- 
alent of all living organisms within a given area. 


Ecosystem—All of the organisms in a biological 
community interacting with the physical 
environment. 


Limiting nutrient—A chemical nutrient, such as 
phosphorus, which is necessary for growth but is 
found in limited quantities in a given ecosystem. 
Limiting nutrients limit the growth of dependent 
organisms. 


Primary productivity—The rate of conversion of 
sunlight energy into chemical energy within plants, 
called primary producers. 


rainwater can wash from mining areas to nearby lakes. 
A third cause of artificial eutrophication is the intro- 
duction of phosphorus into phosphorus-limited lakes 
by man-made laundry detergents. Many detergents in 
the past contained phosphorus. Effluent from house- 
holds eventually made its way to lakes where massive 
plant overgrowth occurred, spoiling the natural bal- 
ance present. Today, considerable progress has been 
made in producing phosphate-free detergents, which 
do not cause artificial eutrophication and preserve the 
normal cycling of phosphorus. 


Resources 
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[ Phosphorus removal 


Phosphorus (usually in the form of phosphate) is a 
normal part of the environment. It occurs in the form 
of phosphate containing rocks and as the excretory 
and decay products of plants and animals. Human 
contributions to the phosphorus cycle result primarily 
from the use of phosphorus-containing detergents and 
fertilizers. 


The increased load of phosphorus in the environ- 
ment as a result of human activities has been a matter of 
concern for more than four decades. The primary issue 
has been to what extent additional phosphorus has 
contributed to the eutrophication of lakes, ponds, and 
other bodies of water. Scientists have long recognized 
that increasing levels of phosphorus are associated with 
eutrophication. But the evidence for a direct cause and 
effect relationship is not entirely clear. Eutrophication 
is a complex process involving nitrogen and carbon as 
well as phosphorus. The role of each nutrient and the 
interaction among them is still not entirely clear. 


In any case, environmental engineers have long 
explored methods for the removal of phosphorus from 
wastewater in order to reduce possible eutrophication 
effects. Primary and secondary treatment techniques 
are relatively inefficient in removing phosphorus with 
only about 10% extracted from raw wastewater in 
each step. Thus, special procedures during the tertiary 
treatment stage are needed to remove the remaining 
phosphorus. 


Two methods are generally available: biological 
and chemical. Bacteria formed in the activated sludge 
produced during secondary treatment have an unusu- 
ally high tendency to adsorb phosphorus. If these 
bacteria are used in a tertiary treatment stage, they 
are very efficient in removing phosphorus from waste- 
water. The sludge produced by this bacterial action is 
rich in phosphorus and can be separated from the 
wastewater leaving water with a concentration of 
phosphorus only about 5% of its original level. 


The more popular method of phosphorus removal 
is chemical. A compound is selected that will react 
with phosphate in wastewater, forming an insoluble 
product that can then be filtered off. The two most 
common substances used for this process are alum, 
aluminum sulfate and lime, or calcium hydroxide. 
An alum treatment works in two different ways. 
Some aluminum sulfate reacts directly with phosphate 
in the wastewater to form insoluble aluminum phos- 
phate. At the same time, the aluminum ion hydrolyzes 
in water to form a thick, gelatinous precipitate of 
aluminum hydroxide that carries phosphate with it 
as it settles out of solution. 
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of Gale Group.) 


The addition of lime to wastewater results in the 
formation of another insoluble product, calcium 
hydroxyapatite, which also settles out of solution. 


By determining the concentration of phosphorus 
in wastewater, these chemical treatments can be used 
very precisely. Exactly enough alum or lime can be 
added to precipitate out the phosphate in the water. 
Such treatments are normally effective in removing 
about 95% of all phosphorus originally present in a 
sample of wastewater. 


See also Waste management; Water pollution. 
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[| Photic zone 


The photic zone, also called the euphotic or lim- 
netic zone, is the part of a lake or ocean where the rate 
of photosynthesis is greater than the rate of respiration 
by phytoplankton. Phytoplankton are microscopic 


GALE ENCYCLOPEDIA OF SCIENCE 4 


plants living suspended in the water column that have 
little or no means of motility. They are primary pro- 
ducers that convert solar energy into energy stored in 
the chemical bonds of carbohydrates. The compensa- 
tion point, where photosynthesis equals respiration, 
defines the lower limit of the photic zone. Above this 
point, the phytoplankton population grows rapidly 
because there is abundant sunlight to support fast 
rates of photosynthesis. Below the compensation 
point, the intensity of sunlight is too low and the rate 
of respiration is faster than the rate of photosynthesis. 
The photic zones of the world’s lakes and oceans are 
critically important because the primary producers 
upon which the rest of the food web depends, are 
concentrated in these zones. 


Other layers in oceans and lakes 


Below the photic zone, in both oceans and lakes, is 
the profundal or dyspohotic zone. In the profundal 
zone there is still some light, but not enough to support 
photosynthesis. In oceans, the even deeper depths are 
called the abyssal zone. This part of the ocean has 
virtually no sunlight, and is usually deeper than 
6,562 ft (2,000 m). The deepest layer of the ocean, 
below 19,686 ft (6,000 m), is called the hadal zone. 
All of these zones receive a constant rain of organic 
debris and wastes from the photic zone which serves as 
a organic material for the organisms living in the 
deeper volumes. 


All of these are open-water zones, as compared 
with the shallow areas near the edges of oceans and 
lakes, called the coastal and littoral zones, respectively. 
Most of these smaller, shallow areas receive sufficient 
sunlight to allow plant productivity to occur down to 
the lake or ocean bottom. 


The importance of nutrients and light 
in photic zone 


Primary production in the photic zone is influ- 
enced by three major factors—nutrients and light, 
which are essential for photosynthesis, and grazing 
pressure, the rate at which the plants are eaten by 
herbivores. Nutrients, especially phosphate and nitrate, 
are often scarce in the photic zone because they are 
used up quickly by plants during photosynthesis. 
External inputs of nutrients are received through rain- 
fall, river flow, the weathering of rocks and soil and 
from human activities, such as sewage dumping. 
Nutrient enrichments also occur through internal phys- 
ical processes such as mixing and upwelling that resus- 
pend nutrients from deeper regions. 


As plants in the photic zone grow and reproduce, 
they are consumed by herbivores, which excrete their 
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wastes into the water column. These wastes and other 
organic particles then rain down into the lower regions 
and eventually settle into the sediment. During periods 
of resuspension, such as remixing and upwelling, some 
of these nutrient-rich materials are brought back up to 
the photic zone. Remixing refers to processes whereby 
the water of a lake is thoroughly mixed from top to 
bottom, usually by the force of wind. 


Upwellings can sometimes occur in cool lakes 
with warm underground springs, but they are much 
more important in oceans. An upwelling is an area in 
the ocean where the deeper, nutrient-rich waters are 
brought to the surface. Oceanic upwellings can be 
caused when the wind tends to blow in a consistent 
direction across the surface of the ocean. This causes 
the water to pile up at the lee end of the wind’s reach 
and, through the sheer weight of the accumulation, 
pushes down on the deeper volumes of water at the 
thick end. This pushing causes the deeper, nutrient- 
rich water to rise to the surface back at the region 
where the winds began. 


Upwellings can also be caused by deep ocean cur- 
rents that are driven upwards because of differences in 
water temperatures. Such upwellings tend to be very 
extensive. Upwellings can also occur on a short-term 
basis when underwater uplands and seamounts force 
deep currents to the surface. Regardless of the origin of 
the resuspension event, these cooler, nutrient-rich 
waters stimulate the productivity of phytoplankton in 
the photic zone. Photic zones that are replenished with 
nutrients by either upwellings and or remixing events 
tend have very high primary production. 


Light is essential to photosynthesis. The depth to 
which light penetrates a water column can vary sub- 
stantially in space and time. The depth of the photic 
zone can vary from a few centimeters to several hun- 
dred meters. Sunlight is scattered and absorbed by 
particles and dissolved organic matter in the water 
column, and its intensity in water decreases with 
depth. In some cases, when nutrient concentrations 
are high, the photic zone becomes shallower. This is 
because the nutrients stimulate the growth of phyto- 
plankton, and these cells then absorb more of the sun- 
light entering the water column and shade the layers 
below. Other areas may have very deep photic zones 
because the nutrient concentration is very small and 
therefore, the growth of primary producers is limited. 


The ideal convergence of sufficient nutrients and 
sunlight occurs in relatively few areas of our oceans and 
lakes. These areas are, however, extremely productive. 
For example, areas off the coasts of Peru, northern 
Chile, eastern Canada, and Antarctica are responsible 
for much of the fish production of the world. 
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KEY TERMS 


Abyssal zone—Volume of water near the bottom of 
the ocean where there is no sunlight, usually below 
6,562 ft (2,000 m). 

Compensation point—The point at which the rate 
of photosynthesis just equals the rate of respiration 
by phytoplankton. This is the lower limit of the 
photic zone. 


Eutrophication—The enrichment of natural water 
bodies through the addition of nutrients, usually 
phosphate and/or nitrate, leading to an excessive 
growth of phytoplankton. 


Hadal zone—The deepest layer of the ocean, 
below 19,686 ft (6,000 m). 


Photosynthesis—The process of converting water 
and carbon dioxide into carbohydrates (sugars), 
using solar energy as an energy source. Oxygen is 
released during this process. 


Phytoplankton—Microscopic plants having no or 
little ability to move themselves, and therefore are 
subject to dispersal by water movement. 


Primary production—The production of organic mat- 
ter (biomass) by green plants through photosynthesis. 


Profundal zone—Zone below the photic zone 
where there is some light but not enough to support 
photosynthesis. 


Research in the photic zone 


Research in the photic zone is focused on three 
main priorities: eutrophication of water bodies, fun- 
damental food web research, and the understanding of 
nutrient cycling. Eutrophication is the enrichment of 
water bodies through the addition of nutrients, often 
leading to excessive phytoplankton growth. 
Eutrophication is a well understood process, but it 
remains as a serious problem in much of the world. 


Another important area is research into basic 
food webs. Many things are still to be discovered 
regarding the relative roles of species within aquatic 
food webs. The recent closure of the fisheries off east- 
ern Canada exemplifies the importance of basic under- 
standing of food webs in productive photic zones. 


A third area of research within the photic zone 
involves nutrient cycling within water bodies. Especially 
in oceans the movement of particles and nutrients by 
water currents are not well understood. The connections 
among wind, ocean currents, and global weather pat- 
terns are at the forefront of current research. 


See also Ocean zones. 


3298 


Resources 


BOOKS 

Cousteau, Jacques-Yves. The Ocean World of Jacques 
Cousteau: Window in the Sea. World Publishing 
Company, 1973. 

Garrison, Tom. Oceanography: An Invitation to Marine 
Science. Sth ed. Stamford, CT: Thompson/Brooks 
Cole, 2004. 

Thomas, David et al. eds. Phytoplankton Productivity: 
Carbon Assimilation in Marine and Freshwater Ecology. 
Oxford, U.K.: Blackwell Science Ltd., 2002. 


Jennifer LeBlanc 


I Photochemistry 


Photochemistry is the study of light-induced 
chemical reactions and physical processes. A photo- 
chemical event involves the absorption of light to 
create an excited species that may subsequently 
undergo a number of different reactions. These 
include unimolecular reactions such as dissociation, 
ionization, and isomerization; bimolecular reactions, 
which involve a reaction with a second molecule or 
atom to form a new compound; and reactions produc- 
ing an emission of light, or luminescence. A photo- 
chemical reaction differs notably from a thermally, or 
heat, induced reaction in that the rate of a photo- 
chemical reaction is frequently greatly accelerated, 
and the products of the photochemical reaction may 
be impossible to produce otherwise. With the advent 
of lasers (powerful, single-color light sources) the field 
of photochemistry has advanced tremendously over 
the past few decades. An increased understanding 
of photochemistry has great implications outside of 
the laboratory, as photochemical reactions are an 
extremely important aspect of everyday life, underly- 
ing the processes of vision, photosynthesis, photogra- 
phy, atmospheric chemistry, the production of smog, 
and the destruction of the ozone layer. 


The absorption of light by atoms and molecules to 
create an excited species is studied in the field of spec- 
troscopy. The study of the reactions of this excited 
species is the domain of photochemistry. However, 
the fields are closely related; spectroscopy is routinely 
used by photochemists as a tool for identifying reaction 
pathways and products and, recently, for following 
reactions as they occur in real time. Some lasers can 
produce a pulse of light that is only “on” for 1 femto- 
second (10°!° seconds). A femtosecond laser can be used 
like an extremely high-speed strobe camera to spectro- 
scopically “photograph” a photochemical reaction. 
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The basic laws of photochemistry 


In the early 1800s Christian von Grotthus (1785- 
1822) and John Draper (1811-1882) formulated the first 
law of photochemistry, which states that only light that 
is absorbed by a molecule can produce a photochemical 
change in that molecule. This law relates photochemical 
activity to the fact that each chemical substance absorbs 
only certain wavelengths of light, the set of which is 
unique to that substance. Therefore, the presence of 
light alone is not sufficient to induce a photochemical 
reaction; the light must also be of the correct wave- 
length to be absorbed by the reactant species. 


In the early 1900s the development of the quan- 
tum theory of light—the idea that light is absorbed in 
discrete packets of energy called photons—led to the 
extension of the laws of photochemistry. The second 
law of photochemistry, developed by Johannes Stark 
(1874-1957) and Albert Einstein (1879-1955), states 
that only one quantum, or one photon, of light is 
absorbed by each molecule undergoing a photochem- 
ical reaction. In other words, there is a one-to-one 
correspondence between the number of absorbed pho- 
tons and the number of excited species. The ability to 
accurately determine the number of photons leading 
to a reaction enables the efficiency, or quantum yield, 
of the reaction to be calculated. 


Photochemistry induced by visible 
and ultraviolet light 


Light that can break molecular bonds is most 
effective at inducing photochemical reactions. The 
energy required to break a molecular bond ranges 
from approximately 150 kiloJoules per mole to nearly 
1000 kJ/mol, depending on the bond. Visible light, 
having wavelengths ranging from 400-700 nanometers, 
corresponds to energies ranging from approximately 
300-170 kJ/mol, respectively. Note that this is enough 
energy to dissociate relatively weak bonds such as the 
single oxygen (O-O) bond in hydrogen peroxide (HO- 
OH), which is why hydrogen peroxide must be stored 
in a light-proof bottle. 


Ultraviolet light, having wavelengths ranging 
from 200-400 nm, corresponds to higher energies 
ranging from approximately 600-300 kJ/mol, respec- 
tively. Ultraviolet light can dissociate relatively strong 
bonds such as the double oxygen (O=O) bond in 
molecular oxygen (O2) and the double C=O bond in 
carbon dioxide (CO2); ultraviolet light can also 
remove chlorine atoms from compounds such as 
chloromethane (CH;Cl). The ability of ultraviolet 
light to dissociate these molecules is an important 
aspect of the stability—and destruction—of ozone 
molecules in the upper atmosphere. 
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Reaction pathways 


A photochemical process may be considered to 
consist of two steps: the absorption of a photon, fol- 
lowed by reaction. If the absorption of a photon causes 
an electron within an atom or molecule to increase its 
energy, the species is said to be electronically excited. 
The absorption and reaction steps for a molecule AB 
may be written as: AB + hv ~ AB’ AB’ — products 
where hv represents the energy of a photon of frequency 
v and the asterisk indicates that the species has become 
electronically excited. The excited species, AB’, has the 
additional energy of the absorbed photon and will react 
in order to reduce its energy. Although the excited 
species generally does not live long, it is sometimes 
formally indicated when writing photochemical reac- 
tions to stress that the reactant is an electronically 
excited species. The possible reactions that an electroni- 
cally excited species may undergo are illustrated below. 
Note: the symbols * and + denote different levels of 
electronic excitation. 


AB +hv — AB* 
Absorption of a photon (electronic excitation) 


Followed by: 


AB + hv -> AB* 
Absorption of a photon (electronic excitation) 


Followed by: 
i) AB* >» A+B Dissociation 
AB* => AB* +e lonization 


ii) 

iii) AB* + BA 

iv) AB* + C + AC + Bor ABC 
) 


AB* + DE — AB + DE* 


Isomerization 
Reaction 
Vv Energy Transfer 


(intermolecular) 


vi) AB*¥ +M —> AB+M Physical 
Quenching 
Energy Transfer 


(intramolecular) 


vii) AB* — ABt 


viii) AB* > AB + hu Luminsecence 


Dissociation 


The energy of an absorbed photon may be suffi- 
cient to break molecular bonds (path i), creating two 
or more atomic or molecular fragments. An important 
example of photodissociation is found in the photo- 
chemistry of stratospheric ozone. Ozone (O3) is pro- 
duced in the stratosphere from molecular oxygen (Oz) 
through the following pair of reactions: O2 + hv O + 
O and O + O.— O; where hn represents the energy of 
a photon of ultraviolet light with a wavelength less than 
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260 nm. Ozone is also dissociated by short-wavelength 
ultraviolet light (200-300 nm) through the reaction: 
O3 + hv > O, + O. The oxygen atom formed from 
this reaction may recombine with molecular oxygen to 
regenerate ozone, thereby completing the ozone cycle. 
The great importance of stratospheric ozone is that it 
absorbs harmful short-wavelength ultraviolet light 
before it reaches Earth’s surface, thus serving as a 
protective shield. 


In recent years, the effect of chlorofluorocarbons, 
commonly known as Freons or CFCs, on the ozone 
cycle has become of great concern. CFCs rise into the 
stratosphere where they are dissociated by ultraviolet 
light, producing chlorine atoms (Cl) through the reac- 
tion: CFC + hv — Cl + CFC (minus one Cl). These 
chlorine atoms react with ozone to produce ClO and 
molecular oxygen: Cl + O3— ClO + O,. ClO reacts 
with the oxygen atoms produced from the photodisso- 
ciation of ozone in reaction 5 to produce molecular 
oxygen and a chlorine atom: ClO + O > O, + CL. 
Therefore, the presence of CFCs interrupts the natural 
ozone cycle by consuming the oxygen atoms that 
should combine with molecular oxygen to regenerate 
ozone. The net result is that ozone is removed from the 
stratosphere while the chlorine atoms are regenerated 
in a catalytic process to continue the destructive cycle. 


lonization 


The separation of an electron from an atom or 
molecule, leaving a positively charged ion, is a special 
form of dissociation called ionization. Ionization fol- 
lowing absorption of a photon (path ii) usually occurs 
with light of very short wavelengths (less than 100 nm) 
and therefore is usually not studied by photochemists, 
although it is of great importance in x-ray technology. 
X rays are also sometimes referred to as ionizing 
radiation. 


Isomerization 


An excited molecule may undergo a rearrange- 
ment of its bonds, forming a new molecule made up 
of the same atoms but connected in a different man- 
ner; this process is called isomerization (path ii). The 
first step in the vision process involves the light- 
induced isomerization of pigments in the retina that 
subsequently undergo a number of thermally and 
enzymatically driven reactions before ultimately pro- 
ducing a neural signal. 


Reaction 


An electronically excited species may react with a 
second species to produce a new product, or set of 
products (path iv). For example, the products of the 
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KEY TERMS 


Absorption—The acquisition of energy from a pho- 
ton of light by an atomic or molecular species, often 
causing electronic excitation. 


Electronic excitation—The state of an atom or mol- 
ecule in which an electron has been given addi- 
tional energy. 

Emission—The generation of a photon of light from 
an electronically excited atomic or molecular spe- 
cies in order to reduce its total energy. 


Photodissociation—The breaking of one or more 
molecular bonds resulting from the absorption of 
light energy. 


Photon—A quantum, or discrete packet, of light 
energy. 

Quantum yield—In a photochemical reaction, the 
number of product species divided by the number 
of photons that were absorbed by the reactant. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


ultraviolet dissociation of ozone (reaction 5) are 
themselves electronically excited: O03; + hv > O, + O°. 
These excited fragments may react with other atmospheric 
molecules such as water: O° + HO — OH + OH. Or 
they may react with ozone: O>" + O3— 205 + O. These 
reactions do not readily occur for the corresponding non- 
excited species, confirming the importance of electronic 
excitation in determining reactivity. 


Energy transfer 


In some cases the excited species may simply trans- 
fer its excess energy to a second species. This process is 
called intermolecular energy transfer (path  v). 
Photosynthesis relies on intermolecular energy transfer 
to redistribute the light energy gathered by chlorophyll 
to a reaction center where the carbohydrates that nour- 
ish the plant are produced. Physical quenching (path vi) 
is a special case of intermolecular energy transfer in 
which the chemical behavior of the species to which 
the energy is transferred does not change. An example 
of a physical quencher is the walls of a container in 
which a reaction is confined. If the energy transfer 
occurs within the same molecule, for example, and if 
the excess electron energy is transferred into internal 
motion of the molecule, such as vibration, it is called 
intramolecular energy transfer (path vit). 
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Luminescence 


Although it is not strictly a photochemical reac- 
tion, another pathway by which the excited species may 
reduce its energy is by emitting a photon of light. This 
process is called luminescence (path viii). Luminescence 
includes the processes of fluorescence (prompt emission 
of a photon) and phosphorescence (delayed emission of 
a photon). Optical brighteners in laundry detergents 
contain substances that absorb light of one wavelength, 
usually in the ultraviolet range, but emit light at a 
longer wavelength, usually in the visible range— 
thereby appearing to reflect extra visible light and mak- 
ing clothing appear whiter. This process is called fluo- 
rescence and only occurs while the substance is being 
illuminated. The related process, phosphorescence, per- 
sists after the excitation source has been removed and is 
used in “glow-in-the-dark” items. 
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[ Photocopying 


Photocopying is the process by which light is used 
to make copies of book pages and other paper docu- 
ments. Bulgarian physicist Georgi Nadjakov (1896— 
1981) discovered that some dielectrics (materials that 
are unable to directly conduct electric current) became 
permanently polarized when placed into an electric 
field and exposed to light. Nadjakov’s work with the 
photoelectric effect led to the invention of the photo- 
copier in the 1930s by American physicist and inventor 
Chester Carlson (1906-1968), who was also a New 
York patent attorney. Today the most widely used 
form of photocopying is xerography (dry writing), 
which was invented by Carlson. Indeed, the name of 
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the company founded to develop Carlson’s invention, 
Xerox Corporation, has become synonymous with the 
process of photocopying. However, a number of other 
forms of photocopying pre-dated the Carlson inven- 
tion and are still used for special applications. Among 
these other forms of photocopying are thermography, 
diazo processes, and electrostatic copying. 


Xerography 


Many different models of xerographic copying 
machines are available today, but they all operate on 
some common principles. The core of such machines is 
a photoconducting surface to which is added a nega- 
tive charge of about 600 volts. The surface could be a 
selenium-coated drum or an endless moving belt 
mounted on rollers, for example. The charged placed 
on the photoconducting surface is usually obtained 
from a corona bar, a thin wire that runs just above 
the surface of the photoconducting surface. When the 
wire is charged negatively, a strong electrical field is 
produced that causes ionization of air molecules in the 
vicinity of the wire. The negative ions thus produced 
are repelled by the negatively charged wire and attach 
themselves to the photoconducting surface. 


In another part of the machine, the original docu- 
ment to be copied is exposed to light. The light reflected 
off that document is then reflected off a series of mirrors 
until it reaches the negatively charged photoconducting 
surface. When light strikes the photoconducting sur- 
face, it erases the negative charges there. 


Notice the way the image on the original docu- 
ment is transferred to the photoconducting surface. 
Dark regions on the original document (such as 
printed letters) do not reflect any light to the photo- 
conducting surface. Therefore, those portions of the 
photoconducting surface retain their negative charge. 
Light regions on the original document (such as blank 
spaces) do reflect light to the photoconducting surface, 
causing the loss of negative charge in these regions. A 
letter a, for example, on the original document 
becomes an a-shaped region of negative electrical 
charge on the photoconducting surface. Similarly, 
areas of gray in the original document are also 
matched on the photoconducting surface because 
greater or lesser amounts of light are reflected off the 
document, causing greater or lesser loss of negative 
charge on the photoconducting surface. 


Addition of toner and fusing 


The next step in copying involves the addition of a 
toner to the photoconducting surface. A toner is a 
positively charged material that is added to the 


3301 


SutAdos0} 04g 


Photocopying 


photoconducting surface. Since it carries an electrical 
charge opposite that of the negatively charged photo- 
conducting surface, the toner sticks to the surface. The 
photoconducting surface now carries toner on its sur- 
face that matches regions of negative electrical charge 
that, in turn, matches dark regions on the original 
document, such as the a mentioned above. 


Finally, paper carrying a negative electrical charge is 
brought into contact with the photoconducting surface. 
The negative charge on the paper is made great enough 
to pull the positively-charge toner away from the photo- 
conducting surface and onto itself. The letter a formed 
by toner on the photoconducting surface, for example, 
has now been transferred to the paper. The paper passes 
through a pair of rollers that fuses (squeezes) the toner 
into the paper, forming a positive image that exactly 
corresponds to the image on the original document. 


As the final copy is delivered to a tray outside the 
machine, the photoconducting surface continues on its 
way. Any remaining electrical charge is removed and 
the surface is cleaned. It then passes on to the charger, 
where the whole cycle is ready to be repeated. 


Many kinds of toners have been developed for use 
in this process. As an example, one kind of toner 
consists of a thermoplastic resin (one that melts when 
it is heated) mixed with finely divided carbon. When 
the copy paper is passed through the rollers at the end 
of the copying process, the resin melts and then forms 
a permanent mixture with the carbon when it re-cools. 
Another kind of toner consists of finely divided car- 
bon suspended in a petroleum-like liquid. The toner is 
sprayed on the photoconducting surface and, when 
the liquid evaporates, the carbon is left behind. 


Color copying 


The general principle in color copying is the same as 
it is for black-and-white copying. The main difference is 
that the light reflected off the original document must be 
passed through three filters—one green, one blue, and 
one red—before it is transmitted to the photoconducting 
surface. Then, toner particles of three distinct colors— 
yellow, magenta, and cyan—must be available to corre- 
spond to each of the three document colors. The toners 
are added separately in three separate and sequential 
operations. These operations must be overlaid very care- 
fully (kept in register) so that the three images corre- 
spond with each other exactly to give a copy that 
faithfully corresponds to the original document. 


Electrostatic copying 


A process somewhat similar to that used in xerog- 
raphy is electrostatic copying. The major difference 
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between these two processes is that in electrostatic 
copying, the endless photoconducting surface is omit- 
ted from the machine and the copy paper is specially 
treated to pick up the toner. 


The paper used in electrostatic copying is treated 
with a material consisting of zinc oxide combined with 
a thermoplastic resin. When that paper is fed into the 
copy machine, it is first passed through a corona 
charging bar, similar to the one used in xerography. 
Within the charging bar, the zinc oxide coating picks 
up a negative electrical charge. 


In the next section of the copy machine, the original 
document is exposed to light, which reflects off the 
white portions of the document (as in a xerographic 
machine). Dark portions of the document, such as the 
letter a in the document, do not reflect light. Light 
reflected off the original document is then reflected by 
a series of mirrors to the treated copy paper, which has 
been passed into this section of the machine. Light 
striking the copy paper removes negative charges placed 
by the charged bar, leaving charged sections that corre- 
spond to the absence of light; that is, the dark places on 
the original document. In this respect, the copying 
process is exactly like that which occurs in xerography. 


Next, the exposed copy paper is passed through a 
toner bath, where positively charged toner attaches 
itself to negatively-charged areas on the copy paper. 
When the paper is passed through a pair of rollers, the 
toner is pressed into the copy paper, forming a perma- 
nent positive image that corresponds to the image on 
the original document. 


The electrostatic copy process became less popu- 
lar when xerographic processes were improved. The 
main drawback of the electrostatic process was the 
special paper that was needed, a kind of paper that 
felt different from ordinary paper and was more 
expensive to produce and to mail. 


Thermography 


Thermography (heat writing) is a method of copying 
that is based on the fact that dark regions of a document 
absorb heat more readily than do light spaces. If heat is 
applied to this page, for example, it will be absorbed 
more readily by the letters on the page than by the 
white spaces between the letters. As with electrostatic 
copying, themographic copying requires the use of spe- 
cially treated paper. The paper used in thermography is 
coated with ferric [iron(II] compounds in an acidic 
environment. When the paper is exposed to heat, a 
chemical reaction occurs that produces a dark image. 


In use, a thermographic copy machine requires that 
the original document and the copy paper be placed 
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KEY TERMS 


Copy paper—Plain or treated paper on which the 
image of an original document is produced in a 
copy machine. 


Corona bar—A device used to add an electrical 
charge to a surface, given that name because a 
pale blue light (a corona) often surrounds the device. 


Diazo copying—A copying process that makes use 
of changes in certain chemical compounds (diazo- 
nium compounds) when heat is added to them. 


Electrostatic copying—A copying process similar 
to xerography, but somewhat simpler in its proce- 
dure and requiring a specially-treated copy paper. 


Photoconducting surface—Any kind of surface on 
which a copy of a document can be made using 
light as the copying medium. 

Thermography—A type of photocopying in which 
portions of specially treated copy paper darken as a 
result of being exposed to heat. 


Toner—A material that carries an electrical charge 
opposite to that of a photoconducting surface that is 
added to that surface in a copy machine. 


Xerography—A type of photocopying that makes 
use of an endless photocopying surface to record 
light and dark areas in an original document as 
charged or uncharged areas on a photoconducting 
surface. 


into the machine in contact with each other. Some 
machines also use a transfer sheet placed in contact 
with the copy paper on the opposite side of the original 
document. A beam of infrared light is then shined 
through the document-copy paper (or document-copy 
paper-transfer sheet) combination. The infrared light 
heats dark spaces on the original document more 
strongly than light spaces. These heated areas—the 
places where text occurs on the document, for exam- 
ple—then cause darkening on the copy paper, produc- 
ing a positive image copy of the original document. 


Diazo copying 


Diazo copying gets its name from the fact that it 
makes use of copy paper that has been treated with a 
type of chemical known as diazonium compounds. As 
with the thermographic process described above, 
diazonium compounds change color when exposed 
to heat. In diazo copying, the original document and 
the diazo-treated copy paper are placed in contact 
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with each other in a light box. Then, they are exposed 
to a strong source of ultraviolet light. Dark regions on 
the original document become warm, causing corre- 
sponding areas on the diazo paper to darken. The 
color in these regions is brought about by exposing 
the copy paper to a developing agent such as ammonia 
gas. Blue-printing and brown-printing are specialized 
kinds of diazo copying. 
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| Photoelectric cell 


A photoelectric cell, also called sometimes a photo- 
tube, electron tube, or electric eye, is an electronic 
device that is sensitive to incident radiation, especially 
visible light, which is used to generate or control an 
output of electric current. During the latter half of the 
nineteenth century, many scientists and engineers were 
simultaneously observing a strange phenomenon: elec- 
trical devices constructed from certain metals seemed to 
conduct electricity more efficiently in the daytime than 
at night. This phenomenon, called the photoelectric 
effect, had been noted years earlier by French physicist 
Alexandre-Edmond Becquerel (1820-1891), who had 
invented a very primitive device for measuring the 
intensity of light by measuring the electrical current 
produced by photochemical reactions. 


The photoelectric effect is the process in which 
electromaganetic radiation such as visible light, x 
rays, or gamma rays strike matter and cause an elec- 
tron to be ejected. The ejected electron is called a 
photoelectron. 


At the time that Becquerel was performing his 
experiments, it was becoming evident that one metal 
in particular—selenium—was far more reactive when 
exposed to light than any other substance. Using sele- 
nium as a base, several scientists set out to develop a 
practical device for measuring light intensity. 
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Photoelectric effect 


A number of them succeeded. In 1883, American 
inventor Charles Fritts created a working photoelec- 
tric cell; that same year German engineer Paul Nipkow 
used a photoelectric cell in his Nipkow’s disk—a 
device that could take a picture by measuring the 
lighter and darker areas on an object and translate 
them into electrical impulses. The precursor to the 
modern photoelectric cell was invented by German 
physicists Hans Geitel (1855-923) and Julius Elster 
(1859-1920) by modifying a cathode-ray tube (CRT). 


Strangely, the explanation for why selenium and 
other metals produced electrical current did not come 
until 1902, when German physicist Phillip Lenard 
(1862-1947) showed that radiation within the visible 
spectrum caused these metals to release electrons. This 
was not particularly surprising, since it had been 
known that both longer radio waves and shorter x 
rays affected electrons. In 1905, German-American 
physicist Albert Einstein (1879-1955) applied the 
quantum theory to show that the current produced 
in photoelectric cells depended upon the intensity of 
light, not the wavelength; this proved the cell to be an 
ideal tool for measuring light. 


The affordable Elster-Geitel photoelectric cell 
made it possible for many industries to develop photo- 
electrical technology. Probably the most important 
was the invention of transmittable pictures, or tele- 
vision. Employing a concept similar to that used in 
Nipkow’s scanning disk, a television camera translates 
the light and dark areas within its view (and, later, the 
colors within) into a signal that can be sent and 
decoded into a picture. 


Another interesting application of photoelectric 
cells was the invention of motion pictures. As a film 
is being shot, the sound is picked up by a microphone 
and converted into electrical impulses. These impulses 
are used to drive a lamp or neon light tube that causes 
a flash, and this flash is recorded on the side of the film 
as a sound track. Later, when the film is played back, a 
photoelectric cell is used to measure the changes in 
intensity within the soundtrack and turn them back 
into electrical impulses that, when sent through a 
speaker, become sound. This method replaced the 
old practice of playing a gramophone recording of 
the actors’ voices along with the film, which was very 
difficult to time to the action on the screen. Stored on 
the same film, a soundtrack is always perfectly 
synchronized with the action. 


The photoelectric cell has since proven useful in 
many different applications. In factories, items on a 
conveyor belt pass between a beam of light and a 
photoelectric cell; when each item passes it interrupts 
the beam and is recorded by a computer, so that the 
exact number of items leaving a factory can be known 
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simply by adding up these interruptions. Small light 
meters are installed in streetlights to turn them on 
automatically when darkness falls, while more precise 
light meters are used daily by professional photogra- 
phers. Alarm systems have been designed using photo- 
electric cells that are sensitive to ultraviolet light and 
are activated when movement passes a path of invis- 
ible light. Cousin to the photoelectric cell is the photo- 
voltaic cell which, when exposed to light, can store 
electricity. Photovoltaic cells form the basis for solar 
batteries and other solar-powered machines. 


! Photoelectric effect 


The photoelectric effect is the process in which 
electromagnetic radiation such as visible light, x rays, or 
gamma rays strike matter and cause an electron to be 
ejected. The ejected electron is called a photoelectron. 


History 


The photoelectric effect was discovered by 
German physicist Heinrich Rudolph Hertz (1857- 
1894) in 1897 while performing experiments that led 
to the discovery of electromagnetic waves. Since this 
was just about the time that the electron itself was first 
identified, the phenomenon was not really under- 
stood. It soon became clear in the next few years that 
the particles emitted in the photoelectric effect were 
indeed electrons. The number of electrons emitted 
depended on the intensity of the light but the energy 
of the photoelectrons did not. No matter how weak 
the light source was made the maximum kinetic energy 
of these electrons stayed the same. The energy how- 
ever was found to be directly proportional to the 
frequency of the light. The other perplexing fact was 
that the photoelectrons seemed to be emitted instanta- 
neously when the light was turned on. These facts were 
impossible to explain with the then current wave 
theory of light. If the light were bright enough it 
seemed reasonable, given enough time, that an elec- 
tron in an atom might acquire enough energy to escape 
regardless of the frequency. 


The answer was finally provided in 1905 by 
German-American physicist Albert Einstein (1879- 
1955) who suggested that light, at least sometimes, 
should be considered to be composed of small bundles 
of energy or particles called photons. This approach 
had been used a few years earlier by Max Planck in his 
successful explanation of black body radiation. In 
1907 Einstein was awarded the Nobel Prize in physics 
for his explanation of the photoelectric effect. 
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The Einstein photoelectric theory 


Einstein’s explanation of the photoelectric effect 
was very simple. He assumed that the kinetic energy of 
the ejected electron was equal to the energy of the 
incident photon minus the energy required to remove 
the electron from the material, which is called the work 
function. Thus the photon hits a surface, gives nearly 
all its energy to an electron and the electron is ejected 
with that energy less whatever energy is required to get 
it out of the atom and away from the surface. The 
energy (E) of a photon is given by E = hy = he/A 
where h is Planck’s constant (6.62617 x 10°* Joules- 
second), y is the frequency of the photon, A is the 
wavelength of the photon, and c is the speed of light 
(2.99792 X 10° meters-second”').This applies not only 
to light but also to x rays and gamma rays. Thus, the 
shorter the wavelength the more energetic the photon. 
Einstein’s explanation of the photoelectric effect 
helped with the development of quantum theory, the 
description of matter and energy in the universe. 


This energy applies not only to light but also to x 
rays and gamma rays. Thus, the shorter the wave- 
length of the electromagnetic radiation, the more ener- 
getic becomes the photon. Einstein’s explanation of 
the photoelectric effect helped with the development 
of quantum theory, the description of matter and 
energy in the universe. 


Many of the properties of light such as interference 
and diffraction can be explained most naturally by a 
wave theory while others, like the photoelectric effect, 
can only be explained by a particle theory. This peculiar 
fact is often referred to as wave-particle duality and can 
only be understood using quantum theory, which must 
be used to explain what happens on an atomic scale and 
that provides a unified description of both processes. 


Applications 


The photoelectric effect has many practical appli- 
cations which include the photocell, photoconductive 
devices and solar cells. A photocell is usually a vacuum 
tube with two electrodes. One is a photosensitive cath- 
ode, which emits electrons when exposed to light and 
the other is an anode, which is maintained at a positive 
voltage with respect to the cathode. Thus, when light 
shines on the cathode, electrons are attracted to the 
anode and an electron current flows in the tube from 
cathode to anode. The current can be used to operate a 
relay, which might turn a motor on to open a door or 
ring a bell in an alarm system. The system can be made 
to be responsive to light, as described above, or sensi- 
tive to the removal of light as when a beam of light 
incident on the cathode is interrupted, causing the 
current to stop. Photocells are also useful as exposure 
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KEY TERMS 


Photocell—A vacuum tube in which electric cur- 
rent will flow when light strikes the photosensitive 
cathode. 


Photoconductivity—The substantial increase in 
conductivity acquired by certain materials when 
exposed to light. 


Photoelectric effect—The ejection of an electron 
from a material substance by electromagnetic radi- 
ation incident on that substance. 


Photoelectron—Name given the electron ejected 
in the photoelectric effect. 


Solar cell—A device by which sunlight is con- 
verted into electricity. 


Work function—The amount of energy required to 
just remove a photoelectron from a surface. This is 
different for different materials. 


meters for cameras in which case the current in the 
tube would be measured directly on a sensitive meter. 


Closely related to the photoelectric effect is the 
photoconductive effect which is the increase in electri- 
cal conductivity of certain non metallic materials such 
as cadmium sulfide when exposed to light. This effect 
can be quite large so that a very small current in a 
device suddenly becomes quite large when exposed to 
light. Thus photoconductive devices have many of the 
same uses as photocells. 


Solar cells, usually made from specially prepared 
silicon, act like a battery when exposed to light. 
Individual solar cells produce voltages of about 0.6 
volts but higher voltages and large currents can be 
obtained by appropriately connecting many solar 
cells together. Electricity from solar cells is still quite 
expensive but they are very useful for providing small 
amounts of electricity in remote locations where other 
sources are not available. It is likely however that as 
the cost of producing solar cells is reduced they will 
begin to be used to produce large amounts of electric- 
ity for commercial use. 
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Photogrammetry 
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tl Photogrammetry 


The American Society for Photogrammetry and 
Remote Sensing (ASPRS) defines photogrammetry as 
“the art, science, and technology of obtaining reliable 
information about physical objects and the environ- 
ment through the processes of recording, measuring 
and interpreting photographic images and patterns of 
electromagnetic radiant energy and other phenom- 
ena.” In this context, “art” refers to an advanced 
level of skill that can only be achieved through signifi- 
cant practical experience. 


Photogrammetrists are skilled at using photo- 
graphs to obtain reliable measurements. As used in 
forensic science, photogrammetry involves applying sci- 
entific and mathematical techniques to two-dimen- 
sional images in order to accurately measure two- or 
three-dimensional objects or to create three-dimen- 
sional models or reconstructions from the two-dimen- 
sional images. Photogrammetry is sometimes referred 
to as remote sensing, because it is used to measure 
objects without coming into physical contact with them. 


Although photogrammetry can encompass far 
range and aerial image creation, it is most often used 
in crime scene documentation at close range for either 
object identification or measurement. At crime scenes, 
it can be used to derive the locations of the perpetrator 
and victim during the event. It can be scientifically 
applied, long after the crime, to photographs and 
other images taken on-scene by forensic investigators 
in order to extract additional detail such as blood 
spatter, wound patterns, bite marks, and other minute 
evidence from photographs and other images. The 
extracted information can be used to develop evidence 
measurements or to create detailed crime scene maps. 


During fire and explosion investigations, there 
may be minimal physical evidence and poor visibility, 
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The FC-71 was used in the 1930s for Low Altitude Mapping 
Photogrammetry, now it is done by helicopter. (© Bob Sacha/ 
Corbis.) 


but much photographic (or other image) evidence 
gathered. Photogrammetric digital image processing 
techniques can produce enhanced images that may be 
readily viewed and interpreted, often providing impor- 
tant forensic information. 


Photogrammetric techniques can be used to make 
corrections in oddly angled images in order to place 
objects in the correct planes and at the proper angles 
for crime scene reconstruction, as well as to make 
virtually unlimited three-dimensional measurements 
from available crime-scene photographs. This can be 
done at any time, which is useful for providing answers 
to new questions, or for allowing more detailed anal- 
ysis of existing data. 


Forensic photogrammetrists utilize specialized 
cameras and/or other imaging equipment, targets, 
measurement devices, and computer modeling software 
for the purposes of crime scene measurement and 
reconstruction. By so doing, they make it possible to 
create scaled images, diagrams or three-dimensional 
models in which there is accurate placement of evi- 
dence without necessitating physical contact with any 
aspect of the original scene. 


See also Crime scene investigation; Crime scene 
reconstruction; Forensic science. 


Pamela V. Michaels 
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This satellite image is of the southwestern coast of Kalutara, in Sri Lanka, as the tsumani is pulling back out to sea on December 


26, 2004. (© Digital Globe/ZUMA/Corbis.) 


l Photographic resolution 


A critical aspect of photographic quality is resolu- 
tion. The term resolution in the context of photography 
refers to the degree to which adjacent objects can be 
distinguished from one another in a photographic 
image. Obviously, the higher the degree of resolu- 
tion—which is a function of the acuity of the photo- 
graphic equipment used, as well as the abilities of the 
operator—the better the quality of the photograph. 


The lower the figure given for the resolution, in 
metric or English units, the higher the degree of reso- 
lution. For example, the first four satellites of the 
CORONA project, which remained aloft throughout 
most of the period from June 1959 to December 1963, 
had a relatively high resolution of 25 feet (7.6 m), mean- 
ing that objects smaller than that size were likely to be 
indistinguishable from one another. Higher still was the 
resolution of the fifth satellite in the series, KH-4B 
(September 1967 to May 1972), at 6 feet (1.8 m). 
Photographs taken by KH-5, a satellite deployed for 
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mapping purposes between February 1961 and August 
1964, had a much lower degree of photographic reso- 
lution: 460 feet (140 m). 


Photographic recording of an accident or crime 
scene, or other venues where a forensic investigation is 
held, is vitally important. After the scene has been 
cleaned, photographs preserve the scene in time and 
allow visual analyses to be done long after the fact. 
The quality of the photographs is therefore extremely 
important. This is the reason why forensic photogra- 
phy is the domain of a professional photographer, 
rather than, for example, the investigating officers. 


Modern satellite cameras such as Landsat, SPOT, 
and Quickbird digital imaging systems send photo- 
graphic images that show resolutions of 2 feet (0.62 
m) for panchromatic images and 7.9 feet (2.4 m) for 
color images. Quickbird images were used in 2003 to 
help identify debris from the space shuttle Columbia, 
when it disintigrated upon reentry. 


See also Geospatial imagery; Photography; Photo- 
graphy, electronic. 
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Photography 


[ Photography 


Photography is the art and science of fixing 
images using light. For most of its history, this has 
usually meant using silver compounds that darken 
when exposed to light. With the growth of computers, 
photography is now often done using electronics that 
take millions of measurements of light colors and 
intensities over a focused image in order to make a 
record of that image. 


Photography has affected many areas of science 
and culture. Photography is not only a ubiquitous 
aspect of personal life but is an integral part of the 
modern printing, publishing, and advertising indus- 
tries, and is used extensively for scientific purposes. 
Motion pictures consist of a series of photographs, 
taken at the rate of 24 per second. 


The origins of photography 


Photography has been called the art of fixing a 
shadow. The ancient Greeks knew that a clear (though 
upside down) image of the outside world will be pro- 
jected if one makes a tiny hole in the wall of a dark 
room. But no one knew how to make this image per- 
manent. Called a camera obscura, such rooms were 
chiefly used as aids to drawing, and understanding 
perspective. After the Renaissance, when perspective 
became important, camera obscuras become smaller 
and more sophisticated. By the late eighteenth century, 
devices had been created that used a series of telescop- 
ing boxes and a lens to focus an image. Some even used 
a mirror to reflect the image upwards onto a piece of 
glass, making tracing images easier. Gentlemen 
brought small, portable camera obscuras with them 
when they traveled, tracing the images onto a piece of 
paper as a way to record their journeys. In today’s 
terms, by 1800 the camera had long since been 
invented, but no one had created film for it. 


Many people were thinking about this problem, 
however. Some chemists had noticed that sunlight 
cased certain mixtures of silver nitrates to darken. 
By the early nineteenth century, inventors were trying 
to combine the camera with these chemical discov- 
eries. The main problems included exposure times as 
long as eight hours, and how to make photographic 
images permanent. If light created photographic 
images, how could they be kept from further darken- 
ing once they were finished? This problem was even- 
tually solved by using hyposulfite of soda (now called 
sodium thiosulfite) to remove the undarkened silver 
particles. 
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The world’s first photograph, taken by Joseph Nicephore 
Niepce in 1826, of the courtyard of his family’s estate in 
France. (© Bettman Archive/Corbis.) 


Early photographic processes 


During the 1830s two different photographic proc- 
esses were invented. The daguerreotype became more 
popular at first. It was created by Louis Jacques Mande 
Daguerre, who created illusions for French theater, 
with help from Joseph Niepce, an inventor. Their proc- 
ess created images on copper plates coated with a mix- 
ture of photosensitive silver compounds and iodine. 
Daguerre realized he could significantly shorten the 
exposure time by using mercury vapor to intensify, or 
develop, the image after a relatively short exposure. 
This made the process more practical, but also danger- 
ous to the photographer since mercury is poisonous. 
Also, no copies could be make of daguerreotypes, mak- 
ing it virtually useless for purposes of reproduction. 


A rival process was created in England by Fox 
Talbot, a scientist and mathematician. He created 
images on paper sensitized with alternate layers of 
salt and silver nitrate. Talbot also used development 
to bring out his image, resulting in exposure times of 
30 seconds on a bright sunny day. Talbot’s process 
produced negative images, where light areas appear as 
dark, and dark areas as light. By waxing these nega- 
tives to make them clear, and putting another sheet of 
photographic paper under them, Talbot could make 
an unlimited number of positive images. This process 
was called a Calotype. 


The daguerreotype produced a positive image 
with extremely fine detail and was initially more pop- 
ular. The Industrial Revolution had helped create a 
growing middle class with money to spend, and an 
interest in new and better ways of doing things. Soon 
the area around Paris filled on weekends with families 
out to take portraits and landscapes. These early proc- 
esses were so slow, however, that views of cities turned 
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into ghost towns since anything moving became 
blurred or invisible. Portraits were ordeals for the 
sitter, who had sit rigidly still, often aided by arma- 
tures behind them. 


Other photography processes followed quickly. 
Some were quite different than the previous two meth- 
ods. One method, invented by French civil servant 
Hippoyte Bayard in 1839, used light as a bleach that 
lightened a piece of paper darkened with silver chlor- 
ide and potassium iodide. Papers employing carbon 
and iron rather than silver were also used. Platinum 
chloride, though expensive, proved popular with seri- 
ous or wealthy photographers because it rendered a 
fuller range of gray tones than any other process. 


Because Calotype negatives were pieces of paper, 
prints made from them picked up the texture of the 
paper fibers, making the image less clear. As a result, 
many artists and inventors experimented with making 
negatives on pieces of glass. A popular method bound 
silver compounds in collodion, a derivative of gun 
cotton that became transparent and sticky when dis- 
solved in alcohol. Negatives made using this process 
required a shorter exposure than many previous meth- 
ods, but had to be developed while still wet. As a 
result, landscape photographers had to bring portable 
darkrooms around them. These wet collodion nega- 
tives were usually printed on a paper treated with 
albumen. This produced a paper with a smooth sur- 
face that could be used in large quantities and repro- 
duced rich photographic detail. 


Dry plates using silver bromide in a gelatin ground 
appeared in 1878. They proved popular because they 
were easier than wet plates, and were soon produced by 
companies throughout the United States and Europe. 
In 1883, manufacturers began putting this emulsion on 
celluloid, a transparent mixture of plant fibers and 
plastic. Because celluloid was durable and flexible, its 
use led to the commercial development of negative film 
on long rolls that could be loaded into cameras. By 
1895, such film came with a paper backing so that it 
could be loaded outside of a darkroom. It was also far 
more sensitive to light than early photographic proc- 
esses. These developments made photography more 
accessible to the average person, and lead to the wide- 
spread popularity photography has today. 

Roll film also proved important to the motion pic- 
ture industry because it allowed a series of photographs 
to be recorded sequentially on the same strip of film. 


The evolution of cameras 


A commercial camera based on Daguerre’s pat- 
ent, came out in France in 1839. New camera designs 
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followed, mirroring the changing uses for and tech- 
nologies used in photography. Large portrait cameras, 
small, foldable cameras for portable use, and twin- 
lensed cameras for stereoscope photos came out soon 
after the invention of photography. Bellows cameras 
allowed photographers to precisely control the focus 
and perspective of images by moving the front and 
back ends of a camera, and thus the focal planes. 


The single lens reflex camera, which allowed for 
great control over focus and a fast exposure time, was 
an important advance that lead toward today’s cam- 
eras. This camera used a mirror, usually set at a 45 
degree angle to the lens, to allow photographers to 
look directly through the lens and see what the film 
would “see.” When the shutter opened, the mirror 
moved out of the way, causing the image to reach the 
film rather than the photographers eye. Single lens 
reflex cameras were in use by the 1860s, and used roll 
film by the 1890s. Because they were easy to use and 
allowed for a great degree of spontaneity, this type of 
camera proved popular with photojournalists, natu- 
ralists, and portrait photographers. 


In early photography, exposures were made by 
simply taking off and replacing the lens cap. With 
the introduction of dry plates and film that were 
more sensitive to light, photographers required a 
more precise way of making fast exposures, and shut- 
ters became necessary. By 1900, shutters were sophis- 
ticated enough to control the aperture size and shutter 
speeds, which generally went from one second to 1/ 
100th of a second. Lenses were improved to allow 
larger apertures without a loss of focus resolution. 
With exposure times becoming more precise, methods 
of precisely measuring light intensity became impor- 
tant. Initially, a strip of light-sensitive paper was used, 
then pieces of specially treated glass. The most accu- 
rate method used selenium, a light-sensitive element. 
Photoelectric meters based on selenium were intro- 
duced in 1932. They became smaller and less expen- 
sive, until by the 1940s, many cameras came with built- 
in light meters. 


Cameras continued to become lighter and smaller 
throughout the twentieth century. The 35 millimeter 
roll film camera so widely used today had it’s origins in 
a 1913 Leitz camera designed to use leftover movie 
film. In 1925 Leitz introduced the Leica 35mm camera, 
the first to combine speed, versatility, and high image 
quality with lightness and ease of use. It revolutionized 
professional and artistic photography, while later 
models following its basic design did the same for 
amateur photography. In the years that followed, 
motor drives that automatically advanced film, and 
flashes that provided enough light in dark situations 
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were perfected. The flash started in the mid-19th cen- 
tury as a device that burned a puff of magnesium 
powder. By 1925 it had become the flashbulb, using a 
magnesium wire. In the 1950s, the invention of the 
transistor and dry-cell batteries lead to smaller, lighter 
flashes, and smaller, lighter cameras as well. In all but 
the simplest cameras, photographic exposures are con- 
trolled by two factors: how long the shutter stays open, 
and the size of the hole in the lens is that admits light 
into the camera. This hole, called the aperture, is 
usually measured as a proportion of the distance 
from the aperture to the film divided by the actual 
diameter of the aperture. 


Early uses of photography 


Many artists were threatened by the invention of 
photography. Immediately after photography was first 
displayed to the public, the painter Paul Delaroche said, 
“From today, painting is dead.” In fact, many portrait 
painters realized that photography would steal their 
livelihood, and began to learn it. Ironically, many 
early photographic portraits are overly stiff and formal. 
With exposure times that could easily be half a minute, 
subjects had to be in poses in which they could remain 
motionless. As the chemistry of photography improved, 
exposure times shortened. The public appetite for pho- 
tographs grew quickly. By the 1860s, portraits on cards 
presented when visiting someone, and stereographic 
photos, which used two photographs to create an illu- 
sion of three-dimensional space, were churned out by 
machines in large batches. 


As with the camera obscura, one of the biggest 
initial uses of photography was to record travel and 
exotic scenery. Photographers lugged the cumbersome 
equipment used for wet collodion prints through 
Egypt, India, and the American West. At the time, 
Europeans were increasingly interested in exotic pla- 
ces (and were colonizing some of them), while most 
Americans got their first glimpses of a wilderness they 
would never see through photography. With more 
people living in cities and working in industrial set- 
tings, views of unspoiled nature were in demand. 


England’s Francis Frith became famous for his 
photographs of the Middle East in the 1850s. After 
the end of the Civil War in 1865, photographers like 
Edward Muybridge and Timothy O’Sullivan did the 
same in the American West, often emphasizing its 
desolate grandeur. (Muybridge’s photographic studies 
of motion later helped lead to motion pictures.) The 
West was still an unexplored frontier, and often these 
photographers traveled as part of mapping expedi- 
tions. The pictures they took of geysers in 1871 and 
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1872 played an important role in the decision to create 
Yellowstone National Park, America’s first national 
park. Some of these photographs sold thousands of 
copies and became part of how Americans saw their 
country. 


Photography as an art form 


For much of its early history, people argued 
about whether photography should be considered 
art. Some, including many artists (many of whom 
used photographs as guides for their own work), 
considered photography a purely mechanical process, 
produced by chemicals rather than human sensibility. 
Others said that photography was similar to other 
printmaking processes like etching and lithography, 
and no one argued that they were not art. Still, at 
large expositions, curators usually hung the photo- 
graphs in the science and industry sections rather than 
with the paintings. 


An 1893 showing of photographs in Hamburg, 
Germany’s art museum still provoked controversy. 
But that was about to change. In 1902, American 
photographer Alfred Stieglitz formed the 
PhotoSecession in New York City. The group’s 
shows and publications firmly advocated the view 
that photography was art. Their magazine, Camera 
Works, which used high-quality engravings to repro- 
duce photographs, proved extremely influential, 
showing that photography could be used for artistic 
purpose. 


Artistic photography reflected many of the same 
trends as other branches of art. By the end of World 
War I in 1918, leading-edge photography had moved 
away from the soft-focus pictorialism of the nineteenth 
century. It became more geometric and abstract. 
Photographers began concentrating on choosing 
details that evoked situations and people. Lighter, 
more versatile cameras enabled photographers to take 
scenes of urban streets. Photography proved important 
in documenting the Great Depression. Many photog- 
raphers concentrated on stark depictions of the 
downtrodden. 


At the other end of the spectrum, this interest in 
spare but elegant depictions of everyday objects 
worked well with advertising, and many art photogra- 
phers had careers in advertising or taking glamorous 
photographs for picture magazines. 


Landscape photography also flourished. The best 
known twentieth century landscape photographer, 
Ansel Adams, created a system for precisely control- 
ling the exposure and development of film to manipu- 
late the amount of contrast in negatives. 
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These developments helped give photography a 
separate and unique identity. The Museum of 
Modern Art in New York formed a department of 
photography in 1940, showing that the medium had 
been accepted as an art form. Since then, art photog- 
raphy has thrived, with many artists making impor- 
tant contributions in areas ranging from landscape to 
street photography to surrealist photomontage. 


Reproducing photographs using ink 


The history of photography is intimately linked to 
that of mass production. Publishing was growing 
quickly even as photography did, fueled by the growth 
of cities and newspapers and increased literacy. Before 
photography, newspapers, magazines, and illustrated 
books used wood engravings to illustrate their articles. 
These engravings could be printed in the same presses, 
using the same methods and papers as the movable 
type used to print text. The images and type could 
therefore be printed on the same piece of paper at the 
same time. For photography to become practical for 
publishing, a way of cheaply reproducing photos in 
large editions had to be found. Some were skeptical 
that photography would ever prove important as an 
illustrative method. Most illustrations for newspaper 
articles were created by artists who had not seen the 
events they were rendering. If the imagination was so 
important in illustration, what need was there for the 
immediacy and “truthfulness” of a photograph? 


Finding a method for mechanically reproducing 
photographs in large numbers proved difficult. By the 
late nineteenth century, several methods had been 
perfected that created beautiful reproductions. But 
these methods were not compatible with type or with 
mass production. This limited their usefulness for edi- 
tions larger than a couple of hundred copies. An early 
method that was compatible with type, developed by 
Frenchman Charles Gillot around 1875, produced 
metal relief plates that could reproduce only lines 
and areas of solid tone. 


The method that finally worked, called photoen- 
graving, broke the continuous tones of a photograph 
down into patterns of black dots that were small 
enough to look like varying shades of gray when seen 
from a slight distance. Such dot patterns, called screens, 
can easily be seen in a newspaper photograph, but a 
photograph in the finest magazine or art book uses 
essentially the same method, although it may require a 
magnifying glass to see the dots. Although Fox Talbot 
had conceived of using a screen to reproduce photo- 
graphs as early as 1853, a practical screening method 
was first patented in 1881 by Frederick E. Ives. 
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A photoengraving is made by coating a printing 
plate with light-sensitive emulsion. A negative is then 
printed on the plate through a grid, called a screen, 
which breaks the image into dots. The dots are made 
acid resistant, and then the plate is put into a bath of 
acid. This removes areas around the dots, making the 
dots raised. The dots can then be inked with a roller, 
and printed on paper using a printing press. 


By the 1890s these halftones (so called because 
they were composed of areas that were either black 
or white), were appearing in magazines and books, 
and some newspapers. With the edition of photo- 
graphs, publications evolved, changing their layouts 
to emphasize the powerful realism of the new medium. 
Magazines began sending photographers to the scenes 
of wars and revolutions. The resulting photographs 
often did not appear until days or weeks later, but the 
images they brought back from conflicts like the 
Spanish-American war and World War I fascinated 
the public to a degree it is hard to imagine now that 
wars are broadcast live on television. 


The mass production of photographic images 
affected more than publications. Original photo- 
graphs were costly. But such images became afford- 
able when printed by a printing press. We think 
nothing of getting a postcard with a photograph on 
it, but until the invention of photoengraving, such 
postcards were far more expensive. Nor did an image 
have to be a photograph to benefit from photoengrav- 
ing. A drawing or painting, whether for an art book or 
an advertisement, could be photographed, then 
printed through a screen to create a mass-reproducible 
image. 


Halftone reproductions quickly increased in qual- 
ity, partly under pressure from magazine advertisers, 
who wanted their products to look good. By the time 
World War I began in 1914, magazine reproductions 
were sometimes as good as less expensive modern 
reproductions. 


These developments expanded and changed the 
audience for photography. To appear in a mass-circu- 
lation magazine, a photograph had to have mass 
appeal. Many photographers had earned a living sell- 
ing photographs and postcards of local sights. This 
became difficult to do once photographs of the most 
famous international sights and monuments became 
widely available. 


Reproductions were not the only way large audien- 
ces could see photographs, however. Many photos were 
shown in the nineteenth century equivalent of the slide 
projector. Called the magic lantern, it was often used to 
illustrate lectures. Early documentary photography was 
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often shot to accompany lectures on subjects like the 
condition of the poor in urban slums. 


Color photography 


From the invention of photography, most people 
considered its inability to render color to be an impor- 
tant defect. Many early photographs had color 
painted on by hand in an attempt to compensate. 
Those attempting to solve the problem of creating 
color photographs took their cues from researchers 
into human vision, who theorized that all colors in 
nature are made from combinations of red, green, 
and blue. Thus early attempts to create color photo- 
graphs centered on making three layers of transparent 
images, one in each of these colors, and sandwiching 
them together. Each layer was photographed using 
filters to block out other colors of light. This resulted 
in photographs that were foggy with poor color. 


In 1904, the first practical method of creating 
color images, called the autochrome, was invented by 
the Lumiere brothers of Lyon, France. Autochromes 
used a layer of potato starch particles, dyed red, green, 
and blue, attached to a layer of silver bromide photo- 
graphic emulsion, all on a plate of glass. They were 
expensive and required long exposures, but autoch- 
romes had significantly better color and were easier 
to process than previous methods. By 1916, two other 
color methods competed with the autochrome. All 
were considered imperfect, however, because they 
were grainy, and their color was inaccurate and 
changed over time. Therefore, with the publishing 
industry and the public hungry for color photographs, 
attention turned to subtractive color methods. 


The subtractive color starts with white light, a 
mixture of all wavelengths of light, and subtracts 
color from it. The process uses a three-layer emulsion 
of yellow, cyan (a greenish-blue), and magenta (a cool 
pink). When subtracted from white, these colors pro- 
duce their opposites: red, green and blue. Kodak 
released a subtractive color film for motion pictures 
in 1935, and in 1938 a sheet film for photography, 
while the German Agfa Company released its own 
variation in 1936. Other companies followed. By the 
1940s, color negative roll film for use in 35 millimeter 
cameras was available. 


Two methods are currently used for creating color 
prints. In the chromogenic method the color dyes are 
created when the print is processed. In the dye-bleach 
or dye-destruction method, the color dyes are present 
before processing. The dyes not needed for the image 
are removed by bleaching. 
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Snapshots: popular photography 


For the first 50 years of its existence, photography 
was so difficult it usually dissuaded amateurs. In 1888, 
the first Kodak camera, aimed at the amateur market, 
sold for $25 (equal to about $513 in 2005 dollars). It 
used factory-loaded film of 100 exposures, and had to 
be returned to the factory for film development. In 
1900, the first of the very popular Brownie cameras 
was released. The camera cost $1 ($22 in 2005 dollars), 
the film was 15 cents a roll ($3.32 in 2005 dollars), and 
the camera was light and simple to operate. The 
Brownie, and the cameras that followed it, quickly 
made photography a part of American family life. 


Instant photographs 


Instant print film, which was introduced by 
Polaroid in 1948, delivers finished photographs within 
minutes. The film consists a packet that includes film 
and processing chemicals, and, often, photographic 
paper. After exposure, the packet is pulled from the 
camera. In the process it gets squeezed between rollers 
that break open the developing and fixing chemicals, 
spreading them evenly across the photographic sur- 
face. Although popular with amateurs for instant 
snapshots, instant photographs are often used by pro- 
fessional photographers as well because they can be 
used to test how lighting and compositions look to a 
camera before they shoot for later development. 


The uses of photography in science 


Photography has became an essential component 
of many areas of science. Ever since the U.S. Surgeon 
General’s office compiled a six-volume record of Civil 
War wounds shortly after the war, it has played a 
crucial role in the study of anatomy. Photographs 
can provide an objective standard for defining the 
visual characteristics of a species of animal or a type 
of rock formation. 


But photography can also depict things the human 
eye cannot see at all. Hours-long exposures taken 
through telescopes bring out astronomical details other- 
wise unseeable. Similar principals apply to some photos 
taken through microscopes. High-speed photography 
allows us to see a bullet in flight. In 1932, the existence 
of neutrons was proven using photographs, as was the 
existence of viruses in 1942. The dwarf planet Pluto was 
discovered through comparisons of photographic maps 
taken through telescopes. 


X rays taken at hospitals are really photographs 
taken with x-ray light rather than visible light. Similarly, 
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KEY TERMS 


Aperture—The size of the opening in a camera lens 
through which light comes. 


Camera obscura—A dark room or box with a light- 
admitting hole that projects an image of the scene 
outside. 


Negative—Images with tonal values reversed, so 
that objects appear dark. Usually negatives are 
film from which positive prints are made. 


Photoengraving—A process through which the 
continuous tones of a photograph are converted 
into black and white dots that can be reproduced 
on a printing press. 


Single lens reflex camera—A camera that uses a 
single lens and a mirror to admit light for the film 
and for the photographer to use to focus on. 


infrared and ultra-violet photographs, which detect invis- 
ible wavelengths of light, can be used for numerous pur- 
poses including astronomy and medicine, and the 
detection of cracks in pipes or heat loss from buildings. 
In all these cases, evidence and experimental results 
can be easily exchanged between scientists using 
photographs. 


Photography enters the computer age 


Like many other things, photography has been 
deeply affected by computers. Photographs now can 
be taken by cameras that do not even use film. Instead 
they use electronic sensors to measure light intensities 
and translate them into digital code that can be read by 
a computer. The computer translates the digital code 
into a grid of points, each assigned a number that 
represents a color (or level of gray for black-and- 
white photos). The process is similar to the way in 
which music is translated into digital form when it is 
put on a compact disc. 


Once digitized, images can be manipulated by com- 
puters in many of the same ways they can be changed 
while making prints in a darkroom. But because digital 
images are essentially a series of numbers, they can be 
manipulated in other ways as well. For publishing pur- 
poses, digital images can be converted to halftones by 
the computer, making the process easier and faster. As 
a result, many newspapers, magazines and advertising 
firms have switched to digital photography for increas- 
ing amounts of their work. 


See also Photocopying; Scanners, digital. 
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[ Photography, electronic 


In 1981, the Sony Corporation unveiled a filmless, 
electronic camera, the Mavica. Mavica was an acro- 
nym for Ma gnetic Vi deo Ca mera; it used an elec- 
tronic still-video system to record 50 analog images on 
a diskette. Although they were recorded on a diskette, 
they were not digital images. The images were played 
back on a monitor and were printed out by standard 
black-and-white or color computer printers on regular 
paper or on photographic paper. 


The early, still-video Mavica was not widely used. 
(In 2006, the brand name remained in use for a com- 
pletely different, fully digital Sony camera.) In 1986, 
Canon was the first company to introduce a profes- 
sional electronic camera on a commercial scale. Two 
years later, in 1988, Sony released the ProMavica for 
use in professional and industrial applications. The 
ProMavica is compatible with a set of standards 
agreed on by 43 potential still video manufacturers 
also in 1988 called the Hi-band standard. This agree- 
ment established international guidelines for still video 
photography much like the VHS standards for video 
tape recordings. The Hi-band standard includes indus- 
try standards for resolution (400 horizontal lines per 
image) and image quality. By 1990, Nikon, Minolta, 
and a number of other makers had joined Sony and 
Canon in producing still video cameras for both pro- 
fessionals and amateurs. 


The still video camera records the images it sees as 
analog electrical signals on the magnetic layer of a 
diskette. It scans the image one line at a time so a 
recognizable pattern is established for storing and 
reproducing the electronic signals. Resolution is car- 
ried by one signal, and two others carry color (much 
like hue and saturation on a television image). Liquid 
crystal display (LCD) screens may soon be added to 
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Photography, electronic 


still video cameras so the photographer can see the 
electronic image; but, by the late 1990s, electronic 
cameras used viewfinders much like film-based cam- 
eras. Diskettes are also a limitation and may be 
replaced by data storage on compact discs, which can 
already be used as a photographic storage method but 
not directly from the camera. 


Advantages of the still video camera are that 
processing is not needed (and processing chemicals 
are eliminated), images can be viewed or printed 
instantly, diskettes are erasable and can be re- 
recorded, and captured images can be manipulated 
and transmitted via e-mail and other methods using 
computer software that is relatively inexpensive. 


The digital still camera 


Fuji’s digital still camera (which debuted in 1988) 
converts analogs signals—the means by which an elec- 
tronic camera “sees” an image—to digital signals and 
stores them on a slide-in card that has fewer compli- 
cations of motors and drives than a diskette-based 
system. Resolution is better than the analog system, 
and, because the digital camera is typically connected 
to other digital devices for transfer or manipulation of 
its data, these transfers occur more quickly. The card 
also carries 50 images, and manufacturers are working 
on linking this technology to the digital audio tape 
(DAT) recording system to store 1,000 images on 
one tape in an electronic photo album; audio messages 
can also be recorded on this tape and played 
concurrently. 


Applications 


Uses for electronic still photography extend as far 
as the imagination. some examples: 


- In the styling/beauty salon, an operator can take an 
electronic photo of the customer and superimpose 
hundreds of hair styles and colors on the image, 
which is available from the camera immediately. 


Wholesale and retail buyers traveling long distances 
from main offices can photograph potential mer- 
chandise and have it reviewed and approved by man- 
agement at home as quickly as the images can be 
transferred. Purchases can be negotiated on the 
same buying trip, saving travel time or communica- 
tions time after the buyers return home. 


Journalism, including photojournalism, benefits by 
transferring photographic data over telephone lines 
via electronic mail (e-mail). Pictures from distant 
locations around the world are available for the 
next edition. 
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- Medical specialists can review photos of physical 
conditions or surgeries without the time and expense 
of moving either the patient or the specialist. 


- Police departments and other crime investigation 
agencies can immediately transmit artists’ renderings 
and photographs of suspects around the world. Still 
video is also critical to searches for missing children. 


- Thanks to CCD technology, amateur stargazers can 
use still video cameras attached to their telescopes to 
photograph the skies. Standard CCDs have to be 
modified to include a greater magnitude of resolu- 
tion and a greater wavelength range, but, with these 
changes, sensitive images and even spectrogram, 
which are made with special optics that spread star- 
light into the spectrum, can be recorded through 
backyard telescopes with digital cameras attached. 


Video cameras 


Video cameras are common in hand-held versions 
for the home photographer, but many professional 
video cameras are used to take still photos for profes- 
sional uses. They obtain high resolution especially 
through the super VHS format and can be linked to 
modems for immediate transfer of video or still shots. 
Specialized cameras with digital-video-image storage 
systems were used to take the first photographs of the 
HMS Titanic when she was discovered in her under- 
water grave in the Atlantic Ocean in 1986. The cam- 
eras were attached to an undersea sled called the Argo, 
and the versatility of the video recording method 
allowed many scientists means of analyzing the photo- 
graphic findings. Sophisticated video cameras are also 
used extensively in medicine, especially in operating 
rooms to permit several doctors to offer immediate 
comments on procedures and conditions. 


Other methods for electronic photography 


The specialized field known as “image processing” 
is growing out of electronic photography. An elec- 
tronic photograph may be taken using a still video 
camera, a video camera (using a single frame for the 
still image), or by digitizing a photographic image by 
using a scanner. After the photographic data has been 
stored, it can be manipulated by computer software in 
any number of ways. Parts of the photo can be erased, 
colors can be changed, composites can be made from 
several photographs, and contrast, sharpness, overall 
size, and size changes by cropping can be accom- 
plished by tweaking the data. By the late 1980s, the 
advertising industry especially had experimented 
extensively with this new technology and produced 
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startling images by combining photographic images in 
unlikely combinations. By the 1990s, scanners had 
improved greatly in resolution as well as dropping in 
price and were becoming standard accessories for the 
home computer. Photo-quality inkjet printers were a 
desktop standard by the early 2000s. 


Scanners and other image-input devices have been 
made possible largely because of charge-coupled devi- 
ces or CCDs. A CCD is an integrated circuit that 
produces an electrical charge that is unique to light 
striking a sensor element in the circuit. They are used 
in cameras (still and video), scanners, high definition 
televisions (HDTVs), and many other image-makers. 
Their speed and sensitivity has improved dramati- 
cally since they were first introduced in the 1970s, 
and they have made imaging devices affordable for 
desktop use. 


Scanners are available in a wide range of models 
that use different techniques. Desktop versions scan 
flat photographs in either black and white or color 
(color uses three scans to capture the basic image in 
black and white and then add color in two scans), and 
scanners for 35-millimeter slides are also in desktop 
sizes and are often used for professional work. 


Part of the attraction of electronic photography is 
the fact that images can be compressed as digital files 
and stored in a number of ways. Magnetic diskettes, 
rewritable CD-ROMS that use optical memory and 
recover images with laser readers, and cards and chips 
offer storage options depending on uses and cost. 
They also make the “electronic darkroom” possible 
for retouching and altering images; techniques for 
modifying photographs form the bridge between pho- 
tographic images and computer-generated ones. 


Technologies that are affordable by the general 
public may still have some limitations in quality, espe- 
cially in resolution (clearness of the image), shading 
and color ranges, and saturation. Systems used to 
make commercials and magazine ads, however, pro- 
duce high-quality images. 
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| Photon 


The photon is the basic unit, particle, or carrier of 
light. Although it may seem odd that light is made of 
particles or pieces, it is a fact that light and all other 
forms of electromagnetic radiation really do behave 
this way under certain conditions. At the same time, 
light and other electromagnetic radiation behaves 
exactly like a wave, not a particle, under certain 
other conditions. Neither description can be aban- 
doned: both are required. Such an object—both par- 
ticle and wave—is strictly impossible to visualize, but 
twentieth-century physics proved that light does have 
this dual or double nature, dubbed “wave-particle 
duality.” 


The light that we see, the x rays that dentists and 
radiologists use, and radio waves are all forms of 
electromagnetic radiation. Other forms include the 
microwaves that we use to cook food (and for com- 
munications) and the gamma rays that are produced 
when radioactive elements disintegrate. Although they 
seem quite different, all types of electromagnetic radi- 
ation behave in essentially similar ways. For example, 
the shadows of our teeth that are produced by x rays 
and captured on special film are really not that differ- 
ent from our visible shadows cast by the sun. If x rays 
and light are essentially the same, why is one visible to 
our eyes and the other invisible? 


Visible light comes in many different colors, like 
those in a rainbow. The colors can be understood by 
thinking of light as a vibration moving through space. 
Any vibration, or oscillation, repeats itself with a cer- 
tain rhythm, or frequency. For light, every shade of 
every color corresponds to a different frequency, and 
the vibration of blue light, for example, has a higher 
frequency than that of red light. It turns out that our 
eyes can only detect electromagnetic radiation for a 
relatively narrow range of frequencies, and so only 
those vibrations are “visible.” However, other forms 
of electromagnetic radiation are all around us with 
frequencies our eyes cannot detect. If our eyes could 
detect very high frequencies, we could see the x rays 
which can pass through many solid objects just like 
visible light passes through tinted glass. 


Originally, vibrations of light were thought to be 
somehow similar to water waves. The energy carried 
by that kind of vibration is related to the height of the 
wave, so a brighter source of light would seem to 
simply produce bigger waves. This idea provided a 
very effective way of understanding electromagnetic 
radiation until about 100 years ago. At that time sev- 
eral phenomena were found which could only be 
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explained if light was considered to be made up of 
extremely small pieces or “wave packets,” which still 
had some of the properties of waves. One of the most 
important phenomena was the photoelectric effect. It 
was discovered that when visible light shined on cer- 
tain metals, electrons were ejected from the material. 
Those free electrons were called photoelectrons. It was 
also found that it took a certain minimum amount of 
energy to release electrons from the metal. The origi- 
nal vibration concept suggested that any color (fre- 
quency) of light would do this if a bright enough 
source (lamp) was used. This was because eventually 
the waves of light would become large enough to carry 
enough energy to free some electrons. However, this is 
not what happened. Instead it was found that, for 
example, even dim blue light could produce photo- 
electrons while the brightest red light could not. The 
original vibration theory of light could not explain this 
so another idea was needed. 


In 1905, Albert Einstein suggested that this effect 
meant that the vibrations of light came in small pieces or 
“wave packets.” He also explained that each packet 
contained a predetermined amount (or quantum) of 
energy which was equal to a constant multiplied by the 
frequency of the light. This meant that a bright source of 
a particular color of light just produced more packets 
than a dim source of the same color did. If the energy, 
and therefore the frequency, of a packet was large 
enough, an electron could be freed from the metal. 
More packets of that frequency would release more 
electrons. On the other hand when the energy of a packet 
was too small, it did not matter how many packets 
struck the metal, no electrons would be freed. This new 
idea explained all the newly discovered phenomena and 
also agreed with effects that had been known for hun- 
dreds of years. Einstein’s wave packets became known 
as photons, which are somehow like indivisible pieces 
(like small particles) and also like vibrations. The dis- 
covery of this split personality was one of the factors that 
led to the theory of quantum mechanics. 


Light consists of photons—discrete or separate 
particles. Why, then, does light appear as a continuous 
flow? The answer is simply that there are so many 
quanta of light in any ordinarily illuminated space. 
Just as sand can pour like a liquid from a bucket, 
though it is made of separate crystals, large numbers 
of photons appear to us as a continuous flow. 
However, experiments have shown that under labora- 
tory conditions, a rod cell in the human eye is capable 
of responding to a single photon. For a conscious 
signal to be generated—that is, for a nerve impulse to 
be generated by the eye that can be perceived by our 
brain as a flash of light—about 5 to 10 photons must 
arrive within a tenth of a second. 
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KEY TERMS 


Electromagnetic radiation—The energy of pho- 
tons, having properties of both particles and 
waves. The major wavelength bands are, from 
short to long: cosmic, ultraviolet, visible or 
“light,” infrared, and radio. 


Quantum—The amount of radiant energy in the 
different orbits of an electron around the nucleus 
of an atom. 


Quantum mechanics—The theory that has been 
developed from Max planck’s quantum principle 
to describe the physics of the very small. The quan- 
tum principle basically states that energy only 
comes in certain indivisible amounts designated 
as quanta. Any physical interaction in which 
energy is exchanged can only exchange integral 
numbers of quanta. 
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[ Photosynthesis 


Photosynthesis is the biological conversion of 
light energy into chemical energy. It occurs in green 
plants and photosynthetic bacteria through a series of 
many biochemical reactions. 


In plants and algae, light absorption by chlorophyll 
catalyzes the synthesis of carbohydrate (Cg6H,20¢) and 
oxygen gas (O2) from carbon dioxide gas (CO) and 
water (HO). The process in bacteria is similar but not 
identical. 


Up until the early decades of the twentieth cen- 
tury, the prevailing scientific opinion was that photo- 
synthesis produced oxygen by splitting carbon 
dioxide. But this dogma was refuted by the Dutch- 
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born American resident microbiologist Cornelius van 
Niel (1897-1985). Van Niel studied photosynthesis in 
anaerobic bacteria, rather than in higher plants. Like 
higher plants, these bacteria make carbohydrates dur- 
ing photosynthesis. Unlike plants, however, they do 
not produce oxygen during photosynthesis; they use 
bacteriochlorophyll rather than chlorophyll as a pho- 
tosynthetic pigment. Van Niel established that photo- 
synthetic bacteria like purple sulfur bacteria require a 
compound that can accept electrons (in other words, 
the compound becomes oxidized). 


Van Niel’s proposal that the oxygen which plants 
produce during photosynthesis is derived from water, 
not from carbon dioxide, was proven true. This bril- 
liant insight was a major contribution to our modern 
understanding of photosynthesis. 


Modern plant physiologists commonly think of 
photosynthesis as consisting of two separate series of 
interconnected biochemical reactions, the light reac- 
tions and the dark reactions. The light reactions use 
the light energy absorbed by chlorophyll to synthesize 
high-energy molecules that break down rapidly. The 
dark reactions use these molecules to synthesize carbo- 
hydrates, a more stable form of chemical energy that 
can be stored by plants. Although the dark reactions do 
not require light, hence their name, they often occur in 
the light because they are dependent upon the light 
reactions. In higher plants and algae, the light and 
dark reactions of photosynthesis occur in chloroplasts, 
specialized chlorophyll-containing intracellular struc- 
tures which are enclosed by double membranes. 


In the light reactions of photosynthesis, light 
energy excites photosynthetic pigments to higher 
energy levels. When liberated, the energy is used to 
make two other high energy compounds, ATP (adeno- 
sine triphosphate) and NADPH (nicotinamide adenine 
dinucleotide phosphate). 


In higher plants and algae, the light reactions 
occur on the thylakoid membranes of the chloroplasts. 
The thylakoid membranes are inner membranes of the 
chloroplasts, which are arranged like flattened sacs. 
The thylakoids are often stacked on top of one 
another, like a roll of coins. A stack of thylakoids is 
referred to as a granum. 


The light reactions of higher plants require two 
photosynthetic compounds that contain chlorophyll 
and other compounds that are called carotenoids. 
These pigments are associated with special proteins 
that are embedded in the thylakoid membranes. The 
chlorophyll compounds strongly absorb light in the 
red and blue regions of the spectrum. Most carote- 
noids strongly absorb blue light. Thus, plant leaves are 


GALE ENCYCLOPEDIA OF SCIENCE 4 


green simply because their photosynthetic pigments 
absorb blue and red light but not green light. The 
absorbed light is utilized in a series of chemical reac- 
tions that synthesize the high-energy ATP and 
NADPH compounds. 


There are many different groups of photosyn- 
thetic algae. Like higher plants, they all have a chlor- 
ophyll compound as a photosynthetic pigment. They 
differ from higher plants in having different comple- 
ments of additional chlorophylls. The different chlor- 
ophylls and other photosynthetic pigments allow algae 
to utilize different regions of the solar spectrum to 
drive photosynthesis. 


Another photosynthetic microorganism are the 
cyanobacteria. This group was formerly called the 
blue-green algae and these organisms were once con- 
sidered members of the plant kingdom. However, 
unlike the true algae, cyanobacteria are prokaryotes, 
in that their DNA is not sequestered within a nucleus. 
Their photosynthetic mechanism is similar in some 
respects to that of higher plants. But, cyanobacteria 
differ from higher plants in that they have additional 
photosynthetic pigments, referred to as phycobilins. 
Phycobilins absorb different wavelengths of light than 
chlorophyll and thus increase the wavelength range, 
which can drive photosynthesis. 


Anaerobic photosynthetic bacteria, which cannot 
grow in the presence of oxygen do not produce oxygen 
during photosynthesis and only photosynthesize in 
environments which are lack oxygen (anaerobic). 
These bacteria use carbon dioxide and another oxidiz- 
able substrate such as hydrogen sulfide to make car- 
bohydrates, and have bacteriochlorophylls and other 
photosynthetic pigments which are similar to the 
chlorophylls used by higher plants. 


Another type of photosynthetic bacteria are two 
species in the genus Halobacterium. Most biologists 
now place this genus with methanogenic (methane- 
producing) bacteria in the Archaebacteria, a separate 
kingdom of organisms. Halobacteria thrive in very 
salty environments, such as the Dead Sea and the 
Great Salt Lake. 


Halobacteria are unique in that they perform 
photosynthesis without chlorophyll. Instead, their 
photosynthetic pigments are bacteriorhodopsin and 
halorhodopsin. These pigments are similar to sensory 
rhodopsin, the pigment that humans and other ani- 
mals use for vision. Bacteriorhodopsin and halorho- 
dopsin are embedded in the cell membranes of 
halobacteria and each pigment consists of retinal, a 
vitamin-A derivative, bound to a protein. Irradiation 
of these pigments causes a structural change in their 
retinal, referred to as photoisomerization. Retinal 
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KEY TERMS 


Calvin cycle—A series of energy-requiring photo- 
synthesis reactions used synthesize carbohydrates. 


Chloroplast—Green organelle in higher plants and 
algae in which photosynthesis occurs. 


Cyanobacteria (singular, cyanobacterium)—Photo- 
synthetic bacteria, commonly known as blue-green 
alga. 

Enzyme—Biological molecule, usually a protein, 
which promotes a biochemical reaction but is not 
consumed by the reaction. 


Eukaryote—A cell whose genetic material is car- 
ried on chromosomes inside a nucleus encased ina 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Organelle—Membrane enclosed structure within a 
eukaryotic cell which is specialized for specific 
cellular functions. 


Prokaryote—Cell without a nucleus, considered 
more primitive than a eukaryote. 


Stomata—Pores in plant leaves which function in 
exchange of carbon dioxide, oxygen, and water 
during photosynthesis. 


Stroma—The material that bathes the interior of 
chloroplasts in plant cells. 


Thylakoid—A membranous structure that bisects 
the interior of a chloroplast. 


photoisomerization leads to the synthesis of ATP, the 
same high-energy compound synthesized during the 
light reactions of higher plants. 
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l Phototropism 


Phototropism is the orientation of an organism in 
response to asymmetric illumination. Phototropism is 
commonly observed in the stems of higher plants, 
which bend toward a light source as they grow. 
Phototropism can be positive (bending toward a light 
source) or negative (bending away from a light 
source), depending on the organism and nature of 
the illumination. Phototropism and other tropisms 
are different from nastic movements, which are also 
common in plants. A tropism is the orientation of an 
organism in response to an external stimulus in which 
the stimulus determines the orientation of the move- 
ment. A nastic movement is a growth movement in 
which the stimulus does not determine the orientation 
of the movement. 


History of phototropism research 


Plant physiologists have investigated phototropism 
for over 100 years. The best-known early research on 
phototropism was by Charles Darwin, who reported 
his experiments in a book published in 1880, The Power 
of Movement in Plants. Although Darwin was better 
known for his earlier books on evolution (The Origin of 
Species and The Descent of Man), this book was an 
important contribution to plant physiology. 


Darwin studied phototropism in canary grass and 
oat coleoptiles. The coleoptile is a hollow sheath of 
tissue which surrounds the apical axis (stem) of these 
and other grasses. Darwin demonstrated that coleop- 
tiles are phototropic in that they bend toward a light 
source. When he covered the tips of the coleoptiles, 
they were not phototropic but when he covered the 
lower portions of the coleoptiles, they were photo- 
tropic. Darwin concluded from these and other experi- 
ments that (a) the tip of the coleoptile is the most 
photosensitive region; (b) the middle of the coleoptile 
is responsible for most of the bending; and (c) an 
influence which causes bending is transmitted from 
the top to the middle of the coleoptile. 


The Dutch-American botanist Frits Went built 
upon Darwin’s studies and began his own research 
on phototropism as a student in the 1920s. In partic- 
ular, Went attempted to isolate the chemical influence 
that Darwin described. He took tips of oat coleoptiles 
and placed them on small blocks of agar, a special type 
of gel. Then, he placed these agar blocks on the sides of 
other coleoptiles whose tops he cut off. Each coleoptile 
bent away from the side that had the agar block. Went 
also performed important control experiments. He 
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Plants respond to the direction and amount of light they receive. The seedling at the right was grown in normal, all-around light. 
The one in the center received no light. The plant at the left grew toward the light that it received on only one side. (Nige/ Caitlin. 


Photo Researchers, Inc.) 


observed that plain agar blocks, which were placed 
beneath the lower portions of coleoptiles had no effect 
on coleoptile bending. Went concluded that the 
coleoptile tips contained a chemical substance which 
diffused into the agar blocks and he named this sub- 
stance auxin. The auxin that Went studied was sub- 
sequently identified by chemists as indole-3-acetic acid 
(IAA). IAA is one of many plant hormones which 
control a number of aspects of plant growth and 
development. 


Cholodny-Went theory 


These and other experiments by Went led to what 
has become known as the Cholodny-Went theory of 
tropic curvature. In terms of phototropism, the 
Cholodny-Went theory proposes that (a) auxin is syn- 
thesized in the coleoptile tip; (b) the coleoptile tip 
perceives the asymmetric illumination and this causes 
auxin to move into the un-irradiated side; (c) auxin 
moves down the coleoptile so that lower regions 
develop an auxin asymmetry; and (d) the higher 
auxin concentration on the un-irradiated side causes 
the coleoptile to bend toward the light source. 


There is currently vigorous debate among plant 
physiologists about the Cholodny-Went theory. 
Critics have noted that Went and other early research- 
ers never actually measured the auxin concentrations 
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but only relied on bioassays performed with agar 
blocks. Furthermore, the early studies relied on small 
sample sizes which were statistically unreliable, and 
the researchers may have wounded the coleoptiles 
during tip removal. 


In addition, numerous recent experiments indi- 
cate that the coleoptile tip is not always necessary for 
tropic responses and that auxin gradients form in the 
tissue more slowly than the development of curvature. 


Despite these criticisms, many plant physiologists 
maintain that the basic features of the Cholodny-Went 
theory have been upheld. The debate about the 
Cholodny-Went theory has stimulated much new 
research in phototropism and gravitropism. Many 
researchers currently are investigating tropic curva- 
ture using modern time-lapse photography. Others 
are examining the role of additional plant hormones 
in regulating phototropism and gravitropism. 


The photoreceptor pigment 


There has also been an active search for the iden- 
tity of the photoreceptor pigment, an aspect of photo- 
tropism not covered by the Cholodny-Went theory. In 
the 1930s, many researchers believed the photorecep- 
tor was a carotenoid, a class of mostly orange plant 
pigments. They argued that carotenoids strongly 
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absorb blue light and phototropism is most effectively 
elicited by blue light. Furthermore, retinal, a carote- 
noid derivative, was identified as the photoreceptive 
pigment controlling vision in humans and other 
animals. 


However, more recent experiments appear to rule 
out a carotenoid as the photoreceptor. In particular, 
when seedlings are treated with norflurazon, a chem- 
ical inhibitor of carotenoid synthesis, they still exhibit 
phototropism. In addition, mutants of plants and 
fungi which have greatly reduced amounts of carote- 
noids are unaffected in their phototropic responses. 


A great variety of different experiments now indi- 
cate that a flavin (vitamin B-2) is the photoreceptor 
pigment. Like carotenoids, flavins strongly absorb 
blue light. However, unlike most carotenoids, they 
also strongly absorb radiation in the near-ultraviolet 
(370 nm) region. Radiation in the near-ultraviolet 
region of the spectrum is also highly effective in 
phototropism. 


Phototropism in other organisms 


While phototropism has been most intensively 
studied in vascular plants, many other organisms 
also exhibit phototropism. Phototropism occurs in 
the filaments and rhizoids of algae, germ tubes and 
protonemas of mosses, rhizoids and protonemas of 
ferns, spore-bearing stalks of certain fungi, and 
numerous other organisms. 


Many phototropism experiments have been per- 
formed on Phycomyces blakesleeanus, a zygomycete 
fungus. Phycomyces has slender spore-bearing stalks, 
referred to as sporangiophores, which bend in response 
to light and other external stimuli. Incredibly, the 
sporangiophore of Phycomyces 1s about as photosensi- 
tive as the eyes of humans and about one thousand 
times more photosensitive than a grass coleoptile. 
Furthermore, the sporangiophore has the ability to 
adapt to a one hundred million-fold change in ambient 
light intensity. These and other interesting character- 
istics of Phycomyces have made it an excellent model 
organism for investigation of phototropism. 


Phototropism in nature 


Laboratory studies of phototropism have a bear- 
ing upon the life of plants in nature. It is advantageous 
for a young seedling, such as a coleoptile, to bend 
toward the light so that its leaves can intercept more 
sunlight for photosynthesis and grow faster. 
Phototropism is also related to solar tracking, the 
orientation of a plant’s leaves in response to the sun. 
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KEY TERMS 


Agar—Carbohydrate derived from a red alga which 
biologists use in a gel form for culture media or 
other purposes. 


Bioassay—Estimation of the amount of a substance, 
such as a hormone, based upon its effect on some 
easily measured response of an organism. 


Coleoptile—Hollow sheath of tissue which sur- 
rounds the stem of young grass plants. 


Gravitropism—Orientation of an organism in 
response to gravity. 


Nastic movement—Growth movement controlled 
by external or endogenous factors in which the 
orientation of the movement is not determined by 
an external stimulus. 


Tropism—Orientation of an organism in response 
to an external stimulus such as light, gravity, wind, 
or other stimuli, in which the stimulus determines 
the orientation of the movement. 


Unlike the response in coleoptiles, which is caused by 
differential stem growth, solar tracking responses in 
most species are caused by pressure changes in special 
cells at the leaf base. Depending on the species and 
other factors, the blades of a mature leaf may be 
oriented perpendicular to the sun’s rays to maximize 
photosynthesis or parallel to the sun’s rays to avoid 
over-heating and desiccation. 


See also Geotropism. 


Resources 


BOOKS 

Osborne, Daphne J. and Michael T. McManus. Hormones, 
Signals and Target Cells in Plant Development. New 
York: Cambridge University Press, 2005. 


Peter A. Ensminger 


| Photovoltaic cell 


A photovoltaic cell, often called a solar cell, is a 
device that converts the energy in light, both photons 
from the sun (solar light) and non-solar sources, 
directly into electrical potential energy using a physical 
process called the photovoltaic effect. Photovoltaic cells 
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A custom-designed solar powered desalination system in Jeddah, Saudi Arabia. It is composed of 210 photovoltaic modules 
that supply 8 kilowatts of power (peak) for conversion of highly saline water into fresh drinking water. (Mobil Solar Energy 


Corporation/Phototake NYC.) 


are used to produce electricity in situations where they 
are more economical than other power generation 
methods. Occasionally, they are used as photodetectors. 


The photovoltaic effect has been known since 
French physicist Alexandre-Edmond  Becquerel 
(1820-1891) observed light-induced currents in a 
dilute acid in 1839. Explanation of the effect depends 
on quantum theories of light and solids that were 
proposed by German physicist Maxwell Planck 
(1858-1947) in 1900 and Scottish physicist Charles 
Thomson Rees Wilson (1869-1959) in 1930. 


The first solid-state photovoltaic cells were 
designed in 1954, after the development of solid-state 
diodes and transistors. Since then, the number of appli- 
cations of photovoltaic cells has been increasing, the 
cost per watt of power generated has been declining, 
and efficiency has been increasing. Enough photovol- 
taic modules to provide 50 MW of power were made in 
1991. The production rate increases by about 20% each 
year. As of 2006, efficiencies between 5 to 20% occur 
within commercially available photovoltaic cells. Costs, 
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at about this same time, run from about 0.60 to 0.25 
cents per kilowatt-hour (kWh). 


Photovoltaic cells have been used since 1958 to 
power many satellites orbiting the Earth. On Earth, 
they are used in remote areas where the cost of trans- 
porting electricity to the site is costly. Their use is one 
of a variety of alternative energy methods being devel- 
oped that do not depend on fossil fuels. They are also 
used for low-power mobile applications such as hand- 
held calculators and wrist watches. 


How they work 


Photovoltaic cells are made of semiconducting 
materials (usually silicon) with impurities added to 
certain regions to create either a surplus of electrons 
(n -type doping) or a scarcity of electrons (p -type 
doping, also called a surplus of holes). The extra elec- 
trons and holes carry electrical charges, allowing cur- 
rent to flow in the semiconducting material. 


When a photon hits the top surface of a photo- 
voltaic cell, it penetrates some distance into the 
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semiconductor until it is absorbed. If the photon’s 
energy is at least as large as the material’s energy 
band gap, the energy from the photon creates an elec- 
tron-hole pair. Usually, the electron and the hole stay 
together and recombine. In the presence of an electric 
field, however, the negatively charged electron and the 
positively charged hole are pulled in opposite direc- 
tions. This occurs for the same reason that one end of a 
magnet is attracted to another magnet while the other 
end is repelled. 


Junctions in semiconductors create electrical fields. 
A junction can be formed at the border between p - and 
n -doped regions, or between different semiconducting 
materials (a heterojunction), or between a semiconduc- 
tor and certain metals (forming a Schottky barrier). 


The movement of the charges in the photovoltaic 
cell creates a voltage (electrical potential energy) 
between the top and bottom of the cell. Electrical con- 
tacts attached to the cell at the p and x sides (the top and 
bottom) complete the cell. Wires attached to these con- 
tacts make the voltage available to other devices. 


The distance into the material that a photon goes 
before being absorbed depends on both how efficient 
the material is at absorbing light and the energy of the 
photon—high-energy photons penetrate further than 
low-energy photons. This is why x rays are used to 
image bones, but most visible light stops at the skin. 


Efficiency of a cell depends on the losses that 
occur at each stage of the photovoltaic process. 
Many of the sun’s photons are absorbed or deflected 
in the atmosphere before reaching Earth’s surface (this 
is described by a term called air mass). Some photons 
will reflect off or pass through the cell. Some electron- 
hole pairs recombine before carrying charges to the 
contacts on the ends of the cell. Some of the charges at 
the ends of the cells do not enter the contacts, and 
some energy is lost to resistance in the metal contacts 
and wires. 


The efficiency of the cell can be increased by shin- 
ing more light onto it using a concentrator (such as a 
focusing lens), by adding coatings (such as a mirror to 
the bottom of the cell to reflect unabsorbed light back 
into the cell), or by creating heterojunction cells with 
materials that have different band gaps, and thus are 
efficient at absorbing a variety of wavelengths. One of 
the most efficient photovoltaic cells reported was two- 
junction cell made of gallium arsenide and gallium 
antimony, coupled with a concentrator that increased 
the intensity of the light 100 times: it worked with 33% 
efficiency in a laboratory. In practice, ground-based 
solar cells tend to have average efficiencies of 13 to 
19% or less. 


3322 


Applications 


For low-power portable electronics, like calcula- 
tors or small fans, a photovoltaic array may be a 
reasonable energy source rather than a battery. 
Although using photovoltaics lowers the cost (over 
time) of the device to the user—who will generally 
never need to buy batteries—the cost of manufactur- 
ing devices with photovoltaic arrays is generally higher 
than the cost of manufacturing devices to which bat- 
teries must be added. Therefore, the initial cost of 
photovoltaic devices is often higher than battery-oper- 
ated devices. 


In other situations, such as solar battery chargers, 
watches, and flashlights, the photovoltaic array is used 
to generate electricity that is then stored in batteries 
for use later. 


Solar-electric homes 


Electricity for homes or other buildings farther 
than a couple football fields from the nearest electrical 
lines, may be cheaper if obtained from photovoltaic 
cells than by buying electricity from the local power 
utility, because of the cost of running an electrical line 
to the house. In most urban areas, however, buying 
electricity from a utility is much cheaper than using 
photovoltaics. 


The cost of using photovoltaic technology 
depends not only on the photovoltaic cells themselves 
but also on the batteries and equipment needed to 
condition the electricity for household use. Modules 
made of groups of photovoltaic cells set side-by-side 
and connected in series generate direct current (DC) 
electricity at a relatively low voltage, but most house- 
hold appliances use 120-V alternating current (AC). 
Inverters and power conditioners can transform DC 
to AC current at the correct voltage. 


The types of appliances in the house are also a 
consideration for whether to use photovoltaic. Some 
devices—like televisions, air conditioners, blow-dry- 
ers, or laser printers—require plenty of power, some- 
times all at once. Because photovoltaic cells do not 
change the amount of voltage they can supply, this 
sort of load can drain batteries rapidly. Many people 
with houses powered by photovoltaic cells buy energy- 
efficient lights and appliances and limit the number of 
unnecessary electrical devices in their homes. 


In remote parts of the world, entire villages are 
oftentimes powered by photovoltaic systems. A few 
utility companies in the United States and Europe run 
solar farms to produce electricity. Other industrial 
uses exist for photovoltaic cells, too. These are usually 
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low-power applications in locations inconvenient for 
traditional electrical sources. Some emergency road- 
side telephones and other communications devices 
have batteries that are kept charged by photovoltaic 
cells. Arrays of cells power cathodic protection: the 
practice of running current through metal structures 
to slow corrosion. 


Materials 


Many semiconductor materials can be used to 
make photovoltaic cells, but silicon is most popu- 
lar—not because it is most efficient, but because it is 
inexpensive because much silicon is produced for mak- 
ing microelectronics chips. Semiconductors such as 
gallium arsenide, cadmium sulphide, cadmium tellur- 
ide, and copper indium diselenide are used in special- 
purpose high-efficiency cells, but are more expensive 
than silicon cells. The highest-efficiency photovoltaic 
cells are made of such materials. 


Amorphous silicon 


The least expensive type of solar cell is made of a 
disordered type of silicon mixed with hydrogen. This 
hydrogenated amorphous silicon is used in photovol- 
taic cells for calculators and wristwatches. Amorphous 
silicon is deposited on a substrate as a coating. 


In 1974, David Carlson at RCA’s David Sarnoff 
Laboratory first made an amorphous silicon photo- 
voltaic cell. By 1988, amorphous cells with about 13% 
efficiency were made using a stacked-junction PIN 
device. 


Because large areas can be coated, the cost-per- 
device is relatively low. Its band gap is 1.7 eV, which 
means that it absorbs light at shorter wavelengths than 
the crystalline silicon and that it works well under 
fluorescent lights. Because it absorbs light efficiently, 
the cells can be made very thin, which uses less mate- 
rial and also helps make the cells less expensive. These 
devices, however, degrade in direct sunlight and have a 
shorter lifetime than crystalline cells. 


Crystalline silicon 


Cells made of single-crystal silicon, the same mate- 
rial used for microelectronics chips, supply more cur- 
rent than the other types of silicon. Unlike amorphous 
silicon, the voltage stays constant when different loads 
are applied. Single-crystal silicon photovoltaic cells that 
are protected from oxidizing last about 20 years. 


Polycrystalline silicon is not uniform enough to 
make electronic chips, but works well for photovoltaic 
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cells. It can be grown with less stringent control than 
single-crystal silicon but works nearly as efficiently. 


The latest developments of photovoltaic cells 
include organic polmer cells, dye sensitized cells, and 
quantum dot solar cells. These photovoltaic cells, and 
others, do not necessarily rely on a p-n junction but 
use other devices to function. For example, organic 
polymer cells use thin-films that are deposited on a 
supporting substrate, while quantum dot solar cells 
use quantum dots (a type of nanoparticle) suspended 
within a support matrix. 


In the 2000s, research in photovoltaic cell technol- 
ogy concentrates in refining current technologies to be 
less expensive and more efficient, while developing 
new technologies based on innovative designs and 
materials. 


See also Alternative energy sources. 
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tl Phylogeny 


Phylogeny is the inferred evolutionary history of a 
group of organisms. Paleontologists are interested in 
understanding the relationships between different spe- 
cies over long periods of past time. In order to recon- 
struct the physiology, behavior, and ecology of 
organisms that are extinct, it is exceedingly useful to 
place these organisms in an evolutionary context. As 
such, scientists study how and when species evolved, 
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or diverged, from a common ancestor. The sum of 
these evolutionary relationships is a phylogeny. 


A phylogeny is usually represented as a phyloge- 
netic tree in which organisms that evolved more 
recently are near the ends of branches and more 
ancient species are near the trunk. An organism at 
point at which two branches separate indicates that it 
was an ancestor to all of the species on any of the more 
distal branches. 


Phylogenetics, the science of phylogeny, is one 
part of the larger field of systematics, which also 
includes taxonomy. While taxonomy is primarily the 
creation of names for groups, systematics goes beyond 
this to elucidate new theories of the mechanisms of 
evolution. Phylogenetic systematics is an attempt to 
understand the evolutionary interrelationships of liv- 
ing things, trying to interpret the way in which life has 
diversified and changed over time. 


Cladistics is a method used in systematics to 
develop hypotheses of relationships among organ- 
isms. It provides an explicit and testable hypotheses 
of relationships between the organisms of interest. 


Cladistics is based on the fact that members of a 
group share a common evolutionary history and are 
more closely related to each other than to other organ- 
isms. The species in a closely related group share 
unique features, which are not present in more distant 
ancestors. These shared characteristics are called 
synapomorphies. 


In a cladistic analysis, organisms that belong in 
the same groups, or clades, are determined by examin- 
ing specific features or characters that those organisms 
share. For example, if a genus of plants has both red 
flowered and white flowered species, then flower 
color might be a useful character for determining the 
evolutionary relationships of those plants. If it were 
known that the white flowered form arose from the 
previously existing red flowered form (1.e., through 
a mutation that prevents formation of the red pig- 
ment), then it could be inferred that all of the white 
colored species arose from a single red-colored ances- 
tor. Characters that define a clade (e.g., white flower 
color in the example above) are called synapomor- 
phies. Characters that do not unite a clade because 
they are primitive (e.g., red flower color) are called 
plesiomorphies. 


In a cladistic analysis, it is important to know 
which character states are primitive and which are 
derived (that is, evolved from the primitive state). A 
technique called outgroup comparison is commonly 
used to make this determination. In outgroup compar- 
ison, the individuals of interest (the ingroup) are 
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compared with a close relative. If some of the individ- 
uals of the ingroup possess symapomorphies with the 
outgroup, then that character is assumed to be prim- 
itive. In the example discussed above, the outgroup 
has red flowers, so white is the derived state for flower 
color. 


There are three basic assumptions in cladistics: 


- Any group of organisms are related by descent from 
a common ancestor. 


- There is a bifurcating pattern of cladogenesis. 


- Change in characteristics occurs in lineages over 
time. 


The first assumption is a general assumption 
made for all evolutionary biology. It assumes that 
life arose on Earth only once, and therefore all organ- 
isms are related. Because of this, a meaningful pattern 
of evolutionary relations can be determined for any 
collection of organisms. 


The second assumption is that new kinds of 
organisms evolve from existing species. The final 
assumption is that new species have characteristics 
that are different from ancestral species, but may be 
shared with descendents. The convention is to call the 
ancestral characteristic plesiomorphic and _ the 
changed state apomorphic. The terms primitive and 
derived are also been used. 


Cladistics is useful for creating systems of classi- 
fication. It produces hypotheses about the relation- 
ships of organisms in a way that makes it possible to 
predict characters that may be found in different 
organisms, based on evolutionary relationships. This 
can be important, for example, in biomedical research 
focused on identifying particular genes or biological 
compounds. Particular genes and compounds are of 
interest by companies interested in improving crop 
yield or disease resistance, and in the search for med- 
icines. Cladistic hypotheses can be used as a tool to 
improve the efficiency of research. 


As an example, consider the plant species Taxus 
brevifolia. This species produces a compound, taxol, 
which is useful for treating cancer. Unfortunately, 
large quantities of bark from this rare tree are required 
to produce enough taxol for a single patient. Through 
cladistic analysis, a phylogeny for the genus Taxus has 
been produced that shows Taxus cuspidata, a common 
ornamental shrub, to be a very close relative of T. 
brevifolia. Taxus cuspidata may also produce large 
enough quantities of taxol to be useful. Having a 
classification based on evolutionary descent will 
allow scientists to select the species most likely to 
produce taxol. 
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Cladistics helps to elucidate mechanisms of evo- 
lution. It provides a structure in which to examine the 
way characters change within groups over time—the 
direction in which characters change, and the relative 
frequency with which they change. It is also possible to 
compare the descendants of a single ancestor and 
observe patterns of origin and extinction in these 
groups, or to look at relative size and diversity of the 
groups. An important feature of cladistics is its use in 
testing long-standing hypotheses about adaptation. 


l Physical therapy 


Physical therapy, sometimes called physiother- 
apy, is a medical specialty that provides treatment 
using various devices or the hands to strengthen 
muscles and supply flexibility to a part of the body 
that is subnormal. The need for physical therapy can 
be the result of a genetic condition, disease, surgery, or 
a trauma such as a burn or automobile accident. The 
goal of physical therapy is not necessarily to restore 
normality but to allow the patient to return to a com- 
fortable and productive life even if the problem 
persists. 


This exacting science has evolved from centuries 
of using natural therapeutic methods such as sunlight, 
warm springs, and warm mud to treat injuries. The 
modern form of physical therapy bloomed after World 
War I (1914-1918) when wounded soldiers were in 
great need of such services. Further incentive was 
provided by World War II (1939-1945), and the epi- 
demic of poliomyelitis in the mid-1950s again brought 
on great numbers of patients in need of therapy. The 
development of antibiotics and other modern thera- 
peutic measures preserved the lives of those who ear- 
lier would have died. These wounded, limbless, or 
diseased individuals needed a means to regain their 
independence and ability to earn a living. 


Modern physical therapists use heat and cold, 
electricity, massage, and various types of machines 
designed to assist flexibility or restore strength to a 
given body part. Efforts must go far beyond the simple 
exercising or heating of an injured limb, however. 
Most physical therapy is carried out by a team headed 
by a physiatrist, a physician who specializes in the 
application of various means of physical therapy. 
The physical therapist, a technician who is schooled 
in the muscles and joints and how to exercise them, 
carries out the exercise program with the patient. 
Devices that apply pressure in certain directions and 
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on which resistance can be adjusted are employed in 
the exercise program, as is simpler methodology such 
as walking or running. An engineer can build special 
equipment as needed or alter existing machinery to 
better suit the patient’s needs. The rehabilitation 
nurse provides basic medical care and tracks the 
patient’s progress. If needed, a psychologist is brought 
in to help the patient adjust to a new, less-comfortable 
lifestyle. An occupational therapist can assess the 
patient’s needs and provide instruction on how to 
move about his/her home, use prosthetic devices, and 
specially constructed assist devices such as doorknobs 
or fork handles that allow someone with a paralyzed 
hand to open doors or feed himself/herself. 


Modalities of physical therapy 


Four basic modalities are employed in physical 
therapy, each applied where and when it will do the 
most good. Not all of the modalities are used in every 
case. 


Cold therapy 


Cold therapy or cryotherapy is an effective means 
of reducing inflammation following an accident or 
injury. Cold therapy is applied in the form of ice 
packs, sometimes combined with massage, cold water 
bath of the injured area, and other methods. The 
reduced temperature will quell the firing of the nerve- 
muscle units and reduce muscle spasms, and that along 
with the anesthetic effect of the cold temperature will 
ease pain. Also, the cold reduces blood flow into the 
injury and reduces any bleeding that may be present 
and reduces oxygen demands of the injured tissue, 
thus preserving the muscle cells. An ice pack often is 
applied with a compression wrap to reduce swelling, 
and with elevation of the injured extremity above 
heart level for maximal reduction in swelling. 


Heat therapy 


Heat or thermotherapy may be employed only 
after the active swelling of the injury has abated, 24 
to 48 hours following the injury. Heat is conveyed into 
the injured area by the use of moist heat packs, hot 
paraffin, hot air or hot water as in a whirlpool bath, by 
infrared lamp, and by conversion. Conversion is the 
development of heat brought about by the passage of 
sound waves or electric current through tissue. 
Diathermy is an example of electrical waves directed 
into tissue and converted into heat. Ultrasound, very 
high-frequency sound waves, bring about the vibra- 
tion of the tissues, which increases the temperature 
within them. A form of application of sound waves 


3325 


Adesay} yeaiskyd 


Physical therapy 


called phonophoresis consists of application of a med- 
ication to the injured area followed by ultrasound to 
drive the medication deep into the tissues. 


Heat increases blood flow to an area, so should 
not be used when internal bleeding accompanies an 
injury. However, like cryotherapy, heat reduces 
muscle spasms by increasing the blood flow to an 
area, which helps to wash out metabolic waste prod- 
ucts and increase the amount of oxygen reaching the 
tissues. 


Electrical stimulation 


Application of electrical stimulation can restore 
muscle tone by stimulating muscles to contract rhyth- 
mically. This method is used often when an injured 
person has been confined to bed for a long period of 
time. Over time, muscles will atrophy and the patient 
will require long, arduous periods of exercise once he is 
mobile. The use of electrical stimulation can prevent 
muscle atrophy and reduce the necessary physical 
therapy regimen required later. Electricity is also 
used to drive molecules of medication through the 
skin into the tissues. This is called iontophoresis. A 
special machine called a TENS machine (transcutane- 
ous electrical nerve stimulation) beams electric current 
through the skin (transcutaneously) into the injured 
area specifically to stop pain. Why TENS has this 
ability to assuage pain remains open to question, but 
it is thought that it prevents pain perception by the 
sensory nerves in the injured area. That is, the nerves 
that normally would detect pain and carry the impulse 
to the spinal cord do not sense pain. The electrical 
signal from the TENS machine can be adjusted for 
frequency and strength to achieve its effect without 
patient discomfort. All electrical stimulation is deliv- 
ered by placing pads on or around the injured area to 
conduct the electrical current. 


Mechanical manipulation 


The use of massage, manipulation of the injured 
limb, traction, and weight lifting are part of the 
mechanical form of physical therapy. Massage is the 
rubbing, tapping, or kneading of an injured area to 
increase blood circulation and_ relieve pain. 
Manipulation consists of putting an injured joint 
through its movements from one extreme to the 
other. This is designed to restore full range of motion 
to the joint and eliminate pain from movement. 
Traction is the application of weight to stretch 
muscles or to help increase the space between verte- 
brae and relieve nerve compression. Manipulation 
may be carried out by a trained technician or by 
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using a machine especially constructed to exercise 
the injured joint. Resistance can be altered in the 
machine to make joint extension or flexing more 
difficult, thus helping to build the muscles that con- 
trol the joint movement. 


Many forms of physical therapy can be carried out 
at home, but the exercises must first be carefully 
explained by a trained therapist. Incorrect application 
of a physical therapy modality can be as harmful as 
any traumatic injury. Most modalities are applied 
two or three times daily over a period of time to help 
restore movement, flexibility, or strength to an injured 
area. 


Physical therapy and the aging adult 


Aging is a normal process. Some age-related bod- 
ily changes may be misunderstood and unnecessarily 
limit daily activities. Normal aging need not result in 
pain and decrease in physical mobility. A physical 
therapist is a source of information to understand 
these changes and offer assistance for regaining lost 
abilities or develop new ones. A physical therapist 
working with older adults understands the anatomical 
and physiological changes that occur with normal 
aging. The physical therapist will evaluate and develop 
a specially designed therapeutic exercise program. 
Physical therapy intervention may prevent life long 
disability and restore the highest level of functioning. 


Through the use of tests, evaluations, exercises, 
treatments with modalities, screening programs, as 
well as educational information, physical therapists: 
increase, restore or maintain range of motion, phys- 
ical strength, flexibility, coordination, balance and 
endurance; recommend adaptations to make the 
home accessible and safe; teach positioning, transfers, 
and walking skills to promote maximum function 
and independence within an individual’s capability; 
increase overall fitness through exercise programs; 
prevent further decline in functional abilities through 
education, energyconservation techniques, joint pro- 
tection, and use of assistive devices to promote inde- 
pendence; and improve sensation and joint sensitivity, 
and reduce pain. 


Common conditions 


A large number of conditions are treated effec- 
tively with physical therapy intervention. Examples of 
specific diseases and conditions that may be improved 
with physical therapy include: arthritis, sports/ortho- 
pedic injuries, joint replacements, cerebral vascular 
accident (stroke), coordination and balance disorders, 
and Alzheimer disease. 
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Professionals in the field 


Although many physical therapists work in hos- 
pitals, more than 70% can be found in private physical 
therapy offices, community health centers, corporate 
or industrial health centers, sports facilities, research 
institutions, rehabilitation centers, nursing homes, 
home health agencies, schools, pediatric centers, and 
colleges and universities. 


As a specialist in rehabilitation, the physical 
therapist typically works with other health care per- 
sonnel (including physicians, occupational therapists, 
rehabilitation nurses, and psychologists) to determine 
the patient’s goals; evaluates patients and implements 
treatment programs; teaches patients to use prosthetic 
devices; and provides instruction to patients to con- 
tinue the recovery when they are no longer under the 
direct care of the physical therapist. 


As a community health worker, the physical 
therapist may administer rehabilitative care in the 
home; teach prenatal and postnatal exercise classes; 
evaluate and treat children in public schools; and teach 
back-care classes to prevent back pain and injury. 


As an industrial therapist, the physical therapist 
may determine physical requirements for specific jobs; 
evaluate and treat an employee’s job-related physical 
problems; identify potentially dangerous work condi- 
tions; modify job-related tasks to prevent injuries; and 
provide treatment to injured workers. 


As a sports therapist, the physical therapist may 
evaluate an athlete’s performance abilities; condition 
athletes to improve their performance; recommend 
special equipment to reduce injuries; and develop fit- 
ness programs for the general public. 


As a researcher, the physical therapist may partic- 
ipate in scientific studies that will lead to new knowl- 
edge, new technologies, and more effective patient 
care. As an educator, the physical therapist may help 
prepare students for careers in physical therapy; teach 
entry-level and graduate-level physical therapy 
courses; participate in scholarly activities that contrib- 
ute to the understanding of physical therapy; and 
participate in a variety of service activities in the uni- 
versity and community. As an administrator, the 
physical therapist may manage physical therapy 
departments and clinics and act as a consultant to 
colleagues and health care providers. 


With Americans becoming more health- and exer- 
cise-conscious—especially participating in more 
sports and fitness activities—additional physical 
therapists will be needed to treat and help prevent 
knee, leg, back, shoulder, and other musculoskeletal 
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KEY TERMS 


Cryo—A prefix meaning cold. 


Modality—Any of the forms into which physical 
therapy is divided. 


Thermo—A prefix meaning heat. 


Transcutaneous—A term meaning through the 
skin. 


injuries. Now in the twenty-first century, the post War 
World II baby boom generation is now aging and 
beginning to experience conditions common to older 
people such as arthritis, stroke, heart disease, and 
other prolonged-care conditions. Physical therapists 
will be called on increasingly to care for them. 


See also Syndrome. 
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I Physics 


Physics is the science that deals with matter and 
energy and with the interactions between them. 
Physics, the foundation of all other sciences, is an 
attempt to provide a comprehensive rational explan- 
ation of the structure and workings of the universe. 


An axiom among physicists—since the writings of 
Italian astronomer and physicist Galileo Galilei 
(1564-1642)—provides that the road to sure knowl- 
edge about the natural world is to carry out controlled 
observations (experiments) that will lead to measura- 
ble quantities. It is for this reason that experimental 
techniques, systems of measurements, and mathemat- 
ical systems for expressing results lie at the core of 
research in physics. 
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Physics 


In ancient Greece, in a natural world largely 
explained by mystical and supernatural forces (i.e., the 
whims of gods), the earliest scientists and philosophers 
of record dared to offer explanations of the natural 
world based on their observations and reasoning. 
Pythagoras (582-500 BC) argued about the nature of 
numbers, Leucippus (c. 440 BC), Democritus (c. 420 
BC), and Epicurus (342-270 BC) asserted matter was 
composed of extremely small particles called atoms. 


Many of the most cherished arguments of ancient 
science ultimately proved erroneous. For example, in 
Aristotle’s (384-322 BC) physics, a moving body of 
any mass had to be in contact with a “mover,” and for 
all things there had to be a “prime mover.” Errant 
models of the universe made by Ptolemy (ca. AD 87-— 
145) were destined to dominate the western intellectual 
tradition for more than a millennium. Midst these 
misguided concepts, however, were brilliant insights 
into natural phenomena. More then 1700 years before 
the Copernican revolution, Aristarchus of Samos 
(310-230 BC) proposed that Earth rotated around 
the sun and Eratosthenes Of Cyrene (276-194 BC), 
while working at the great library at Alexandria, 
deduced a reasonable estimate of the circumference 
of Earth. 


Until the collapse of the Roman civilization there 
were constant refinements to physical concepts of mat- 
ter and form. Yet, for all its glory and technological 
achievements, the science of ancient Greece and Rome 
was essentially nothing more than a branch of philoso- 
phy. Experimentation would wait almost another two 
thousand years for injecting its vigor into science. 
Although there were technological advances and more 
progress in civilization that commonly credited, during 
the Dark and Medieval Ages in Europe science slum- 
bered. In other parts of the world, however, Arab sci- 
entists preserved the classical arguments as they 
developed accurate astronomical instruments and com- 
piled new works on mathematics and optics. 


At the start of the Renaissance in Western 
Europe, the invention of the printing press and a 
rediscovery of classical mathematics provided a foun- 
dation for the rise of empiricism during the subsequent 
scientific revolution. Early in the sixteenth century 
Polish astronomer Nicolaus Copernicus’s (1473- 
1543) reassertion of heliocentric theory sparked an 
intense interest in broad quantification of nature that 
eventually allowed German astronomer and mathe- 
matician Johannes Kepler (1571-1630) to develop 
laws of planetary motion. In addition to his fundamen- 
tal astronomical discoveries, Galileo made concerted 
studies of the motion of bodies that subsequently 
inspired seventeenth century English physicist and 
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mathematician sir Isaac Newton’s (1642-1727) devel- 
opment of the laws of motion and gravitation in 
his influential 1687 work, Philosophiae Naturalis 
Principia Mathematica (Mathematical Principles of 
natural Philosophy). 


Following Principia, scientists embraced empiri- 
cism during an Age of Enlightenment. Practical advan- 
ces spurred by the beginning of the Industrial 
Revolution resulted in technological advances and 
increasingly sophisticated instrumentation that allowed 
scientists to make exquisite and delicate calculations 
regarding physical phenomena. Concurrent advances 
in mathematics, allowed development of sophisticated 
and quantifiable models of nature. More tantalizingly 
for physicists, many of these mathematical insights 
ultimately pointed toward a physical reality not neces- 
sarily limited to three dimensions and not necessarily 
absolute in time and space. 


Nineteenth century experimentation culminated 
in the formulation of Scottish physicist James Clerk 
Maxwell’s (1831-1879) unification of concepts regard- 
ing electricity, magnetism, and light in his four famous 
equations describing electromagnetic waves. 


During the first half of the twentieth century, 
these insights found full expression in the advance- 
ment of quantum and relativity theory. Scientists, 
mathematicians, and philosophers united to examine 
and explain the innermost workings of the universe— 
both on the scale of the very small subatomic world 
and on the grandest of cosmic scales. 


By the dawn of the twentieth century more than 
two centuries had elapsed since the Newton’s Principia 
set forth the foundations of classical physics. In 1905, 
in one grand and sweeping theory of special relativity 
German-American physicist Albert Einstein (1879— 
1955) provided an explanation for seemingly conflict- 
ing and counter-intuitive experimental determinations 
of the constancy of the speed of light, length contrac- 
tion, time dilation, and mass enlargements. A scant 
decade later, Einstein once again revolutionized con- 
cepts of space, time and gravity with his general theory 
of relativity. 


Prior to Einstein’s revelations, German physicist 
Maxwell Planck (1858-1947) proposed that atoms 
absorb or emit electromagnetic radiation in discrete 
units of energy termed quanta. Although Planck’s 
quantum concept seemed counter-intuitive to well- 
established Newtonian physics, quantum mechanics 
accurately described the relationships between energy 
and matter on atomic and subatomic scale and pro- 
vided a unifying basis to explain the properties of the 
elements. 
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Concepts regarding the stability of matter also 
proved ripe for revolution. Far from the initial 
assumption of the indivisibility of atoms, advance- 
ments in the discovery and understanding of radio- 
activity culminated in renewed quest to find the most 
elemental and fundamental particles of nature. In 
1913, Danish physicist Niels Bohr (1885-1962) pub- 
lished a model of the hydrogen atom that, by incorpo- 
rating quantum theory, dramatically improved 
existing classical Copernicanlike atomic models. The 
quantum leaps of electrons between orbits proposed 
by the Bohr model accounted for Planck’s observa- 
tions and also explained many important properties of 
the photoelectric effect described by Einstein. 


More mathematically complex atomic models 
were to follow based on the work of the French phys- 
icist Louis Victor de Broglie (1892-1987), Austrian 
physicist Erwin Schrédinger (1887-1961), German 
physicist Max Born (1882-1970), and English physi- 
cist P.A.M. Dirac (1902-1984). More than simple 
refinements of the Bohr model, however these scien- 
tists made fundamental advances in defining the prop- 
erties of matter—especially the wave nature of 
subatomic particles. By 1950, the articulation of the 
elementary constituents of atoms grew dramatically in 
numbers and complexity and matter itself was ulti- 
mately to be understood as a synthesis of wave and 
particle properties. 


The end of World War II gave formal birth to the 
atomic age. In one blinding flash, the Manhattan 
Project created the most terrifying of weapons that 
forever changed the course of history. 


Classical and modern physics 


The field of physics is commonly sub-divided into 
two large categories: classical and modern physics. 
The dividing line between these two sub-divisions can 
be drawn in the early 1900s, when a number of revolu- 
tionary new concepts about the nature of matter were 
proposed. Included among these were Einstein’s theo- 
ries of general and special relativity, Planck’s concept 
of the quantum, Heisenberg’s principle of indetermi- 
nacy, and the concept of the equivalence of matter and 
energy. 


In general, classical physics can be said to deal 
with topics on the macroscopic scale, that is on a 
scale that can be studied with the largely unaided five 
human senses. Modern physics, in contrast, concerns 
the nature and behavior of particles and energy at the 
sub-microscopic level. As it happens, the laws of clas- 
sical physics are generally inapplicable or applicable 
only as approximations to the laws of modern physics. 
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The discoveries made during the first two decades 
of the twentieth century required a profound re-think- 
ing of the nature of physics. Some broadly accepted 
laws had to be completely re-formulated. For exam- 
ple, many classical laws of physics are entirely deter- 
ministic. That is, one can say that if A occurs, B is 
certain to follow. This cause-and-effect relationship 
was long regarded as one of the major pillars of 
physics. 


The discoveries of modern physics have demanded 
that this relationship be re-evaluated. With the formula- 
tion of quantum mechanics, physical phenomena could 
no longer be explained in terms of deterministic causal- 
ity, that is, as a result of at least a theoretically meas- 
urable chain causes and effects. Instead, physical 
phenomena were described as the result of fundamen- 
tally statistical, unreadable, indeterminist (unpredict- 
able) processes. Physicists are now more inclined 
to say that if A occurs, there is an X percent chance 
that B will follow. Determinism in physics—at 
very small physical scales—has been replaced by 
probability. 


Divisions of physics 


Like other fields of science, physics is commonly 
sub-divided into a number of more specific fields of 
research. In classical physics, those fields include 
mechanics, thermodynamics, sound, light and optics, 
and electricity and magnetism. In modern physics, 
some major sub-divisions include atomic, nuclear, 
and particle physics. 


Mechanics, the oldest field of physics, is con- 
cerned with the description of motion and its causes. 
Thermodynamics deals with the nature of heat and its 
connection with work. 


Sound, optics, electricity, and magnetism are all 
divisions of physics in which the nature and propaga- 
tion of waves are important. The study of sound is also 
related to practical applications that can be made of 
this form of energy, as in radio communication and 
human speech. Similarly, optics deals not only with 
the reflection, refraction, diffraction, interference, 
polarization, and other properties of light, but also 
the ways in which these principles have practical appli- 
cations in the design of tools and instruments such as 
telescopes and microscopes. 


The study of electricity and magnetism focuses not 
only on the properties of particles at rest, but also on 
the properties of those particles in motion. The field of 
static electricity examines the forces that exist between 
charged particles at rest, while current electricity deals 
with the movement of electrical particles. 
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KEY TERMS 


Determinism—The notion that a known effect can 
be attributed with certainty to a known cause. 
Energy—A state function that reflects an ability to 
do work. 

Matter—Anything that has mass and takes up 
space. 

Mechanics—The science that deals with energy 
and forces and their effects on bodies. 
Sub-microscopic—Referring to levels of matter that 
cannot be directly observed by the human senses, 
even with the best of instruments; the level of atoms 
and electrons. 


In the area of modern physics, nuclear and atomic 
physics involve the study of the atomic nucleus and its 
parts, with special attention to changes that take place 
(such as nuclear decay) in the atom. Particle and high- 
energy physics, on the other hand, focus on the nature 
of the fundamental particles of which the natural world 
is made. In these two fields of research, very powerful, 
very expensive tools, such as linear accelerators and 
synchrotrons (“atom-smashers”) are required to carry 
out the necessary research. 


Interrelationship of physics to other sciences 


One trend in all fields of science over the past 
century has been to explore ways in which the five 
basic sciences (physics, chemistry, astronomy, biol- 
ogy, and earth sciences) are related to each other. 
This has led to another group of specialized sciences 
in which the laws of physics are used to interpret 
phenomena in other fields. Astrophysics, for example, 
is a study of the composition of astronomical objects, 
such as stars, and the changes that they undergo. 
Physical chemistry and chemical physics, on the 
other hand, are fields of research that deal with the 
physical nature of chemical molecules. Geophysics 
deals with the physics and chemistry of Earth’s 
dynamic processes. Biophysics, as another example, 
is concerned with the physical properties of molecules 
essential to living organisms. 


Physics and philosophy 
The development of quantum theory, especially 


the discovery of Planck’s constant and the articulation 
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of the Heisenburg uncertainty principle, carried pro- 
found philosophical implications regarding limits on 
knowledge. Modern cosmological theory (i.e., theories 
regarding the nature and formation of the universe) 
have provided us with an understanding of nucleosyn- 
thesis (the formation of elements) that has forever 
linked mankind to the lives of the stars: our bodies 
and the ground beneath our feet are literally made out 
of the ashes of dead stars. 


See also Cosmology; Earth science; Electromag- 
netic spectrum; Newton’s laws of motion; Relativity, 
general; Relativity, special; Standard model. 
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l Physiology 


Physiology is the study of how various biological 
components work independently and together to ena- 
ble organisms, from animals to microbes, to function. 
This scientific discipline covers a wide variety of func- 
tions from the cellular and sub-cellular level to the 
interaction of tissues, organs, and organ systems that 
keep more complex biological machines, like humans, 
running. Activities studied by physiologists, those who 
work in physiology, include growth, reproduction, 
excitation, metabolism, and contraction (such as of 
muscles). Physiological studies of the nervous system, 
for instance, help physicians diagnosis and treat 
strokes. 
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Physiological studies are aimed at answering 
many questions. For instance, physiologists investi- 
gate why plants grow and bacteria divide, how food 
is processed in various organisms, and how thought 
processes occur in the brain (a branch of this discipline 
known as neurophysiology). It is often physiology- 
related investigations that uncover the origins of 
diseases. 


Human (or mammalian) physiology is the oldest 
branch of this science dating back to at least 420 BC 
and the time of Greek physician Hippocrates (460-377 
BC). Modern physiology first appeared in the seven- 
teenth century when scientific methods of observation 
and experimentation were used to study blood move- 
ment, or circulation, in the body. In 1929, American 
physiologist Walter Bradford Cannon (1871-1945) 
coined the term homeostasis to describe one of the 
most basic concerns of physiology: how the varied 
components of living things adjust to maintain a con- 
stant internal environment conducive to optimal 
functioning. 


With the steady advance of scientific technology- 
from the simple microscope to ultra high-technology 
computerized scanning devices—the field of physiol- 
ogy grew in scope. No longer confined to investigating 
the functioning components of life that could be 
observed with the naked eye, physiologists began to 
delve into the most basic life forms, like bacteria. They 
could also study organisms’ basic molecular functions, 
like the electrical potentials in cells that help control 
the heart beat. 


The branches of physiology are almost as varied 
as the countless life forms that inhabit the Earth. Viral 
physiology, for example, focuses on how these minute 
life forms feed, grow, reproduce, and excrete by- 
products. However, the more complex an organism, 
the more avenues of research open to the physiologist. 
Human physiology, for instance, is concerned with the 
functioning of organs, like the heart and liver, and 
how the senses, like sight and smell, work. 


Physiologists also observe and analyze how certain 
body systems, like the circulatory, respiratory, and 
nervous systems, work independently and in concert 
to maintain life. This branch of physiology is known 
as comparative physiology. Ecological physiology, on 
the other hand, studies how animals developed or 
evolved specific biological mechanisms to cope with a 
particular environment. An example is dark skin, which 
provides protection against harmful rays of the Sun for 
humans who live in tropical clients. Cellular physiol- 
ogy, or cell biology, focuses on the structures and func- 
tions of the cell. Like the term cell biology, many 
branches of physiology are better known by other 
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names including biochemistry, biophysics, and endocri- 
nology (the study of secreting tissues). 


See also Circulatory system; Disease; Nervous 
system; Reproductive system. 


fl Physiology, comparative 


While anatomy is the study of the structures of an 
organism, physiology is the science dealing with the 
study of the function of an organism’s component 
structures. However, it often is not enough to know 
what an organ, tissue, or other structure does. 
Physiologists want to know how something functions. 
For example, physiological questions might ask: 
What is the function of human lung tissue? How can 
a seal survive under water without breathing for over 
ten minutes? How do camels survive so long without 
water? How do insects see ultraviolet light? Physiology 
examines functional aspects at many levels of organ- 
ization, from molecules, to cells, to tissues, to orga ns, 
to organ systems, to an entire organism. It is the 
branch of biology that investigates the operations 
and vital processes of living organisms that enable 
life to exist. 


Comparative physiology, then, is the comparison 
of physiological adaptations among organisms to 
diverse and changing environments. Comparative 
physiology, like comparative anatomy, attempts to 
uncover evolutionary relationships between organ- 
isms or groups of organisms. Comparative physiology 
seeks to explain the evolution of biological functions 
by likening physiological characteristics between and 
among organisms (usually animals.) This branch of 
biology constructs phylogenetic relationships (or, 
more loosely, evolutionary connections) between and 
among groups of organisms. Comparative physiology, 
in conjunction with other comparative disciplines, 
enables us to trace the evolution of organisms and 
their unique structures and to view ourselves in a 
broader light. By comparing the physiology among 
living things, scientists can gain insights into how 
groups of organisms have solved the adaptive prob- 
lems in their natural environments over time. 

Comparative physiology compares basic physio- 
logical processes like cellular respiration and gas 
exchange, thermoregulation, circulation, water and 
ion balance, nerve impulse transmission, and muscle 
contraction. Because it focuses on function, compara- 
tive physiology can also be referred to as functional 
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Phytoplankton 


anatomy. The form of an organ, or other biological 
structure, is tied to its function much in the same way a 
tool is linked to its purpose. For example, the function 
of anenzyme (a protein molecule that speeds up a 
chemical reaction) depends heavily upon its three- 
dimensional shape. If the 3-D conform ation of the 
enzyme molecule is altered (by heat or acid), the func- 
tion of the enzyme will also be altered. If the shape of 
an enzyme is changed considerably, its biological 
activity will be lost. 


A major theme dominating the topic of compara- 
tive physiology is the concept of homeostasis. The 
term is derived from two Greek words (homeo, mean- 
ing “same,” and stasis, meaning “standing still”) and 
literally means staying the same. Homeostasis thus 
refers to the ability of animals to maintain an internal 
environment that compensates for changes occurring 
in the external environment. Only the surface cells of 
the human body, for example, and the lining of the 
gastrointestinal and respiratory tracts come into direct 
contact with the outside surroundings (like the atmos- 
phere). The vast majority of cells of the body are 
enclosed by neighboring cells and the extracellular 
fluid (fluid found outside of cells) that bathes them. 
So the body in essence exists in an internal environ- 
ment that is protected from the wider range of con- 
ditions that are found in the external surroundings. 
Therefore, to maintain homeostasis, the body must 
have a system for monitoring and adjusting its internal 
environment when the external environment changes. 
Comparative physiologists observe physiological sim- 
ilarities and differences in adaptations between organ- 
isms in solving identical problems concerning 
homeostasis. 


Some of the problems that animals face in main- 
taining physiological homeostasis involve basic life 
processes. Energy acquisition from food (digestion) 
and its expenditure, the maintenance of body temper- 
ature and metabolic rate, the use of oxygen or the 
ability to live in its absence, and the way body size 
affects metabolism and heat loss are examples of prob- 
lems that require homeostatic systems. Comparative 
physiologists might, for example, compare the effi- 
ciency of the relative oxygen capturing abilities of 
mammalian hemoglobin (in red blood cells) and insect 
hemolymph. Both groups of animals must maintain 
homeostasis and regulate the amount of oxygen reach- 
ing their tissues, yet each group solves the problem 
differently. 


Comparative physiology makes specific measure- 
ments to obtain biologically relevant information 
from which to make comparisons. The kinds of proc- 
esses that physiologists measure from anatomical 
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structures to gain insight into their function include: 
rates (how fast something occurs), changes in rates, 
gradients (increasing or decreasing conc entrations of 
substances), pressures, rate of flow (of a fluid such as 
air or blood), diffusion (the act of a substance moving 
from an area of high concentration to one of low 
concentration), tension (material stress caused by a 
pull), elasticity, electrical current, and voltage. For 
example, a comparative physiologist might measure 
the rate of diffusion of sugar molecules across intesti- 
nal cell membranes, or the pressure exerted on the 
walls of blood vessels that are close to the heart. In 
each case, the comparative physiologist is trying to 
gain information that will help explain how a partic- 
ular structure functions and how it compares with 
similar structures in other organisms in solving the 
same homeostatic problem. The conclusions derived, 
then, tell us all about our evolutionary history. 


! Phytoplankton 


Phytoplankton are microscopic, photosynthetic 
organisms that live in the water of the oceans and 
bodies of freshwater (the word phytoplankton is 
derived from the Greek for “drifting plants”). The 
most abundant organisms occurring within the phyto- 
plankton are algae and blue-green bacteria, but this 
group also includes certain kinds of protists (especially 
protozoans) that contain symbiotic algae or bacteria 
(algae or bacteria that co-exist with the protists, to the 
benefit of both). 


Phytoplankton are the key food source in the food 
chain in the ocean. Marine phytoplankton range in size 
from extremely small blue-green bacteria, to larger (but 
still microscopic) unicellular and colonial algae. 
Oceanic phytoplankton are grazed by tiny animals 
known as zooplankton (most of which are crustaceans). 
These are eaten in turn by larger zooplankton and small 
fish, which are fed upon by larger fish and baleen 
whales. Large predators such as bluefin tuna, sharks, 
squid, and toothed whales are at the top of the marine 
food web. Marine phytoplankton are much more pro- 
ductive near the shores of continents, and particularly 
in zones where there are persistent upwellings of deeper 
water. These areas have a much better nutrient supply, 
and this stimulates a much greater productivity of phy- 
toplankton than occurs in the open ocean. In turn, 
these relatively fertile regions support a higher produc- 
tivity of animals. This is why the world’s most impor- 
tant marine fisheries are supported by the continental 
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shelves (such as the Grand Banks and other shallow 
waters of northeastern North America, near-shore 
waters of western North and South America, and the 
Gulf of Mexico) and regions with persistent upwellings 
(such as those off the coast of Peru and elsewhere off 
western South America, and extensive regions of the 
Antarctic Ocean). 


Some inland waterbodies occur in inherently fer- 
tile watersheds, and are naturally eutrophic, meaning 
they have a high productivity and biomass of phyto- 
plankton (in shallow waters, larger aquatic plants may 
also be highly productive). So-called cultural eutro- 
phication is a kind of pollution caused by nutrient 
inputs associated with human activities, such as the 
dumping of sewage waste and the runoff of fertilizer 
from agricultural land. Both fresh and marine waters 
can become eutrophic through increases in their 
nutrient supply, although the problem is more usually 
severe in freshwaters. The most conspicuous symptom 
of eutrophication is a large increase in the biomass of 
phytoplankton, which in extreme cases is known as an 
algal bloom. In the ocean, algal blooms have been 
occurring with greater frequency since the 1980s. As 
of 2006, the prevailing view is that the warming atmos- 
phere and changing chemistry of some portions of the 
ocean (particularly with respect to pH) may be creat- 
ing conditions more favorable for the explosive 
growth of alage that occurs during a bloom. 


Pi 


Pi is one of the most fundamental constants in all 
of mathematics. It is normally first encountered in 
geometry where it is defined as the ratio of the circum- 
ference of a circle to the diameter: m = C/d where C is 
the circumference and d is the diameter. This fact was 
known to the ancient Egyptians who used for 7 the 
number 22/7 which is accurate enough for many appli- 
cations. A closer approximation in fractions is 355/ 
113. Students often use a decimal approximation for 7, 
such as 3.14 or 3.14159. 


Actually, the number z is not even a rational 
number. That is, it is not exactly equal to a fraction 
(m/n where m and n are whole numbers) or to any 
finite or repeating decimal. This fact was first estab- 
lished in the middle of the eighteenth century by the 
German mathematician, Johann Lambert (1728-— 
1777). Even further, it is a transcendental number—it 
is not the root of any polynomial equation with 
rational coefficients. This was first proved by another 
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German mathematician, Ferdinand Lindeman (1852— 
1939), in the latter half of the nineteenth century. 


There are many infinite series that can be used to 
calculate approximations to m. One of these is 


n/4= 1-1/3 + 1/5 — 1/7+ 1/9 — 1/11 + 1/13 -... 


where the denominators are the consecutive odd 
numbers. 


Roy Dubisch 


fl Pigeons and doves 


Pigeons and doves include about 316 species of 
birds in the family Columbidae. Most species are 
found in forests of various types, with fewer species 
occurring in more open habitats. By far the greatest 
richness of species of pigeons and doves occurs in 
moist tropical and subtropical forests. Many tropical 
oceanic islands have endemic species of pigeons and 
doves that evolved in isolation. Many of these local (or 
endemic) species have become endangered by habitat 
loss or predation by introduced mammals (such as cats 
and rats), and some are already extinct. 


Larger birds in this family are usually called 
pigeons, while the smaller ones are called doves. 
Other than this vague criterion, there is no substantial 
difference between pigeons and doves. 


Birds in this family are distinguished by their rel- 
atively small head, short neck, a soft but dense plu- 
mage, and a naked, fleshy tissue (known as a cere) at 
the top of the upper mandible. Pigeons typically have 
“cooing” calls, which are used in courtship and in 
some respects are equivalent to the songs of other 
birds. The plumage of many species of pigeons is a 
subdued gray, brown, and white, and is often tinged 
with iridescence. However, some tropical species have 
very bright and spectacularly colored plumage. 


Biology of pigeons and doves 


The smallest species of pigeon is the diamond 
dove (Geopelia cuneata), only 2 in (15 cm) long and 
weighing 1 oz (30 g). The largest species is the Victoria 
crowned pigeon (Goura victoria), 32 in (80 cm) long 
and 5 lb (2.4 kg) in weight. 


Most pigeons are strong fliers, and some species 
are capable of undertaking long-distance movements 
and migrations. Other pigeons, especially those living 
in moist tropical forest, are local birds that spend a 
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Pigeons and doves 


A Victoria crowned pigeon (Goura victoria). Both sexes of 
this species possess the crest, but only the male performs 
the courtship display in which it is shown off. (Robert J. 
Huffman. Field Mark Publications.) 


great deal of time walking on the ground, foraging for 
their food of fruits. The pheasant pigeon (Otidiphaps 
nobilis) of New Guinea is almost entirely terrestrial, 
and rather fowl-like in its appearance and behavior. 


Pigeons are almost entirely seed and fruit eaters. 
Pigeons have a large, muscular gizzard, which is useful 
in grinding hard fruits, for example tree “mast” such 
as acorns, hazelnuts, chestnuts, and other nutritious 
fruits that most birds are not capable of digesting. 


Pigeons have the ability to suck water when drink- 
ing. This is rather distinctive, because almost all other 
birds can only swallow water by taking some into their 
mouth, and then tilting their head back to let the liquid 
run down their throat. 


Pigeons are monogamous, laying one to two eggs 
on a rough platform nest, commonly built of twigs. 
Both sexes share the incubation of the eggs, the male 
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during the day, and the female at night. Young 
pigeons are initially fed with a material known as 
“pigeon milk,” which is a rich, nutritious secretion of 
the lining of the crop of the adult birds. This material is 
collected from the crop by the young birds, which 
must insert their head rather deeply into the adult’s 
throat to do so. Older chicks are also fed regurgitated 
seeds and other plant foods. 


Pigeons of North America 


Seven native species of pigeons occur regularly in 
North America. The most widespread of these is the 
mourning dove (Zenaidura macroura), named after its 
loud, soulful cooings. This species occurs widely south 
of the boreal forest. The mourning dove is migratory 
in the northern parts of its range, although suburban 
birds can manage to survive the winter if they have 
access to dependable food at feeders. 


All other native pigeons are relatively southern in 
their distribution. The band-tailed pigeon (Columba 
fasciata) and white-winged dove (Zenaida asiatica) 
are southwestern in distribution, while the ground 
dove (Columbigallina passerina) also occurs in the 
Southeast. The white-crowned pigeon (Columba leu- 
cocephala) only occurs in the Florida Keys and a few 
places on the immediately adjacent mainland. 


Wherever these native pigeons are abundant, they 
may be hunted for sport. One North American species, 
the passenger pigeon (Ectopistes migratorius), was 
driven into extinction as a result of overhunting for 
sale in urban markets. 


The domestic pigeon 


The natural range of the rock dove or feral pigeon 
(Columba livia) was probably regions of the 
Mediterranean basin with rocky cliffs where these 
birds can nest. However, this species has been domes- 
ticated by humans, and it has now been introduced to 
suitable habitats around the world, including North 
America. The rock dove may now be the world’s most 
widely distributed bird. 


The domestic pigeon is the cultivated variety of 
Columba livia that is raised for food. It is most com- 
monly the young birds, which are known as squabs, 
that are eaten. 


The domestic pigeon develops an intense affinity 
for the place where it nests and roosts at night. This bird 
is also very skillful at finding its way back to its home 
roost after it has been taken some distance away. 
Humans have exploited this characteristic by using 
“carrier pigeons” to transport messages over long 
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distances. The invention of the radio and other methods 
of long-distance communication eventually replaced 
carrier pigeons, but competitions are still held to test 
the homing abilities of individual racing birds. 
Scientists have long debated the basis of the pigeon’s 
homing ability, with some attributing it to magnetic 
navigation and others to sense of smell. Recent research 
seems to confirm that pigeons primarily use their senses 
of smell to find their way home. 


Domestic pigeons have also been bred into some 
very unusual varieties of color, feather displays, and 
body shape. People who find the aesthetics of unusual 
pigeons to be interesting form clubs, and they avidly 
compare, trade, and sell their varieties of domestic 
pigeons. 


Feral pigeons are domestic pigeons that have 
escaped and are breeding in the wild. Feral pigeons 
usually live in cities and other built-up areas, although 
they sometimes breed in more natural habitats as well. 
These birds are often considered to be pests, because 
they can be a nuisance when abundant, soiling statues 
and buildings with their excrement, and sometimes 
fouling people walking along streets or in parks. 


However, feral pigeons are among the few non- 
human creatures that can tolerate the environmental 
conditions of cities, and they contribute a positive 
aesthetic to urban areas. Many people enjoy hand- 
feeding urban pigeons in parks and other public places 
where these birds can be abundant and tame. 


A few other species of pigeons are kept in captiv- 
ity, usually as pets. Common ornamental pigeons 
include the collared dove (Streptopelia decaocto), spot- 
ted dove (S. chinensis), turtle dove (S. turtur), and 
ringed turtle dove (S. risoria). Some of these birds 
have escaped from captivity and established feral pop- 
ulations outside of their natural range, for example, in 
southern parts of the United States. 


The passenger pigeon 


One of the most famous examples of an extinction 
caused by humans involves the passenger pigeon. This 
species became extinct in the early twentieth century 
through gross overhunting coupled with the loss of 
most of its natural habitat of mature angiosperm for- 
ests, which was widely converted to agriculture. 


The natural range of the passenger pigeon was 
southeastern North America. Prior to its overhunting, 
about 300 years ago, the passenger pigeon may have 
been the world’s most abundant land bird. Its pre- 
impact population has been estimated at three to five 
billion individuals, which may have accounted for one 
quarter of the population of all birds in North America. 
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During its migrations, the passenger pigeon 
formed tremendous flocks that were described as 
obscuring the sun on an otherwise clear day, and 
could take hours to pass. In 1810, Alexander Wilson, 
an American naturalist, guessed that a single migra- 
tory flock, perhaps 0.3 mi (0.6 km) wide and 89 mi (144 
km) long, contained two billion birds. Many other 
impressions written by naturalists of those times also 
suggest that the passenger pigeon was an extraordi- 
narily abundant bird. 


Because passenger pigeons tended to migrate and 
breed in large, dense groups, it was easy for commer- 
cial hunters to kill them in large numbers and then sell 
the carcasses in urban markets. The passenger pigeon 
was slaughtered in enormous numbers using guns, 
clubs, nets, and smoke. The size of some of the hunts 
is astonishing, for example, in 1869 an estimated one 
billion birds inhabited Michigan alone. This intensity 
of exploitation, occurring at the same time as the 
destruction of much of its breeding habitat, proved 
to be unsustainable, and the passenger pigeon quickly 
declined in abundance. The last known nesting 
attempt in the wild occurred in 1894, and the last 
passenger pigeon died in a zoo in 1914. 


The extinction of the passenger pigeon has 
become a metaphor for the sorts of damages that 
uncontrolled exploitation by humans can cause to 
even enormously abundant ecological resources. 


See also Critical habitat. 
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Pigs 


[ Pigs 


Pigs, hogs, or swine consist of about 15 species of 
mammals in the family Suidae, which is part of the 
order Artiodactyla, the cloven-hoofed ungulates. Pigs 
are Closely related to the peccaries (family Tayassuidae) 
and hippopotamuses (family Hippopotamidae). The 
natural distribution of pigs includes Africa, Europe, 
and Asia, but one species, the domestic pig (Sus scrofa), 
is now found almost worldwide as a domestic and feral 
species. 


Pigs have a relatively large head, with a long, 
cone-shaped snout, small eyes, long ears, a short 
neck, short legs, and a stout body. The skin of pigs is 
thick and tough, and it may be sparsely or thickly 
haired, depending on species. 


Pigs have a flat-fronted, cartilaginous, malleable, 
almost hairless nose that is very tactile, and along with 
the extremely keen sense of smell, helps these animals 
to find and root out their food, which is often buried 
underground. Pigs also have an excellent sense of 
hearing, which is very useful in helping them to detect 
the activities of potential predators. However, pigs 
have poor vision, and they can only see effectively 
over short distances. The canine teeth of pigs grow 
continuously, and in male animals (or boars) these 
can be very large, and curl as tusks outside of 
the mouth. These sharp teeth can be used by mature 
pigs as slashing weapons, either in defense against a 
predator, or in combat between male pigs during the 
breeding season. 


Pigs are omnivorous animals, eating a highly var- 
ied diet. Most of the foods consumed by pigs are plant 
tissues, especially underground roots, rhizomes, and 
tubers, which are excavated using the snout. Pigs also 
eat the foliage of many plants, as well as nuts, seeds, 
and fruits that may be found on the ground. Pigs are 
opportunistic predators, and will eagerly eat birds eggs 
and nestlings if these are discovered, as well as small 
rodents, snakes, and other prey. Pigs will also attack 
larger, disabled animals, and will eat carrion. 


Pigs occur in a wide range of habitats, from alpine 
tundra, through most types of temperate and tropical 
forests, savannas, swamps, and the vicinity of human 
settlements. Wet places are a necessary component of 
all pig habitats, because mud bathing is important to 
the physical and mental health of these animals. 


Most species of pigs are social, with the animals 
generally living in family groups consisting of at least a 
mature female (or sow) and her young. Mature boars 
are generally solitary, except during the mating 
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season. Grunting and squeaking noises are important 
in the communications among pigs. Baby pigs are 
precocious, and can move about only a few hours 
after their birth. Broods of pigs can be quite large, 
and can exceed a dozen piglets. Young pigs often fall 
victim to predators, but mature animals can be fero- 
cious in their self-defense, and are not an easy mark as 
prey. Pigs can live to be as old as 25 years. 


Species of pigs 


The true pigs include four species in the genus Sus. 
The wild boar (Sus scrofa) is the progenitor of the 
domestic pig. This species is native to the temperate 
regions of Europe, North Africa, and temperate and 
tropical Asia. The wild boar has been introduced far 
beyond its original range, and now occurs widely in 
parts of North America, New Guinea, Australia, New 
Zealand, and many other islands of the Pacific Ocean. 


Wild boars can reach a weight of up to 770 Ib (350 
kg). The curved, sharp tusks of large boars can reach a 
length of 9 in (23 cm). These formidable tusks are used 
as slashing weapons, and for cutting and digging up 
food. Wild boars live in social groups, commonly 
consisting of one or several mature females and their 
offspring, which can total as many as twelve in a single 
litter, although the usual number is smaller. Mature 
male animals tend to live by themselves, except during 
the breeding season. 


Wild boars live in an extremely varied range of 
habitats, from dry prairies and savannas to wet 
swamps, and from lowland near sea level to montane 
and alpine ecosystems as much as 13,120 ft (4,000 m) 
in elevation. In addition, wild boars will eat an amaz- 
ingly wide range of foods. Wild boars are primarily 
vegetarian, feeding on fruits, nuts, seeds, tubers, and 
rhizomes, with the relative importance of these in the 
diet varying geographically and with seasonal avail- 
ability. However, wild boars will also opportunisti- 
cally avail themselves of any animal foods that 
present themselves, including animals that are found 
dead as carrion, as well as those that can be easily 
predated, such as the eggs or nestlings of ground- 
nesting birds, or slow-moving rodents, frogs, or rep- 
tiles. Other than humans, wild boars may be more 
omnivorous than any other animal. 


The bearded pig (Sus barbatus) occurs in tropical 
rainforests and mangrove forests of Malaysia and the 
Sunda Islands of Indonesia. This species can achieve a 
weight of up to 330 lb (150 kg), and it develops a beard 
of long hairs on its cheeks. Bearded pigs live in family 
groups or larger herds, which roam through the jungle 
looking for fallen fruits and other foods. Bearded pigs 
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A warthog (Phacochoerus aethiopicus) in Kenya. (JLM Visuals.) 


are relatively sedentary in most parts of their range, but 
in northeastern Borneo they undertake seasonal migra- 
tions in large numbers. Because these movements 
involve routes that are traditionally used, and are 
known to human hunters, these bearded pigs can be 
easily killed in large numbers during their migration. 


The Javan pig (Sus verrucosus) occurs in grass- 
lands, forests, and swamps on the islands of Java and 
Sulawesi in Indonesia, and also in some of the 
Philippine islands. Javan pigs can weigh as much as 
330 Ib (150 kg). The pygmy hog (Sus salvanius) occurs 
in forests of northwest Assam, India. This very rare 
species of pig is the smallest member of the Suidae with 
a weight of 14.5-21 Ib (6.6-9.7 kg). 


The Celebes pig (Sus celebensis) occurs in a variety 
or habitats, from rainforests to swamps, throughout 
Indonesia, and the Timor wild boar (Sus timoriensis) is 
found in similar habitats on the islands of the Lesser 
Sunda Chain in Indonesia. These species do not 
appear to be threatened in the wild. 


Three other species of Southeast Asian pigs are of 
greater conservation concern. The Philippine warty pig 
(Sus philippensis) inhabits several of the Philippine 


Islands and is considered vulnerable by the IUCN. 
The Vietnam warty pig (Sus bucculentus) is found, as 
its name suggests, in the grasslands and forests of 
Vietnam. However, this species is only known from a 
few recent skulls and may already be extinct. The Cebu 
bearded pig (Sus cebifrons) has been found on several 
of the Visayan Islands. It is considered critically 
endangered by the IUCN. 


The bush pigs (Potamochoerus porcus) occur in 
tropical-forest habitats throughout sub-Saharan 
Africa and on Madagascar. Boars of these species 
have well developed and sharp canine teeth. These 
animals generally forage in small groups at dusk or 
during the night. 


The warthog (Phacochoerus aethiopicus) is a bar- 
rel-shaped animal of the extensive savannas and open 
forests of central and southern Africa. The warthog 
has a big head decorated with large skin warts, and 
huge, out-curving tusks, which can be as long as 26.8 
in (68 cm), but are more usually about 11.8 in (30 cm). 
Warthogs feed most actively during the day. 


The giant forest hog (Hylochoerus meinertzhageni) 
is a rare species that occurs in tropical rainforests of 


Pigs 


central Africa. Although the giant forest hog is a large 
animal, weighing as much as 297 Ib (135 kg), it is shy 
and lives deep in relatively inaccessible habitats, and 
was not known of, by scientists, until 1904. 


The babirusa (Babyrousa babyrussa) is a strange- 
looking, almost hairless pig of swampy jungles and 
reedy thickets of Sulawesi and nearby islands in 
Indonesia. This species grows as large as 220 lb (100 
kg). Some old boars can grow enormous, curling, 
upper tusks as long as 16.9 in (43 cm), that can develop 
as a complete, 360° circle. The upper canines of babir- 
usa boars actually curl and grow upwards, and pene- 
trate right through the skin of the upper jaw, so the 
head is actually protected by four, curling tusks, two 
on each side. 


The domestic pig 


The many distinctive races of domestic pig are 
all derived from the wild boar, and are sometimes 
designated as their own subspecies, Sus scrofa domes- 
ticus. The domestic pig is mostly raised as food for 
humans. 


Pigs are an ancient domesticate, and they have 
been cultivated by people for many thousands of 
years. Today, pigs are raised using various systems of 
husbandry, which vary enormously in their intensity. 
The oldest and simplest systems depend on locally 
free-ranging pigs, which return to their designated 
domiciles in the village each evening. Whenever they 
are needed for food or to sell as a cash-crop, individual 
pigs are killed or taken to the market, while the breed- 
ing nucleus is still conserved. Raising pigs in this rela- 
tively simple way is common in many subsistence 
agricultural systems in poorer parts of the world. For 
example, in the highlands of New Guinea pigs have 
long been an important agricultural crop, as well as 
being very prominent in the culture of the indigenous 
peoples, who measure their wealth in terms of the 
numbers of pigs owned by a person or village. 


Of course, modern industrial agriculture involves 
much more intensive management of pigs than is prac- 
ticed in these sorts of subsistence systems. Pigs raised 
on factory farms may be bred with close attention to 
carefully designed breeding lineages, often using arti- 
ficial insemination to control the stud line. Industrial 
piggeries keep their animals indoors, under quite 
crowded conditions, while feeding the pigs a carefully 
monitored diet that is designed to optimize the growth 
rates. Fecal materials and urine represent a substantial 
disposal problem on factory farms, which may be 
resolved by disposal onto fields or into a nearby 
water body, or if this is prohibited, by building a 
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KEY TERMS 


Feral—This refers to domesticated animals that 
have escaped to natural habitats beyond their nat- 
ural range, and can maintain wild populations, as is 
the case of many introductions of wild boars. 


Husbandry—the science of propagating and rais- 
ing domestic animals, especially in agriculture. 


Omnivore—An animal that eats a very wide range 
of foods, including plant materials, as well as ani- 
mals. The animal foods may be either predated, or 
scavenged as carrion. 


sewage treatment facility. Pigs grown under these 
types of rather unsanitary, crowded conditions are 
susceptible to diseases and infections. Therefore, 
close attention must be paid to the health of the ani- 
mals, and regular inoculations and treatments with 
antibiotics may be required. 


The intensively managed husbandry systems by 
which pigs and other livestock are raised in industrial 
agriculture are often criticized by environmentalists 
and ethicists. The environmentalists tend to focus on 
the ecological damages associated with various agri- 
cultural activities, for example, the disposal of sewage 
and other wastes. The ethicists complain about the 
morality of forcing intelligent animals such as pigs to 
live under highly unnatural conditions. The life of an 
industrial pig includes living under conditions lacking 
in many sensory stimuli, exercise, and numerous 
other elements of a happy life, eventually to be 
crowded into trucks and trains to be transported to 
a central abattoir, where the animal is slaughtered 
and processed under generally brutal conditions. 
The environmental and ethical dimensions of modern 
animal husbandry are becoming increasingly impor- 
tant considerations in the ongoing debate about the 
relationships of humans with other species, and to 
ecosystems more generally. These are important 
issues in terms of the sustainability of our resource- 
use systems. 


Domestic pigs are sometimes used in southern 
France to hunt for truffles, which are extremely fla- 
vorful and valuable fungi that are prized by gourmet 
cooks. The truffles develop beneath the ground, but 
they can be easily detected by specially trained pigs, 
thanks to their relatively high intelligence and 
extremely sensitive sense of smell. 


Sometimes, individuals of the smaller races of pigs 
are kept as housepets. Pigs are highly social animals, 
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A redfin pickerel. (JLM Visuals.) 


and if raised from a young age they will become highly 
affectionate and loyal to humans. Pigs are quite intel- 
ligent animals, similar in this respect to the domestic 
dog (Canis familiaris), and this characteristic also 
enhances their qualities as a pet. In addition, pigs can 
be rather easily toilet trained. One of the most favored 
races of pig as pets is the Vietnamese pot-bellied pig. 
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Pikas see 
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| Pike 


Pike are large carnivorous species of bony fish in the 
genus Esox in the family Esocidae. Pike occur in static 
and slowly flowing fresh-water habitats, throughout 
most of Europe, northern Asia, and North America. 


Pike have a relatively long, streamlined, fusiform 
body, adapted to swimming in rapid bursts to catch 
their prey consisting of smaller fish (including other 
pike), amphibians, crayfish, small mammals, and even 
ducklings. The fins of pike are soft-rayed, and the 
dorsal and ventral fins are situated relatively far back 
on the body. Pike have large mouths, with the jaw joint 
extending far back on the head, commonly to behind 
the eye. The mouth is armed with numerous, needle- 
like teeth. Pike normally hunt by ambush—lying qui- 
etly in beds of aquatic plants or other cover until prey 
comes close and seizing it by a rapid strike. 


The largest individuals of northern pike (Esox 
lucius) are enormous animals from eastern Siberia, 
that weigh from 77-154 Ib (35-70 kg—as much as an 
average human). More typically, adults of this species 
can weigh up to 33 lb (15 kg), but most weigh 
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PI!d 


Piltdown hoax 


considerably less. The largest individual pikes are 
females, which may exceed 60 years of age. 


Pike spawn in the spring in shallow water habitats. 
The largest females are also the most fecund, and can 
lay more than one million eggs. 


The northern pike or jackfish (E. /ucius) is the most 
widespread species in this family, occurring both in 
northern Eurasia and North America. Other species 
in North America include the chain pickerel (£. niger) 
and pickerel (£. americanus) in the east, the grass pick- 
erel (EZ. verniculatus) in the central and southern parts 
of the continent, and the muskellunge (E. masquinongy) 
in the Great Lakes and nearby lakes, which can achieve 
a weight of 110 Ib (50 kg). The Amur pike (E. reicherti) 
occurs in parts of central Siberia. 


Pike of all species are considered valuable game- 
fish, and are avidly sought after by sport fishers. This 
is especially true of the larger species, particularly the 
northern pike and muskellunge. 


| Piltdown hoax 


On December 18, 1912, Charles Dawson (1865— 
1916) announced to the geological Society in London 
that he had discovered skull fragments and a partial jaw 
in a gravel formation in Piltdown Common, Fletching, 
near Lewes, Sussex, England. The skull fragments were 
accompanied by bones of relatively recent hippopota- 
mus, deer, beaver, and horse, as well as ancient bones of 
extinct mastodon and rhinoceros. Collected over a 
period of years, the skull fragments had an unusually 
thick brain case but were otherwise considered to be 
human. The jaw remnant was clearly primitive. 


This spectacular announcement was considered 
evidence, found in Britain (much to the satisfaction of 
nationalistic British minds), that provided a link from 
ancient to modern man. Dawn man (Eoanthropus 
dawsoni), eventually known as Piltdown man, was 
actually one of the most successful (and damaging) 
scientific hoaxes of the twentieth century. It would 
take 40 years to prove that this was a fraud. 


At first, there was skepticism. Scientists proposed 
that the jaw and cranium fragments were from two 
creatures, rather than one. However, in 1915, a second 
Piltdown man was discovered 2 mi (3.2 km) from the 
original site. The second set of fossil remains seemed to 
indicate that the possibility of a human cranium and 
an ape jaw coming together purely by chance was 
unlikely. Clearly, both jaw and cranium fragments 
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were from one type of human ancestor that provided 
evidence of an intermediary stage between ape and 
human, however when compared to other authentic 
prehuman fossils, it was unclear where Piltdown man 
fit in the evolutionary development of man. 


Even with the lack of continuity between 
Piltdown man and other pre-human fossil remains, 
the authenticity of Piltdown man was not disproved 
until 1953, when dating techniques unequivocally 
proved it a fraud. Piltdown man was merely a hoax 
made up of an ancient human skull and a contempo- 
rary orangutan jaw. The dark color of the fragments 
that was representative of fossil find in the area was 
artificial. The teeth in the orangutan jaw had been 
mechanically ground down to resemble humanlike 
wear, rather than that of apes. In 1912, accurate 
dating techniques were unavailable and the fervor 
to provide evidence to support the cherished belief 
that humans had first developed a big brain, and then 
later developed other human characteristics was 
great. The identity of the perpetrator of the hoax 
remains uncertain to this day. 


Pineapple see Bromeliad family 
(Bromeliaceae) 


l Pinecone fish 


A pinecone fish has a plump, deep body, measur- 
ing about 5 in (12.7 cm) in length. The body is covered 
by heavy, plate-like scales that overlap, giving the fish 
the appearance of a pinecone—hence its name. Under 
each pinecone fish’s lower jaw are two phosphorescent 
organs, giving the impression that the fish itself pro- 
duces light. The light is actually produced by biolumi- 
nescent bacteria that have a symbiotic relationship 
with the fish. 


Pinecone fish belong to the order Beryciformes, 
which includes 15 families and 143 species of fish, all 
marine. This order is considered a primitive predeces- 
sor of perches. Characteristically deep-sea fish, most 
families within the order are small, including fewer 
than 12 species. Some other forms of Beryciformes 
are whalefish, squirrel fish, laterneyes, and slimeheads. 
Pinecone fish belong to the family Monocentridae; 
there are two genera within the family, Cleidopus and 
Monocentris, with a total of four species. 


Aside from having unusual scales and light pro- 
ducing organs, the fins of pinecone fish are unusual. 
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The fish has two dorsal fins located on its back. The 
first one consists of a series of four to seven stout 
spines that point alternately to the left and to the 
right. The second dorsal fin has nine to 12 soft rays. 
The pincone fish’s pelvic fin, the first fin located on the 
fish’s underside, is composed of a very strong, large 
spine with two to four small, soft rays. 


Pinecone fish inhabit the Indian and Pacific 
Oceans, as far south as South Africa and as far north 
as Japan. They move in schools at depths between 100 
and 800 ft (30 and 250 m). Pinecone fish tend to be 
nocturnal, hiding in caves and nooks during the day. 
The Japanese pinecone fish are known to form preda- 
tory schools near the bottom of deep waters. 


Kathryn Snavely 


l Pines 


The pines are species of trees in the genus Pinus, of 
the family Pinaceae and phylum Coniferophyta, the 
cone-bearing plants (conifers). Relatives of the pines 
include other conifers such as fir, Douglas fir, spruce, 
hemlock, cypress, and redwood. Pines and these other 
conifers are all considered gymnosperms, because they 
bear their seeds naked, rather than within an ovary as 
in the angiosperms (flowering plants). There are about 
100 different species of pines in the world. 


General characteristics 


All of the pines are woody plants. The mugo pine 
(Pinus mugo), native to the Alps of Europe, is one of 
the smallest pines. At maturity, it is really more of a 
bush than a tree, and is often planted in gardens of 
Europe and North America. Many other pines which 
are native to North America are large trees which can 
grow 197-262 ft (60-80 m) or more in height. 


The leaves of all pines are needle like and arise 
from the stem in bundles, called fascicles. Each fascicle 
is often associated with a fascicle sheath, a special 
tissue at its base. Most species have two to five needles 
per fascicle, but some species have as few as one and 
others have as many as eight needles per fascicle. The 
needles of pines are arranged in a spiral about the 
stem. Each year, as the branch of a pine tree grows, 
it produces a whorl of new leaves, called a candle. The 
needles of pines last about two years and most species 
are evergreen, meaning they have some needles at all 
times. Since pines have needles throughout the year, 
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A Scotch pine. (James Sikkema.) 


they have the potential to photosynthesize whenever 
conditions are suitable. 


The needles of pines, like those of other conifers, 
are well-adapted for growth in dry environments. In 
particular, the outer surface of pine needles has a thick 
waxy layer, called a cuticle, which reduces evaporative 
water loss. Like the leaves of all higher plants, pine 
needles have special microscopic pores on their sur- 
face, called stomata, which are important for exchange 
of water vapor, carbon dioxide, and oxygen. The sto- 
mata are usually arranged in rows on the underside of 
the needles, where they appear as white lines. At the 
microscopic level, the stomata are beneath the surface 
cells, so they are often called “sunken stomata.” This 
stomatal adaptation reduces evaporative water loss. 


The pines are vascular plants, in that their trunks 
and stems have specialized cells, xylem and phloem, 
for the transport of water and food. The xylem of 
pines consists mainly of tracheids, elongated cells 
with thick walls and tapered ends. The phloem of 
pines consists mainly of sieve cells, elongated cells 
with relatively unspecialized sieve areas at the ends. 
Sieve cells are characteristic of gymnosperms and free- 
sporing plants, whereas sieve tube elements are char- 
acteristic of the more evolutionarily advanced flower- 
ing plants. 


Evolution and classification 


The oldest known fossil of the pine family 
(Pinaceae) is a cone from the Lower Cretaceous 
period, about 130 million years ago. The structure of 
this fossilized pine cone is similar to that of modern 
cones of the Pinus genus. 


Today, there are about 100 species of pines. Pines 
grow throughout the Northern Hemisphere, and only 
one species (Pinus merkusii) is native to the Southern 
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Hemisphere. More than 70 species are native to 
Mexico and Central America, and this is their likely 
center of origin. Pines are distributed in North 
America from the subarctic of northern Canada and 
Alaska to the tropics. There are about 35 species of 
pines in the United States and Canada. Although only 
one species is native to the Southern Hemisphere, 
many pines have been introduced and cultivated 
there for timber or as ornamental plants. 


There are two subgenera of pines, and botanists 
believe these are evolutionarily distinct groups. These 
subgenera are Diploxylon, commonly called the hard 
pines, and Haploxylon, commonly called the soft 
pines. As suggested by their names, the wood of soft 
pines tends to be soft, and the wood of hard pines 
tends to be hard. 


The needles of hard pines have the following char- 
acteristics: (a) they usually arise in fascicles (bundles) 
of two or three; (b) they have a semicircular shape in 
cross-section; and (c) they have two main veins, as 
revealed by a cross-section. In addition, the fascicle 
sheaths of hard pines remain attached as the needles 
mature. 


The needles of soft pines have the following char- 
acteristics: (a) they usually arise in fascicles (bundles) 
of five; (b) they have a triangular shape in cross-section; 
and (c) they have only one main vein, as revealed by a 
cross-section. In addition, the fascicle sheaths of soft 
pines wither away as the needles mature. 


Life cycle 


All species of pines are monoecious, in that male 
and female reproductive structures occur on the same 
plant. Once a pine tree reaches a certain stage of 
maturity, it forms male and female reproductive struc- 
tures, termed strobili (singular: strobilus). The strobili 
of pines are unisexual, in that they contain either male 
or female reproductive organs, but not both. The male 
strobili are typically about 0.4-0.8 in (1-2 cm) in diam- 
eter and form on the lower part of the tree. The female 
strobili are much larger and form on the upper part of 
the tree. 


The male strobilus is composed of many modified 
leaves, called microsporophylls, which are spirally 
arranged about a central axis. Each microsporophyll 
has two microsporangia attached. Microsporangia are 
organs that contain microsporocytes, immature pollen 
grains. The microsporocytes develop into pollen grains 
with four cells each. The four cells of the pollen grain 
are haploid, in that each contains one set of chromo- 
somes. Thus, the pollen grain of pines is a multicellular 
haploid tissue, and is the male gametophyte. In the 
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spring time, the male strobilus releases pollen into the 
wind, and then shrivels up and dies. 


The female strobilus is larger than the male stro- 
bilus. It is composed of many scales (modified leaves) 
which are spirally arranged about a central axis. Each 
scale has a sterile bract and two ovules, egg-forming 
structures, attached to it. The ovule consists of two 
types of tissues, the nucellus and its surrounding 
integument. A special pore, called a micropyle, passes 
through the integument to the nucellus. 


In pollination, a pollen grain lands on the female 
strobilus and sticks to a special fluid in the micropyle. 
As this fluid evaporates, the pollen grain is drawn into 
contact with the nucellus. This causes the pollen grain 
to germinate and form a pollen tube. Then, the female 
tissue produces four megaspores. The megaspores are 
haploid cells, in that each has one set of chromosomes. 
One of the megaspores develops into a megagameto- 
phyte, a multicellular haploid tissue, and the others 
degenerate. Then, more than one year after the pollen 
grain has landed on the female strobilus, the female 
megagametophyte forms archegonia, reproductive 
structures which contain egg cells. 


In fertilization, the pollen tube arrives at the sur- 
face of the egg cell and releases two haploid sperm 
nuclei into it. One of these sperm nuclei degenerates 
and the other unites with the nucleus of the egg to form 
a cell with two sets of chromosomes. This is the zygote. 
The zygote develops into a seed, which contains an 
embryo. The entire process from pollination to forma- 
tion of a mature seed typically takes two to three years. 
This is much slower than in the flowering plants 
(angiosperms). 


Wind or foraging animals generally disperse pine 
seeds into the environment. The seed germinates fol- 
lowing stimulation by certain environmental signals, 
such as exposure to light or temperature changes. 
Most species of pines can live for a hundred or more 
years and some species, such as the bristlecone pine 
(see below), can live for thousands of years. 


Economic importance 


Pines are very important economically. The wood 
of many species is used as timber for construction and 
furniture. Pines are also used for the manufacture of 
turpentine, rosin, pulp, and paper. 


One of the most economically important pines of 
the 1800s was the eastern white pine (Pinus strobus). 
This pine once dominated forested regions in 
Pennsylvania, New York, New Jersey, much of New 
England, and southeastern Canada. Most of these 
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pines were several hundred years old and 197-230 ft 
(60-70 m) in height. During the 1800s, most of these 
pine forests were clear-cut and the lumber was used for 
construction in North America, or was shipped to 
Europe where lumber was in short supply. More 
recently, the eastern white pine and the red pine 
(Pinus resinosa) have been used for reforestation in 
parts of eastern North America. 


In modern times, several other species of pine are 
economically important. The ponderosa pine (Pinus 
ponderosa) of the western United States is currently 
the most economically important pine of North 
America. The southeastern United States also has 
economically important pines such as loblolly pine 
(Pinus taeda), short leaf pine (P. echinata), slash pine 
(P. elliottii), and longleaf pine (P. palustris). Many of 
these southeastern pines are cultivated in plantations. 
Outside of North America, Pinus pinaster of the 
Mediterranean region and Pinus longifolia from 
India are major commercial species. 


Bristlecone pine 


The bristlecone pine (Pinus aristata) is an impor- 
tant species to scientists because it lives so long, and has 
tree rings can provide important clues about the climate 
of previous eras. This species grows in the arid moun- 
tainous regions of California, Nevada, Utah, and 
Colorado at an elevation of about 9,840 ft (3,000 m). 
Bristlecone pine grows very slowly, but can live for 
several thousand years. The oldest known specimen is 
nearly 5,000 years old. Bristlecone pines have been 
intensively studied by dendrochronologists, scientists 
who examine and interpret tree rings. 


The tree rings of bristlecone pines and other trees 
appear as concentric rings, and are visible in a cross- 
section of a trunk or in a core sample. A new growth 
ring typically forms each year, as the tree trunk 
expands. Growth rings are relatively wide in years 
favorable for growth, and narrow in unfavorable 
years. Bristlecone pines grow so slowly that there can 
be more than a hundred rings in the space of only a few 
centimeters, so their tree rings must be examined with 
a microscope. The width and other features of these 
growth rings provide valuable clues to archaeologists 
about the prevailing local climate during the period 
when ancient native American cultures inhabited the 
western United States. 


Pine cones 


One of the most familiar feature of pines is their 
cones. Biologically, a pine cone is simply a fertilized 
female strobilus containing seeds within. 
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While their economic significance is not as great as 
that of pines, which are harvested for timber (see above), 
the pinyon pines (Pinus cembroides, P. monophylla, 
P. quadrifolia, and P. edulis) are prolific producers of 
edible pine “nuts,” which are technically seeds. These 
seeds are often used in salads, sauces, desserts, and other 
foods. The pinyon pines are native to semi-arid regions 
of the western United States and Mexico. 


The largest pine cones come from the sugar pine 
(Pinus lambertiana). This species grows in western 
North America and its pine cones are typically 15-18 
in (38-46 cm) long and 4 in (10 cm) wide. The cones of 
the big cone pine (Pinus coulteri), a native of 
California, are somewhat smaller, but can weigh over 
4.4 lb (2 kg), heavier than any other species. 


One of the most interesting pine cone adaptations 
occurs in jack pine (Pinus banksiana), pitch pine 
(P. rigida), knobcone pine (P. attenuata) and several 
other species. The cones of these species are seroti- 
nous, meaning that they are “late opening.” In partic- 
ular, the pine cones remain closed long after the seeds 
have matured. They typically open up to disperse the 
seeds only after exposure to very high temperatures, 
such as occurs during a fire. At the biochemical level, 
the heat of a fire apparently softens the resins that hold 
together the scales of the cone. Pine trees with seroti- 
nous cones often grow in ecosystems that have a high 
frequency of fires. For example, the pitch pine grows 
in the New Jersey pine barrens, where natural or man- 
made fires have occurred for many centuries. 


Endangered species 


The U.S. Fish and Wildlife Service’s Division of 
Endangered Species List includes no pine species. 
However, this list does not cover non-U.S. species, and 
there are endangered pine species in Mexico and in Asia. 


The rapid disappearance of the pine forests of 
Mexico and Central America have been largely due 
to disease, insects and human activity. Mexico’s pop- 
ulation increases by over a million people each year, 
and this places heavy demand on firewood and land 
for agricultural uses. 


There are nine Mexican pines that are considered 
either endangered or rare; they are: 


« Pinus culminicola (Potosi pinyon) 

» P. maximartinezii (large cone Martinez pine) 
- P. rzedowskii (Rzedowski pine) 

- P. pinceana (weeping pinyon) 

- P. johannis (Johannis pinyon) 


- P. radiata var. binata (Monterey pine) 
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Pipefish 


- P. lagunae (Laguna pinyon) 
- P. jaliscana (Jalisco pine) 
- P. nelsoni (Nelson pine) 


Of these, the first four are considered very rare 
and very endangered. The next two, P. johannis and 
P. radiata, are classified as rare and endangered, and 
the last three are considered rare. 


According to the World Conservation Union- 
IUCN, the following Asian pines are considered to 
be the most endangered: 


- P. dalatensis (found in South Vietnam) 
- P. massoniana var. hainanensis 


- P. wangii (found in small area in Yunnan Province, 
China) 


Other endangered species on _ the 
Conservation Union’s list are: 


World 


» P. bungeana (in northern central China) 


« P. dabeshanensis (in the Dabie shan mountains of 
eastern central China) 


« P. culminicola 

e P. maximartinezii 

- P. rzedowski 

- P. torreyana subsp. torreyana 
- P. torreyana subsp. insularis 


- P. radiata var. bipinata 


Enlightened Forestry 


Tree conservationists have learned that when for- 
ests are eliminated, the trees that grow back are sel- 
dom the same ones that were there before. The pine 
trees felled in Michigan in the late nineteenth century 
never grew back, and were replaced by oaks and 
aspens, which the gypsy moth is fond of. The hard- 
woods in the southern part of the country were cut to 
make room for pines that could be harvested 20-40 
years later. There are now pine plantations from 
North Carolina to Arkansas, where the trees fre- 
quently do not grow as rapidly as had been planned. 


Today, enlightened foresters practice sustainable 
forestry, a practice that places nature ahead of timber 
harvests, and removes tree from the forest at a rate 
that can be maintained indefinitely. Models for return- 
ing land to forest come from the old stands of unman- 
aged forest, which have sustained themselves for 
thousands of years. 


See also Conifer; Gymnosperm. 
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KEY TERMS 


Cuticle—Layer of wax covering the surface of 
leaves and other plant parts. 


Dendrochronology—Scientific examination and 
interpretation of tree rings. 


Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Fascicle—Bundle of leaves, in the pines often asso- 
ciated with a fascicle sheath, a special tissue at its 
base. 


Fertilization—Union of male and female sex cells 
to form a diploid cell. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Pollination—Movement of pollen from the male 
reproductive organ to the female reproductive 
organ, usually followed by fertilization. 


Strobilus—Reproductive organ consisting of modi- 
fied leaves (sporophylls) spirally arranged about a 
central axis, colloquially referred to as a cone. 


Resources 


BOOKS 

Ecology and Biogeography of Pinus, edited by David M. 
Richardson. Cambridge, U.K.: Cambridge University 
Press, 2000. 

White, John, and David More. Illustrated Encyclopedia of 
Trees, 2nd ed. Portland, OR: Timber Press, 2005. 


OTHER 

Chaw, S. M., et al. “Seed Plant Phylogeny Inferred From All 
Three Plant genomes: Monophyly of Extant 
Gymnosperms and Origin of Gnetales from Conifers.” 
Proceedings of the National Academy of Sciences of the 
United States of America 97 (2000): 4086-4091. 


Peter A. Ensminger 
Randall Frost 


Pion see Subatomic particles 


l Pipefish 


Pipefish (family Syngnathidae) are slim, elongated 
fish with large heads and extended, tubular mouths. 
The extended snout frequently measures more than 
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A pipefish (Sygnathus sp.) swimming through the water. 
(Herve Chaumeton. Photo Researchers, Inc.) 


half of the total head length. The body is enclosed in a 
tough, segmented skin and the fins, with the exception 
of the dorsal fin, are greatly reduced in comparison to 
other fish. Pipefish are widely distributed in tropical 
and warm-temperate waters; most species are marine 
but some freshwater species are also known from the 
tropics. Most species live in shallow waters, usually 
less than 65 ft (20 m) in depth. Many are estuarine- 
dwellers. Pipefish are masters at concealing themselves 
from predators: those species that live in and around 
seaweed fronds or sea grass beds align themselves with 
the vegetation and drift with the current, appearing as 
additional floating fragments of vegetation. 


Most pipefish are a dull green or olive color, but 
many are ringed with more striking colors. Some spe- 
cies can alter their background color to help blend in 
with their surroundings. Successful camouflage is also 
an advantage when stalking prey. Small fish, for exam- 
ple, are hunted visually: when the pipefish is within 
striking distance, they are snapped up with a rapid 
lunge, the open mouth and tubular snout being 
extended at the same time. Pipefish also eat a wide 
range of small crustaceans. 


Pipefish swim in a leisurely fashion, characteristi- 
cally in an upright position, gliding slowly through the 
water by means of rapid wavelike movements of the 
dorsal fin. Should they need to move faster, they can 
propel themselves forward by bending the body over 
and moving forward in a series of jump like movements. 


Breeding may take place throughout the year in 
the tropics, but is limited to June through August in 
more temperate waters. As with the closely related sea 
horses, parental responsibilities in pipefish belong to 
the male. Male fish incubate the developing eggs either 
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in a shallow groove on the underside of the tail or in 
special folds of soft skin on the abdomen. Some species 
carry the eggs directly attached to the abdomen, the 
female having laid them there directly. The young fry, 
which may measure just 0.35 in (9 mm) in length, are 
free-living and free-swimming but remain close to the 
adult male for several days after hatching. 


Pistachio see Cashew family 
(Anacardiaceae) 


Pitcher plant see Carnivorous plants 


| Placebo 


In medicine, especially in clinical trials conducted 
for medical research, a placebo is a substance used as a 
control in a double-blind test. Half of a group of test 
subjects are given a medicinal substance being inves- 
tigated, while the other half is administered an inert 
material, like a sugar pill, made to look indistinguish- 
able from the medicine. In the optimal double-blind 
test, neither the research staff nor the test patients 
know which is which until the study has been com- 
pleted. By this process, psychological effects of the 
placebo are hopefully kept separate from the biolog- 
ical effects of the chemically active agent being tested. 


The non-medical definition of the word placebo 
indicates the general phenomenon called the placebo 
effect. Any action, such as gift-giving, which is 
intended to soothe an agitated person without directly 
solving any problem is referred to as a placebo. 
Indeed, the word placebo is derived from the Latin 
for “I will please.” As far back as the sixteenth century, 
the writer Montaigne commented that a patient’s faith 
in a doctor had more bearing on the successful out- 
come of a therapy than any other factor. 


There is accumulating evidence that the use of a 
placebo can have a beneficial effect. This may be due 
to the release into the body’s circulation of of com- 
pounds called endorphins by someone who takes a 
placebo, believing that they are receiving a real medi- 
cine. Endorphins are analgesic (pain-reducing) chem- 
ical agents produced by the human brain. They serve 
the same purpose as morphine, a narcotic extracted 
from the poppy. 


Even surgery can be used as a placebo, by cutting 
open a patient under anesthesia without actually oper- 
ating. Control groups among angina sufferers have 
reported a decrease in chest pains after such “dummy” 
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Planck’s constant 


surgery, which indicates that angina may be at least 
partially psychosomatic. The problem with extreme 
placebos is the ethical issue of leaving any one patient 
untreated for the sake of being a control. 


The use of a placebo is one of the important parts 
of a well-designed clinical trial. If the number of 
patients in the treatment and placebo groups is large 
enough, and if the trial is a double-blind design, then 
the effect of the drug being evaluated can be assessed 
with accuracy. Such trials are essential before a drug is 
introduced for general use. 


Plaice see Flatfish 


Planarians see Flatworms 


| Planck’s constant 


Planck’s constant relates the energy (£) of a pho- 
ton with its frequency. It allows precise calculation of 
the energy of light emitted or absorbed and thereby 
permits the determination of the actual energy of the 
photon. Along with constant for the speed of light, 
Planck’s constant (h = 6.626 x 10~** joule-second in 
the meter-kilogram-second system of measurements) 
is a fundamental constant of nature. 


At the beginning of the twentieth century, 
German physicist, Maxwell Planck proposed that 
atoms absorb or emit electromagnetic radiation only 
in certain units or bundles of energy termed quanta. 
The concept that energy existed only in discrete and 
defined units seemed counter-intuitive, that is, outside 
the human experience with nature. Accepting his 
experimental results regarding the radiation emitted 
by an object as its temperature increases, Planck devel- 
oped a quantum theory that accounts for a wide range 
of physical phenomena. 


Prior to Planck’s work, electromagnetic radiation 
(light) was thought travel in waves with an infinite 
number of available frequencies and wavelengths. 
Planck determined that energy of light was propor- 
tional to its frequency. As the frequency of light 
increases, so does the energy of the light. 


Planck began his university studies at the age of 16. 
By the age of 21 he had earned a doctorate in physics. 
While a graduate student, Planck studied entropy and 
the applications of the second law of thermodynamics. 
When Planck started his studies in physics, Newtonian 
or classical physics seemed fully explained. In fact, 
Planck’s advisor claimed that there was essentially 
nothing new to discover in physics. Despite such 
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warnings, Planck chose to study physics. Planck’s tal- 
ents and dedication were recognized and upon the death 
of his mentor Gustav Robert Kirchoff, Planck became 
a professor of theoretical physics at the University of 
Berlin where he did the major portion of his work 
regarding the relationship of light energy to light wave- 
length. Planck was able to measure radiation from 
heated bodies because—although atoms are constantly 
vibrating and generating electromagnetic waves—when 
heated, an atom vibrates at higher frequencies and gives 
off radiation at higher levels of energy. 


Planck admitted that he did not fully understand 
quantum theory. In fact he regarded it as only a math- 
ematical aberration or temporary answer until a more 
intuitive or common sense answer was found. Despite 
Planck’s reservations, Albert Einstein’s subsequent 
Nobel Prize winning work on the photoelectric effect 
was heavily based on Planck’s theory and described 
light as being composed of photons, each with an 
energy equal to Planck’s constant times the frequency 
of the light. 


Light is now understood as having both photon 
(particle) and wavelike properties. 


In 1916, American physicist Robert Millikan’s 
experiments gave the first precise calculation of 
Planck’s constant. Modern laboratories, including 
the national Institute of Standards and Technology 
strive for more precise values for Planck’s constant 
because it is so fundamental to applications of modern 
physics and chemistry. 


Planck’s constant, combined with the speed of 
light, and the universal gravitational constant (G), 
can yield a quantity with the dimensions of time 
(5.38 x 10-** seconds). This quantity is called Planck 
time a very important concept in cosmology (the study 
of the origin of the cosmos). Because it is a fundamen- 
tal constant, more precise values for Planck’s constant 
also improves the precision of related atomic con- 
stants, such as proton mass, electron mass, elementary 
charge, and Avogadro’s number. 


See also Atomic models; Blackbody radiation; 
Cosmic ray; Electromagnetic spectrum; Electromag- 
netism; Quantum mechanics; Spectral classification of 
stars; Spectral lines; Spectroscopy; Spectrum; Virtual 
particles. 
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| Plane 


The term plane, together with point, line, and 
solid, is considered an undefined term. Every defini- 
tion in mathematics attempts to use simpler and 
better-understood terms to define more complex 
ones. As the terms to be defined become ever simpler, 
this eventually becomes impossible. The simplest 
terms are so well understood that there is little sense 
in attempting a formal definition, since often the term 
itself must be used in the definition. The definition 
attributed to Euclid, in fact, relies on an intuitive 
understanding of the terms point, line, straight, and 
surface. 


A plane is infinite in extent, both in length and 
width, so that flat physical objects are represented 
mathematically by some portion of a plane. A plane 
has only width and length. It has no thickness. While a 
plane is strictly two dimensional, so is the curved sur- 
face of a solid such as a sphere. In order to distinguish 
between curved surfaces and planes, Euclid devised a 
definition for plane similar to the following: given two 
points on a surface, the surface is planar if every point 
on the straight line that connects these two points is 
also on the surface. 


Plane is a term used in mathematics (especially 
geometry) to express, in abstract form, the physical 
property of flatness. A point or line can be contained 
ina plane, a solid cannot. Instead, the intersection of a 
plane with a solid is a cross section of the solid con- 
sisting of a portion of the plane. 


See also Locus. 


I Plane family 


The Plane family is a family of trees and large 
shrubs known to botanists as the Platanaceae. This 
family has a single genus, P/atanus, and seven to ten 
different species. The two most familiar species are the 
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American sycamore (Platanus occidentalis), which is 
native to eastern and central United States, and the 
London plane, a hybrid tree species, which is com- 
monly planted as an ornamental in the United States 
and Europe. Both species have thick trunks at matur- 
ity, which have very characteristic scaly bark. The 
Platanaceae is probably closely related to the 
Hamamelidaceae, a plant family, which includes the 
witch hazels and sweet gums. 


Botanical characteristics 


The leaves of all plants in the plane family are 
simple, deciduous, palmate, and somewhat maplelike 
in appearance. The leaves are palmately veined and 
have three to nine lobes, depending on the species. The 
leaves arise from a long petiole (stalk) that is swollen at 
its base on the twig. The leaves arise alternately on the 
stem (rather than opposite one another) and the twigs 
have a characteristic zig-zag appearance. 


The flowers of all species are unisexual in that they 
contain either male organs or female organs, but not 
both. All species are monoecious, in that male and 
female flowers arise from the same individual tree. 
The flowers are minute and arise in large spherical 
clusters. 


The fruit is a characteristic spherical cluster of 
small, one-seeded, dry, indehiscent fruits, referred to 
as achenes. Depending on the species, one to several of 
these spherical fruit clusters arises from a single long 
peduncle (stem) that is attached to the twig. The small 
seeds are wind dispersed. 


The best known tree of this family is the American 
sycamore. Its fruit balls are about 1 in (2.5 cm) in 
diameter and consist of several hundred seeds densely 
packed together. Naturalist and writer Henry David 
Thoreau (1817-1862) eloquently described the seeds 
of this species as “standing on their points like pins 
closely packed in a globular pin-cushion, surrounded 
at the base by a bristly down of a tawny color, which 
answers the purpose of a parachute.” 


Geographic distribution 


Of the seven to ten species in the plane family, all 
but two are native to North America. Three species are 
native to the United States. The well-known American 
sycamore grows in moist alluvial soils in central and 
eastern North America. The two other American spe- 
cies are small trees of western United States. The 
Arizona sycamore (Platanus wrightii) grows along 
stream banks in Arizona and New Mexico. The 
California sycamore (Platanus racemosa) grows 
along stream banks in the Sierra Nevada region. 
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Planet 


Two species in the Plane family are from Europe 
and Asia. The Oriental planetree (Platanus orientalis) 
is native to the Balkans and Himalayas, and Platanus 
kerrii 1s native to Indochina. 


American sycamore 


The American sycamore is also referred to as the 
American planetree or the buttonwood. These trees 
grow in moist areas, such as along stream banks, in 
eastern and central United States. They can live for 
500 years or more. At maturity, these trees can be over 
100 ft (30.5 m) in height and have trunks up to 8 ft (2.4 
m) in diameter. The American sycamore is the most 
massive tree species in eastern North America. 


The bark of the American sycamore has a very 
characteristic mottled or scaly appearance. Its palmate 
leaves are 4 to 7 in (10.2 to 17.8 cm) in diameter and 
have three to five lobes each. The spherical fruit clus- 
ters are about | in (2.5 cm) in diameter and one fruit 
cluster arises from each stalk. 


The wood of the American sycamore is very diffi- 
cult to split. This property makes it ideal for construc- 
tion of butcher’s blocks. The wood has also been used 
as a veneer for furniture. 


Oriental planetree 


The Oriental planetree grows in alluvial soils in 
regions with a moderate climate in the Balkans 
(Greece, Turkey, elsewhere in the Mediterranean) and 
Himalayas of Asia. This species differs from the 
American sycamore in that it has several spherical clus- 
ters of fruits on each peduncle. This tree is often culti- 
vated as an ornamental plant in the Mediterranean 
region of Europe. 


London planetree 


In the early to mid 1600s, botanists grew the 
American sycamore and Oriental planetree close to 
one another at the well-known Oxford Botanical 
Gardens in England. Apparently, these two species 
spontaneously hybridized in the late 1600s and pro- 
duced a new hybrid species, the London planetree 
(Platanus X hybrida, but also given other Latin 
names). Although Platanus occidentalis and Platanus 
orientalis are believed to have been separate species for 
at least 50 million years, their hybrid was fertile and 
produced its own seeds. 


The London planetree combines some of the char- 
acteristics of each of its parent species, as is typical of 
hybrid species. The leaves of the American sycamore 
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KEY TERMS 


Achene—A dry, indehiscent, one-seeded fruit, with 
the outer layer fused to the seed. 


Hybrid—Offspring of the sexual union of two dif- 
ferent species. 


Peduncle—Stalk which bears a cluster of flowers. 


have shallow lobes, the leaves of the Oriental planetree 
have deep lobes, and the leaves of the London planet- 
ree have lobes with intermediate depth. One fruit clus- 
ter is borne on each peduncle in the American 
sycamore, several fruit clusters are borne on each 
fruit cluster of the Oriental planetree, and two (or 
occasionally three) fruit clusters are borne on each 
peduncle of the London planetree. 


Like the American sycamore, but unlike the 
Oriental planetree, the London planetree can endure 
cold climates. The London planetree can endure pol- 
lution and other environmental stresses better than 
either species. Thus, it is often cultivated as an orna- 
mental tree and planted along streets in America and 
Britain. Moreover, the London planetree can grow up 
to 3 ft (0.9 m) per year, making it a very popular shade 
tree for homeowners. 


In the 1920s, more than 60% of the trees planted 
along the streets of London, England, were London 
planetrees. They are also well known in _ the 
Kensington Gardens of London. 
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l Planet 


A planet is generally defined as any major celestial 
object that orbits a star and does not emit visible light 
by internal means (but only shines by reflected light 
from the parent star). The study of planets, specifically 
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the evolution, structure, and composition of planets 
and planetary systems, is called planetary science. 
Planetary scientists usually compare Earth with other 
planets in order to learn more about the properties 
contained in and about Earth. These scientists use 
physics, mathematics, chemistry, geology, astronomy, 
atmospheric science, biology, and many other sciences 
in their work with planets. Although the word planet is 
used frequently in science, it was not officially defined 
in astronomy until 2006. 


Official definition of planet 


Before the 1990s, only nine planets were known: 
Mercury, Venus, Earth, Mars, Jupiter, Saturn, 
Uranus, Neptune, and Pluto. The planets varied in 
size and characteristics. Mercury, Venus, Earth, and 
Mars were classified as terrestrial planets while 
Jupiter, Saturn, Uranus, and Neptune were consid- 
ered gas planets. Pluto was not included in either 
group due to its small size and location within the 
Kuiper Belt (a ring of millions of frozen, rocky objects 
between the orbit of Neptune and reaching out past 
Pluto’s orbit). 


For the most part, the differences did not necessi- 
tate a formal definition. However, early in the 1990s, 
many tiny bodies beyond the orbit of Neptune (what 
are called trans-Neptunian objects) were discovered. 
These icy bodies were similar in composition and size 
to Pluto (what was then the ninth planet in the solar 
system and furthest from the sun). In addition, hun- 
dreds of exoplanets (planets orbiting stars other than 
the sun) were found to exist. These discoveries added a 
wide variety of sizes and characteristics when describing 
planets. Some bodies were as large as stars, while others 
were as small as the moon. Some small stars, called 
brown dwarfs and looking like planets, were discovered 
orbiting larger stars. Finally, in 2005, a body called 
2003UB3,3—which was larger than Pluto—was found 
outside Neptune’s orbit. Astronomers decided it was 
time to define the word planet. 


Consequently, on August 24, 2006, members of 
the International Astronomical Union (IAU) at its 
General Assembly in Prague, Czech Republic, passed 
Resolution 5A. (The IAU is an organization whose 
mission is to promote astronomy through interna- 
tional cooperation. It also officially names celestial 
bodies) According to the IAU, a planet is any “celes- 
tial body that (a) is in orbit around the sun, (b) has 
sufficient mass for its self-gravity to overcome rigid 
body forces so that it assumes a hydrostatic equili- 
brium (nearly round) shape, and (c) has cleared the 
neighborhood around its orbit.” 
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History of planetary science 


In the sixteenth and seventeenth centuries Polish 
astronomer Nicolaus Copernicus (1473-1543), astron- 
omer and physicist Galileo Galilei (1564-1642), and 
others introduced and developed the concept that 
Earth (a planet) revolves around the sun (a star) rather 
than the opposite, traditionally held view, which posi- 
tioned Earth at the center of the universe. Over the 
next three centuries, astronomical discoveries have 
shown that the sun is an average-sized star in the 
universe that is filled with billions and billions of 
stars. Since the 1990s, it has been shown that some of 
these stars also are encircled with one or more planets. 
The use of telescopes (such as radio and optical ones), 
spectroscopy (the study of the electromagnetic spec- 
trum), charge-coupled devices (which records light 
particles when they hit its surface), unmanned space- 
craft (which carry a host of scientific instruments), and 
other technologically advanced instruments have 
helped to develop the concepts of planetary science. 


Planets are generally thought to have formed from 
the same gases and dust that condensed to make the 
parent star. Materials were expelled from giant stars as 
they ended their lives. These explosions, called super- 
novae, send shock waves through clouds of interstellar 
gases and dust. Such actions allowed gravitational 
forces (gravity) to slowly form these clouds into stars 
and planets. The resulting planets are, today, seen with 
the naked eye, ground-based telescopes, and orbiting 
telescopes. Many of these planets themselves often 
contain orbiting moons and dust rings. 


Planets of the solar system 


The eight major planets in the solar system, which 
are in elliptical orbits near the ecliptic plane, are div- 
ided into two classes: the inner and outer planets. The 
inner planets (Mercury, Venus, Earth, and Mars) are 
made of rocky material surrounding an iron-nickel 
metallic core. Earth and Venus have substantial 
cloud-forming atmospheres, and Mars has a thin 
atmosphere similar in composition to the of Venus. 


The outer planets (Jupiter, Saturn, Uranus, and 
Neptune) are large masses of hydrogen in gaseous, 
liquid, and solid form surrounding Earth-size rock 
plus metal cores. Pluto, which has been demoted to a 
dwarf planet as of 2006, is made of ice and rock. It is 
probably an escaped moon of Neptune. 


Specifically, Pluto has been disqualified from 
being a planet due to its highly elliptical orbit that 
overlapped Neptune’s orbit. Instead, Pluto is recog- 
nized by the IAU as a dwarf planet—“a celestial body 
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that (a) is in orbit around the sun, (b) has sufficient 
mass for its self-gravity to overcome rigid body forces 
so that it assumes a hydrostatic equilibrium (nearly 
round) shape, (c) has not cleared the neighborhood 
around its orbit, and (d) is not a satellite.” The largest 
dwarf planet in the solar system is 2003UB3)3, as of 
September 2006 it has been officially named Eris. 


Planetary astronomy 


Other stars have planets orbiting about them. 
Astronomers have discovered that the star- and 
planet-formation mechanisms seen in the solar system 
are similar throughout the universe. When stars form, 
leftover gases and dust accumulate into planetesimals 
by mutual gravitational attraction. Observations of 
disk-shaped dust clouds around newly formed stars 
are a clear indication of planet formation in progress. 


Planetary astronomy is a very active field, thanks 
to space probes like the Galileo unmanned spacecraft. 
In 1995, scientists found evidence that Jupiter’s moon 
Europa has a liquid ocean and, perhaps, the right con- 
ditions for life. The Mars Pathfinder mission landed a 
small roving vehicle on the planet in 1997, providing 
up-close pictures suggesting that liquid water had once 
scoured the surface. Pathfinder’s roving vehicle 
Sojourner also performed soil-chemistry analysis, and 
other probes like National Aeronautics and Space 
Administration’s (NASA’s) Mars Reconnaissance 
Orbiter (MRO) will continue to provide new informa- 
tion about planetary surfaces. In fact, MRO, which 
was launched on August 12, 2005, began to begin its 
primary mission in November 2006. It is conducting 
exploration and reconnaissance of Mars’ landforms, 
minerals, water/ice, stratigraphy (rocks) while in orbit 
about the planet. Its explorations will help to pave the 
way for future manned and unmanned missions to the 
planet. 


Astronomers have found planets circling stars 
other than the sun. The first planet found was in 
1995 when Michel Mayor and Didier Queloz found a 
planet around star 51 Pegasi, an almost perfect twin of 
the sun. Since October 2006 (according to the IAU), 
thanks to new, indirect observational techniques, 208 
extrasolar planets have been discovered, with masses 
ranging from that of Jupiter to the upper size limit for 
a planet (about 15 Jupiter masses). Since 2002, more 
than 20 extrasolar planets have been discovered on 
average each year. 


These new planets cannot be seen directly, but are 
inferred from the perturbative motions (wobble) or 
brightness seen on some stars, as observed from large 
telescopes on Earth. The wobble is caused by the 
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gravitational pull of large planets near the star. 
Because these planets are big, gassy, and close to 
their star, they are not likely to contain any life, but 
their existence shows that there is nothing special 
about the fact that planets circle the sun. 


The two primary methods to detect new planets 
are: the radial-velocity technique (which uses spectro- 
scopy—the analysis of the electromagnetic spectra 
emitted by stars—to detect perturbations of stars orb- 
ited by planets) and the transit method (which uses the 
concept of the transit—the passage of a planet directly 
between its star and the Earth, and can occur only 
when the planet’s orbit happens to be oriented edge- 
on to the Earth-sun—to show the star’s apparent 
brightness that dims for several minutes. 


Evidence that planets exist on other stars come 
from the Hubble Space Telescope. It has captured, for 
example, images of a dust ring around the star HR 
4796A, 220 light-years from Earth. The ring roughly 
resembles that of Saturn, but on a vastly larger scale. 
Some objects in the rings could be planets, or the 
slender shape of the ring may be influenced by nearby 
planets. 


One extrasolar planet has been found only 15 
light-years from Earth, circling the star Gliese 876. 
This distance is much closer than other extrasolar 
planets. Gliese 876 is a small star, less than one-third 
the mass of the sun, suggesting that extrasolar planets 
are anything but rare. 


In 1999, astronomers announced the first-ever 
detection of an entire solar system around a star. 
Only 44 light-years from Earth, three large planets 
were found circling the star Upsilon Andromedae, a 
sunlike star visible to the naked eye on Earth. Again, 
the presence of the planets was inferred from gravita- 
tional wobbling. Astronomers suspect the planets are 
similar to Jupiter and Saturn—huge spheres of gas 
without a solid surface. One of them completely circles 
its star in only 4.6 Earth-days. Such discoveries show 
that planetary science will likely be a fruitful and 
surprising field for years to come. 


In November 2008, the Kepler space observatory, 
a space telescope especially designed to scan large 
areas of the sky for transits by planets as small as 
Earth, is scheduled to be launched by NASA. By 
2012 or 2013, Kepler should have gathered enough 
data to pinpoint hundreds of extrasolar planets and 
to determine how typical Earth’s solar system is in the 
universe. As of 2006, astronomers estimate that at 
least 10% of all stars similar in size and characteristics 
to the sun have one or more planets orbiting them. 
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KEY TERMS 


Ecliptic plane—The plane of Earth’s orbit around 
the sun. The other planets of the solar system also 
have their orbits near this plane and in the same 
direction of rotation as Earth. 


Planetesmals—Small clumps of matter held 
together by electromagnetic forces that, when gath- 
ered together, form the planets. 


The study of planets, especially Earth, has pro- 
duced much information about their origins, evolu- 
tion, and processes. Information learned about other 
planets—whether within the solar system or outside of 
it—helps scientists learn more about life and processes 
on Earth. So much information is being learned in 
outer space that many countries, including the 
United States, Japan, Russia, China, India, and the 
countries of the European Space Agency, are actively 
developing manned spacecraft to explore the nearby 
planets and unmanned probes to investigate the more 
distant planets of the solar system. Here on Earth and 
in orbiting satellites, telescopes are discovering previ- 
ously unknown planets that someday will add to the 
scientific knowledge of how they were formed and 
how they are developing in their own sections of the 
universe. 


See also Mercury (planet); Neptune; Planetary 
atmospheres; Planetary nebulae; Planetary ring 
systems. 


James O’Connell 


| Planet X 


Planet X is the definition of a large hypothetical 
planet that supposedly was thought to have existed 
beyond Neptune before Pluto was discovered. The X 
means unknown. Planet X was first applied to Pluto 
before its discovery in 1930 (as the ninth planet) and 
then to Eris before it was discovered in 2005 (as the 
tenth planet). However, as of 2006, both former plan- 
ets were reclassified as dwarf planets, resulting in only 
eight planets in the solar system. Today, Planet X is 
the general term for any undiscovered planet in the 
solar system. 
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Is there another planet beyond the dwarf planet 
Eris (2003UB3)3), the recently discovered dwarf planet 
that lies beyond the recently demoted dwarf planet 
Pluto? Prior to 1781 that question could have been 
asked concerning Saturn. In that year, German-born 
English astronomer Sir William Herschel (1738-1822) 
discovered Uranus, after detecting what he believed to 
be a comet. Calculations to determine the orbit of 
Uranus were made, and the planet was found to con- 
form to the law of planetary distances suggested by 
German astronomer Johann Elert Bode (1747-1826). 


However, a problem later arose. After 60 years, it 
was noticed Uranus was not following its predicted 
orbit, evidence that suggested another planet, the 
gravity of which was perturbing Uranus, must exist 
beyond it. Calculations for the position of this planet 
were made by French mathematician Urbain Jean 
Joseph Le Verrier (1811-1879) and British mathema- 
ticlan and astronomer John Couch Adams (1819— 
1892). Then, in 1846, Neptune was discovered by 
German astronomer Johann Gottfried Galle (1812— 
1910) and Prussian astronomer Heinrich Louis 
d’Arrest (1822-1875). Neptune’s gravitational pull 
accounted for most of the differences between the 
predicted and observed positions of Uranus, but 
there was still a discrepancy. 


The search continued for yet another planet. 
American astronomer Percival Lowell (1855-1916) 
expended a great deal of energy looking, but came up 
empty-handed. However, Lowell’s calculations laid 
the groundwork for the discovery of Pluto, which 
was finally found by American astronomer Clyde 
Tombaugh (1906-1997) in 1930. However, Pluto 
turned out to be such a small, low-mass object that it 
could not possibly account for the perturbations. 
Some astronomers argue that another planet, with a 
mass of three to five times that of the Earth, might be 
out there. 


Before 2005, astronomers said that if there is a 
Planet X beyond Pluto, it will be very difficult to find. 
Calculations showed it would have a highly inclined 
(tipped) orbit, and would take 1,000 years to complete 
a trip around the sun. At that distance, the amount of 
sunlight it would reflect would be very small, making it 
a very dim object. Worse yet, one calculation placed it 
within the constellation of Scorpius, which has a dense 
concentration of stars. Finding a faint planet there 
would be comparable to identifying a particular 
grain of sand on a beach. 


To make a bad situation worse, there was no 
agreement on where in the sky to look; some astron- 
omers had suggested the constellations Gemini and 
Cancer. It had also been suggested that the 
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gravitational tug of a Planet X could perturb material 
in the Oort cloud. This cloud, suggested by Dutch 
astronomer Jan Hendrik Oort (1900-1992), is one 
source of comets. Planet X, if it existed, could deflect 
some of this material, causing it to fall into the inner 
solar system and become new comets. 


Most astronomers argued before 2005 that there is 
no Planet X. Tombaugh’s search for Pluto was very 
extensive; he found Pluto and nothing else. The argu- 
ment was stated that nothing else was found because 
nothing else exists beyond Pluto of a size to be called a 
planet. As far as the remaining perturbations, scien- 
tists surmised that perhaps they were just errors in the 
imperfect calculations made in the nineteenth and 
twentieth centuries. 


On July 29, 2005, American planetary astronomer 
(California Institute of Technology) Michael E. Brown 
(1965—), American astronomer (Gemini Observatory in 
Hawaii) Chadwick A. Trujillo (1973—-), and American 
researcher (Yale University) David Lincoln Rabinowitz 
(1960—) announced that they had discovered a large 
trans-Neptunian object (TNO) past the orbit of Pluto 
based on images taken on October 21, 2003. The TNO 
initially called 2003UB3,3 was found to be larger than 
Pluto. The discoverers called it the tenth planet in the 
solar system: the newest Planet X. 


In April 2006, based on images from the Hubble 
Space Telescope, 2003UB3)3 was measured to have a 
diameter of about 2,400 kilometers, slightly larger 
than the diameter of Pluto. However, in August 
2006, the International Astronomical Union (IAU) 
officially defined the term planet. Based on this defi- 
nition, 2003UB3,3 was designated a dwarf planet, as 
was Pluto. The dwarf planet, know called Eris and 
designated (136199) Eris or 136199 Eris, is the largest 
dwarf planet currently known in the solar system. 


l Planetary atmospheres 


The term planetary atmosphere refers to the enve- 
lope of gases that surrounds any of the planets or 
dwarf planets within or outside the solar system. A 
complete understanding of the properties of a planet’s 
atmosphere involves a number of different areas 
including atmospheric temperatures, chemical compo- 
sition of the atmosphere, atmospheric structure, and 
circulation patterns within the atmosphere. 


The study of planetary atmospheres is traditionally 
sub-divided into two large categories, separating the 
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planets nearest the sun (the terrestrial planets) from the 
planets outside Earth’s orbit (the giant planets). 
Included in the first group are Mercury, Venus, Earth, 
Mars. The second group includes Jupiter, Saturn, 
Uranus, and Neptune. On the basis of distance from 
the sun the former ninth planet, Pluto, might be included 
in this second group but it is not a giant planet and little 
is now known about the planet and its atmosphere. 


Since, 2006, Pluto has been demoted to a dwarf 
planet, although its study within planetary atmospheres 
is still valid. In addition, a third category of planetary 
atmospheres—extrasolar planets or exoplanets—has 
been added as of the early 1990s. During this period 
of time, many tiny bodies beyond the orbit of Neptune 
(what are called trans-Neptunian objects) were discov- 
ered. These icy bodies were similar in composition and 
size to Pluto. In addition, hundreds of exoplanets (plan- 
ets orbiting stars other than the sun) were found to 
exist. These discoveries added a wide variety of sizes 
and characteristics when describing planets. 


Until recently scientific knowledge of planetary 
atmospheres consisted almost entirely of telescopic 
observations and intelligent guesses based on what 
scientists already know about Earth’s atmosphere. 
This situation began to change in the early 1960s 
when Soviet and American space scientists launched 
space probes designed to study the inner planets first 
and later the outer planets. The most successful of the 
early flights were the NASA’s Mariner 2, which flew 
past Venus in December 1962; its Mariner 4, which 
flew past Mars in July 1965; and the Soviet Union’s 
Venera 3 space probe, which landed on Venus on 
March 1, 1966. 


Studies of the outer planets have been conducted 
under the auspices of the United States Pioneer and 
Voyager programs. On December 3, 1972, Pioneer 10 
flew past Jupiter exactly nine months after its launch. 
Flybys of Jupiter and Saturn were accomplished with 
the Voyager I space probe on March 5, 1979 and 
November 13, 1980, while Uranus and Neptune were 
first visited by the Voyager 2 spacecraft on January 24, 
1986 and August 25, 1989, respectively. 


The 1990s saw advancement in the type of probes 
launched to explore planetary atmospheres. After a 
six-year journey, the Galileo Probe entered Jupiter’s 
atmosphere on December 7, 1995. During its para- 
chute descent, it studied the atmosphere of Jupiter 
with seven different scientific experiments, with the 
results radioed back to the Earth. Galileo may have 
entered Jupiter’s atmosphere at a somewhat special 
point, but the results indicated that the upper atmos- 
phere of Jupiter was much hotter and more dense than 
expected—about 305°F (152°C), with an atmospheric 
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pressure of about 24 bars. Galileo also found that 
winds below Jupiter’s clouds were about 435 mph 
(700 km/h), and that the atmosphere was surprisingly 
dry, containing very little water vapor. 


As of October 2006, four spacecraft—Mars Global 
Surveyor, Mars Odyssey, Mars Express, and Mars 
Reconnaissance Orbiter—are orbiting Mars for the pur- 
pose of investigating atmospheric conditions on Mars, 
along with other aspects of Mars. NASA’s Mars Global 
Surveyor, launched in 1996, is in its extended mission 
phase, which is expected to last two more years. NASA’s 
Mars Odyssey, launched in 2001, has had its mission 
extended to at least 2008. The European Space Agency’s 
(ESA’s) Mars Express, launched in 2003, had its lander, 
Beagle 2, destroyed. However, its orbiter, Mars Express 
Orbiter, is currently working fine in its orbit about the 
planet. NASA’s Mars Reconnaissance Orbiter, 
launched in 2004, began its primary mission in 
November 2006 to monitor weather and surface condi- 
tions on Mars. 


The Cassini mission, launched in September 1997, 
arrived at Saturn in 2004 after a 2.175 billion mi (3.5 
billion km) journey. One of the largest, heaviest, and 
most complex interplanetary spacecraft ever built, 
Cassini, for the next four years, will observe Saturn’s 
atmosphere, magnetic field, rings, and moons, along 
with many other bodies within the Saturnian system. 
It will also deploy a probe, called the Huygens probe, 
to Saturn’s largest moon Titan. Titan is unique in the 
solar system, having a dense atmosphere consisting of 
nitrogen, and other chemicals in smaller proportions. 
The atmospheric pressure at Titan’s surface is about 
twice that of Earth’s. 


One interesting proposal for future exploration of 
planetary or lunar atmospheres are aerobots. 
Aerobots would be unmanned scientific exploration 
vehicles designed to float like balloons for up to sev- 
eral months in the atmospheres of planets, conducting 
scientific experiments and radioing results back to 
Earth. Aerobots are being studied by NASA’s Jet 
Propulsion Laboratory (JPL) in Pasadena, California. 


Origin and evolution 


When the terrestrial planets formed about 4.6 
billion years ago, they did so within the solar nebula 
(a giant disk of gas and dust). The solar nebula’s rocky 
solids, ice, and nebulan gas aggregated into larger 
solid bodies over time, eventually becoming the four 
terrestrial planets. They grew by the accretion (forma- 
tion by sweeping up smaller bodies) of planetesimals 
(smaller, pre-planet bodies); their atmospheres formed 
by heating, outgassing (releasing), and reprocessing 
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volatiles (volatiles are substances that readily vaporize 
at relatively low temperature). The terrestrial planets 
probably obtained equal amounts of volatiles, water, 
carbon, and nitrogen from planetesimals located in the 
solar system or the asteroid belt. The cratering process 
and a high ultraviolet flux from the early sun probably 
drove large amounts of light atmospheric gases into 
space. Once formed, the atmospheres have changed in 
oxidation, total mass, and gaseous amount, as the sun 
and its intensity has changed. 


The giant planets’ atmospheres may have similar 
starting points to the terrestrials’s, but they did not 
evolve in the same manner over time, nor is much 
known about this transformation. Jupiter and Saturn 
grew with the addition of icy solids and the collapse of 
nebular gas around them. Uranus and Neptune grew 
too late to capture nebular gas so the icy dominates. 
Because these planets have no solid surfaces and 
strong gravitational fields, their atmosphere only 
resembles the terrestrial planets by having a complex 
atmospheric chemistry. 


For all planets, the escape of some gases and the 
retention of others due to temperature and surface 
gravity played an important role in how their atmos- 
phere’s evolved. Distance from the sun affected what 
could be retained. The transient heat and pressure 
generated during planetesimals’s impacts drove chem- 
ical reactions between the volatile elements and the 
rock-forming minerals that determined the chemical 
composition of the gases released. Released gases did 
not always remain—some were lost to space because 
of the initial impact and the sun’s ultraviolet radiation. 


General principles 


The structure and properties of a planet’s atmos- 
phere depend on a number of factors. One is proximity 
to its parent star (in the case of the solar system, the 
sun). With respect to the solar system, those planets 
closest to the sun are less likely to contain lighter gases 
that are driven off by the sun’s radiant energy. 
Mercury illustrates this principle. It is so close to the 
sun that it has essentially no atmosphere. Its atmos- 
pheric pressure is only 10’? millibars, one-quadril- 
lionth that of Earth’s atmospheric pressure. The 
major gases found in this planet’s very thin atmos- 
phere are helium and sodium, both of which are prob- 
ably remnants of the sun’s solar wind rather than 
intrinsic parts of the planet’s own structure. Some 
astronomers believe that contributions come from 
gases seeping out from the planet’s interior. 


Another property determining the nature of a 
planet’s atmosphere is cloud cover or other 
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comparable features. Cloud cover has a variety of 
contradictory effects on a planet’s atmosphere. As 
sunlight reaches the planet, clouds will reflect some 
portion of that sunlight back into space. The amount 
that is reflected depends partly on the composition of 
clouds, with whiter, brighter clouds reflecting more 
light than darker clouds. Gases in the planet’s atmos- 
phere absorb some of the light that does pass through 
clouds, and the rest reaches the planet’s surface. The 
distribution of solar radiation that is absorbed and 
reflected will depend on the gases present in the atmos- 
phere. For example, ozone absorbs radiation in the 
ultraviolet region of the electromagnetic spectrum, 
protecting life on Earth from this harmful radiation. 


Of the solar radiation that reaches a planet’s sur- 
face, some will be absorbed, causing the surface to 
heat up. In response, the surface emits infrared radia- 
tion that consists of wavelengths significantly longer 
than that of the incoming radiation. Depending on the 
composition of the atmosphere, this infrared radiation 
may be absorbed, trapping heat energy in the atmos- 
phere. Carbon dioxide in a planet’s atmosphere will 
absorb radiation emitted from a planet’s surface, 
although the gas is transparent to the original incom- 
ing solar radiation. This process is known as the green- 
house effect and is responsible for the warmer 
atmospheres on some planets than would be predicted 
based on their proximity to the sun. 


A planet’s rotational patterns also influence its 
atmospheric properties. One can describe the way 
gases would flow in an idealized planet atmosphere. 
Since the equator of any planet is heated more strongly 
than the poles, gases near the equator would tend to 
rise upward, drift toward the poles, be cooled, return 
to the surface of the planet, and then flow back toward 
the equator along the planet’s surface. This flow of 
atmospheric gases, driven by temperature differences, 
is called convection. The simplified flow pattern 
described is named the Hadley cell. In a planet like 
Venus, where rotation occurs very slowly, a single 
planet-wide Hadley cell may very well exist. In planets 
that rotate more rapidly, such as Earth, single Hadley 
cells cannot exist because the movement of gases is 
broken up into smaller cells and because Earth’s 
oceans and continents create a complex pattern of 
temperature variations over the planet’s surface. 


The terrestrial planets 


The primary gases present in the atmospheres of 
Venus, Earth, and Mars are nitrogen, carbon dioxide, 
oxygen, water, and argon. For Venus and Mars, car- 
bon dioxide is by far the most important of these, 
making up 96% and 95% of the two planets’ atmos- 
pheres, respectively. The reason that Earth’s carbon 
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dioxide content (about 335 parts per million, or 
0.0335%) is so different is that the compound is tied 
up in rocky materials such as limestone, chalk, and 
calcite, having been dissolved in seawater and depos- 
ited in carbonate rocks such as these. Nitrogen is the 
most abundant gas in Earth’s atmosphere (77%), 
although it is also a major component of the 
Venusian (3.5%) and the Martian (2.7%) atmospheres. 


The presence of oxygen in Earth’s atmosphere is a 
consequence of the presence of living organisms on the 
planet. The widespread incorporation of carbon diox- 
ide into rocky materials can also be explained on the 
same basis. Water is present in all three planets’ atmos- 
pheres but in different ways. On Venus, a trace 
amount of the compound occurs in the atmosphere 
in combination with oxides of sulfur in the form of 
sulfuric acid (most of the water that Venus once had 
has long since disappeared). On Earth, most water has 
condensed to the liquid form and can be found in the 
massive oceans that cover the planet’s surface. On 
Mars, the relatively small amounts of water available 
on the planet have been frozen out of the atmosphere 
and have condensed in polar ice caps, although sub- 
stantial quantities may also lie beneath the planet’s 
surface, in the form of permafrost. 


On the basis of solar proximity alone one would 
expect the temperatures of the four terrestrial plants to 
decrease as a function of their distance from the sun. 
That pattern tends to be roughly true for Mercury, 
Earth, and Mars, whose average surface temperatures 
range from 333°F (167°C) to 59°F (15°C) to -67°F (- 
55°C), respectively. But the surface temperature on 
Venus—855°F (457°C)—reflects the powerful influ- 
ence of the planet’s very thick atmosphere of carbon 
dioxide, sulfur dioxide, and sulfuric acid, all strong 
greenhouse gases. 


Atmospheric circulation patterns 


The gases that make up a planet’s atmosphere are 
constantly in motion—convection and rotation are 
key to understanding circulation. The patterns char- 
acteristic of any given planetary atmosphere depend 
on a number of factors, such as the way the planet is 
heated by the sun, the rate at which it rotates, and the 
presence or absence of surface features. As indicated 
above, solar heating is responsible for at least one 
general circulation pattern, known as a Hadley cell, 
and observed on all terrestrial planets except Mercury. 
In the case of Venus and Mars, one cell is observed for 
the whole atmosphere, while the Earth’s atmosphere 
appears to consist of three such cells but with a vast 
complexity introduced by temperature contrasts 
between oceans and continents. 
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The presence of extensive mountain ranges and 
broad expanses of water in the oceans on Earth are 
responsible for an atmospheric phenomenon known 
as stationary eddies. In most cases, these eddies involve 
the vertical transport of gases through the atmosphere, 
as when air is warmed over land adjacent to water and 
then pushed upward into the atmosphere. Eddies of this 
kind have also been observed in the Venusian and 
Martian atmospheres. The dynamics by which such 
eddies are formed are different from those on Earth, 
since neither planet has oceans comparable to Earth. 


One interesting example of a circulation pattern is 
the famous Red Spot on Jupiter. It is a giant storm in 
Jupiter’s atmosphere, similar to a hurricane, 25,000 mi 
(40,000 km) across. It has been continuously observed 
for more than 300 years, and while the spot itself has 
never disappeared, the circulation patterns within the 
spot are continuously changing. 


The giant planets 


Two critical ways in which the giant planets differ 
from the terrestrial planets are their distance from the 
sun and their size. For example, Jupiter, the giant planet 
closest to Earth has an average mean distance of 483 
million mi (778 million km) from the sun, more than five 
times that of Earth. Its mass is 1.9 x 107” kg, about 300 
times greater than that of Earth. These two factors mean 
that the chemical composition of the giant planet atmos- 
pheres is very different from that of the terrestrial plan- 
ets. Lighter gases such as hydrogen and helium that were 
probably present at the formation of all planets have not 
had an opportunity to escape from the giant planets as 
they have from the terrestrial planets. Light gases never 
condensed in the inner solar nebula and so were absent 
from the terrestrial planets to begin with. 


An indication of this fact is that these two gases 
make up almost 100% of the atmospheres of Jupiter, 
Saturn, Uranus, and Neptune. Other gases, such as water 
vapor, ammonia, methane, and hydrogen sulfide, also 
occur in their atmospheres but in very small concentra- 
tions. The atmosphere of Jupiter contains about 0.2% 
methane, 0.03% ammonia, and 0.0001% water vapor. 


One of the intriguing features of the giant planets’ 
atmospheres is the existence of extensive cloud sys- 
tems. These cloud systems appear to be carried along 
by rapidly moving winds that have velocities reaching 
amaximum of 1,640 ft (500 m) per second on Saturn to 
a maximum of about 300 ft (100 m) per second on 
Jupiter. The most rapid winds are found above the 
equators of the planets, with wind speeds dropping 
off to near zero near the poles. 


The cloud systems tend to be confined to narrow 
latitudinal bands above the planets’ surfaces. Their 
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composition appears to be a function of height within 
the atmosphere. On Jupiter and Saturn the lowest clouds 
seem to be composed of water vapor, while those at the 
next higher level of an ammonia/hydrogen sulfide com- 
pound, and those at the highest level, of ammonia. 


The Hubble Space Telescope found that Jupiter’s 
second moon, Europa (which is about the size of 
Earth’s moon), has a very thin atmosphere that con- 
sists of molecular oxygen. While its surface pressure is 
only one-hundred billionth that of Earth’s. Unlike 
Earth, though, Europa’s oxygen atmosphere is pro- 
duced purely by non-biological processes. Though 
Europa’s surface is icy, its surface temperature is - 
230°F (-145°C), too cold to support life. 


Scientists know very little about the atmosphere 
of the distant dwarf planet, Pluto. On June 9, 1988, a 
group of astronomers watched as Pluto occulted a star 
of the 12th magnitude. What they observed was that 
the star’s light did not reappear suddenly after occul- 
tation but was restored gradually over a period of a 
few minutes. From this observation, astronomers con- 
cluded that Pluto must have some kind of atmosphere 
that would smudge out the star light that had been 
occulted. They have hypothesized that the major con- 
stituent of Pluto’s atmosphere is probably methane, 
which exists in a solid state for much of the Pluto’s 
very cold year. Depending upon the exact tempera- 
ture, a certain amount of methane should form a 
tenuous atmosphere around Pluto. As the temperature 
changes, the atmosphere’s pressure on Pluto’s surface 
could vary up to 500 times as the methane evaporates 
and redeposits on the surface. Alternatively, based on 
the 1988 observations, a haze of photochemical smog 
might be suspended above the planet’s surface. Others, 
like William Hubbard, theorize that it may contain 
carbon monoxide or nitrogen. 


NASA’s New Horizon spacecraft will cross the 
orbits of all of the planets past Earth on its way to 
fly past Pluto and Charon in 2015. It will be the first 
spacecraft to visit the Pluto-Charon system. The 
spacecraft is expected to fly within 6,200 mi (10,000 
km) of Pluto with a relative velocity of 8.6 mi/sec 
(13.78 km/sec) at closest approach. When it flies by 
Charon it will come as close as 16,800 mi (27,000 km). 
The seven science instruments onboard the spacecraft 
will help scientists understand the global atmospheres 
of Pluto and Charon, along with the chemical compo- 
sitions of their atmospheres. The Pluto Energetic 
Particle Spectrometer Science Investigation (PEPSSI) 
will measure the composition and density of plasma 
(ions) escaping the atmosphere of Pluto. The Solar 
Wind Around Pluto (SWAP) instrument will measure 
Pluto’s atmospheric escape rate and observe its inter- 
action with the solar wind. The Radio Science 
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KEY TERMS 


Atmosphere—The envelope of gases that sur- 
rounds a planet. 


Giant planets—Relatively large planets more distant 
from the Sun than the terrestrial planets. The giant 
planets are Jupiter, Saturn, Uranus, and Neptune. 


Greenhouse effect—The phenomenon that occurs 
when gases in a planet’s atmosphere capture radi- 
ant energy radiated from a planet’s surface thereby 
raising the temperature of the atmosphere and the 
planet it surrounds. 


Hadley cell—A circulation of atmospheric gases 
that occurs when gases above a planet’s equator 
are warmed and rise to higher levels of the atmos- 
phere, transported outward toward the planet’s 
poles, cooled and return to the planet’s surface at 
the poles, and then transported back to the equator 
along the planet’s surface. 


Stationary eddy current—A movement of atmos- 
pheric gases caused by pronounced topographic 
features, such as mountain ranges and the proxim- 
ity of large land masses to large water masses. 


Terrestrial planets—Planets with Earth-like charac- 
teristics relatively close to the Sun. The terrestrial 
planets are Mercury, Venus, Earth, and Mars. 


Experiment (REX) will measure the composition of 
Pluto’s atmosphere, along with its temperature, with 
the use of radio waves. An ultraviolet imaging spec- 
trometer (nicknamed ALICE) will analyze the compo- 
sition and structure of Pluto’s atmosphere and will 
examine the atmospheres around Charon and various 
Kuiper Belt Objects (KBOs). 


See also Atmospheric circulation; Atmospheric 
temperature. 


Resources 


BOOKS 

Bauer, Siegfried J. Planetary Aeronomy: Atmosphere 
Environments in Planetary Systems. Berlin, Germany: 
Springer, 2004. 

Irwin, Patrick. Giant Planets of Our Solar System: 
Atmospheres, Composition, and Structure. Berlin, 
Germany, and New York: Springer, 2003. 

Mendillo, Michael, Andrew Nagy, and J.H. Waite, eds. 
Atmospheres in the Solar System: Comparative 
Aeronomy. Washington, DC: American Geophysical 
Union, 2002. 

Sobel, Dava. The Planets. New York: Viking, 2005. 


3356 


PERIODICALS 

Clark, B.C. “Planetary Interchange of Bioactive Material: 
Probability Factors and Implications.” Origins of Life 
and Evolution of the Biosphereno. 31 (2001): 185-197. 


OTHER 

Jet Propulsion Laboratory, National Aeronautics and Space 
Administration. “Planet Quest: The Search for Another 
Earth.” <http://planetquest.jpl.nasa.gov/gallery/gal- 
lery_index.cfm> (accessed October 14, 2006). 

TeachNet-lab.org. “A Tour of the Planets.” <http:// 
www.teachnet-lab.org/miami/2001 /salidoi2/ 
a_tour_of_the_planets.htm> (accessed October 14, 
2006). 

SpaceKids, National Aeronautics and Space Administration. 
“Tour the Solar System and Beyond.” <http://space- 
kids.hq.nasa.gov/osskids/animate/mac.html> 
(accessed October 14, 2006). 

Jet Propulsion Laboratory, National Aeronautics and 
Space Administration. “Welcome to the Planets.” 
<http://pds.jpl.nasa.gov/planets/> (accessed October 
21, 2006). 


David E. Newton 


l Planetary geology 


Planetary geology is a branch of geology devoted 
to the study of structure, composition, processes, and 
origin of major and minor planetary bodies tradition- 
ally inside and now, in the twenty-first century, out- 
side the solar system, and to the effects of interaction 
between planetary bodies within the solar system. 
Planetary geology interfaces with many other fields 
including mathematics, astronomy, biology, chemis- 
try, and physics. Planetary geologists work in the field, 
laboratory, and—indirectly—in outer space through 
imagery and other data returned by spacecraft. One 
planetary geologist has visited another planetary body 
(Dr. Harrison Schmitt worked on the moon during the 
Apollo 17 mission in 1974) and perhaps someday in the 
near future other scientific explorers will visit the 
moon, Mars, and other planetary bodies. 


The goal of planetary geology studies of other plan- 
etary bodies is to understand the origin of the features 
seen (and samples returned, if such are available). 
Planetary geology studies usually relate to the quest for 
an understanding of the geological history of the body 
from its formation during accretion from the early solar 
nebula to its present condition. Most planetary bodies in 
the solar system of any significant size have passed 
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through stages of accretion, internal heating and differ- 
entiation, and surficial and tectonic evolution. However, 
some objects have not, for example, small asteroids, 
comets, and smaller solar system debris such as meteor- 
ites. These objects can give important clues to the nature 
of the origin of the solar system, as they contain unal- 
tered primordial material from the original nebular dust 
cloud. An important sub-discipline within planetary 
geology is meteoritics, the study of meteorites. 


Most initial planetary geology studies help establish a 
temporal (time) framework for major events in the history 
of a planetary body. This framework, called a geologic 
time scale, is used to help fit events into a sequential order. 
On Earth, this kind of framework was established over a 
period of about 200 years using fossils, age relations 
among rocks, and absolute (radiometric) age dating. 
For planetary bodies like the moon and Mars, for which 
scientists have some surface samples (note—there are 
a few Martian and lunar meteorites plus the samples 
returned by lunar landing missions), some radiometric 
age dating is possible. Mainly, planetary age relations are 
established by examining photographic evidence such as 
impact-crater densities, cross-cutting relationships, and 
superposition relationships (layers lying on top of one 
another). This is worked out by careful geologic mapping 
using photographic mosaics of planetary surfaces. 


Planetary geologists are also interested in studying 
interactions among planetary bodies. When one plane- 
tary body impacts another, great energy can be released. 
Large body impacts represent the most energetic geologic 
process known. Very large body impacts can release the 
energy equivalent to thousands or even millions of mega- 
tons of TNT (megaton = 1 million tons) in a few sec- 
onds. Impact events produce impact craters, whose size 
and shape are controlled by factors like planetary gravity, 
strength of crustal materials, and density of planetary 
atmosphere. The impact crater is the most common 
feature on rocky and icy planetary surfaces in the solar 
system, except where resurfacing processes (like volcan- 
ism, erosion and sedimentation, and crustal melting) 
remove impact craters faster than they can form. 


Studies of large impact craters on Earth have lead 
geologists to new understandings of how large body 
impacts, and the ecological disasters that they can 
cause, have affected evolution of life on Earth. Some 
large body impact events have been strongly connected 
to mass extinctions of life on Earth, a driving force in 
evolutionary change. The best modern example of this 
is the great Cretaceous-Tertiary mass extinction event 
(65 million years ago), which has been dated as the 
same age as two large impact craters on the Earth 
(Chicxulub crater in Mexico, nearly 112 mi [180 km] 
in diameter, and Boltysh crater in the Ukraine, about 
15 mi [24 km] in diameter). Planetary geologists are 
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currently working on theories about possible comet 
swarms due to perturbations in the Oort cloud (the 
region about halfway between the sun and the helio- 
pause) or other disruptive mechanisms which may have 
made time intervals in the past more dangerous for life 
on Earth due to cosmic impacts. 


Studies of impact craters hold considerable aca- 
demic interest for investigators, but on the practical 
side, considerable natural resources have been discov- 
ered within impact craters. For this reason, their study 
has been supported by petroleum, mining, and ground- 
water concerns. The intensive fracturing caused by 
impact creates avenues for fluid movement within the 
affected crustal area, causing entrapment of hydrocar- 
bons and emplacement of some types of fluid-borne 
mineral resources. Groundwater accessibility and qual- 
ity is either enhanced or degraded in impact areas, 
depending upon geological conditions. 


Studies of impacts of large comets may have other 
implications for solar system evolution, as recent theo- 
ries suggest such impacts may have delivered significant 
amounts of water and primitive organic material to 
Earth and Mars during a very early phase of their 
evolution. Recent investigations of the origin of 
Earth’s moon suggest that a major impact event that 
penetrated Earth’s crust ejected material into orbit that 
eventually became the moon. This theory helps explain 
some of the unusual chemical characteristics of lunar 
rocks and their similarity to Earth’s upper mantle. 


As of October 2006, National Aeronautics and 
Space Administration’s (NASA’s) Mars Reconnaissance 
Orbiter (MRO), which was launched on August 12, 2005, 
is expected to begin its primary mission in November 
2006. It will conduct exploration and reconnaissance of 
Mars’ landforms, minerals, water/ice, stratigraphy 
(rocks) while in orbit about the planet. Its explorations 
will help to pave the way for future manned and 
unmanned missions to the planet. 


In 2007, the Kepler spacecraft, a space telescope 
especially designed to scan large areas of the sky for 
transits by planets as small as Earth, will be launched 
by the U.S. National Aeronautics and Space 
Administration (NASA). By 2011, Kepler should 
have gathered enough data to pinpoint hundreds of 
extrasolar planets and to determine how typical the 
own solar system is in the universe. This is of interest 
to scientists because estimates of the probability that 
life exists elsewhere in the universe depend strongly on 
the existence of planets, and their physical geology, 
not too different from Earth. Intelligent life is unlikely 
to evolve on large gas giants or on bodies of any type 
that orbit very near to their stars or follow highly 
eccentric orbits. If solar systems like Earth’s are rare 
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in the universe, then life (intelligent or otherwise) may 
be correspondingly rare. Theoretical models of the 
formation of solar systems have been in a state of 
rapid change under the pressure of the rush of extra- 
solar planet discoveries, and revised models indicate 
that solar systems like Earth’s may be abundant. 
However, these models supply only educated guesses, 
and must be checked against observation. 


Consequently, in the 2000s, planetary geology is 
rapidly expanding into the study of extra-solar system 
bodies. This future area for planetary geology inves- 
tigation will help shed more light on the origin of the 
own solar system and on solar system formation in this 
part of the Milky Way galaxy. 


See also Astrophysics; Cosmology; Geophysics; 
Meteors and meteorites. 
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l Planetary nebulae 


In astronomy, high-density, localized conglomer- 
ates of interstellar dust or gaseous clouds are referred 
to as nebulae. The word nebular is from the Latin 
word for cloud because before the invention of the 
telescope all celestial objects that appeared to have a 
diffuse (or cloudy) appearance were referred to as 
nebulae. These nebulae, both dark and luminous, are 
equally important since the chemical analyses of these 
objects contribute significantly to the study of cosmic 
abundances. Bright or incandescent nebulae, just as 
dark nebulae, are not self-luminous. 


It is the star or stars imbedded in these nebulae 
that produce the luminous objects and are responsible 
for the atomic processes that may take place. Nebulae 
may be divided into four groups: dark, reflection, 
diffuse, and planetary, with the latter three represent- 
ing the luminous objects. 


The study of bright-line spectra of gaseous nebu- 
lae, namely diffuse and planetary, is important 
because it contributes in no small way to the determi- 
nation of cosmic abundances. It has been suggested 
that these objects can be studied with greater ease since 
all portions of a nebula are observable, and even 
though departures from thermodynamic equilibrium 


The Cat’s Eye Nebula (NGC 6543) as seen from the Hubble 
Space Telescope. The shells of gas were expelled from a 
dying star (center) during its last stages of life. It has been 
suggested, in order to explain the intricate features seen in 
the shells, that another star is orbiting around the dying star. 
The knots and thin filaments seen along the periphery of the 
gas (bottom left and top right) might have been formed by a 
pair of high-speed jets ejected by the companion star 
interacting with the gas in the shells. (U.S. National 
Aeronautics and Space Administration [NASA].) 


GALE ENCYCLOPEDIA OF SCIENCE 4 


are significant, the processes seem to be well under- 
stood and can be treated theoretically. 


A disadvantage in using gaseous nebulae is that 
many of them possess a filamentary structure that is 
due to non-uniform density and temperature, from 
point-to-point. In instances where stratification occurs, 
the temperature and excitation level will be different for 
the inner and outer parts of the nebula. Also, an element 
may be observed in one or two stages of ionization and 
yet may exist in several unobserved stages of ionization. 


In the study of nebulae there are four fundamental 
quantities that are needed at the outset: distance, 
mass, electron temperature, and density. Of these, 
the distance parameter is probably the most important 
one because without it the real dimensions of the 
nebula cannot be determined from the apparent 
ones. To determine the mass it is necessary to know 
the density, and this can be determined, in some cases, 
from forbidden line data. 


For diffuse nebulae, the distances are found from 
the stars with which they are associated, and the most 
commonly used methods are statistical parallaxes and 
moving clusters. However, none of these methods apply 
for planetary nebulae because they are too far away for 
a direct trigonometric measurement; they are not mem- 
bers of moving clusters; and statistical parallaxes are 
inapplicable since they do not appear to move ran- 
domly. Instead, the approach is to obtain parallaxes 
of the individual objects, or by special methods in which 
the mass of the nebular shell is assumed constant, or the 
absolute magnitude of nebula is assumed constant. 


From the bright-line spectra of gaseous nebulae the 
abundances of the elements and ions can be deter- 
mined, the contribution to the elements and ions can 
be determined, and the contribution to the cosmic 
abundances can be assessed. The mechanisms of exci- 
tation (ionization) and recombination that operate is 
well understood, so that from these spectra reliable 
results can be expected. Physically, the electron from 
the ionized atom, for example hydrogen), moves about 
freely for approximately ten years, and during that 
period it will collide with other electrons, thereby alter- 
ing its energy. In addition, periodically it will excite ions 
to the metastable levels. Since the electron undergoes so 
many energy exchanges with other electrons, the veloc- 
ity distribution turns out to be Maxwellian so that the 
gas kinetic temperature, and specifically the electron 
temperature, is of physical significance. It must be 
noted, also, that an atom in the nebula is subjected to 
dilute or attenuated temperature radiation from a star 
that subtends a very small angle. The energy distribu- 
tion or quality of this radiation corresponds to temper- 
atures ranging from 36,000 to 180,000°F (20,000 to 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


100,000°C). However, the density of this radiation is 
attenuated by a factor of 10'*. 


The mechanisms that are operating in gaseous 
nebulae are as follows: 


Primary mechanism 


In general terms, an atom or ion may be ionized 
by very energetic photons, a process referred to as 
photo-ionization. Photons of the far-ultraviolet region 
have sufficient energy to ionize an atom that is in the 
ground state. After being photo-ionized from the 
ground level, the ion recaptures an electron in any 
one of its various excited levels. After this recombina- 
tion, as it is called, the electron cascades down to the 
lower levels, emitting photons of different frequencies 
(Figure 1). The origin of the permitted lines of hydro- 
gen (H) and helium (He) are explained in this manner. 
This also applies to the ionic permitted lines of (C), 
nitrogen (N), oxygen (O), sulfur (S), and neon (Ne) 
observed in the ordinary optical region. These lines are 
weaker, however, than those of hydrogen (H) and 
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helium (He), and this is due to their much lower abun- 
dance in the nebula. 


Collisional excitation mechanism 


The excitation of atoms and ions to metastable 
levels by electron collision is followed by cascading to 
lower levels that, in the process, emit the so-called 
forbidden quanta. The transition probabilities of spec- 
tral lines are quite few by comparison to the allowed 
transition. The allowed transitions are electric dipole 
radiations, whereas forbidden transitions correspond 
to magnetic-dipole and/or electric-quadruple radia- 
tions. There are three types of transitions that are the 
result of collisional excitation: nebular, auroral, and 
transauroral (Figure 2). all the upward transitions 
are due to collisional excitation only; however, the 
downward transitions can be one of two types, i.e., 
superelastic collisions, or radiation of forbidden lines. 
The level density and atomic constants determine 
which of the latter transitions is likely to take place in 
depopulating the level. In addition, the forbidden 
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spectra are observed only for ions whose metastable 
levels lie a few electron volts above the ground state. 
Collisionally excited lines are observed in low lying 
levels of the spectra of CIII, CIV, NII, NIV, NV, 
SII, etc., in the far ultraviolet. 


The study of forbidden lines is one of the major 
areas of investigation in gaseous nebulae since they 
dominate the spectra of most gaseous nebulae. 


Bowen’s fluorescent mechanism 


In the spectra of many high excitation planetary 
nebula, certain permitted lines of OIII and NIII 
appear, and these are sometimes quite intense. 
Bowen observed that the OIII lines could be produced 
by atoms cascading from the 2p3d°P, level. Bowen 
noticed that there was a frequency coincidence 
between the resonant Ly transition of the Hell and 
the transition from the 2p°3P> to the 2p3d *P5 level of 
Ol, 1.6. 303.78A Ly of Hell and the 3033.693A and 
303.799A of OIII (Figure 3). bowen further observed 
an equally surprising similarity, namely that the final 
transition of the OIL i.e., 2p3s°PA-2p *P> emitting a 
photon of 374.436A, coincides with the resonance line 
374.442A of the 2p°P3)2-3d°D3/9 of NHI, which also 
produces in this ion a similar fluorescent cycle. 
Detailed investigations and analyses showed that the 
Bowen fluorescent mechanism was fundamentally 
correct both qualitatively and quantitatively. It has 
applications to high excitation gaseous nebulae, qua- 
sars, and stellar envelopes. 


Continuous spectra mechanism 


In addition to emitting discrete line radiation, the 
bright-line spectra of a nebula emits a characteristic con- 
tinuum. The physical mechanisms that are involved in 
the production ofa nebular continuum are as follows: (a) 
Recombinations of electrons on discrete levels of hydro- 
gen and to a lesser degree of helium, i.e., because of its 
lower abundance helium gives only a minor contribu- 
tion. (b) Free-free transitions wherein kinetic energy is 
lost in the electrostatic field of the ions. The thermal 
radiation from these free-free transitions is observed 
particularly in the radio-frequency region since these 
transitions become more important at lower frequencies. 
(c) The 2-photon emission is produced by hydrogen 
atoms cascading from the 2s level to the ground level 
(Figure 4). the two-photon emission in hydrogen can be 
expressed as v, + V2 = vyy between the series limits. The 
recombination spectra decrease as the rate of eT/*T 
(where h is Planck’s constant, v is the light frequency, k 
is Boltzmann’s constant, and T is the nebula temper- 
ature) and it has a maximum approximately halfway 
between the origin and the Ly. Besides the above, there 
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KEY TERMS 


Absolute magnitude—The apparent brightness of a 
star, measured in units of magnitudes, at a fixed 
distance of 10 parsecs. 


Apparent magnitude or brightness—The brightness 
of a star, measured in units of magnitudes, in the 
visual part of the electromagnetic spectrum, the 
region to which human eyes are most sensitive. 


Balmer lines—Emission or absorption lines in the 
spectrum of hydrogen that arise from transitions 
between the second- (or first-excited) and higher- 
energy states of the hydrogen atom. 


Dark nebula—A cloud of interstellar dust that obscures 
the light of more distant stars and appears as an opaque 
curtain—for example, the Horsehead nebula. 


Diffuse nebula—A reflection or emission nebula 
produced by interstellar matter. 


Excitation—The process of imparting to an atom or 
an ion an amount of energy greater than that it has in 
its normal state, raising an electron to a higher 
energy level. 


Forbidden lines—Spectral lines that are not usually 
observed under laboratory conditions because they 


are other possibilities for contributions to the nebular 
continuum, namely, electron scattering, fluorescence, 
and H- emissions. However, the contributions from 
these do not appear to be especially significant. 


The most important feature that is observed in the 
continuum is the jump, referred to as the Balmer 
Jump, at the limit of the Balmer series that is produced 
by the recombination of electron and ions in the n = 2 
level of hydrogen. A smaller jump has also been 
observed at the Paschen limit. The spectral quantities, 
as well as angular diameter, surface brightness, rela- 
tive brightness of the principal emission lines, and at 
times the brightness of the central star are, by and 
large, readily measurable. Due to this fact, significant 
contribution can be made to the cosmic abundances as 
well as to galactic structure. 
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result from atomic transitions that are of low 
probability. 

Free-free transition—An atomic transition in which 
the energy associated with an atom or ion and a 
passing electron changes during the encounter, but 
without capture of the electron by the atom or ion. 
lonization—The production of atoms or molecules 
that have lost or gained electrons, and therefore have 
gained a net electric charge. 

Nebula—A relatively dense dust cloud in interstellar 
space that is illuminated by imbedded starlight. 


Planetary nebula—A shell of gas ejected from, and 
expanding about, a certain kind of extremely hot star 
that is nearing the end of its life. 


Recombination—The reverse of excitation or 


ionization. 

Statistical parallax—A method for determining the 
distance to a class of similar objects assumed to have 
the same random motion with respect to the Sun. 


Temperature (effective)—The temperature of a 
blackbody that would radiate the same total amount 
of energy that a star does. 
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l Planetary ring systems 


Planetary ring systems are large numbers of par- 
ticles orbiting about a planet in a flat disc-shaped 
region. A peek at Saturn through a small telescope 
reveals the solar system’s jewelry, a breathtaking sys- 
tem of rings. These rings consist of a large number of 
individual particles orbiting Saturn. The diameter of 
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Saturn’s ring system is about 167,670 mi (270,000 km), 
a little less than the distance between Earth and the 
moon. Yet the rings are only a few hundred meters 
thick. Saturn has the only ring system that can see 
directly from Earth. Jupiter, Uranus, and Neptune, 
do however all have ring systems. So rings do seem 
to be a common feature of giant gas planets. 


History 


Italian astronomer and physicist Galileo Galilei 
(1564-1642) almost discovered Saturn’s rings in 1610. 
His new telescope revealed something on either side of 
the planet. Galileo’s drawings almost look as if Saturn 
had grown a pair of giant ears. Galileo was seeing but 
not quite resolving the rings of Saturn. In 1655, Dutch 
mathematician Christiaan Huygens (1629-1695) cor- 
rectly described Galileo’s appendages as a flat system 
of coplanar rings that were not attached to Saturn. In 
1675, Italian astronomer and engineer Giovanni 
Domenico Cassini (1625-1712) first noticed structure 
in the ring system, a gap now called Cassini’s division. 
He also first suggested that the rings are composed not 
of a solid body but of individual particles orbiting 
Saturn. In the nineteenth century, Scottish physicist 
James Clerk Maxwell (1831-1879) proved mathemati- 
cally that Cassini’s suggestion must be correct. In 
1895, American astronomer James Edward Keeler 
(1857-1900) observed the orbital speed of different 
parts of Saturn’s rings, finally proving they are a 
large number of individual particles. In 1980, the 
Voyager spacecraft sent back amazing pictures of the 
rings, showing a wealth of detailed structure. 


The rings around Uranus were discovered next. On 
March 10, 1977, four groups of astronomers observed 
Uranus pass in front of a star and occult it, in hopes of 
learning something about Uranus as the starlight 
dimmed. To their surprise, the star winked, several 
times, both before and after the occultation. Winking 
once would suggest a moon, but several symmetric 
winks before and after suggested rings. The group of 
astronomers from Cornell University, led by James 
Elliot, obtained the most complete data and discovered 
five rings. In 1978, four additional rings were found 
during another occultation. The Voyager flyby in 1986 
confirmed the previously discovered rings and found 
two more for a total of 11. The rings of Uranus were 
later observed from the Earth, with infrared telescopes, 
which reveal the long wavelength emission from the icy 
ring particles. On August 14, 1994, the repaired Hubble 
Space Telescope photographed Uranus showing, but 
not fully resolving, the rings. 
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In 1979, the Voyager I and 2 flybys discovered a 
very thin ring around the planet Jupiter that is not 
observable from Earth. By 1979, Saturn, Uranus, and 
Jupiter were known to have rings. What about 
Neptune? Voyager 2 did not fly past Neptune until 
1989. To avoid waiting ten years to see if Neptune 
had rings, astronomers observed occultations of 
Neptune. Perhaps rings could be discovered indirectly 
from Earth as for Uranus. Some observations seemed 
to show rings; others did not. The mixed results sug- 
gested partial rings. In 1989, the Voyager photographs 
finally revealed that Neptune does indeed have a ring 
system. However, the rings vary in width. Narrower 
parts of the rings would be harder to detect from 
Earth, so the occultations gave mixed results. It is 
not know why these rings vary in width. 


Structure of the rings 


Prior to the Voyager mission, astronomers thought 
that Saturn had at most six different rings, labeled A 
through F. Voyager photographs show an amazing 
amount of unexpected detail in Saturn’s rings. There 
are hundreds of individual ringlets in the 43,470 mi 
(70,000 km) wide main rings. The smallest may be as 
small as the 1.2 mi (2 km) width that the Voyager 
camera was able to resolve. (An even finer structure 
was discovered by another Voyager instrument that 
monitored brightness in a star that was occulted by 
the rings.) The very narrow F ring appeared braided 
to the Voyager 1, but the braids disappeared for the 
Voyager 2 nine months later. 


Most of the complex structure appears to be the 
result of the combined gravitational forces of Saturn’s 
many moons. Astronomers think that Saturn’s moons 
cause resonance effects that perturb ring particles out 
of positions where the particles would have orbital 
periods exactly equal to a simple fraction (e.g., one- 
half, one-third, etc.) of the period of one of the moons, 
thus creating gaps. Two small moons may also act 
together as shepherding moons to confine ring par- 
ticles to a narrow ring. Shepherding moons have also 
been observed in the rings of Uranus. Some of the 
ringlets of Saturn are spiral-shaped, rather than circu- 
lar, and are thought to be created by spinal density 
waves, again triggered by gravitational forces due to 
the moons. 


In addition to the many ringlets, Saturn’s rings 
also showed unexpected spokes, pointing away from 
the planet, that do not travel around Saturn at the 
orbital speed as ring particles do. These dark spokes 
appear to be small particles that are swept along by 
Saturn’s magnetic field as the planet rotates. 
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KEY TERMS 


Occultation—When a moon or a planet passes in 
front of a star. 


Rings—Systems of particles orbiting a planet. 


Shepherding moons—Small moons thought to con- 
fine ring particles to a particular ring by their grav- 
itational forces. 


Voyager—A pair of unmanned robot spacecraft 
that left the Earth in 1977 to fly by all the gas giant 
planets Jupiter, Saturn, Uranus, and Neptune). 


Saturn’s rings are highly reflective, reflecting 
roughly 60% percent; of the incident light. Therefore, 
the individual ring particles are probably ice or ice 
coated. These chunks of ice average about 3.3 ft (1 
m) in diameter, with a likely range of sizes from dust 
grains to about 33 ft (10 m). The total mass of the rings 
is about 10'°kg, roughly equivalent to an icy moon 6.2 
mi (10 km) in diameter. 


The ring systems of Uranus and Neptune are 
much less extensive. One of Uranus’ 11 rings is 1,553 
mi (2,500 km) wide, the rest are only several kilometers 
wide. The widest of Neptune’s five rings is 3,726 mi 
(6,000 km). These rings are narrower and more widely 
separated than those of Saturn. The individual par- 
ticles are much darker, reflecting only 5% of the inci- 
dent light, so they are more likely dark rock than ice. 
Jupiter’s ring is composed of tiny dark dust grains 
produced by erosion from the inner moons. 


There is still much astronomers do not know 
about planetary rings. What is their origin? Are they 
short lived or have they lasted the five billion year 
history of the solar system? What causes the structure 
in the ring systems? The Voyager mission represented 
a beginning to the scientific study of planetary rings. 
Future space missions will help scientists better under- 
stand ring systems. 
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l Plankton 


Plankton are organisms that live in the water 
column and drift with the currents. Bacteria, algae, 
protozoans, invertebrates, and some vertebrates are 
represented in the plankton; some organisms spending 
only parts of their lives (in particular, larval stages) as 
members of the plankton. Although they cannot con- 
trol their movement relative to large ocean currents, 
some planktonic organisms do possess some means by 
which they may control their horizontal and/or verti- 
cal positions. For example, some plankton posess flag- 
ella or other small appendages for propulsion over 
short distances. Others regulate their vertical distribu- 
tions in the water column by producing oil droplets or 
gas bubbles. Plankton are an extremely important 
component in aquatic food webs. 


See also Phytoplankton; Zooplankton. 


| Plant 


A plant is an organism in the kingdom Plantae. 
According to the five-kingdom classification system 
used by most biologists, plants have the following 
characteristics: they are multicellular during part of 
their life; they are eukaryotic, in that their cells have 
nuclei; they reproduce sexually; they have chloroplasts 
with chlorophyll-a, chlorophyll-b and carotenoids as 
photosynthetic pigments; they have cell walls with 
cellulose, a complex carbohydrate; they have life 
cycles with an alternation of a sporophyte phase and 
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Cross-section of a carrot root tissue, showing xylem, phloem, and cortex cells. (© Lester V. Bergman/Corbis.) 


a gametophyte phase; they develop organs which 
become specialized for photosynthesis, reproduction, 
or mineral uptake; and most live on land during their 
life cycle. 


Biologists have identified about 500,000 species of 
plants, although there are many undiscovered species 
in the tropics. 


Plant evolution and classification 


From the time of Aristotle until the 1950s, most 
people classified all organisms into the animal king- 
dom or the plant kingdom. Fungi and plant like, 
single-celled organisms were placed into the plant 
kingdom, in view of certain highly derived, but super- 
ficial characteristics of these organisms. 


In 1959, Robert Whittaker advocated a five-king- 
dom classification system. According to a recent mod- 
ification of that system, the five kingdoms. are: 
Monera (single-celled, prokaryotic organisms, such 
as bacteria); Protista (various eukaryotic groups, 
such as algae and water molds); Fungi (spore-forming 
eukaryotes which lack flagella, such as mushrooms 
and various molds); Animalia (various multicellular 
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eukaryotic groups, such as jellyfish and vertebrates); 
and Plantae, or plants. 


Biologists now recognize an additional kingdom of 
prokaryotes, the Archaebacteria or ancient bacteria, 
which have unique characteristics that distinguish 
them from Eubacteria, or true bacteria in the kingdom 
Monera. The evolutionary relationships of Eukaryotes, 
Archaebacteria, and Eubacteria are uncertain at the 
present time. Undoubtedly, as our knowledge of evo- 
lution and biological diversity increases, Whittaker’s 
five kingdom classification system will require further 
modification. 


Evolution of plants 


There was little life on land 500 million years ago, 
although the oceans abounded with diverse photosyn- 
thetic organisms, as well as species in the Monera, 
Protoctista, and Animalia kingdoms. Land plants 
appear to have evolved from photosynthetic, aquatic 
ancestors about 500 million years ago, probably from 
the Chlorophyta, or green algae. Both groups use 
chlorophyll-a and chlorophyll-b as photosynthetic 
pigments, store their energy reserves as starch, and 
have cellulose in their cell walls. 
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The evolution of the terrestrial habit required 
special adaptations of reproductive and vegetative tis- 
sues for protection against desiccation. The most sig- 
nificant adaptation of the reproductive tissues is 
enclosure of the sex cells (egg and sperm) within spe- 
cialized tissues, and retention of the fertilized egg as it 
develops into a multicellular embryo. The most sig- 
nificant adaptation of the vegetative tissue is develop- 
ment of a parenchymatous cell organization, in which 
unspecialized cells (parenchyma) are embedded in a 
dense matrix of cells. This reduces water loss by reduc- 
ing the overall surface area of the plant per cell, and 
also provides the plant with a body matrix for differ- 
entiation of specialized tissues. 


The life cycle of all plants consists of an alternation 
of generations, in which a haploid gametophyte (tissue 
in which each cell has one copy of each chromosome) 
alternates with a diploid sporophyte (tissue in which 
each cell has two copies of each chromosome). A major 
trend in plant evolution has been the increasing domi- 
nance of the sporophyte. Chlorophyta (green algae), 
the ancestors of land plants, have a dominant gameto- 
phyte and greatly reduced sporophyte. Bryophyta, the 
most primitive land plants, have a more elaborate 
sporophyte than Chlorophyta, although their gameto- 
phyte is still dominant. Free-sporing vascular plants 
(Filicinophyta, Lycopodophyta, and Sphenophyta) 
have a somewhat more dominant sporophyte phase 
than gametophyte phase. However, seed plants, the 
most advanced of the land plants, have a greatly 
reduced gametophyte, and a dominant sporophyte. 


Classification of plants 


All species are classified hierarchically. Related 
species are grouped into a genus; related genera into 
a family; related families into an order; related orders 
into a class; related classes into a phylum; and related 
phyla into a kingdom. Below, the most significant 
characteristics of the nine phyla of the kingdom 
Plantae are briefly considered. 


Bryophyta is a phylum with three classes, the 
largest of which is the mosses, with about 15,000 spe- 
cies. The gametophyte phase is dominant, and in 
mosses this is the familiar, small, green, leafy plant. 
Bryophytes do not have true leaves, stems, or roots, 
and they lack a vascular system for transporting food 
and water. They reproduce by making spores, and are 
mostly found in bogs or moist woodlands, so their 
sperm can swim through water to reach the eggs. 
Mosses are particularly prominent in the northern 
boreal forest and arctic and alpine tundra. 


The Lycopodophyta is a phylum with about 1,000 
species. The sporophyte phase is dominant, and is the 
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familiar, low-growing, green plant in many species 
which superficially resembles the branch of a pine. 
Their leaves are tiny structures, termed microphylls, 
and are arranged in whorls on the stem. The stems 
of lycopods and all subsequent phyla have vascular 
tissues for efficient transport of food and water. Like 
bryophytes, they reproduce by making spores, and are 
mostly found in wet areas so their sperm can swim to 
reach the eggs. Lycopods are most abundant in the 
tropics, although numerous species of Lycopodium 
(ground pine) grow in woodlands in the temperate 
zone. 


The Sphenophyta has a single genus, Equisetum, 
with about 10 species. Equisetum is commonly called 
horsetail, because the dominant sporophyte phase of 
these plants superficially resembles a horse’s tail. It is 
an erect stem, with whorls of microphylls, and a spore- 
producing, cone-like structure, termed a strobilus, on 
top. Horsetails are mostly found in moist woodlands 
of the temperate zone, since their sperm must swim to 
reach the eggs. 


The Filicinophyta has about 11,000 species, which 
are known commonly as ferns. The sporophyte phase is 
dominant, and is the more familiar form of ferns that is 
commonly seen in temperate-zone woodlands. Like the 
leaves of all subsequent phyla, those of ferns have a 
complex system of branched veins, and are referred to 
as megaphylls. Ferns reproduce by making spores, and 
they are mostly restricted to moist environments so 
their sperm can swim to reach the eggs. Most species 
occur in tropical and subtropical ecosystems. 


The Cycadophyta has about 200 species, which 
are known commonly as cycads. Like all subsequent 
phyla, cycads are seed-producing plants. They are 
considered gymnosperms, because they bear their 
seeds naked on specialized leaves called sporophylls. 
The sporophyte phase is dominant, and appears rather 
like a shrublike palm in many species, although cycads 
are only distantly related to palms. Cycads have flag- 
ellated sperm which swim to fertilize the eggs, a char- 
acteristic of evolutionarily primitive, free-sporing 
plants (all phyla above), but not of other seed plants 
(except for Ginkgo, see below). Cycads grow in trop- 
ical and subtropical regions of the world. 


The Ginkgophyta consists of a single species, 
Ginkgo biloba, a gymnosperm which bears its seeds in 
green, fruit-like structures. The sporophyte phase of 
Ginkgo is dominant, and is a tree with fan-shaped 
leaves that arise from spurs on the branches. Like the 
cycads, Ginkgo has flagellated sperm that swim to 
fertilize the eggs. Ginkgo only exists in cultivation, 
and is widely planted as an ornamental tree through- 
out the United States and other temperate countries. 
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The Coniferophyta has about 600 species, and 
includes familiar evergreen trees such as pines, spru- 
ces, and firs. The conifers are the best known and most 
abundant of the gymnosperms. The sporophyte phase 
is dominant, and is the familiar cone-bearing tree. 
Male reproductive structures produce pollen grains, 
or male gametophytes, which travel by wind to the 
female reproductive structures. The pollen fertilizes 
the ovules to produce seeds, which then develop within 
characteristic cones. Conifers grow throughout the 
world, and are dominant trees in many northern for- 
ests. Many conifers are used for lumber, paper, and 
other important products. 


The Gnetophyta is a phylum of unusual gymno- 
sperms, with about 70 species in three genera, Gnetum, 
Ephedra, and Welwitschia. These three genera differ sig- 
nificantly from one another in their vegetative and repro- 
ductive structures, although all are semi-desert plants. 
The mode of fertilization of species in the Ephedra genus 
resembles that of the Angiospermophyta (flowering 
plants), and many botanists consider them to be close 
relatives. 


The Angiospermophyta is the largest and most 
important plant phylum, with at least 300,000 species. 
All species reproduce by making flowers, which 
develop into fruits with seeds upon fertilization. The 
flower originated about 130 million years ago, as a 
structure adapted to protect the ovules (immature 
seeds), which are born naked and unprotected in the 
more primitive gymnosperms. The highly specialized 
characteristics of many flowers evolved to facilitate 
pollination. There are two natural groups of angio- 
sperms, the monocots, whose seeds have one cotyle- 
don (or seed-leaf), and the dicots, whose seeds have 
two cotyledons. Nearly all of the plant foods of 
humans and many drugs and other economically 
important products come from angiosperms. 


A recent scientific effort has created new theories 
about the classification of plants. Many genetic experi- 
ments were performed by plant biologists around the 
world in an effort to answer questions of the evolution 
of plants as a single large group of organisms. Some 
startling, and controversial results were attained just 
before the turn of the new century. In 1999, the group 
of scientists concluded that the kingdom Plantae 
should, in fact, be split into at least three separate 
kingdoms because the group is so highly diverse and 
the genetic evidence gathered indicated sufficient 
divergence among members. Also, the studies uncov- 
ered that the three proposed kingdoms each formed 
from a single plant-like ancestor that colonized land, 
not directly from the sea as was previously thought, 
but from fresh water. These ideas have yet to be 
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accepted by the majority of biologists, and remain a 
matter of debate. 


Plant structure 


The seed plants (gymnosperms and angiosperms) 
are the dominant and most studied group of plants, so 
their anatomy and development are considered here. 
The leaves and other aerial portions are all covered with 
a cuticle, a waxy layer that inhibits water loss. The 
leaves have stomata, microscopic pores which open in 
response to certain environmental cues for uptake of 
carbon dioxide and release of oxygen during photosyn- 
thesis. Leaves have veins, which connect them to the 
stem through a vascular system which is used for trans- 
port of water and nutrients throughout the plant. 


There are two special types of cells in the vascular 
system, xylem and phloem. Xylem is mainly responsi- 
ble for the movement of water and minerals from the 
roots to the aerial portions, the stems and leaves. 
Phloem is mainly responsible for the transport of 
food, principally carbohydrates produced by photo- 
synthesis, from the leaves throughout the plant. The 
vascular system of plants differs from the circulatory 
system of animals in that water moves out of a plant’s 
leaves by transpiration, whereas an animal’s blood is 
recirculated throughout the body. 


The roots of a plant take up water and minerals 
from the soil, and also anchor the plant. Most plants 
have a dense, fibrous network of roots, and this pro- 
vides a large surface area for uptake of water and 
minerals. Mycorrhizae are symbioses between fungi 
and most plant roots and are important for water 
and mineral uptake in most plants. The fungal partner 
benefits by receiving carbohydrates from the plant, 
which benefits by being better able to absorb minerals 
and water from the soil. Mycorrhizae form on the 
roots of nearly all land plants, and many biologists 
believe they played a vital role in the evolution of the 
terrestrial habit. 


Plant development 


As a plant grows, it undergoes developmental 
changes, known as morphogenesis, which include the 
formation of specialized tissues and organs. Most 
plants continually produce new sets of organs, such 
as leaves, flowers, and fruits, as they grow. In contrast, 
animals typically develop their organs only once, and 
these organs merely increase in size as the animal 
grows. The meristematic tissues of plants (see below) 
have the capacity for cell division and development of 
new and complex tissues and organs, even in older 
plants. Most of the developmental changes of plants 
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are mediated by hormonal and other chemical 
changes, which selectively alter the levels of expression 
of specific genes. 


A plant begins its life as a seed, a quiescent stage in 
which the metabolic rate is greatly reduced. Various 
environmental cues such as light, temperature changes, 
or nutrient availability, signal a seed to germinate. 
During early germination, the young seedling depends 
upon nutrients stored within the seed itself for growth. 


As the seedling grows, it begins to synthesize 
chlorophyll and turn green. Most plants become 
green only when exposed to sunlight, because chloro- 
phyll synthesis is light-induced. As plants grow larger, 
new organs develop according to certain environmen- 
tal cues and genetic programs of the individual. 


In contrast to animals, whose bodies grow all over 
as they develop, plants generally grow in specific 
regions, referred to as meristems. A meristem is a 
special tissue containing undifferentiated, actively 
growing, and dividing cells. Apical meristems are at 
the tips of shoots and roots, and are responsible for 
elongation of a plant. Lateral meristems are parallel to 
the elongation axis of the shoots and roots, and are 
responsible for thickening of the plant. Differences in 
apical meristems give different species their unique 
leaf arrangements; differences in lateral meristems 
give different species their unique stems and bark. 


Many of the morphogenetic changes of develop- 
ing plants are mediated by hormones—chemical mes- 
sengers that are active in very small concentrations. 
The major plant hormones are auxins, gibberellins, 
cytokinins, abscissic acid, and ethylene. Auxins con- 
trol cell expansion, apical dominance, and fruit 
growth. Gibberellins control cell expansion, seed ger- 
mination, and fruit development. Cytokinins promote 
cell division and organ development, but impede sen- 
escence. Abscissic acid can induce dormancy of seeds 
and buds, and accelerate plant senescence. Ethylene 
accelerates senescence and fruit ripening, and inhibits 
stem growth. 


Characteristics of plant cells 


Like all other organisms, plants are made up of 
cells, which are semi-autonomous units consisting of 
protoplasts surrounded by a special layer of lipids and 
proteins, termed the plasma membrane. Plant cells are 
all eukaryotic, in that their genetic material (DNA) is 
sequestered within a nucleus inside the cell, although 
some DNA also occurs inside plastids and mitochon- 
dria (see below). Plant cells have rigid cell walls exter- 
nal to their plasma membrane. 
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In addition to nuclei, plant cells contain many 
other small structures, which are specialized for spe- 
cific functions. Many of these structures are mem- 
brane-enclosed, and are referred to as organelles 
(small organs). 


Cell structures and their functions 


The cells of plants, fungi, and bacteria are sur- 
rounded by rigid cell walls. Plant cell walls are typi- 
cally one to five micrometers thick, and their primary 
constituent is cellulose, a molecule consisting of many 
glucose units connected end-to-end. In plant cell walls, 
many cellulose molecules are bundled together into 
microfibrils (small fibers), like the fibers of a string. 
These microfibrils have great tensile strength, because 
the component strands of cellulose are interconnected 
by hydrogen bonds. The cellulose microfibrils are 
embedded in a dense, cell-wall matrix consisting of 
other complex molecules such as hemicellulose, pectic 
substances, and enzymes and other proteins. Some 
plant cells become specialized for transport of water 
or physical support, and these cells develop a secon- 
dary wall that is thick and impregnated with lignin, 
another complex carbohydrate. 


All living cells are surrounded by a plasma mem- 
brane, a viscous lipid-and-protein matrix which is 
about 10 nm thick. The plasma membrane of plant 
cells lies just inside the cell wall, and encloses the rest of 
the cell, the cytoplasm and nucleus. The plasma mem- 
brane regulates transport of various molecules into 
and out of the cell, and also serves as a sort of two- 
dimensional scaffolding, upon which many biochem- 
ical reactions occur. 


The nucleus is often considered to be the control 
center of a cell. It is typically about 10 micrometers in 
diameter, and is surrounded by a special double-mem- 
brane with numerous pores. The most important mol- 
ecules in the nucleus are DNA (deoxyribonucleic 
acid), RNA (ribonucleic acid), and proteins. DNA is 
a very long molecule, and is physically associated with 
numerous proteins in plants and other eukaryotes. 
Specific segments of DNA make up genes, the func- 
tional units of heredity which encode specific charac- 
teristics of an organism. Genes are connected together 
into chromosomes, thread-like structures that occur in 
a characteristic number in each species. Special 
enzymes within the nucleus use DNA as a template 
to synthesize RNA. Then, the RNA moves out of the 
nucleus where it is used as a template for the synthesis 
of enzymes and other proteins. 


Plastids are organelles only present in plants and 
algae. They have a double membrane on their outside, 
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and are specilized for the storage of starch (amylo- 
plasts), storage of lipids (elaioplasts), photosynthesis 
(chloroplasts), or other functions. Chloroplasts are the 
most important type of plastid, and are typically about 
10 micrometers in diameter. Chloroplasts are special- 
ized for photosynthesis, the biological conversion of 
light energy absorbed by chlorophylls, the green leaf 
pigments, into potential chemical energy such as car- 
bohydrates. Some of the component reactions of pho- 
tosynthesis occur on special, inner membranes of the 
chloroplasts, referred to as thylakoids; other reactions 
occur in the aqueous interior of the chloroplast, 
referred to as the stroma. Interestingly, plastids are 
about the size of bacteria and, like bacteria, they also 
contain a circular loop of DNA. These and many 
other similarities suggest that cells with chloroplasts 
originated several billion years ago by symbiogenesis, 
the union of formerly separate, prokaryotic cells. 


Mitochondria are organelles which are present in 
nearly all living, eukaryotic cells. A mitochondrion has 
a double membrane on its outside, is typically ovoid or 
oblong in shape, and is about 0.5 micrometers wide and 
several micrometers long. Mitochondria are mainly 
responsible for the controlled oxidation (metabolic 
breakdown) of high-energy food molecules, such as 
fats and carbohydrates, and the consequent synthesis 
of ATP (adenosine triphosphate), the energy source for 
cells. Many of the mitochondrial enzymes that oxidize 
food molecules are embedded in special internal mem- 
branes of the mitochondria. Like plastids, mitochon- 
dria contain a circular loop of DNA, and are believed 
to have originated by symbiogenesis. 


Golgi bodies are organelles present in most 
eukaryotic cells, and function as biochemical process- 
ing centers for many cellular molecules. They appear 
as a cluster of flattened vesicles, termed cisternae, and 
associated spherical vesicles. The Golgi bodies process 
carbohydrates, which are used to synthesize the cell 
wall, and lipids, which are used to make up the plasma 
membrane. They also modify many proteins by add- 
ing sugar molecules to them, a process referred to as 
glycosylation. 


Vacuoles are fluid-filled vesicles which are sepa- 
rated from the cytoplasm by a special membrane, 
referred to as a tonoplast. Vacuoles are present in 
many eukaryotic cells. The vacuoles of many plant 
cells are very large, and can constitute 90% or more 
of the total cell volume. The main constituent of 
vacuoles is water. Depending on the type of cell, 
vacuoles are specialized for storage of foods, ions, or 
water-soluble plant pigments. 


The endoplasmic reticulum is a complex system of 
interconnected double membranes, which is distributed 
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throughout most eukaryotic cells. The membranes of 
the endoplasmic reticulum are often continuous with 
the plasma membrane, the outer nuclear membrane, 
the tonoplast, and Golgi bodies. Thus, the endoplas- 
mic reticulum functions as a conduit for chemical 
communication between different parts of the cell. 
The endoplasmic reticulum is also a region where 
many proteins, lipids, and carbohydrates are bio- 
chemically modified. Many regions of the endoplas- 
mic reticulum have ribosomes associated with them. 
Ribosomes are subcellular particles made up of pro- 
teins and RNA, and are responsible for synthesis of 
proteins from information encoded in RNA. 


Importance to humans 


Plants provide food to humans and all other non- 
photosynthetic organisms, either directly or indirectly. 
Agriculture began about 10,000 years ago in the fertile 
crescent of the Near East, where people first cultivated 
wheat and barley. Scientists believe that as people of 
the fertile crescent gathered wild seeds, they selected 
for certain genetically determined traits, which made 
the plants produced from those seeds more suited for 
cultivation and as foods. For example, most strains of 
wild wheat bear their seeds on stalks that break off to 
disperse the mature seeds. As people selected wild 
wheat plants for food, they unknowingly selected 
genetic variants in the wild population whose seed 
stalks did not break off. This trait made it easier to 
harvest and cultivate wheat, and is a feature of all of 
our modern varieties of wheat. 


The development of agriculture led to enormous 
development of human cultures, as well as growth in 
the human population. This, in turn, spurred new 
technologies in agriculture. One of the more recent 
agricultural innovations is the “Green Revolution,” 
the development of new genetic varieties of crop 
plants. In the past 20-30 years, many new plant vari- 
eties have been developed that are capable of very high 
yields, surely an advantage to an ever-growing human 
population. 


Nevertheless, the Green Revolution has been 
criticized by some people. One criticism is that these 
new crop varieties often require large quantities of 
fertilizers and other chemicals to attain their high 
yields, making them unaffordable to the relatively 
poor farmers of the developing world. Another 
criticism is that the rush to use these new genetic 
varieties may hasten the extinction of native varieties 
of crop plants, which themselves have many valuable, 
genetically-determined characteristics. 


Regardless of one’s view of the Green Revolution, 
it is clear that high-tech agriculture cannot provide a 
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KEY TERMS 


Diploid—Nucleus or cell containing two copies of 
each chromosome, generated by fusion of two hap- 
loid nuclei. 


Eukaryote—A cell whose genetic material is car- 
ried on chromosomes inside a nucleus encased ina 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Gametophyte—The haploid, gamete-producing 
generation in a plant's life cycle. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Meristem—Special plant tissues that contain undif- 
ferentiated, actively growing and dividing cells. 


Morphogenesis—Developmental changes _ that 
occur during growth of an organism, such as for- 
mation of specialized tissues and organs. 


Prokaryote—A cell without a nucleus, considered 
more primitive than a eukaryote. 
Sporophyte—The diploid spore-producing genera- 
tion in a plant's life cycle. 

Symbiosis—A biological relationship between two 
or more organisms that is mutually beneficial. The 
relationship is obligate, meaning that the partners 
cannot successfully live apart in nature. 


simple solution to poverty and starvation. Improve- 
ments in our crop plants must surely be coupled to 
advances in politics and diplomacy to ensure that 
people of the developing nations are fed in the future. 


See also Angiosperm; Bryophyte; Mycorrhiza; 
Plant pigment; Root system. 
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t Plant breeding 


Plant breeding began when early humans saved 
seeds and planted them. The cultural change from 
living as nomadic hunter-gatherers, to living in more 
settled communities, depended on the ability to culti- 
vate plants for food. Present knowledge indicates that 
this transition occurred in several different parts of the 
world, about 10,000 years ago. 


Today, there are literally thousands of different 
cultivated varieties (cultivars) of individualspecies of 
crop plants. As examples, there are more than 4,000 
different peas (Pisum sativum), and more than 5,000 
grape cultivars, adapted to a wide variety of soils and 
climates. 


The methods by which this diversity of crops was 
achieved were little changed for many centuries, basi- 
cally requiring observation, selection, and cultivation. 
However, for the past three centuries most new vari- 
eties have been generated by deliberate cross-pollina- 
tion, followed by observation and further selection. 
The science of genetics has provided a great deal of 
information to guide breeding possibilities and direc- 
tions. Most recently, the potential for plant breeding 
has advanced significantly, with the advent of meth- 
ods for the incorporation of genes from other organ- 
isms into plants via recombinant DNA-techniques. 
This capacity is broadly termed “genetic engineering.” 
These new techniques and their implications have 
given rise to commercial and ethical controversies 
about “ownership,” which have not yet been resolved. 


Early selection 


The plants that were eaten habitually by hunter- 
gatherer communities were palatable and non-toxic. 
These characteristics had been determined by trial and 
error. Then, by saving the largest seeds from the 
healthiest plants, a form of selection was practiced 
that provided the initial foundation of plant domesti- 
cation and breeding. 
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Among the fruit and seed characters favored by 
selection in prehistoric times were cereal stalks that did 
not fall into separate pieces at maturity, and pods that 
did not open as they dried out, dispersing seeds onto 
the ground. Wheat or barley heads that remained uni- 
fied, and pea or lentil pods that remained closed 
allowed easier and more efficient collection of grain 
and seeds. 


Seed dormancy 


Another seed character whose selection was 
favored long ago was the ability to germinate soon 
after planting. In cases where seed dormancy was 
imposed by thick, impermeable seed-coats, a selected 
reduction in seed-coat thickness allowed more prompt 
germination. Wild or semi-domesticated peas, found 
as carbonized remains in archeological sites through- 
out the Middle East, possessed thick seed-coats with a 
characteristic, gritty surface texture. Similarly, the 
seed-coats of Cicer reticulatum from Turkey, the 
immediate progenitor of the chick pea, account for 
about one-quarter of the total material in the seed. 
However, modern cultivars of the chick pea (Cicer 
arietinum) commit only 4-9% of the seed weight to 
seed-coats. The seed-coats are thinner because there 
are fewer cells in the outermost sclereid layers. 
Cultivated chick peas also lack the brown and green 
pigments typical of wild-type seeds. 


Seed dormancy imposed by natural growth regu- 
lators was also selected against in prehistoric times. 
For example, cultivated oats (Avena sativa) lack the 
dormancy mechanisms of wild oats (Avena fatua), and 
germinate soon after seasonal planting. 


Quality 


Among fruits and vegetables, flavor, size, shape, 
sweetness, texture and acidity have long been desirable 
characters. Trees or vines producing superior fruits 
were prized above those that did not. This is known 
from the writings of the Egyptians, Greeks, and 
Romans. Plant remains in the gardens of Pompeii, 
covered by the eruption of Mt. Vesuvius in AD 79, 
confirm that almond, lemon, peach, pear, grape, 
cherry, plum, fig, and olive were cultivated at that 
time. The particular varieties of onion and cabbage 
grown around Pompeii were highly regarded, accord- 
ing to the Roman author Columella (AD 50). 


Climatic adaptation 
Cultivars adapted to different types of climatic 


conditions were also selected in ancient times. In 
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North America, various Indian tribes developed and 
maintained lines of maize adapted to different temper- 
ature ranges. Colonel George Morgan of Princeton, 
New Jersey, collected so-called “Indian corns,” which 
included the Tuscorora, King Philip, and Golden 
Sioux lines of field corn. An early sweet corn was 
also obtained from the tribes of The Six Nations 
(Iroquois) by U.S. General Sullivan in 1779. In July 
1787, a visitor to Sullivan’s garden noted: “he had 
Indian corn growing, in long rows, from different 
kinds of seed, collected from the different latitudes 
on this continent, as far north as the most northern 
parts of Canada, and south as far as the West Indies.” 


Pollination and hybridization 


The genetic discoveries of Gregor Mendel with pea 
plants, first published in 1866, were revolutionary, 
although Mendel’s work remained obscure until trans- 
lated from German into English by William Bateson in 
1903. Nevertheless, the relationship between pollen 
lodging on the stigma and subsequent fruit production 
was realized long before Mendel’s work. The first 
hybrid produced by deliberate pollen transfer is cred- 
ited to Thomas Fairchild, an eighteenth-century, 
English gardener. He crossed sweet william with the 
carnation in 1719, to produce a new horticultural plant. 


Towards the end of that century, Thomas Andrew 
Knight, another Englishman, demonstrated the prac- 
tical value of cross-pollination on an unprecedented 
scale. He produced hybrid fruit trees by cross-pollina- 
tion, and then grafted shoots of their seedlings onto 
established, compatible root stalks. This had the effect 
of greatly shortening the time until fruit production, 
so that the horticultural success of the hybridization 
could be evaluated. After selecting the best fruit, the 
hybrid seeds could be planted, and the process of 
grafting the seedlings and selection could be contin- 
ued. The best hybrids, which were not necessarily 
stable through sexual reproduction, could be propa- 
gated by grafting. Thomas Knight was also responsi- 
ble for the first breeding of wrinkled-seeded peas, the 
kind that provided Mendel with one of his seven key 
characters (round being dominant, with one allele 
sufficient for expression; wrinkled being recessive, 
requiring two copies of the allele for expression). 


The impact of hybridization on plant 

breeding in the United States 

Most food plants brought from Europe to the 
United States in the seventeenth century failed to 


prosper widely. Some could not be grown successfully 
anywhere, because they could not adapt to the climate, 
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or were susceptible to newly-encountered pests or dis- 
eases. At the beginning of the nineteenth century, the 
range of varieties available for any given plant was 
extremely limited. Apples, however, were an excep- 
tion. This fruit crop had benefited from a number of 
chance varieties such as the Newtown Pippin (about 
1700), the Baldwin (1742), and the Jonathan (1829). 
However, it was in the more typical context of low 
diversity that Thomas Jefferson said “the greatest 
service that can be rendered any country is to add a 
useful plant to its culture.” 


The Rural Visiter, a periodical published in 
Burlington, Vermont, in 1810, ran a series of extracts 
from Knight’s “Treatise on the Culture of the Apple and 
Pear.” Knight’s grafting methods were further described 
by James Thatcher in his American Orchardist in 1822. 
In this way the principles behind Knight’s work became 
understood in the United States. 


The first variety of a fruit tree to be bred in the 
United States was a pear produced by William Prince, 
around 1806. He crossed St. Germain with White 
Doyenne (the pollen donor), and from the seed 
selected a variety known as Prince’s St. Germain. 
Later, further improvements of the pear were made 
by the discovery of natural hybrids between the 
European pear (binomial) and the introduced 
Chinese sand-pear (binomial). The Kiefer, Le Conte, 
and Garber pears all arose in this fashion, and allowed 
pear cultivation to extend beyond California into the 
eastern and southern states. 


The contribution of C. M. Hovey 


C.M. Hovey produced new hybrid strawberries by 
1838. The most important, Hovey’s Seedling, became 
the leading strawberry for more than 30 years. 
Unfortunately this variety was finally lost, although 
some derivatives were maintained. Hovey was also 
successful with flowers. He crossed existing yellow 
calceolarias (binomial) with the purple Calceolaria 
purpurea, imported in 1827. Flowers ranging in color 
from pale yellow to deep orange, and from light red to 
deep scarlet, were subsequently produced. 


Hovey was later involved in the development 
of hybrid grapes. In 1844 he advocated a breeding 
strategy that required crossing the Isabella and 
Catawba, two cultivars derived from native species, 
with European varieties such as Golden Chasselas as 
pollen donors. The Delaware, named about 1850, was a 
chance hybrid between native and European grapes. 
Although many useful grape hybrids were subsequently 
produced by American breeders in the latter part of the 
nineteenth century, the grafting of European cultivars 
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onto American rootstocks proved to be more beneficial 
for this crop on a worldwide scale. 


Luther Burbank 


The concept of “diluting” hybrids by crossing them 
back to either parent also developed in the latter part of 
the nineteenth century. This strategy was introduced to 
ameliorate undesirable characters that were expressed 
too strongly. Luther Burbank, based in California, 
became a master of this art. He bred larger walnuts 
from hybrids involving Juglans californica, J. regia, 
and J. nigra. From the 1870s onwards, he was especially 
successful with plums bred by hybridization of native 
American plums with a Japanese species, (Prunus tri- 


flora). Burbank once found a Californian poppy 


(Eschscholtzia californica) that displayed a crimson 
thread through one petal. By repeated selection he 
eventually developed an all-crimson poppy. His series 
of hybrids between blackberry and raspberry also pro- 
duced some remarkable plants. The Primus blackberry 
(from western dewberry and Siberian raspberry) pro- 
duced larger fruit that ripened many weeks in advance 
of either parent, while out-yielding both and maintain- 
ing flavor. By the turn of the century, Burbank was 
justly famous for having bred numerous superior culti- 
vars of many different kinds of plants of horticultural 
and agricultural importance. 


In genetic terms, there are two kinds of back- 
crossing. When one parent of a hybrid has many reces- 
sive characters, these are masked in the F; (first filial) 
hybrid generation by dominant alleles from the other 
parent. However, a cross of the F; hybrid with the 
recessive parent will allow the complete range of genetic 
variation to be expressed in the F, progeny. This is 
termed a test cross. A cross of the F; to the parent 
with more dominant characters is termed a back cross. 


The goals of modern plant breeding 


The broad aims of current plant breeding pro- 
grams have changed little from those of the past. 
Improvements in yield, quality, plant hardiness, 
and pest resistance are actively being sought. In addi- 
tion, the ability of plants to survive increasing inten- 
sities of ultraviolet radiation, due to damage in the 
ozone layer, and to respond favorably to elevated 
atmospheric concentrations of carbon dioxide are 
being assessed. To widen the available gene pools, 
collections of cultivars and wild relatives of major 
crop species have been organized at an international 
level. The United Nations’ Food and Agriculture 
Organization (FAO) supported the formation of the 
International Board for Plant Genetic Resources in 
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1974. However, many cultivars popular in the nine- 
teenth century have already fallen into disuse and been 
lost. The need to conserve remaining “heritage” vari- 
eties has been taken up by associations of enthusiasts 
in many countries, such as the Seed Savers’ Exchange 
in the United States 


Plant cloning and artificial hybridization 


Genetically identical plants, or clones, have been 
propagated from vegetative cuttings for thousands of 
years. Modern cloning techniques are used extensively 
to select for cultivars with particular characteristics, 
since there are limits to what can be achieved through 
direct hybridization. Some individual species or 
groups of cultivars cannot be genetically crossed. 
Sometimes this is because of natural polyploidy, 
when plant cells carry extra copies of some or all of 
the chromosomes, or because of inversions of DNA 
within chromosomes. In cases where cross-fertiliza- 
tion has occurred, “embryo rescue” may be used to 
remove hybrid embryos from the ovules and culture 
them on artificial media. 


Pollen mother-cells in the anthers of some species 
have been treated with colchicine, to generate nuclei 
with double the haploid chromosome number, thus 
producing diploid plants that are genetically-identical 
to the haploid pollen. The use of colchicine to induce 
polyploidy in dividing vegetative cells first became 
popular in the 1940s, but tetraploids generated from 
diploids tend to mask recessive alleles. Generating 
diploids from haploids doubles all of the existing 
recessive alleles, and thereby guarantees the expres- 
sion of the recessive characters of the pollen source. 


Somatic hybridization 


In other difficult cases, the barriers to sexual 
crossing can sometimes be overcome by preparing 
protoplasts from vegetative (somatic) tissues from 
two sources. This involves treatment with cell-wall 
degrading enzymes, after which the protoplasts are 
encouraged to fuse by incubation in an optimal con- 
centration of polyethylene glycol. A successful fusion 
of protoplasts from the two donors produces a new 
protoplast that is a somatic hybrid. Using tissue cul- 
tures, such cells can, in some cases, be induced to 
develop into new plants. 


Somatic fusion is of particular interest for charac- 
ters related to the chloroplast or mitochondrion. These 
plastids contain some genetic information in their spe- 
cific, non-nuclear DNA, which is responsible for the 
synthesis of a number of essential proteins. In about 
two-thirds of the higher plants, plastids with their DNA 
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are inherited in a “maternal” fashion-the cytoplasm of 
the male gamete is discarded after fusion of the egg and 
sperm cells. In contrast, in the minority of plants with 
biparental inheritance of plastid DNA, or when fusion 
of somatic protoplasts occurs, there is a mixing of the 
plastids from both parents. In this way, there is a 
potential for new plastid-nucleus combinations. 


For chloroplasts, one application of plastid fusion 
is in the breeding of resistance to the effects of triazine 
herbicides. For mitochondria, an application relevant 
to plant breeding is in the imposition of male sterility. 
This is a convenient character when certain plants are to 
be employed as female parents for a hybrid cross. The 
transfer of male-sterile cytoplasm in a single step can 
avoid the need for several years of backcrosses to attain 
the same condition. Somatic hybridization has been 
used successfully to transfer male sterility in rice, carrot, 
rapeseed (canola), sugar beet, and citrus. However, this 
character can be a disadvantage in maize, where male 
sterility simultaneously confers sensitivity to the blight 
fungus, Helminthosporium maydis. This sensitivity can 
lead to serious losses of maize crops. 


Somaclonal variation 


Replicate plant cells or protoplasts that are 
placed under identical conditions of tissue culture 
do not always grow and differentiate to produce 
identical progeny (clones). Frequently, the genetic 
material becomes destabilized and reorganized, so 
that previously-concealed characters are expressed. 
In this way, the tissue-culture process has been used 
to develop varieties of sugar cane, maize, rapeseed, 
alfalfa, and tomato that are resistant to the toxins 
produced by a range of parasitic fungi. This process 
can be used repeatedly to generate plants with multi- 
ple disease resistance, combined with other desirable 
characters. 


Genetic engineering 


The identification of numerous mutations affect- 
ing plant morphology has allowed the construction of 
genetic linkage maps for all major cultivated species. 
These maps are constantly being refined. They serve as 
a guide to the physical location of individual genes on 
chromosomes. 


DNA sequencing of plant genomes has shown 
that gene expression is controlled by distinct “pro- 
moter” regions of DNA. It is now possible to position 
genes under the control of a desired promoter, to 
ensure that the genes are expressed in the appropriate 
tissues. For example, the gene for a bacterial toxin (Bt) 
(from Bacillus thuringiensis) that kills insect larvae 
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KEY TERMS 


Allele—Any of two or more alternative forms of a gene 
that occupy the same location on a chromosome. 


Antibiotic—A compound produced by a microor- 
ganism that kills other microorganisms or retards 
their growth. Genes for antibiotic resistance are 
used as markers to indicate that successful gene 
transfer has occurred. 


Biolistics—The bombardment of small pieces of 
plant tissue with tungsten microprojectiles coated 
with preparations of DNA. 


Colchicine—An alkaloid compound derived from 
seeds and corms of the autumn crocus (Colchicum 
autumnale). Colchicine has the ability to disrupt the 
cell cycle, causing a doubling of chromosome num- 
bers in some plant cells. 

Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attributes. 
Cultivars are not sufficiently distinct in the genetic 
sense to be considered to be subspecies. 
Cytoplasmic inheritance—The transmission of the 
genetic information contained in plastids (chloro- 
plasts, mitochondria, and their precursors). In most 
flowering plants this proceeds through the egg cell 
alone, i.e., is maternal. 


Diploid—Possessing two complete sets of homolo- 
gous chromosomes (double the haploid number n, 
and designated as 2n). 

Dormancy—tThe inability to germinate (seeds) or 
grow (buds), even though environmental conditions 
are adequate to support growth. 
Electroporation—The induction of transient pores in 
the plasmalemma by pulses of high voltage electric- 
ity, in order to admit pieces of DNA. 


might be placed next to a leaf-development promoter 
sequence, so that the toxin will be synthesized in any 
developing leaf. Although the toxin might account for 
only a small proportion of the total protein produced 
in a leaf, it is capable of killing larvae that eat the 
genetically-modified leaves. 


Vectors for gene transfer 


Agrobacterium tumefaciens and A. rhizogenes are 
soil bacteria that infect plant roots, causing crown gall 
or “hairy roots” diseases. Advantage has been taken 
of the natural ability of Agrobacterium to transfer 
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Gametes—Specialized cells capable of fusion in 
the sexual cycle; female gametes are termed egg 
cells; male gametes may be zoospores or sperm 
cells. 


Gene—A discrete unit of inheritance, represented by 
a portion of DNA located on a chromosome. The 
gene is a code for the production of a specific kind of 
protein or RNA molecule, and therefore for a specific 
inherited characteristic. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. (designated n), as in the gametes 
of a plant that is diploid (2n). 


Hybrid—A hybrid plant is derived by crossing 
two distinct parents, which may be different spe- 
cies of the same genus, or varieties of the same 
species. Many plant hybrids are infertile and 
must therefore be maintained by vegetative 
propagation. 

Plasmid—A specific loop of bacterial DNA located 
outside the main circular chromosome in a bacterial 
cell. 


Polyploidy—The condition where somatic cells 
have three or more sets of n chromosomes (where n 
is the haploid number). Functional ploidy is unusual 
in plants above the level of tetraploid (4n). 


Transgenic plant—A plant that has successfully 
incorporated a transferred gene or constructed 
piece of DNA into its nuclear or plastid genomes. 


Zygote—tThe cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 


plasmid DNA into the nuclei of susceptible plant cells. 
Agrobacterium cells with a genetically-modified plas- 
mid,containing a gene for the desired trait and a marker 
gene, usually conferring antibiotic resistance, are incu- 
bated with protoplasts or small pieces of plant tissue. 
Plant cells that have been transformed by the plasmid 
can be selected on media containing the antibiotic, and 
then cultured to generate new, transgenic plants. 


Many plant species have been transformed by this 
procedure, which is most useful for dicotyledonous 
plants. The gene encoding Bt, as well as genes confer- 
ring resistance to viral diseases, have been introduced 
into plants by this method. 
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Direct gene transfer 


Two methods have been developed for direct gene 
transfer into plant cells—electroporation and biolistics. 
Electroporation involves the use of high-voltage elec- 
tric pulses to induce pore formation in the membranes 
of plant protoplasts. Pieces of DNA may enter 
through these temporary pores, and sometimes proto- 
plasts will be transformed as the new DNA is stably 
incorporated (i.e., able to be transmitted in mitotic cell 
divisions). New plants are then derived from cultured 
protoplasts. This method has proven valuable for 
maize, rice, and sugar cane, species that are outside 
the host range for vector transfer by Agrobacterium. 


Biolistics refers to the bombardment of plant tis- 
sues with microprojectiles of tungsten coated with the 
DNA intended for transfer. Surprisingly, this works. 
The size of the particles and the entry velocity must be 
optimized for each tissue, but avoiding the need to 
isolate protoplasts increases the potential for regener- 
ating transformed plants. Species that cannot yet be 
regenerated from protoplasts are clear candidates for 
transformation by this method. 


Genetically modified plants 


In 1992, a tomato with delayed ripening became 
the first genetically modified (GM) commercial food 
crop. More than 40 different GM crops are now being 
grown commercially. GM corn and cotton contain 
bacterial genes that kill insects and confer herbicide- 
resistance on the crops. GM squash contains viral 
genes that confer resistance to viruses. Potatoes carry 
the Bt gene to kill the Colorado potato beetle and a 
viral gene that protects the potato from a virus spread 
by aphids. Mauve-colored carnations carry a petunia 
gene required for making blue pigment. In many cases, 
GM crops result in increased yields and reduced use of 
pesticides. New research is focused on producing GM 
foods containing increased vitamins and human or 
animal vaccines. 


GM crops are very controversial. There is concern 
that the widespread dissemination of the Bt gene will 
cause insects to become resistant. It has been reported 
that pollen from Bt corn is toxic to the caterpillars of 
monarch butterflies. It also is possible that GM crops 
will interbreed with wild plants, resulting in “super- 
weeds” resistant to herbicides. There is also concern 
that the antibiotic-resistance genes, used as markers 
for gene transfer, may be passed from the plants to 
soil microorganisms or bacteria in humans who eat 
the food. Finally, the possibility of allergic reactions to 
the new compounds in food exists. Many countries have 
banned the production and importation of GM crops. 
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See also Gene; Genetic engineering; Graft; Plant 
diseases. 
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| Plant diseases 


Like human beings and other animals, plants are 
subject to diseases. In order to maintain a sufficient 
food supply for the world’s population, it is necessary 
for those involved in plant growth and management to 
find ways to combat plant diseases that are capable of 
destroying crops on a large scale. There are many 
branches of science that participate in the control of 
plant diseases. Among them are biochemistry, bio- 
technology, soil science, genetics and plant breeding, 
meteorology, mycology (fungi), nematology (nemato- 
des), virology (viruses), and weed science. Chemistry, 
physics, and statistics also play a role in the scientific 
maintenance of plant health. The study of plant dis- 
eases is called plant pathology. 


The most common diseases of cultivated plants 
are bacterial wilt, chestnut blight, potato late blight, 
rice blast, coffee rust, stem rust, downy mildew, ergot, 
root knot, and tobacco mosaic. This is a small list of 
the more than 50,000 diseases that attack plants. 
Diseases can be categorized as annihilating, devastat- 
ing, limiting, or debilitating. As the term suggests, 
annihilating diseases can totally wipe out a crop, 
whereas a devastating plant disease may be severe for 
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a time and then subside. Debilitating diseases weaken 
crops when they attack them successively over time 
and limiting diseases reduce the viability of growing 
the target crop, thereby reducing its economic value. 
Plant diseases are identified by both common and 
scientific names. The scientific name identifies both 
the genus and the species of the disease-causing agent. 


For the past 50 years, the ability to combat plant 
diseases through the use of modern farm management 
methods, fertilization of crops, irrigation techniques, 
and pest control have made it possible for the United 
States to produce enough food to feed its population 
and to have surpluses for export. However, the use of 
pesticides, fungicides, herbicides, fertilizers and other 
chemicals to control plant diseases and increase crop 
yields also poses significant environmental risks. Air, 
water, and soil can become saturated with chemicals 
that can be harmful to human and ecosystem health. 


History of plant pathology 


While early civilizations were well aware that 
plants were attacked by diseases, it was not until the 
invention of the first microscope that people began to 
understand the real causes of these diseases. There are 
references in the Bible to blights, blasts, and mildews. 
Aristotle wrote about plant diseases in 350 BC and 
Theophrastus (372-287 BC) theorized about cereal 
and other plant diseases. During the Middle Ages in 
Europe, ergot fungus infected grain and Shakespeare 
mentions wheat mildew in one of his plays. 


After Anton von Leeuwenhoek constructed a 
microscope in 1683, he was able to view organisms, 
including protozoa and bacteria, not visible to the 
naked eye. In the eighteenth century, Duhumel de 
Monceau described a fungus disease and demon- 
strated that it could be passed from plant to plant, 
but his discovery was largely ignored. About this same 
time, nematodes were described by several English 
scientists and by 1755 the treatment of seeds to prevent 
a wheat disease was known. 


In the nineteenth century, Ireland suffered a dev- 
astating potato famine due to a fungus that caused late 
blight of potatoes. At this time, scientists began to take 
a closer look at plant diseases. Heinrich Anton 
DeBary, known as the father of modern plant pathol- 
ogy, published a book identifying fungi as the cause of 
a variety of plant diseases. Until this time, it was 
commonly believed that plant diseases arose sponta- 
neously from decay and that the fungi were caused by 
this spontaneously generated disease. DeBary sup- 
planted this theory of spontaneously generated dis- 
eases with the germ theory of disease. Throughout 
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the rest of the nineteenth century scientists working 
in many different countries, including Julian Gotthelf 
Kiihn, Oscar Brefeld, Robert Hartig, Thomas J. 
Burrill, Robert Koch, Louis Pasteur, R. J. Petri, 
Pierre Millardet, Erwin F. Smith, Adolph Mayer, 
Dimitri Ivanovski, Martinus Beijerinck, and Hatsuzo 
Hashimoto, made important discoveries about spe- 
cific diseases that attacked targeted crops. 


During the twentieth century advances were made 
in the study of nematodes. In 1935 W. M. Stanley was 
awarded a Nobel Prize for his work with the tobacco 
mosaic virus. By 1939, virus particles could be seen 
under the new electron microscope. In the 1940s fungi- 
cides were developed and in the 1950s nematicides were 
produced. In the 1960s Japanese scientist Y. Doi dis- 
covered mycoplasmas, organisms that resemble bacte- 
ria but lack a rigid cell wall, and in 1971, T. O. Diener 
discovered viroids, organisms smaller than viruses. 


Causes of plant disease 


Plant diseases can be infectious (transmitted from 
plant to plant) or noninfectious. Noninfectious diseases 
are usually referred to as disorders. Common plant 
disorders are caused by deficiencies in plant nutrients, 
by waterlogged or polluted soil, and by polluted air. 
Too little (or too much) water or improper nutrition 
can cause plants to grow poorly. Plants can also be 
stressed by weather that is too hot or too cold, by too 
little or too much light, and by heavy winds. Pollution 
from automobiles and industry, and the excessive 
application of herbicides (for weed control) can also 
cause noninfectious plant disorders. 


Infectious plant diseases are caused by pathogens, 
living microorganisms that infect a plant and deprive 
it of nutrients. Bacteria, fungi, nematodes, mycoplas- 
mas, viruses and viroids are the living agents that 
cause plant diseases. Nematodes are the largest of 
these agents, while viruses and viroids are the smallest. 
None of these pathogens are visible to the naked eye, 
but the diseases they cause can be detected by the 
symptoms of wilting, yellowing, stunting, and abnor- 
mal growth patterns. 


Bacteria 


Some plant diseases are caused by rod-shaped bac- 
teria. The bacteria enter the plant through natural 
openings, like the stomata of the leaves, or through 
wounds in the plant tissue. Once inside, the bacteria 
plug up the plant’s vascular system (the vessels that 
carry water and nutrients) and cause the plant to wilt. 
Other common symptoms of bacterial disease include 
rotting and swollen plant tissues. Bacteria can be spread 
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by water, insects, infected soil, or contaminated tools. 
Bacterial wilt attacks many vegetables including corn 
and tomatoes, and flowers. Crown gall, another bacte- 
rial plant disease, weakens and stunts plants in the rose 
family and other flowers. Fireblight attacks apple, pear, 
and many other ornamental and shade trees. 


Fungi 


About 80% of plant diseases can be traced to 
fungi, which have a great capacity to reproduce them- 
selves both sexually and asexually. Fungi can grow on 
living or dead plant tissue and can survive in a dor- 
mant stage until conditions become favorable for their 
proliferation. They can penetrate plant tissue or grow 
on the plant’s surface. Fungal spores, which act like 
seeds, are spread by wind, water, soil, and animals to 
other plants. Warm, humid conditions promote fungal 
growth. While many fungi play useful roles in plant 
growth, especially by forming mycorrhizal associa- 
tions with the plant’s roots, others cause such common 
plant diseases as anthracnose, late blight, apple scab, 
club root, black spot, damping off, and powdery mil- 
dew. Many fungi can attack are variety of plants, but 
some are specific to particular plants. 


The list of fungi and the plants they infect is a long 
one. Black spot attacks roses, while brown rot dam- 
ages stone fruits. Damping off is harmful to seeds and 
young plants. Downy mildew attacks flowers, some 
fruits, and most vegetables. Gray mold begins on plant 
debris and then moves on to attack flowers, fruits, and 
vegetables. Oak root fungus and oak wilt are partic- 
ularly damaging to oaks and fruit trees. Peach leaf curl 
targets peaches and nectarines. Powdery mildew, rust, 
sooty mold, and southern blight attack a wide variety 
of plants, including grasses. Texas root rot and water 
mold root rot can also infect many different plants. 
Verticillium wilt targets tomatoes, potatoes, and 
strawberries. 


Viruses and viroids 


The viruses and viroids that attack plants are the 
hardest pathogens to control. Destroying the infected 
plants is usually the best control method, since chem- 
icals to inactivate plant viruses and viroids have not 
proven effective. While more than 300 plant viruses 
have been identified, new strains continually appear 
because these organisms are capable of mutating. The 
symptoms of viral infection include yellowing, stunted 
growth in some part of the plant, and plant malforma- 
tions like leaf rolls and uncharacteristically narrow 
leaf growth. The mosaic viruses can infect many 
plants. Plants infected with this virus have mottled or 
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streaked leaves; infected fruit trees produce poor fruit 
and a small yield. 


Nematodes 


Nematodes are tiny microscopic animals with 
wormlike bodies and long, needlelike structures called 
stylets that suck nutrients from plant cells. They lay 
eggs that hatch as larvae and go through four stages 
before becoming adults. Nematodes have a 30-day life 
cycle, but they can remain in a dormant state for more 
than 30 years. Nematicides are chemicals used to con- 
trol nematode infestations. Marigolds are resistant to 
nematodes and are often planted to help eliminate 
them from infected soil. 


Nematodes primarily attack plant roots, but they 
may also destroy other parts of the plant either inter- 
nally or externally. They thrive in warm, sandy, moist 
soil and attack a variety of plants including corn, 
lettuce, potatoes, tomatoes, alfalfa, rye, and onions. 
However, all nematodes are not harmful to plants. 
Some are actually used to control other plant pests 
such as cutworms, armyworms, and beetle grubs. 


Other causes of plant diseases 


Mycoplasmas are single-celled organisms that 
lack rigid cell walls and are contained within layered 
cell membranes. They are responsible for the group of 
plant diseases called yellow diseases and are spread by 
insects such as the leafhopper. 


Parasitic plants, such as mistletoe, cannot get their 
nutrients from the soil, but must attach themselves to 
other plants and use nutrients from the host plant to 
survive. They weaken the wood of their host trees and 
deform the branches. 


Disease cycles 


An equilateral disease triangle is often used to 
illustrate the conditions required for plant diseases to 
occur. The base of the triangle is the host and the two 
equal sides represent the environment and the patho- 
gen. When all three factors combine, then disease can 
occur. Pathogens need plants in order to grow because 
they cannot produce their own nutrients. When a 
plant is vulnerable to a pathogen and the environmen- 
tal conditions are right, the pathogen can infect the 
plant causing it to become diseased. 


Plant disease control is achieved by changing the 
host plant, by destroying the pathogen or by changing 
the plant’s environment. The key to success in growing 
plants, whether in the home garden or commercially, is 


3377 


Saseasip Jue] d 


Plant diseases 


to change one or more of the three factors necessary to 
produce disease. Disease-resistant plants and enrich- 
ment of soil nutrients are two ways of altering the 
disease triangle. 


Weather is one environmental factor in the plant 
disease triangle that is impossible to control. When 
weather conditions favor the pathogen and the plant 
is susceptible to the pathogen, disease can occur. 
Weather forecasting provides some help; satellites 
monitor weather patterns and provide farmers with 
some advance warning when conditions favorable to 
disease development are likely to occur. Battery- 
powered microcomputers and microenvironmental 
monitors are place in orchards or fields to monitor 
temperature, rainfall, light levels, wind, and humidity. 
These monitors provide farmers with information that 
helps them determine the measures they need to take 
to reduce crop loss due to disease. 


Control 


Control of plant disease begins with good soil 
management. The best soil for most plants is loamy, 
with good drainage and aeration. This minimizes 
diseases that attack the roots and allows the roots to 
feed nutrients from the soil to the rest of the plant. 
Organic methods, such as the addition of compost, 
can improve soil quality, and fertilizers can be added 
to the soil to enrich the nutrient base. Soil pH meas- 
ures the degree of acidity or alkalinity of the soil. 
Gardeners and farmers must be aware of the pH 
needs of their plants, since the right pH balance can 
help reduce susceptibility to disease, especially root 
diseases like club root or black root rot. 


Other important factors in the control of plant 
disease are the selection of disease-resistant plants 
(cultivars), proper watering, protection of plants 
from extreme weather conditions, and rotation of 
crops. Disposal of infected plants is important in the 
control of diseases, as is the careful maintenance of 
tools and equipment used in farming and gardening. 
Many plant diseases can easily be spread by hand 
and by contact with infected tools, as well as by 
wind, rain, and soil contamination. Plant diseases 
can also be spread by seeds, and by transplants and 
cuttings; careful attention to the presence of disease in 
seeds, transplants, and cuttings can avoid the spread 
of pathogens. 


Crop rotation is an important part of reducing 
plant diseases. Pathogens that favor a specific crop 
are deprived of their preferred host when crops are 
rotated. This reduces the virulence of the pathogen 
and is a natural way to reduce plant disease. Soil 
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KEY TERMS 


Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attrib- 
utes. Cultivars are not sufficiently distinct in the 
genetic sense to be considered to be subspecies. 


Disease triangle—The presence of a host plant, 
favorable environment, and a pathogen that is 
capable of causing disease. 


Infectious plant diseases—Disease caused by liv- 
ing agents (pathogens) that are able to spread to 
healthy plants. 


Noninfectious plant diseases—Usually called plant 
disorders, these conditions are caused by nonliving 
agents, such as soil pH, pesticides, fertilizers, pol- 
lution, or soil contamination. 


Pathogen—An organism able to cause disease in a 
host. 


Plant pathology—tThe study of plant diseases. 


solarization is another natural method used by gar- 
deners to reduce diseases. 


Barriers or chemical applications to eliminate 
pests that may carry pathogens to plants are another 
method of disease control. The use of chemical pesti- 
cides has become standard practice among home gar- 
deners and commercial growers alike. Among the 
organic chemicals used today are copper, lime-sulfur, 
Bordeaux mixture, fungicidal soap, and sulfur. After 
World War IH, DDT, a synthetic insecticide, was used 
to destroy plant pests. Today, the use of this and a 
number of other pesticides has been banned or 
restricted because they were found to present hazards 
to the health of human, wildlife, and the environment. 


See also Rusts and smuts. 
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l Plant pigment 


A plant pigment is any type of colored substance 
produced by a plant. In general, any chemical com- 
pound which absorbs visible radiation between about 
380 nm (violet) and 760 nm (ruby-red) is considered a 
pigment. There are many different plant pigments, and 
they are found in different classes of organic com- 
pounds. Plant pigments give color to leaves, flowers, 
and fruits and are also important in controlling photo- 
synthesis, growth, and development. 


Absorption of radiation 


An absorption spectrum is a measure of the wave- 
lengths of radiation that a pigment absorbs. The selec- 
tive absorption of different wavelengths determines 
the color of a pigment. For example, the chlorophylls 
of higher plants absorb red and blue wavelengths, but 
not green wavelengths, and this gives leaves their char- 
acteristic green color. 


The molecular structure of a pigment determines 
its absorption spectrum. When a pigment absorbs 
radiation, it is excited to a higher energy state. A pig- 
ment molecule absorbs some wavelengths and not 
others simply because its molecular structure restricts 
the energy states which it can enter. 


Once a pigment has absorbed radiation and is 
excited to a higher energy state, the energy in the pig- 
ment has three possible fates: (a) it can be emitted as 
heat, (b) it can be emitted as radiation of lower energy 
(longer wavelength), or (c) it can engage in photo- 
chemical work, i.e., produce chemical changes. 
Flavonoids, carotenoids, and betalains are plant pig- 
ments which typically emit most of their absorbed 
light energy as heat. In contrast, chlorophyll, phyto- 
chrome, rhodopsin, and phycobilin are plant pigments 
which use much of their absorbed light energy to 
produce chemical changes within the plant. 


Chlorophylls 


The chlorophylls are used to drive photosynthesis 
and are the most important plant pigments. 
Chlorophylls occur in plants, algae, and photosynthetic 
bacteria. In plants and algae, they are located in the 
inner membranes of chloroplasts, organelles (mem- 
brane enclosed structures) within plant cells which per- 
form photosynthesis. Photosynthesis uses the light 
energy absorbed by chlorophylls to synthesize carbo- 
hydrates. All organisms on earth depend upon photo- 
synthesis for food, either directly or indirectly. 
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Chemists have identified more than 1,000 differ- 
ent, naturally occurring chlorophylls. All chlorophylls 
are classified as metallo-tetrapyrroles. A pyrrole is a 
molecule with four carbonatoms and one nitrogen 
atom arranged in a ring; a tetrapyrrole is simply four 
pyrroles joined together. In all chlorophylls, the four 
pyrrole rings are themselves joined into a ring. Thus, 
the chlorophyll molecule can be considered as a “ring 
of four pyrrole rings.” A metal ion, such as magne- 
sium, is in the center of the tetrapyrrole ring and a long 
hydrocarbon chain, termed a phytol tail, is attached to 
one of the pyrroles. The phytol tail anchors the chlor- 
ophyll molecule to an inner membrane within the 
chloroplast. 


The different types of chlorophylls absorb different 
wavelengths of light. Most plants use several photo- 
synthetic pigments with different absorption spectra, 
allowing use of a greater portion of the solar spectrum 
for photosynthesis. Chlorophyll-a is present in higher 
plants, algae, cyanobacteria, and chloroxybacteria. 


Higher plants and some groups of algae also have 
chlorophyll-b. Other algae have chlorophyll-c or chlor- 
ophyll-d. There are also numerous types of bacterio- 
chlorophylls found in the photosynthetic bacteria. 


Carotenoids 


Carotenoids are yellow, orange, or red pigments 
synthesized by many plants, fungi, and bacteria. In 
plants, carotenoids can occur in roots, stems, leaves, 
flowers, and fruits. Within a plant cell, carotenoids 
are found in the membranes of plastids, organelles 
surrounded by characteristic double membranes. 
Chloroplasts are the most important type of plastid 
and they synthesize and store carotenoids as well as 
perform photosynthesis. Two of the best known caro- 
tenoids are Beta-carotene and lycopene. Beta-carotene 
gives carrots, sweet potatoes, and other vegetables their 
orange color. Lycopene gives tomatoes their red color. 
When a human eats carrots or other foods containing 
carotenoids, the liver splits the carotenoid molecule in 
half to create two molecules of vitamin-A, an essential 
micro-nutrient. 


Chemists have identified about 500 different, nat- 
urally occurring carotenoids. Each consists of a long 
hydrocarbon chain with a 6-carbon ionone ring at 
each end. All carotenoids consist of 40 carbon atoms 
and are synthesized from eight 5-carbon isoprene sub- 
units connected head-to-tail. There are two general 
classes of carotenoids: carotenes and xanthophylls. 
Carotenes consist only of carbon and hydrogen 
atoms; beta-carotene is the most common carotene. 
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Xanthophylls have one or more oxygen atoms; lutein 
is one of the most common xanthophylls. 


Carotenoids have two important functions in 
plants. First, they can contribute to photosynthesis. 
They do this by transferring some of the light energy 
they absorb to chlorophylls, which then use this energy 
to drive photosynthesis. Second, they can protect plants 
which are over-exposed to sunlight. They do this by 
harmlessly dissipating excess light energy which they 
absorb as heat. In the absence of carotenoids, this 
excess light energy could destroy proteins, membranes, 
and other molecules. Some plant physiologists believe 
that carotenoids may have an additional function as 
regulators of certain developmental responses in plants. 


Flavonoids 


Flavonoids are widely distributed plant pigments. 
They are water soluble and commonly occur in 
vacuoles, membrane-enclosed structures within cells 
which also store water and nutrients. 


Interestingly, light absorption by other photore- 
ceptive plant pigments, such as phytochrome and fla- 
vins, induces synthesis of flavonoids in many species. 
Anthocyanins are the most common class of flavo- 
noids and they are commonly orange, red, or blue in 
color. Anthocyanins are present in flowers, fruits, and 
vegetables. Roses, wine, apples, and cherries owe their 
red color to anthocyanins. In the autumn, the leaves of 
many temperate zone trees, such as red maple (Acer 
rubrum), change color due to synthesis of anthocya- 
nins and destruction of chlorophylls. 


Chemists have identified more than 3,000 natu- 
rally occurring flavonoids. Flavonoids are placed into 
12 different classes, the best known of which are the 
anthocyanins, flavonols, and flavones. All flavonoids 
have 15 carbon atoms and consist of two 6-carbon 
rings connected to one another by a carbon ring 
which contains an oxygen atom. Most naturally 
occurring flavonoids are bound to one or more sugar 
molecules. Small changes in a flavonoid’s structure 
can cause large changes in its color. 


Flavonoids often occur in fruits, where they 
attract animals which eat the fruits and disperse 
the seeds. They also occur in flowers, where they 
attract insect pollinators. Many flavones and flavo- 
nols absorb radiation most strongly in the ultraviolet 
(UV) region and form special UV patterns on flowers 
which are visible to bees but not humans. Bees use 
these patterns, called nectar guides, to find the flower’s 
nectar which they consume in recompense for polli- 
nating the flower. UV-absorbing flavones and 
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flavonols are also present in the leaves of many spe- 
cies, where they protect plants by screening out harm- 
ful ultraviolet radiation from the sun. 


Phytochrome 


Phytochrome is a blue-green plant pigment which 
regulates plant development, including seed germina- 
tion, stem growth, leaf expansion, pigment synthesis, 
and flowering. Phytochrome has been found in most of 
the organs of seed plants and free-sporing plants. It has 
also been found in green algae. Although phytochrome 
is an important plant pigment, it occurs in very low 
concentrations and is not visible unless chemically puri- 
fied. In this respect, it is different from chlorophylls, 
carotenoids, and flavonoids. 


Phytochrome is a protein attached to an open 
chain tetrapyrrole (four pyrrole rings). The phyto- 
chrome gene has been cloned and sequenced and 
many plants appear to have five or more different 
phytochrome genes. The phytochrome tetrapyrrole 
absorbs the visible radiation and gives phytochrome 
its characteristic blue-green color. Phytochrome exists 
in two inter-convertible forms. The red absorbing 
form (Pr) absorbs most strongly at about 665 nm and 
is blue in color. The far-red absorbing form (Pfr) 
absorbs most strongly at about 730 nm and is green in 
color. When Pr absorbs red light, the structure of the 
tetrapyrrole changes and Pfr is formed; when Pfr 
absorbs far-red light, the structure of the tetrapyrrole 
changes and Pr is formed. Natural sunlight is a mixture 
of many different wavelengths of light, so plants in 
nature typically have a mixture of Pr and Pfr within 
their cells which is constantly being converted back 
and forth. 


There are three types of phytochrome reactions 
which control plant growth and development. The 
“very low fluence responses” require very little light, 
about one second of sunlight; the “low fluence 
responses” require an intermediate amount of light, 
about one sound of sunlight; and the “high irradiance 
responses” require prolonged irradiation, many minutes 
to many hours of sunlight. 


The low fluence responses exhibit red/far-red rever- 
sibility and are the best characterized type of response. 
For example, in the seeds of many species, a brief flash 
of red light (which forms Pfr) promotes germination 
and a subsequent flash of far-red light (which forms Pr) 
inhibits germination. When seeds are given a series of 
red and far-red light flashes, the color of the final flash 
determines the response. If it is red, they germinate; if it 
is far-red, they remain dormant. 
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KEY TERMS 


Chloroplast—Green organelle in higher plants and 
algae in which photosynthesis occurs. 


Isoprene—Five-carbon molecule with the chemi- 
cal formula CH»C(CH3)CHCH>. 


Organelle—Membrane-enclosed structure within 
a cell which has specific functions. 


Photosynthesis—Biological conversion of light 
energy into chemical energy. 


Plastid—Organelle surrounded by a double mem- 
brane which may be specialized for photosynthesis 
(chloroplast), storage of pigments (chromoplast) or 
other functions. 


Vacuole—Membrane-enclosed structure within 
cells which store pigments, water, nutrients, and 
wastes. 


Additional plant pigments 


Phycobilins are water soluble photosynthetic pig- 
ments. They are not present in higher plants, but do 
occur in red algae and the cyanobacteria, a group of 
photosynthetic bacteria. 


Betalains are red or yellow pigments which are 
synthesized by plants in 10 different families. 
Interestingly, none of the species which have betalains 
also produce anthocyanins, even though these two 
pigments are unrelated. 


Flavins are orange-yellow pigments often associ- 
ated with proteins. Some flavins are specialized for 
control of phototropism and other developmental 
responses of plants. Like phytochrome, flavins occur 
in low concentrations and cannot be seen unless 
purified. 


Rhodopsin is a pigment which controls light-regu- 
lated movements, such as phototaxis and photokine- 
sis, in many species of algae. Interestingly, humans 
and many other animals also use rhodopsin for vision. 
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| Plasma 


Plasma is defined differently depending on whether 
one is involved with chemistry or physics. In chemistry, 
it is the fluid part of blood; while in physics, it is ionized 
gas. Both descriptions will be discussed in more detail 
below. 


Chemistry 


Plasma is the liquid (fluid) portion of blood which 
is about 90% water and transports nutrients, wastes, 
antibodies, ions, hormones, and other molecules 
throughout the body. Humans typically have about 
1.3 to 1.5 gal (5 to 6 1) of blood, which is about 55% 
plasma and 45% cells—tred blood cells, white blood 
cells, and platelets. The plasma of humans and other 
vertebrates is nearly colorless, since the red color of 
hemoglobin is sequestered inside red blood cells. In 
contrast, many invertebrates have hemoglobin or 
hemocyanin carried directly in their plasma, so that 
their plasma is red, green, or blue. 


Proteins make up about 8% by weight of human 
plasma. Humans have over 60 different proteins in 
their plasma, but the major ones are albumins, glob- 
ulins, and fibrinogen. Albumins constitute about half 
(by weight) of all plasma protein and are important 
as carriers of ions, fatty acids, and other organic mol- 
ecules. The most important class of globulins is the 
immunoglobulins, which are the antibodies that 
defend the body against attack by foreign organisms. 
Fibrinogen is a plasma protein important in the for- 
mation of blood clots following damage to a blood 
vessel. In clotting, fibrinogen is converted into fibrin 
and the fibrin molecules form an insoluble polymer, 
a blood clot. Additional plasma proteins serve as 
carriers for lipids, hormones, vitamins and other 
molecules. 


Ions make up only about 1% by weight of human 
plasma. However, they are the major contributors to 
plasma molarity, since their molecular weights are 
much less than those of proteins. Thus, ions are impor- 
tant in preventing blood cells from bursting by taking 
up excess water in osmosis. Sodium chloride (NaCl) 
constitutes more than 65% of the plasma ions. 
Bicarbonate, potassium, calcium, phosphate, sulfate, 
and magnesium are other plasma ions. The kidneys 
regulate the levels of plasma ion concentrations. 


Plasma is also a transport medium for nutrients 
and wastes. The nutrients include amino acids (used to 
synthesize proteins), glucose (an energy source), and 
fatty acids (an energy source). The plasma transorts 
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waste products such as urea and uricacid to the kid- 
neys, where they are excreted. 


Cholesterol and cholesterol esters are also present 
in plasma. Cholesterol is used as an energy source, as a 
metabolic precursor for the synthesis of steroid hor- 
mones, and is incorporated in cell membranes. Excess 
cholesterol and saturated fatty acids in the plasma can 
be deposited in arteries and can lead to arteriosclerosis 
(hardening of the arteries) and to heart disease. 


The plasma of vertebrates also contains dissolved 
gases. Most of the oxygen in blood is bound to hemo- 
globin inside the red blood cells but some oxygen is 
dissolved directly in the plasma. Additional plasma 
gases include carbon dioxide (which forms bicarbon- 
ate ions) and nitrogen (which is inert). 


Physics 


The term plasma refers to a condition of matter 
sufficiently different from solids, liquids, and gases 
to have earned its own description: the fourth state 
of matter. The state develops when a gas is heated to 
such a high temperature that all atoms in the gas are 
ionized. In this state, matter consists of positively 
charged ions and electrons in apparently random 
motion. The name plasma was given to this state by 
American chemist Irving Langmuir (1881-1957) in 
1920. Langmuir was one of the first modern scientists 
to study ionized gases. He called them plasma because 
they looked similar to blood plasma. 


The study of plasma-like materials actually goes 
as far back as the 1830s when English physicist 
Michael Faraday (1791-1867) passed electrical dis- 
charges through gases at low pressures. Faraday’s 
research was extended and expanded by English sci- 
entist Sir William Crookes (1832-1919) in the 1870s. 
Crookes was apparently the first scientist to suggest 
that the ionized gas within his glass tubes might be a 
fourth state of matter. 


Plasma research during the 1920s and 1930s was 
largely a matter of interest to astronomers. It was 
apparent that, at temperatures present in stars, matter 
almost certainly exists as plasma. Understanding the 
composition and properties of stars, therefore, required 
some understanding of the nature of plasma. 


Some of the earliest breakthroughs in plasma 
research were accomplished by Hannes Olof Gésta 
Alfvén (1808-1995), a Swedish astrophysicist. Alfvén 
developed a theory to explain the behavior of plasma in 
the presence of magnetic fields. His work forms the 
basis of the modern science known as magnetohydro- 
dynamics (MHD). For this research, Alfvén was 
awarded a share of the 1970 Nobel Prize for physics. 
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Research on nuclear fusion in the 1940s shifted the 
focus of plasma research from the stars to laboratories 
on the Earth. Nuclear fusion reactions—the combina- 
tion of two small nuclei to produce one larger 
nucleus—occur only at very high temperatures, 
greater than 18 million°F (10 million°C). At such tem- 
peratures, similar to those present in the core of a star, 
matter exists as a plasma. 


Scientists attempting to find ways to use fusion 
reactions as a practical source of energy discovered 
that trapping plasma inside magnetic fields was the 
best way to control such reactions. Finding the most 
practical method of achieving such controlled reac- 
tions, however, is an enormously difficult task, one 
that has still not been perfected after over a half cen- 
tury of research. 


One of the earliest suggestions for solving the prob- 
lem of plasma confinement was offered by Russian 
physicist Igor Evgenievich Tamm (1895-1971) in 
1950. Tamm outlined a model by which the magnetic 
field surrounds the plasma and “pinches” it together. 
Another approach was proposed by American astro- 
physicist Lyman Spitzer, Jr. (1914-1997). Spitzer’s 
interest in controlled fusion grew out of his earlier 
research on fusion reactions in the stars. His model 
calls for a twisting magnetic field to be wrapped around 
the hot plasma in an arrangement that came to be 
known as a stellerator. 


The most common mechanism for controlling 
plasma reactions today is called a tokamak, originally 
designed by Russian physicist Lev Andreevich 
Artsimovich (1909-1973) in the late 1950s. A tokamak 
consists of a toroidal (hollow, doughnut-shaped) tube 
in which the hot plasma is contained by a strong mag- 
netic field. Two tokamaks were built in the 1980s at 
Princeton University in the United States and another 
one in the U.S.S.R. (now called Russia). When these 
tokamaks release their energy, the temperature within its 
confinement chamber reaches three times the temper- 
ature of the Sun’s core. Two other more recently built 
tokamaks is the HT-7 ( Hefei Tokamak-7) in Hefei, 
China (completed in 1994), and the MAST (Mega 
Ampere Spherical Tokamak) in Culham, Oxfordshire, 
England (in operation since December 1999). 


l Plastic surgery 


Plastic surgery is the specialized branch of surgery 
concerned with repairing deformities, correcting func- 
tional deficits, and enhancing appearance. Unlike most 
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surgical specialties, plastic surgery is not confined to 
one specific area of the body. Also, plastic surgery can 
be done to reconstruct a deformed or damaged region, 
or can be done by choice as an attempt to alter ones’ 
appearance in a way that is thought to be more beau- 
tiful than prior to the surgery. 


History of plastic surgery 


The word plastic was first applied in 1818 to 
denote surgery largely concerned with the patient’s 
appearance. But, even before that time, physicians 
performed a number of reconstructive procedures on 
the noses and ear lobes of soldiers who were injured 
during battle. As far back as 25 BC to 50 AD, physi- 
cians were taking tissue from one part of the body and 
using it to correct physical defects in other areas. 
Much of the ancient pioneering efforts in plastic sur- 
gery took place in the ancient Arab and Hindu schools 
of medicine. 


During the early part of the sixteenth century, the 
Branca family in Sicily began practicing plastic sur- 
gery procedures, including using flaps or masses of 
tissue from patient’s arms to repair mutilated ears 
and lips. However, Gaspare Tagliacozzi of Bologna, 
Italy, is generally credited with initiating the modern 
era of plastic surgery during the latter half of the 
sixteenth century. 


After Tagliacozzi’s death in 1599, the art of plastic 
surgery languished for nearly two centuries, partly 
because many surgeons tried unsuccessfully to use 
donor flaps and skin from slaves and others. The 
transplantation of tissue between two individuals 
would not be successfully achieved until the second 
half of the twentieth century, when scientists learned 
more about differences in blood types and immune 
systems and the role these differences played in hin- 
dering transplantation of tissues between two people. 


A resurgence of interest in plastic surgery began in 
the nineteenth century with renewed interest in recon- 
struction of the nose, lips, and other areas of the 
human body. During this time, a number of surgeons 
throughout Europe refined techniques for performing 
a variety of procedures. One of the most beneficial was 
the development of skin grafting on humans in 1817 to 
repair burnt or scarred skin. 


The next major advances in plastic surgery would 
not take place until well into the next century, when 
various new flap techniques were developed in the 
1960s and 1970s. The first successful reattachment of 
a severed arm was accomplished in 1970. During the 
1970s, refinements in microsurgical techniques enabled 
surgeons to reattach minute nerves and blood vessels, 
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which allowed plastic surgery to become more intri- 
cate. It was during this time that cosmetic plastic sur- 
gery also began to bloom, as new techniques were 
refined to enhance physical appearances, including 
breast implants and face lifts. 


Reconstructive plastic surgery 


The primary aim of reconstructive plastic surgery 
is to restore the normal appearance and functioning of 
disfigured and/or impaired areas of the human body. 
Craniofacial reconstructive surgery, for example, 
focuses on face and skull defects. These defects may 
be congenital (birth) or due to trauma (an injury or 
wound). Craniofacial surgeons also reconstruct parts 
of the face deformed by cancer and other diseases. The 
cleft palate, a split in the bony roof of the mouth that 
usually runs from the front of the mouth to the back, is 
one of the most common birth defects corrected by 
craniofacial plastic surgery. 


Vascular, microvascular, and peripheral nerve 
surgery focuses on reestablishing the complex connec- 
tions of nerve and blood vessels that may have been 
severed or otherwise damaged. Plastic surgeons also 
transplant muscles and tendons from one part of the 
body to another to restore common functions such as 
walking or other activities that incorporate these ana- 
tomical structures. 


Skin grafting is a reconstructive surgical techni- 
que that transplants skin from one part of the body to 
another damaged area where the skin grows again. 
This technique is used to treat burned or otherwise 
damaged skin. 


Flaps are large masses of tissue that may include 
fat and muscle. Flaps are taken from one place on the 
body and then attached to another area. These oper- 
ations are much more complex than skin grafts 
because they involve the need to reestablish various 
vascular, or blood, connections. 


A pedicle flap graft involves connecting the tissue 
and/or muscle to the new site while keeping part of it 
attached to the original site. This technique maintains 
the old blood vessel connections until the flap natu- 
rally creates new connections (revascularization) at 
the transplanted site. For example, a mass of tissue 
on an undamaged finger can be partially peeled back 
and connected to an adjacent finger until revasculari- 
zation takes place. Then the flap can be totally severed 
from its original site. 


A free flap is when tissue or muscles are com- 
pletely severed from the body and then transplanted 
to the new site where the blood vessels are then 
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Plastic surgery 


reconnected surgically. An advantage of the free flap 
procedure is that the transplanted tissue can be taken 
from anywhere on the body and does not have to be in 
an area close to (or can be placed close to) the new site. 


The advancement of microsurgical techniques 
have greatly improved the success of free flap sur- 
gical procedures. Using a microscope, tiny needles, 
and nearly invisible thread, the surgeon can pains- 
takingly reconstruct the vascular web that supplies 
nourishment in the form of blood to the trans- 
planted tissues. 


Aesthetic plastic surgery 


Aesthetic plastic surgery procedures are as varied 
as the many areas of the body they seek to enhance. 
They range from reshaping the nose and enlarging 
women’s breasts to hair transplants for balding men 
and liposuction to remove unwanted fat from the body. 
For many years aesthetic plastic surgery, popularly 
known as cosmetic surgery, was held in low esteem by 
many within the plastic surgery field. This disdain was 
largely because aesthetic surgery was generally not a 
necessary procedure based on medical need or gross 
deformity, but rather on the patient’s vanity or desire 
to have his or her looks surgically enhanced. 


Today, hundreds of thousands of aesthetic plastic 
surgery procedures are conducted each year. Many of 
the operations are outpatient procedures, meaning 
they require no hospitalization overnight. However, 
the complexity of the procedures vary. Breast enlarge- 
ments, for example, are made with a simple incision in 
the breast in which a bag like structure filled with 
either silicone or saline is inserted and sewn into 
place. Facelifts, on the other hand, involve cutting 
the skin from the hairline to the back of the ear. The 
loosened skin can then be stretched upward from the 
neck and stitched together for a tighter, wrinkle free 
appearance. Another aesthetic surgery for facial skin 
is called skin peeling, which is used primarily on 
patients with scarred faces due to acne or some other 
disease. A surgical skin peel involves removal of the 
skin’s surface layers with mechanical devices that 
scrape off the skin or grind it down. 


If a person desires a new nose, they can undergo a 
procedure that involves making incisions inside the nose 
to reduce scarring and then breaking and reshaping the 
nasal bone. Another facial cosmetic surgery is the eyelid 
tuck, which removes fleshy bags under the eyes. 


In recent years, a cosmetic surgery called liposuc- 
tion has rapidly grown in popularity. Developed in 
France, this procedure involves removing fat from 
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KEY TERMS 


Aesthetic surgery—Surgery designed primarily to 
enhance or improve the looks of an individual who 
may not have a gross deformity or physical impair- 
ment. This type of surgery is often referred to as 
cosmetic surgery. 


Craniofacial—Having to do with the face and skull. 
Flap—A mass of tissue used for transplantation. 


Graft—Bone, skin, or other tissue taken from one 
place on the body (or, in some cases, from another 
body), and then transplanted to another place 
where it begins to grow again. 


Reconstructive surgery—Surgery designed to 
restore the normal appearance and functioning of 
disfigured and/or impaired areas of the human 
body. 

Transplantation—Moving cells or tissues from their 
point of origin in one organism to a secondary site 
in the same or a different organism. 


specific areas of the body by vacuuming it out through 
a long metal probe that is connected to a pump. 


Drawbacks to aesthetic surgery 


There are some troubling ethical issues associated 
with aesthetic plastic surgery. Since all surgical proce- 
dures carry a risk of infections or death from some 
surgical malfunction, those who elect aesthetic surgery 
choose to risk their lives to look better. The use of defec- 
tive silicone breast implants during the 1970s caused 
problems with the appearance of the breasts and, for 
some women, more serious complications due to the 
leakage of silicone. As a result, most implants are now 
filled with a saline solution similar to that naturally 
produced in the body. Despite this history, the use of 
silicone breast implants has again been approved in 2006. 
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| Plastics 


In the twentieth century, the term plastic has come 
to refer to a class of materials that, under suitable 
conditions, can be deformed by some kind of shaping 
or molding process to produce an end product that 
retains its shape. When used as an adjective, the term 
plastic (from Greek plastikos meaning to mold or 
form) describes a material that can be shaped or 
molded with or without the application of heat. With 
few exceptions, plastics do not flow freely like liquids, 
but retain their shapes like solids even when flowing. 


When used in a chemical sense, the term plastic 
usually refers to a synthetic high molecular weight 
chain molecule, or polymer, that may have been com- 
bined with other ingredients to modify its physical 
properties. Most plastics are based on carbon, being 
derived from materials that have some relationship to 
living, or organic, materials, although, although some 
plastics, like acetal resins and silicones, contain oxy- 
gen or silicon atoms in their chains. 


As plastics are heated to moderate temperatures, 
the polymer chains are able to flow past each other. 
Because of the organic nature of most plastics, they 
usually cannot withstand high temperatures and begin 
to decompose at temperatures around 392°F (200°C). 


The oldest known examples of plastic materials 
are soft waxes, asphalts, and moist clays. These mate- 
rials are capable of flowing like synthetic plastics, but 
because they are not polymeric, they are usually not 
referred to as plastics. 


History 


The history of synthetic plastics goes back over 
100 years to the use of cellulose nitrate (celluloid) for 
billiard balls, men’s collars, and shirt cuffs. Before 
plastics were commercialized, most household goods 
and industrial products were made of metals, wood, 
glass, paper, leather, and vulcanized (sulfurized) nat- 
ural rubber. 


The first truly synthetic polymer was Bakelite, a 
densely cross-linked material based on the reaction of 
phenol and formaldehyde. It has been used for many 
applications, including electrical appliances and pho- 
nograph records. Among the first plastics developed 
that could be reformed under heat (thermoplastics) 
were polyvinyl chloride, polystyrene, and nylon 66. 


The first polymers used by man were actually 
natural products such as cotton, starch, proteins, or 
wool. Certain proteins that are in fact natural 
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polymers once had commercial importance as indus- 
trial plastics, but they have played a diminishing role 
in the field of plastics production in recent years. 


Chemistry 


There are more than 100 different chemical atoms, 
known as elements. They are represented by the 
chemist by the use of simple symbols such as “H” for 
hydrogen, “O” for oxygen, “C” for carbon, “N” for 
nitrogen, “Cl” for chlorine, and so on; these atoms 
have atomic weights of 1, 16, 12, 14, and 17 atomic 
units, respectively. 


A chemical reaction between two or more atoms 
forms a molecule. Each molecule is characterized by 
its elemental constitution and its molecular weight. 
For example, when carbon is burned in oxygen, one 
atom of carbon (C) reacts with two atoms of oxygen 
(O2; equivalent to one molecule of molecular oxygen) 
to form carbon dioxide (CO). The chemist represents 
this reaction by a chemical equation, 1.e., 


C+ O, = CO, 


Similarly, when four atoms of hydrogen (2H); 
equivalent to two molecules of molecular hydrogen) 
and two atoms of oxygen (O,; equivalent to one mol- 
ecule of oxygen) react to form two molecules of water 
(2H,0), the chemist writes 


2H, + O2 = 2H,0 


Note that one molecule of oxygen combines with 
two molecules of hydrogen, and one atom of carbon 
combines with one molecule of hydrogen. This is 
because different elements have different combining 
capacities. Thus hydrogen forms one bond, oxygen 
two bonds, and carbon four bonds. These bonding 
capacities, or valences, are taken for granted when 
writing a chemical formula like H20. 


In the case of methane, or CHy, the carbon is 
bonded to four hydrogen atoms. But carbon can also 
form double bonds, as in ethylene (C>H,4) where two 
CH.molecules share a double bond. The chemist 
could also describe the ethylene molecule by the for- 
mula CH,=CH>, where the double bond is repre- 
sented by an equal sign. 


Plastic materials consist of many repeating groups 
of atoms or molecules (called monomers) in long 
chains, and hence are also known as polymers or 
macromolecules. Elements present in a polymer 
chain typically include oxygen, hydrogen, nitrogen, 
carbon, silicon, fluorine, chlorine, or sulfur. The way 
the polymer chains are linked together and the lengths 
of the chains determine the mechanical and physical 
properties of the plastic. 
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Plastics 


Molecular weight 


Polymers exist on a continuum that extends from 
simple gases to molecules of very high molecular 
weights. A relatively simple polymer has the structure 


H - (CH2),-H 


where the number (n) of monomers (CH; groups, in this 
case) in the chain may extend up to several thousand. 
Table 1 shows how the physical properties and uses 
of the polymer change with the number of repeating 
monomer units in the chain. 


Polymerization 


Most commercial plastics are synthesized from 
simpler molecules, or monomers. The simple chem- 
icals from which monomers, and ultimately poly- 
mers, are derived are usually obtained from crude 
oil or natural gas, but may also come from coal, 
sand, salt, or air. 


For example, the molecules used to form polystyr- 
ene, a widely used plastic, are benzene and ethylene. 
These two molecules are reacted to form ethyl ben- 
zene, which is further reacted to give a styrene mono- 
mer. With the aid of a catalyst, styrene monomers may 
form a chain of linked, bonded styrene units. This 
method of constructing a polymer molecule is known 
as addition polymerization, and characterizes the way 
most plastics-including polystyrenes, acrylics, vinyls, 
fluoroplastics-are formed. 


When two different molecules are combined to 
form a chain in such a way that a small molecule 
such as water is produced as a by-product, the method 
of building the molecule is known as condensation 
polymerization. This type of polymerization charac- 
terizes a second class of plastics. Nylons are examples 
of condensation polymers. 


Manufacture and processing 


When polymers are produced, they are shipped in 
pelletized, granulated, powdered, or liquid form to 
plastics processors. When the polymer is still in its 
raw material form, it is referred to as a resin. This 
term antedates the understanding of the chemistry of 
polymer molecules and originally referred to the 
resemblance of polymer liquids to the pitch on trees. 


Plastics can be formed or molded under pressure 
and heat, and many can be machined to high degrees 
of tolerance in their hardened states. Thermoplastics 
are plastics that can be heated and reshaped; thermo- 
sets are plastics that cannot. 
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Change in molecular properties with molecular chain 
length 


Number of CH, 
units in chain 


Appearance at 
room temperature Uses 


cooking gas 
gasoline 


1to4 simple gas 
5 to 11 

9 to 16 

16 to 25 

25 to 50 
1,000 to 3,000 


simple liquid 

medium viscosity liquid kerosene 
high viscosity liquid oil and grease 
simple solid paraffin wax candles 


tough plastic solid polyethylene bottle 


and containers 


Table 1. Change in Molecular Properties with Molecular Chain 
Length. (Thomson Gale.) 


Thermoplastics 


Thermoplastics are plastics that become soft and 
malleable when heated, and then become hard and 
solid again when cooled. Examples of thermoplastics 
include acetal, acrylic, cellulose acetate, nylon, poly- 
ethylene, polystyrene, vinyl, and nylon. When thermo- 
plastic materials are heated, the molecular chains are 
able to move past one another, allowing the mass to 
flow into new shapes. Cooling prevents further flow. 
Thermo-plastic elastomers are flexible plastics that 
can be stretched up to twice their length at room 
temperature and then return to their original length 
when released. 


The state of a thermoplastic depends on the tem- 
perature and the time allowed to measure its physical 
properties. At low enough temperatures, amorphous, 
or noncrystalline, thermoplastics are stiff and glassy. 
This is the glassy state, sometimes referred to as the 
vitreous state. On warming up, thermoplastics soften 
in a characteristic temperature range known as the 
glass transition temperature region. In the case of 
amorphous thermoplastics, the glass transition tem- 
perature is the single-most important factor determin- 
ing the physical properties of the plastic. 


Crystalline and noncrystalline 
thermoplastics 


Thermoplastics may be classified by the structure 
of the polymer chains that comprise them. 


In the liquid state, polymer molecules undergo 
entanglements that prevent them from forming regu- 
larly arranged domains. This state of disorder is pre- 
served in the amorphous state. Thus, amorphous 
plastics, which include polycarbonate, polystyrene, 
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Thermoplastics 


Type 


Chemical basis 


Uses 


ABS plastics 


Acetals 


Acrylics 


Cellulosics 
Fluoroplastics 


Nylons 


Polyarylates 


Polyarylsulfones 


Polybutylenses 


Polybutylene terephthalate (PBT) 


Polycarbonates 


Polyesters 


Polyetherimides 


Polyetherketones 


(continued) 


Table 2. Thermoplastics (Thomson Gale.) 


Derived from acrylonitrile, butadiene, and styrene 


Consist of repeating —CH,—O—units in a polymer 
backbone 


Based on polymethyl methacrylate 


Derived from purified cotton or special grades 
Consist of carbon, fluorine, and or hydrogen 
atoms in a repeating polymer backbone 


Derived from the reaction of diamines and dibasic 
acids; characterized by the number of carbon 
atoms in the repeating polymeric unit 


Aromatic polyesters 


Consist of phenyl and biphenyl groups linked by 
thermally stable ether and sulfone groups 


Polymers based on poly(1—butene) 


Produced by reaction of dimethyl terephthalate 
with butanediol 


Derived from the reaction of bisphenol A and 
phosgene 


Produced by reacting dicarboxylic acids with 
dihydroxy alcohols 


Consist of repeating aromatic imide and 
ether units 


Polymerized aromatic ketones 
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Electroplated plastic parts; automotive components; 
business and telecommunication applications such 
as personal computers, terminals, keyboards, and 
floppy disks; medical disposables; toys; recreational 
applications; cosmetics packaging; luggage; 
housewares 


Rollers, bearings and other industrial products; also 
used in automotive, appliance, plumbing and 
electronics applications 


Automobile lenses, fluorescent street lights, outdoor 
signs, and boat windshields; applications requiring 
high resistance to discoloration and good light 
transmission properties 


Insulation, packaging, toothbrushes 


Applications requiring optimal electrical and 
thermal properties, almost complete moisture 
resistance, chemical inertness; non-stick applications 


Electrical and electronic components; industrial 
applications requiring excellent resistance to repeated 
impact; consumer products such as ski boots and 
bicycle wheels; appliances and power tool housings; 
food packaging; wire and cable jacketing; sheets,rods, 
and tubes; and filaments for brush bristles, fishing 
line, and sewing thread 


Automotive appliance, and electrical applications 
requiring low shrinkage, resistance to hydrolysis, 
and precision void-free molding 


Electrical and electronic applications requiring thermal 
stability including circuit boards, connectors, lamp 
housings, and motor parts 


Cold- and hot-water pipes; hotmetal 
adhesives and sealants 


Automotive applications such as exterior auto parts; 
electronic switches; and household applications 
such as parts for vacuum cleaners and coffee makers 


Applications requiring toughness, rigidity, and 
dimensional stability; high heat resistance; good 
electrical properties; transparency; exceptional 
impact strength. Used for molded products, 
solution—cast or extruded films, tubes and pipes, 
prosthetic devices, nonbreakable windows, street 
lights, household applicances; compact discs; optical 
memory disks; and for various applications in fields 
related to transportation, electronics sporting goods, 
medical equipment, and food processing 


Reinforced plastics, automotive parts, foams, electrical 
encapsulation, structural applications, low-pressure 
laminates, magnetic tapes, pipes, bottles. Liquid 
crystal polyesters are used as replacements for metals 
in such applications chemical pumps, electronic 
components, medical components, and automotive 
components 


Temperture sensors; electrical/electronic, medical 
(surgical instrument parts), industrial; 
applicance, packaging, and specialty applications 


Fine monofilaments, films, engine parts, aerospace 
composites, and wire and cables, and other 
applications requiring chmical resistance; exceptional 
toughness, strength, and rigidity; good radiation 
resistance; and good fire-safety characteristics 
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Plastics 


Thermoplastics [CONTINUED] 


Type 


Chemical basis 


Uses 


Polyethersulfones 


Polyethylenes, polypropylenes, and polyallomers 


Polyethylene terephthalate 


Polyimides and polyamide-imides 


Polymethylpentene 


Polyphenylene ethers, modified 


Polyphenylene sulfides 


Polystyrenes 


Polysulfones 


Consist of diaryl sulfone groups with ether 
linkages 


Polyethylenes consist of chains of repeated 
ethylene units; polypropylenes consist of chains 
of repeated propylene units; polyallomers are 
copolymers of propylene and ethylene 


Prepared from ethylene glycol and either 
terephthalic acid or an ester of terephthalic acid 


Polyimides contain imide (-CONHCO-) groups in 
the polymer chain; polyamide—imides also contain 
amide (-CONH-) groups 


Polymerized 4—methylpentene-1 


Consist of oxidatively coupled phenols and 
polystyrene 


Para-substituted benzene rings with sulful links 


Polymerized ethylene and styrene 


Consist of complicated chains of phenylene units 
linked with isopropylidene, ether, and suflfone 
units 


Polymerized vinyl monomers such as polyvinyl 
chloride and polyvinylidene chloride 


Table 2. Thermoplastics (cont’d). (Thomson Gale.) 


acrylonitrile-butadiene-styrene (ABS), and polyvinyl 


Under 


suitable 


Electrical applications including multipin connectors, 
integrated circuit sockets, edge and round multipin 
connectors, terminal blocks, printed circuit boards 


Low density polyethylene is used for 

packaging films, liners for shipping containers, wire 
and cable coatings, toys plastic bags, electrical 
insulation. High density polyethylene is used for 
blow-molded items, films and sheets, containers 

for petroleum products. Low molecular weight 
polyethylenes are used as mold release agents, 
coatings, polishes, and textile finishing agents. 
Polypropylenes are used as packaging films, molded 
parts, bottles, artificial turf, surgical casts, nonwoven 
disposable filters. Polyallomers are used as vacuum 
formed, injection molded, and extruded products, 
films, sheets, and wire cables 


Food packaging including bottles, 
microwave/conventional oven-proof trays; x-ray and 
other photographic films; magnetic tape 


Polyimides are used as high temperature coatings, 
laminates, and composites for the aerospace industry; 
ablative materials; oil sealants; adhesive; semi- 
conductors; bearings; cable insulation; printed 
circuits; magnetic tapes; flame-resistant fibers. 
Polyamideimides have been used as replacements for 
metal parts in the aerospace industry, and as 
mechanical parts for business machines 


Laboratory ware (beakers, graduates, etc.); electronic 
and hospital equipment; food packaging; light 
reflectors 


Automobile instrument panels, computer keyboard 
bases 


Microwave oven components, precision molded 
assemblies for disk drives. 


Packaging, refrigerator doors, household wares, 
electrical equipment; toys, cabinets; also used as 
foams for thermal insulations, light construction, 
fillers in shipping containers, furniture construction 


Power tool housings, electrical equipment, extruded 
pipes and sheets, automobile components, 

electronic parts, appliances, computer 

components; medical instrumentation and trays to 
hold instruments during sterilization; food processing 
equipment; chemical processing equipment, water 
purification devices 


Crystal-clear food packaging, water pipes, monolayer 
films 


conditions, 


however, the 


chloride, are made up of polymer chains that form 
randomly organized structures. 


These polymer chains may themselves have 
attached side chains, and the side chains may also be 
quite long. When the side chains are particularly 
bulky, molecular branching prevents the molecules 
from forming ordered regions, and an amorphous 
plastic will almost certainly result. 
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entangled polymer chains can disentangle themselves 
and pack into orderly crystals in the solid state where 
the chains are symmetrically packed together; these 
materials are known as crystalline polymers. 


Crystalline thermoplastics consist of molecular 
chains packed together in regular, organized domains 
that are joined by regions of disordered, amorphous 
chains. Examples of crystalline thermoplastics include 
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Thermosetting plastics 


Type 


Chemical basis 


Uses 


Alkyd polyesters 


Allyls 


Bismaleimides 


Epoxies 


Melamines 


Phenolics 


Polybutadienes 


Polyesters (thermosetting) 


Polyurethanes 


Silicones 


Polyesters derived from the reaction of acids 
with two acid groups, and alcohols with three 
alcoholic groups per molecule 


Polyesters derived from the reaction of esters 
of allyl alcohol with dibasic acid 


Generally prepared by the reaction of a diamine 
with maleic anhydride 


Derived from the reaction of epichlorohydrin 
with hydroxyl-containing compounds 


Derived from the reaction of formaldehyde and 
amino compounds containing NH, 


Derived from the reaction of phenols and 
formaldehydes 


Consist of polyethylene with a cross-link at 
every other carbon in the main chain 


Derived from reactions of dicarboxylic acides 
with dihydroxy alcohols 


Derived from reactions of polysiocyanates and 
polyols 
Consist of alternating silicon and oxygen atoms 


in a polymer backbone, usually with organic 
side groups attached to the chain 


Moldings, finishes; applications requiring high 
durability, excellent pigment dispersion, toughness, 
good adhesion, and good flowing properties 


Electrical insulation, applications requiring high 
resistance to heat, humidity, and corrosive chemicals 


Printed wire boards; high performance structural 
composites 


Encapsulation, electrical insulations, laminates, 
glass-reinforced plastics, floorings, coatings, 
adhesives 


Molded plates, dishes, and other food containers 


Cements, adhesives 


Moldings, laminating resins, coatings, cast-liquid 
and formed-sheet products; applications requiring 
outstanding electrical properties and thermal stability 


Moldings, laminated or reinforced structures, surface 
gel coatings, liquid castings, furniture products, 
structures 


Rigid, semi-flexible, and flexible foams; 
elastomers 


Applications requiring uniform properties over a wide 
temperature range; low surface tension; high degree 
of lubricity; excellent release properties; extreme 


Derived from the reaction of formaldehyde and 


water repellency; excellent electrical properties over 

a wide range of temperatures and frequency; inertness 
and compatibility; chemical inertness; or weather 
resistance 


Dinnerware, interior plywood, foams, insulation 


amino compounds containing NH, groups 


Table 3. Thermosetting Plastics. (Thomson Gale.) 


acetals, nylons, polyethylenes, polypropylenes, and 
polyesters. 


Liquid crystalline plastics are polymers that form 
highly ordered, rodlike structures. They have good 
mechanical properties and are chemically unreactive, 
and they have melting temperatures comparable to 
those of crystalline plastics. But unlike crystalline and 
amorphous plastics, liquid crystalline plastics retain 
molecular ordering even as liquids. Consequently, 
they exhibit the lowest shrinkage and warpage of any 
of the thermoplastics. 


Thermosets 


Thermosetting plastics, or thermosets, include 
amino, epoxy, phenolic, and unsaturated polyesters. 
These materials undergo a chemical change during 
processing and become hard solids. Unlike the linear 
molecules in a thermoplastic, adjacent molecules in a 
thermosetting plastic become cross-linked during 
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processing, resulting in the production of complex 
networks that restrain the movement of chains past 
each other at any temperature. 


Typical thermosets are phenolics, urea-formalde- 
hyde resins, epoxies, cross-linked polyesters, and most 
polyurethanes. Elastomers may also be thermosetting. 
Examples include both natural and synthetic rubbers. 


Manufacturing methods 


At some stage in their processing, both thermo- 
plastics and thermosetting plastics are sufficiently 
fluid to be molded and formed. The manufacture of 
most plastics is determined by their final shape. 


Many cylindrical plastic objects are made by a 
process called extrusion. The extrusion of thermoplas- 
tics consists of melting and compressing plastic gran- 
ules by rotating them in a screw conveyor in a long 
barrel, to which heat may be applied if necessary. The 
screw forces the plastic to the end of the barrel where it 
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A scanning electron micrograph (SEM) of the surface of a 
sheet of biodegradable plastic. The spherical object that 
dominates the image is one of many granules of starch 
embedded in the surface of the plastic. When the plastic is 
buried in soil the starch grains take up water and expand. 
This breaks the material into small fragments, increasing the 
contact area with the soil bacteria that digest plastic. (National 
Audubon Society Collection/Photo Researchers, Inc.) 


is pushed through a screen on its way to the nozzle. 
The nozzle determines the final shape of the extruded 
form. Thermosets may also be extruded if the screw in 
the conventional extruder is replaced with a plunger- 
type hydraulic pump. 


Plastic powders are directly converted into finished 
articles by molding. Two types of molding processes 
are compression molding and injection molding. In 
compression molding, which is used with thermosetting 
materials, steam is first circulated through the mold to 
raise it to the desired temperature; then a plastic pow- 
der or tablets are introduced into the mold; and the 
mold is closed under high pressure and the plastic is 
liquefied so that it flows throughout the mold. When 
the mold is re-opened, the solid molded unit is ejected. 
Injection molding differs from compression molding in 
that plastic material is rendered fluid outside the mold, 
and is transferred by pressure into the cooled mold. 
Injection molding can be used with practically every 
plastic material, including rubbers. 


Sheets, blocks, and rods may be made in a casting 
process that in effect involves in situ, or in-place, poly- 
merization. In the case of acrylics, sheets are cast in 
glass cells by filling cells with a polymer solution. The 
polymer solution solidifies and the sheet is released by 
separating the glass plates after chilling the assembly in 
cold water. Blocks can be made in the same way using a 
demountable container; and rods can be made by 


3390 


polymerizing a polymer syrup under pressure in a 
cylindrical metal tube. 


Plastic foams are produced by compounding a pol- 
ymer resin with a foaming agent or by injecting air or a 
volatile fluid into the liquid polymer while it is being 
processed into a finished product. This results in a fin- 
ished product with a network of gas spaces or cells that 
makes it less dense than the solid polymer. Such foams 
are light and strong, and the rigid type can be machined. 


Fillers and other modifications 


Very few plastics are used in their commercially 
pure state. Additives currently used include the follow- 
ing: Finely divided rubbers added to more brittle plas- 
tics to add toughness; glass, carbon, boron, or metal 
fibers added to make composite materials with good 
stress-strain properties and high strength; carbon 
black or silica added to improve resistance to tearing 
and to improve stress-strain properties; plasticizers 
added to soften a plastic by lowering its glass transi- 
tion temperature or reducing its degree of crystallinity; 
silanes or other bonding agents added to improve 
bonding between the plastic and other solid phases; 
and fillers such as fire retardants, heat or light stabil- 
izers, lubricants, or colorants. 


Filled or reinforced plastics are usually referred to 
as composites. However, some composites includes 
neither fillers nor reinforcement. Examples are lami- 
nates such as plastic sheets or films adhered to non- 
plastic products such as aluminum foil, cloth, paper or 
plywood for use in packaging and manufacturing. 
Plastics may also be metal plated. 


Plastics, both glassy and rubbery, may be cross- 
linked to improve their elastic behavior and to control 
swelling. Polymers may also be combined to form 
blends or alloys. 


Applications 


Plastics have been important in many applications 
to be listed here. Table 2, “Thermoplastics,” and 
Table 3, “Thermosetting Plastics,” list hundreds of 
commercial applications that have been found for 
specific plastics. 


Engineering plastics are tough plastics that can 
withstand high loads or stresses. They can be machined 
and remain dimensionally stable. They are typically 
used in the construction of machine parts and automo- 
bile components. Important examples of this class of 
plastics include nylons, acetals, polycarbonates, ABS 
resins, and polybutylene terephthalate. The structure of 
their giant chains makes these plastics highly resistant 
to shock, and gives them a characteristic toughness. 
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KEY TERMS 


Amorphous—Noncrystalline; lacking a definite crys- 
tal structure and a well-defined melting point. 
Casting—Formation of a product either by filling an 
open mold with liquid monomer and allowing it to 
polymerize in place, or by pouring the liquid onto a 
flat, moving surface. 

Composite—A mixture or mechanical combination 
(on a macroscopic level) of materials that are solid in 
their finished state, that are mutually insoluble, and 
that have different chemistries. 

Crystalline—Having a regular arrangement of atoms 
or molecules; the normal state of solid matter. 
Extrusion—An operation in which material is forced 
through a metal forming die, followed by cooling or 
chemical hardening. 

Glass—An amorphous, highly viscous liquid having 
all of the appearances of a solid. 

Inorganic—Not containing compounds of carbon. 


Molding—Forming a plastic or rubber article in a 
desired shape by applying heat and pressure. 
Monomer—A substance composed of molecules 
that are capable of reacting together to form a poly- 
mer. Also known as a mer. 


Plastics are almost always electrically insulating, 
and for this reason they have found use as essential 
components of electrical and electronic equipment 
(including implants in the human body). 


Major applications have been found for plastics in 
the aerospace, adhesives, coatings, construction, elec- 
trical, electronic, medical, packaging, textile, and 
automotive industries. 
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Organic—Containing carbon atoms, when used 
in the conventional chemical sense. Originally, 
the term was used to describe materials of living 
origin. 

Plastic—Materials, usually organic, that under suit- 
able application of heat and pressure, can be caused 
to flow and to assume a desired shape that is retained 
when the pressure and temperature conditions are 
withdrawn. 


Polymer—A substance, usually organic, composed 
of very large molecular chains that consist of recur- 
ring structural units. 


Synthetic—Referring to a substance that either 
reproduces a natural product or that is a unique 
material not found in nature, and which is produced 
by means of chemical reactions. 


Thermoplastic—A high molecular weight polymer 
that softens when heated and that returns to its 
original condition when cooled to ordinary 
temperatures. 


Thermoset—A high molecular weight polymer that 
solidifies irreversibly when heated. 


| Plate tectonics 


Plate tectonics is the theory explaining geologic 
changes that result from the movement of Earth’s rigid 
lithospheric plates over the ductile asthenosphere. 
Plates move and shift their positions relative to one 
another, and the movement of and contact between 
plates accounts for most of the major geologic features 
on Earth’s surface. 


The visible continents, which a part of the litho- 
spheric plates upon which they ride, move slowly over 
time. Plate tectonic theory is so robust in its ability to 
explain and predict geological processes that it is 
equivalent in many regards to the fundamental and 
unifying principles of evolution in biology, and nucle- 
osynthesis in physics and chemistry. 


Continental drift versus plate tectonics 


Based upon centuries of cartographic depictions 
showing a resemblance between the Western coast of 
Africa and the Eastern coast of South America, in 
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A section of the San Andreas Fault south of San Francisco is occupied by a reservoir. (JLM Visuals.) 


1858, French geographer Antonio Snider-Pellegrini, 
published a work asserting that the two continents 
had once been part of larger single continent ruptured 
by the creation and intervention of the Atlantic Ocean. 
In the 1920s, German geophysicist Alfred Wegener’s 
writings advanced the hypothesis of continental drift 
depicting the movement of continents through an 
underlying oceanic crust. Wegner’s hypothesis met 
with wide skepticism from most geologists but found 
support and development in the work and writings of 
South African geologist Alexander Du Toit, who dis- 
covered a similarity in the fossils found on the coasts 
of Africa and South Americas that derived from a 
common source. 


Wegener’s continental drift theory was dismissed, 
and even ridiculed, by leading geologists of his day 
because it could not explain how the continents moved 
across the solid surface of Earth. He perished on a 
meteorological expedition to Greenland in 1930. 


Technological advances during World War II 
made possible the accumulation of significant evi- 
dence that gave rise to modern plate tectonic theory, 
which explained how continents could move. The 
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theory of plate tectonics gained widespread accept- 
ance only in the late 1960s through the early 1970s. 


An overview of plate tectonic theory 


Earth is divided into a core, mantle, and crust, 
and the crust is further divided into oceanic and 
continental crust. The oceanic crust is thin (3—4.3 mi 
[5—7 km]), basaltic (<50% SiO), composed primarily 
of dense basalt and gabbro, and young (<250 million 
years old). In contrast, the continental crust is thick 
(18.6—40 mi [30-65 km]), composed primarily of com- 
paratively light granitic rocks, light, and old (250- 
3,700 million years old). The crust and the uppermost 
portion of the mantle constitute the lithosphere, 
which is divided into 13 major and several minor 
tectonic plates. Beneath the lithosphere lies the asthe- 
nosphere. The lithospheric plates, which are rigid, 
move on top of the more ductile asthenosphere. 


There are three major types of boundaries between 
lithospheric plates. Divergent boundaries are those 
along which plates move apart from each other, allow- 
ing magma to move upward from the mantle and form 
new crust. Convergent boundaries are those across 


GALE ENCYCLOPEDIA OF SCIENCE 4 


which plates move towards each other, resulting in 
subduction (in which one plate is over-ridden or sub- 
ducted by the other) or in uplift that results in orogeny 
(mountain building). At transform boundaries, for 
example the San Andreas fault along the boundary 
between the North American and Pacific plates, the 
continents move laterally past one another. 


New oceanic crust is created at divergent bounda- 
ries. Because Earth remains roughly the same size, 
there must be a concurrent destruction or uplifting of 
crust so that the net area of crust remains the same. 
Accordingly, as crust is created at divergent bounda- 
ries, oceanic crust must be destroyed in areas of sub- 
duction underneath the lighter continental crust. The 
net area is also preserved by continental crust uplift 
that occurs when less dense continental crust collides 
with continental crust. Because both continental 
crusts resist subduction, the momentum of collision 
causes an uplift of crust, forming mountain chains. 


The best modern example of this is the ongoing 
collision of India with Asia, which has created the 
Himalayan Mountains. The dynamic theory of plate 
tectonics also explains the origin of island arcs (such as 
the Aleutian Islands in Alaska and the Philippine 
Islands), formed by rising material at sites where oce- 
anic crust subducts under oceanic crust and the forma- 
tion of mountain chains where oceanic crust subducts 
under continental crust (such as the Andes Mountains 
or the Cascade Range of western North America). The 
evidence for deep, hot, convective currents combined 
with plate movement also explains mid-plate hot spot 
formation of volcanic island chains (e.g., Hawaiian 
islands and the Yellowstone region of Montana) and 
the formation of rift valleys (e.g., Rift Valley of Africa 
and the Rio Grande Rift of western North America). 
Mid-plate earthquakes, such as the powerful New 
Madrid earthquake in the United States in 1811, are 
explained by interplate pressures that bend plates much 
like a piece of sheet metal buckled from opposite sides. 


Evidence supporting plate tectonic theory 


As with continental drift theory, two lines of evi- 
dence supporting plate tectonics are based upon the 
geometric fit of the displaced continents and the simi- 
larity of rock ages and Paleozoic fossils in correspond- 
ing bands or zones in adjacent or corresponding 
geographic areas (e.g., between West Africa and the 
eastern coast of South America). 


Ocean topography also provided evidence in sup- 
port of plate tectonic theory. Nineteenth century sur- 
veys of the oceans indicated that rather than being flat 
featureless plains, as was previously thought, some 
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parts of ocean floors are mountainous while others 
contain deep depressions. Surveys in the 1950s and 
1960s provided an even more detailed picture of the 
ocean floor. Long and continuous mountain chains as 
well as deep troughs were discovered. Geoscientists 
later identified the mountainous features as the mid- 
oceanic ridges (MORs) where new plates form, and the 
deep ocean trenches as subduction zones where plates 
descend into the subsurface. 


Modern understanding of the structure of Earth is 
derived in large part from the interpretation of seismic 
studies that measure the reflection of seismic waves off 
features in Earth’s interior. Different materials trans- 
mit and reflect seismic waves in different ways, and of 
particular importance to theory of plate tectonics is 
the fact that liquid does not transmit a particular form 
of seismic wave known as an “S-wave.” Because the 
mantle transmits S-waves, it was long thought to be 
solid. Geologists later discovered that radioactive 
decay provided a heat source with Earth’s interior 
that made part of the mantle, known as the astheno- 
sphere, a semi-solid plastic material. Although solid 
with regard to transmission of seismic S-waves, mate- 
rial within the asthenosphere flows or creeps very 
slowly (in a manner similar to glacial ice) in response 
to the temperature difference between the surface and 
interior of Earth. The mantle rock moves in nearly 
circular patterns known as convection cells that serve 
to redistribute the heat generated deep within Earth. 


Another line of evidence in support of plate tec- 
tonics came from the long-known existence of rocks 
known as ophiolte suites (slivers of oceanic floor con- 
taining a characteristic combination of igneous rock, 
sedimentary rock, and fossils) found in some moun- 
tain ranges. The existence of ophiolte suites are con- 
sistent with the uplift of crust in collision zones 
predicted by plate tectonic theory. 


As methods of radiometric dating improved, one 
of the most conclusive lines of evidence in support of 
plate tectonics derived from the ages of rock samples. 
Highly supportive of the theory of sea floor spreading 
(the creation of oceanic crust at a divergent plate 
boundary such as Mid-Atlantic Ridge) was evidence 
that rock ages are similar in equidistant bands sym- 
metrically centered on the divergent boundary. More 
importantly, dating studies showed that the age of the 
rocks increases as their distance from the divergent 
boundary increases. Accordingly, rocks of similar 
ages are found at similar distances from divergent 
boundaries, and the rocks near the divergent boun- 
dary where crust is being created are younger than the 
rocks more distant from the boundary. Eventually, 
radioisotope studies offering improved accuracy and 
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precision in rock dating also showed that rock speci- 
men taken from geographically corresponding areas 
of South America and Africa showed a very high 
degree of correspondence, providing strong evidence 
that at one time these rock formations had once coex- 
isted in an one area and were subsequently separated 
by movement of lithospheric plates. 


Similar to the age of rocks, studies of fossils found 
in once adjacent geological formations showed a high 
degree of correspondence. Identical fossils are found 
in bands and zones equidistant from divergent boun- 
daries. Accordingly, the fossil record provides evi- 
dence that a particular band of crust shared a similar 
history as its corresponding band of crust located on 
the other side of the divergent boundary. 


The line of evidence, however, that firmly con- 
vinced modern geologists to accept the arguments in 
support of plate tectonics derived from studies of the 
magnetic signatures or magnetic orientations of rocks 
found on either side of divergent boundaries. Just as 
similar age and fossil bands exist on either side of a 
divergent boundary, studies of the magnetic orienta- 
tions of rocks reveal bands of similar magnetic orien- 
tation that were equidistant and on both sides of 
divergent boundaries. Persuasive evidence of plate 
tectonics is also derived from correlation of studies 
of the magnetic orientation of the rocks to known 
changes in Earth’s magnetic field as predicted by elec- 
tromagnetic theory. Paleomagnetic studies and dis- 
covery of polar wandering, a magnetic orientation of 
rocks to the historical location and polarity of the 
magnetic poles as opposed to the present location 
and polarity, provided a coherent map of continental 
movement that fit well with the present distribution of 
the continents. 


Paleomagnetic studies are based upon the fact 
that some hot igneous rocks (formed from volcanic 
magma) contain varying amounts of ferromagnetic 
minerals (e.g., Fes04) that magnetically orient to the 
prevailing magnetic field of Earth at the time they 
cool. Geophysical and electromagnetic theory evi- 
dence of multiple polar reversals or polar flips 
throughout the course of Earth’s history. Where rock 
formations are uniform—.e., not grossly disrupted by 
other geological processes—the magnetic orientation 
of magnetite-bearing rocks can also be used to deter- 
mine the approximate latitude the rocks were at when 
they cooled and took on their particular magnetic 
orientation. Rocks with a different orientation to the 
current orientation of Earth’s magnetic field also pro- 
duce disturbances or unexpected readings (anomalies) 
when scientists attempt to measure the magnetic field 
over a particular area. 
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This overwhelming support for plate tectonics 
came in the 1960s, in the wake of the demonstration 
of the existence of symmetrical magnetic anomalies 
centered on the Mid-Atlantic Ridge. During magnetic 
surveys of the deep ocean basins, geologists found 
areas where numerous magnetic reversals occur in the 
ocean crust. These look like stripes, oriented roughly 
parallel to one another and to the MORs. When sur- 
veys were run on the other side of the MORs, they 
showed that the magnetic reversal patterns were 
remarkably similar on both sides of the MORs. After 
much debate, scientists concluded that new ocean crust 
must form at the MORs, recording the current mag- 
netic orientation. This new ocean crust pushes older 
crust out of the way, away from the MOR. When a 
magnetic reversal occurs, new ocean crust faithfully 
records it as a reversed magnetic “stripe” on both 
sides of the MOR. Older magnetic reversals were like- 
wise recorded; these stripes are now located farther 
from the MOR. 


Geologists were comfortable in accepting mag- 
netic anomalies located on the sea floor as evidence 
of sea floor spreading because they were able to corre- 
late these anomalies with radially distributed magnetic 
anomalies associated with outflows of lava from land- 
based volcanoes. 


Additional evidence continued to support a grow- 
ing acceptance of plate tectonic theory. In addition to 
increased energy demands requiring enhanced explo- 
ration, during the 1950s there was an extensive effort, 
partly for military reasons related to what was to 
become an increasing reliance on submarines as a 
nuclear deterrent, to map the ocean floor. These stud- 
ies revealed the prominent undersea ridges with under- 
sea rift valleys that ultimately were understood to be 
divergent plate boundaries. An ever-growing network 
of seismic reporting stations, also spurred by the Cold 
War (late 1940s—early 1990s) need to monitor atomic 
testing, provided substantial data that these areas of 
divergence were tectonically active sites highly prone 
to earthquakes. Maps of the global distribution of 
earthquakes readily identified stressed plate bounda- 
ries. Earthquake experts recognized an interesting 
pattern of earthquake distribution. Most major earth- 
quakes occur in belts rather than being randomly dis- 
tributed around Earth. Most volcanoes exhibit a 
similar pattern. This pattern later served as evidence 
for the location of plate margins, that is, the zones of 
contact between different crustal plates. Earthquakes 
result from friction caused by one plate moving 
against another. 


Improved mapping also made it possible to view 
the retrofit of continents in terms of the fit between the 
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true extent of the continental crust instead of the 
current coastlines that are much variable to influences 
of weather and ocean levels. 


In his important 1960 publication, “History of 
Ocean Basins,” geologist and U.S. Navy Admiral 
Harry Hess (1906-1969) provided the missing explana- 
tory mechanism for plate tectonic theory by suggesting 
that the thermal convection currents in the athenosphere 
provided the driving force behind plate movements. 
Subsequent to Hess’s book, geologists Drummond 
Matthews (1931-1997) and Fred Vine (1939-1988) at 
Cambridge University used magnetometer readings to 
correlate the paired bands of varying magnetism and 
anomalies located on either side of divergent bounda- 
ries. Vine and Matthews realized that magnetic data 
reveling strips of polar reversals symmetrically displaced 
about a divergent boundary confirmed Hess’s assertions 
regarding seafloor spreading. 


In the 1960s ocean research ships began drilling 
into the sediments and the solid rock below the sedi- 
ment in the deeper parts of the ocean. Perhaps the 
most striking discovery was the great age difference 
between the oldest continental bedrock and the oldest 
oceanic bedrock. Continental bedrock is over a billion 
years old in many areas of the continents, with a 
maximum age of 3.6 billion years. Nowhere is the 
ocean crust older than 180 million years. 


Marine geologists discovered another relation- 
ship. The age of the oceanic bedrock and the sediments 
directly above it increase from the deep ocean basins 
to the continental margins. That is, the ocean floor is 
oldest next to the continents and youngest near the 
center of ocean basins. In addition, ocean crust on 
opposing sides of MORs show the same pattern of 
increasing age away from the MORs. 


The great age of continental rocks results from 
their inability to be subducted. Once formed, conti- 
nental crust becomes a permanent part of Earth’s sur- 
face. We also know that the increase in age of ocean 
crust away from ocean basins results from creation of 
new sea floor at the MORs, with destruction of older 
sea floor at ocean trenches, which are often located 
near continental margins. 


Plate movement an today be measured by sophis- 
ticated GPS and laser-based measuring systems. A 
much slower but certainly more spectacular proof of 
plate movement is exemplified by the still-ongoing 
formation of the Hawaiian Islands. The Pacific plate 
is moving north over a stationary lava source in the 
mantle, known as a hot spot. Lava rises upwards from 
this hot spot to the surface and forms a volcano. After 
a few million years, that volcano becomes extinct as it 
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moves north, away from the hot spot, and a new 
volcano begins to form to the south. As of the early 
2000s a new volcano is forming on the ocean floor 
south of the island of Hawaii. 


Rates of plate movement 


Plates move at rates of about an inch (a few cen- 
timeters) per year. Scientists first estimated the rate of 
plate movement based on radiometric dating of ocean 
crust. By determining the age of a crustal sample, and 
knowing its distance from the MOR at which it 
formed, they estimate the rate of new ocean floor 
production and plate movement. As of 2006, satellites 
capable of measurement of plate motion provide a 
more direct method. Results from these two methods 
agree fairly closely. The fastest plates move more than 
4 in (10 cm) per year. The rate of motion of the North 
American plate averages 1.2 in (3 cm) per year. 


Scale and number of plates 


Estimates of the number of plates differ, but most 
geologists recognize at least fifteen and some as many 
as twenty. These plates have many different shapes 
and sizes. Some, such as the Juan de Fuca plate off 
the west coast of Washington State, have surface areas 
of a few thousand square miles. The largest, the Pacific 
plate, underlies most of the Pacific Ocean and covers 
an area of hundreds of thousands of square miles. In 
the distant geologic past, Earth’s lithosphere perhaps 
consisted of many more of these smaller plates, rather 
than the comparatively few, larger plates now present. 


Plate interactions 


Tectonic plates can interact in one of three ways. 
They can move toward one another, or converge; move 
away from one another, or diverge; or slide past one 
another, a movement known as transform motion. All 
plate margins have one thing in common—earth- 
quakes. Most earthquakes occur along plate margins. 
The other types of activity that occur when two plates 
interact depend on the nature of the plate interaction 
and of the margins. Plate margins (or boundaries) 
come in three varieties: oceanic-oceanic, continental- 
continental, and continental-oceanic. 


Oceanic-oceanic plates 


Recall that plates in continental areas are thicker 
and less dense than in oceanic areas. When two oce- 
anic plates converge (an oceanic-oceanic convergent 
margin) one of the plates subducts into a trench. The 
subducted plate sinks downward into the mantle 
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where it begins to melt. Molten rock from the melting 
plate rises toward the surface and forms a chain of 
volcanic islands, or a volcanic island arc, behind the 
ocean trench. Subduction of the Pacific plate below 
the North American plate along the coast of Alaska 
formed the Aleutian Trench and the Aleutian Islands, 
a volcanic island arc. At oceanic-oceanic divergent 
margins, sea floor spreading occurs and the ocean 
slowly grows wider. Today, Europe and North 
America move about 3 in (7.6 cm) farther apart every 
year as the Atlantic Ocean grows wider. 


Continental-continental plates 


Because of their lower density and greater thick- 
ness, continental-continental convergent plate mar- 
gins behave differently than oceanic-oceanic margins. 
Continental crust is too light to be carried downward 
into a trench, so neither plate is subducted in a con- 
tinent-continent collision. The two plates converge, 
buckle, fold, and fault to form complex mountains 
ranges of great height. Continental-continental con- 
vergence produced the Himalayas when the Indian- 
Australian plate collided with the Eurasian plate. 


Continental-continental divergence causes a con- 
tinent to separate into two or more smaller continents 
when it is pulled apart along a series of faults to create 
a continental rift. Eventually, if the process of conti- 
nental rifting continues (it may fail, leaving the con- 
tinent fractured but whole), a new sea is born between 
the two continents. In this way rifting between the 
Arabian and African plates formed the Red Sea. The 
Rio Grande rift of New Mexico and Colorado, 
through which flows the Rio Grande, is a failed con- 
tinental rift that is essentially inactive today. 


Continental-oceanic plates 


When continental and oceanic plates converge, 
the scenario is a predictable one. Because of its greater 
density, the oceanic plate easily subducts below the 
edge of the continental plate. Again subduction of 
the oceanic plate leads to volcano formation, but in 
this setting, the chain of volcanoes forms on the con- 
tinental crust. This volcanic mountain chain, known 
as a volcanic arc, is usually several hundred miles 
inland from the plate margin. The Andes Mountains 
of South America and the Cascade Mountains of 
North America are examples of volcanic arcs formed 
by subduction along a continental-oceanic convergent 
margin. Continental-oceanic convergence may form a 
prominent trench, but no continental-oceanic diver- 
gent margins exist today. They are unlikely to form 
and would quickly become oceanic-oceanic divergent 
margins as sea floor spreading occurred. 
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Transform margins 


In addition to convergence and divergence, trans- 
form motion may occur along plate margins. Along 
transform margins, plate movement produces periodic 
earthquakes as the two plates slide past one another. 
The best known example of a transform plate margin 
is the San Andreas fault in California, which separates 
the Pacific and North American plates. 


Continent formation 


Knowledge of the processes involved in the for- 
mation of continents is limited, but geologists infer 
that formation of the early continents resulted from 
subduction at oceanic-oceanic convergent margins. 
When a plate is subducted, a process known as partial 
melting occurs. Partial melting of mafic rock results in 
the production of magma that is more felsic in com- 
position; that is, it has a composition intermediate 
between basalt and granite. In addition, weathering 
of mafic rock at Earth’s surface also produces sedi- 
ments with a more felsic composition. When these 
sediments subduct, they yield magma of felsic compo- 
sition via partial melting. 


Repeated episodes of subduction and partial melt- 
ing, followed by volcanic eruption, produced lava of 
increasingly felsic composition. This cycle eventually 
formed volcanic island arcs that were too buoyant to 
be subducted and became a permanent part of Earth’s 
surface. When sea floor spreading pushes one of these 
buoyant volcanic island arcs toward a subduction 
zone, it is added or accreted onto the side of the 
volcanic island arc forming on the other side of the 
trench. Over time, microcontinents grew by accretion 
to form larger continental masses. 


Continents have either passive or active margins. 
Passive margins are found where the continent’s edge 
is on the same plate as the adjacent ocean, and it is 
along passive margins that accretionary wedges form. 
Active margins are found where the continent and the 
bordering oceanic crust are on separate plates. In these 
situations, a subduction zone is usually present. In 
general, the continents bordering the Atlantic Ocean 
have passive margins, while those surrounding the 
Pacific Ocean, which has a very active MOR, have 
active margins. 


Driving mechanism 


Geologists have inferred that convection cells in 
Earth’s interior are the driving force for plate motion. 
Convection cells in the mantle bring molten rock to the 
surface along MORs where it forms new ocean crust. 
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Plate tectonics 


KEY TERMS 


Accretion—The addition of sediment or rock to a 
plate’s margin at a subduction zone. Material is 
scraped off the subducting plate and adheres to the 
edge of the overriding plate. 


Basalt—A dense, dark colored igneous rock, with a 
composition rich in iron and magnesium (a mafic 
composition). 

Convection cells—The circular movement of a fluid 
in response to alternating heating and cooling. 
Convection cells in Earth’s interior involve molten 
rock that rises upwards below midoceanic ridges. 


Convergence—The movement of two plate margins 
toward one another; usually associated with plate 
subduction or the collision of two continents. 


Crust—The outermost layer of Earth, situated over 
the mantle and divided into continental and oceanic 
crust. 


Divergence—The separation of two plate margins as 
they move in opposing directions; usually associated 
with either sea floor spreading or continental rifting. 


Granite—A light-colored igneous rock that is less 
dense than basalt due to an abundance of lighter 
elements, such as silicon and oxygen (a felsic 
composition). 

Hot spots—Areas in the mantle, associated with ris- 
ing plumes of molten rock, which produce frequent, 
localized volcanic eruptions at Earth’s surface. 


Magnetic reversals—Periods during which Earth’s 
magnetic poles flip-flop; that is, the orientation of 


Below the crust, pressure is exerted on the bottom of 
the plates by the convection cell, helping to push the 
plates along, and causing divergence. At the trenches, 
the cells may also exert a downward force on the 
descending plates, helping to pull them down into the 
mantle. 


Importance of plate tectonics 


Plate tectonics revolutionized the way geologists 
view Earth. This new paradigm brings together nearly 
all the divisions of geologic study. Like the theory of 
evolution in biology, plate tectonics is the unifying 
concept of geology. The initial appeal and rapid 
acceptance of plate tectonics resulted from its ability 
to provide answers to many unresolved questions 
about a variety of seemingly unrelated phenomena. 
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Earth’s magnetic field reverses. During these periods 
of reversed magnetism, compass needles point 
toward the south pole. 


Mantle—The thick, dense layer of rock that under- 
lies Earth’s crust. 


Microcontinents—Volcanic islands of intermediate 
to felsic composition that were too buoyant to sub- 
duct, and therefore formed the first continental crust. 


Mid-oceanic ridges—Continuous submarine moun- 
tain ranges, composed of basalt, where new sea floor 
is created. 


Ocean trench—A deep depression in the sea floor, 
created by an oceanic plate being forced downward 
into the subsurface by another, overriding plate. 


Plates—Large regions of Earth’s surface, composed 
of the crust and uppermost mantle, which move 
about, forming many of Earth’s major geologic sur- 
face features. 


Sea-floor spreading—The part of plate tectonics that 
describes the movement of the edges of two of the 
plates forming Earth’s crust away from each other 
under the ocean. Sea-floor spreading results in the 
formation of new submarine surfaces. 


Subduction—In plate tectonics, the movement of 
one plate down into the mantle where the rock 
melts and becomes magma source material for new 
rock. 


Transform motion—Horizontal plate movement in 
which one plate margin slides past another. 


Plate tectonics also revitalized the field of geology by 
providing a new perspective from which to interpret 
many old ideas. Finally, plate tectonics explains nearly 
all of Earth’s major surface features and activities. 
These include faults and earthquakes, volcanoes and 
volcanism, mountains and mountain building, and 
even the origin of the continents and ocean basins. 


See also Earth science. 
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| Platonic solids 


The term platonic solids refers to regular polyhe- 
dra. In geometry, a polyhedron, (the word is a Greek 
neologism meaning many seats) is a solid bounded by 
plane surfaces, which are called the faces; the intersec- 
tion of three or more edges is called a vertex (plural: 
vertices). What distinguishes regular polyhedra from 
all others is the fact that all of their faces are congruent 
with one another. (In geometry, congruence means 
that the coincidence of two figures in space results in 
a one-to-one correspondence.) The five platonic sol- 
ids, or regular polyhedra, are: the tetrahedron (con- 
sisting of four faces that are equilateral triangles), the 
hexahedron, also known as a cube (consisting of six 
square faces), the octahedron (consisting of eight faces 
that are equilateral triangles), the dodecahedron 
(12 pentagons), and the icosahedron (20 equilateral 
triangles). 


Historical significance 


The regular polyhedra have been known to math- 
ematicians for over 2,000 years, and have played an 
important role in the development of Western philos- 
ophy and science. Drawing on the teaching of his 
predecessors Pythagoras (sixth century BC) and 
Empedocles (c. 490-c. 430 BC), and contributing 
many original insights, the Greek philosopher Plato 
(c. 427-347 BC) discusses the regular polyhedra, sub- 
sequently named after him, in Timaeus, his seminal 
cosmological work. Plato’s narrator, the astronomer 
Timaeus of Locri, uses triangles—as fundamental fig- 
ures—to create four of the five regular polyhedra (tet- 
rahedron, hexahedron, octahedron, icosahedron). 
Timaeus’s four polyhedra are further identified with 
the four basic elements-the hexahedron with earth, the 
tetrahedron with fire, the octahedron with air, and 
the icosahedron with water. Finally, in Plato’s view, 
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the regular polyhedra constitute the building-blocks 
not merely of the inorganic world, but of the entire 
physical universe, including organic and inorganic 
matter. Plato’s ideas greatly influenced subsequent 
cosmological thinking: for example, Kepler’s funda- 
mental discoveries in astronomy were directly inspired 
by Pythagorean-Platonic ideas about the cosmic 
significance of geometry. Platonic geometry also fea- 
tures prominently in the work of the noted American 
inventor and philosopher R. Buckminster Fuller 
(1895-1983). 


See also Geodesic dome; Kepler’s laws. 
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l Platypus 


The platypus is an egg laying mammal that is well 
adapted to the water. Physically, it looks like a mole or 
otter, with a beaver’s flattened tail and a duck’s bill. It 
also has short, powerful legs and webbed feet. While 
the fur on its back is dense, bristly, and reddish or 
blackish brown, the fur on its underbelly is soft and 
gray. Its eyes are very small, and it does not have 
external ears. The platypus measures around 17.7 in 
(45 cm) in length, with its tail adding an additional 5.9 
in (15 cm). Commonly referred to as the duck-billed 
platypus, it spends several hours each day in the creeks 
and rivers of eastern Australia and Tasmania. The rest 
of its time is spent in burrows, which it digs in the river 
banks. 


The platypus is classified in the order Monotremata 
(meaning single hole), consisting of two families and 
three genera. The families are Tachyglossidae (the 
spiny anteaters or echidnas) and Ornithorhynchidae 
(the platypus). There is only one species of platypus, 
Ornithorhynchus anatinus, which is comprised of four 
subspecies. All three species in the order Monotremata 
are considered primitive, combining mammalian fea- 
tures with those of lower orders of vertebrates such 
as reptiles. For example, monotremes are the only 
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egg-laying mammals. In other mammals, the young are 
conceived within the female’s body and are born alive. 
In monotremes, the eggs are fertilized internally, but are 
incubated and hatched outside the body. Monotremes, 
like all reptiles, also have a cloaca, a single opening 
through which feces, urine, and sperm or eggs pass. In 
other mammals, the cloaca is divided into an anus and 
genitourinary passages. Like other mammals, monot- 
remes have fur, nurse their young with milk, and are 
warm-blooded. 


Physical characteristics 


The platypus’s flat tail, duck-bill, short legs, and 
webbed feet are all characteristics enabling it to hunt 
in aquatic environments. However, since it spends 
most of its time on land, it has a few physical traits 
that can be modified depending on its particular loca- 
tion. For instance, on its webbed feet, the five individ- 
ual digits end in claws. When the platypus is in the 
water, the skin of its webbed forefeet extends beyond 
these claws, so that it can better use its forefeet to 
paddle. On land, however, this skin folds back, reveal- 
ing the claws, thus enabling the animal to dig. 


The platypus’s eyes and ears have similar modifi- 
cations. Both are surrounded by deep folds of skin. 
Underwater, the platypus can use this skin to close its 
eyes and ears tightly; on land, it is able to see and hear 
quite well. Interestingly, the platypus’s nostrils, which 
are located at the end of its bill, can only function 
when its head is above water as well. Thus, when the 
platypus is submerged with its eyes and ears covered 
and its nose inoperable it relies heavily on its sense of 
touch. Fortunately for the platypus, its leathery bill is 
very sensitive and, therefore, is its primary tool in 
locating prey while underwater. 


Like all male members in the order Monotremata, 
the male platypus has spurs on each ankle connected 
to poison glands in its thighs. Rather than using these 
poisonous spurs to attack prey, the platypus only uses 
them against other platypuses or predators. 


Feeding 


The duck-billed platypus feeds on insect larvae, 
snails, worms, small fish, and crustaceans; it is most 
active at dawn and dusk. Typically, before feeding, the 
creature floats serenely on the surface of the water, 
resembling a log. When it decides to dive for food, it 
can do so quickly, with one swipe of its tail. 


The platypus generally feeds near the bottom of 
freshwater creeks and rivers. It probes the muddy 
bottoms with its supersensitive bill to locate its prey. 
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Until recently, it was thought that the platypus only 
located its prey by touch, but it now appears that the 
platypus’s bill is also electroreceptive, allowing the 
animal to detect muscle activity in prey animals. 
Sometimes, the platypus stores small prey temporarily 
in its cheek pouches. Commonly, it stays submerged 
for about one minute, but, if threatened, it can stay 
underwater for up to five minutes. 


Burrows and breeding 


Platypuses construct two kinds of burrows in the 
banks of rivers and streams. A very simple burrow 
provides shelter for both males and females outside 
the breeding season, and is retained by males during 
the breeding season. At this time, the female constructs 
a deeper, more elaborate nesting burrow. Commonly, 
this burrow opens about | ft (0.3 m) above the water 
level and goes back into the bank as far as 59 ft (18 m). 
The female usually softens a portion of the nest with 
folded wet leaves. Whenever the female leaves young in 
her nesting burrow, she plugs the exit with soil. 


The female usually lays two eggs, although some- 
times she lays one or three. Typically, the eggs are 
about 0.7 in (1.7 cm) in diameter, are a bit rounder 
than most bird eggs, and are soft and compressible 
with a pliant shell. After she lays her eggs, the female 
curls around them, incubating them for seven to 10 
days. During this time, she only leaves her nest to wet 
her fur and to defecate. Measuring about | in (2.5 cm) 
long, a newly hatched platypus is blind and nude. The 
female platypus has no nipples, therefore, she feeds her 
young on milk secreted through skin pores on her 
abdomen. The milk flows into two milk grooves on 
the abdomen and the young lap up the pools of milk. 
When the young platypus is about four months old, it 
leaves the burrow. 


When the first platypus was sent to England, sci- 
entists thought it was a fake. Years passed before the 
existence of the animal was proven. Although platy- 
pus populations were formerly reduced by hunting for 
the fur trade, effective government conservation 
efforts have resulted in a successful comeback. Under 
the Australian Endangered Species Act of 1992 guide- 
lines, today the platypus is neither on the endangered 
list nor officially on the list of vulnerable species. 
However, serious concern is raised because the platy- 
pus range closely follows densely populated regions of 
Australia where human activity greatly affects water- 
ways. The species habitat may be disrupted by dams, 
irrigation projects, or pollution. 


See also Spiny anteaters. 
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| Plovers 


Plovers are shore birds in the family Charadriidae, 
order Charadriiformes. Plovers have short, straight 
bills, with a small swelling towards the tip. Their 
wings are pointed at the tips, usually with a white 
wing-stripe on the underside, and the flight of these 
birds is fast and direct. Plovers and the closely related 
sandpipers (family Scolopacidae) are affectionately 
known as “peeps” by bird watchers, because of the 
soft, high-pitched vocalizations that these birds make. 


Plovers are active feeders, constantly walking and 
running along the shores, mudflats, prairies, tundra, or 
fields in search of a meal of small invertebrates. Plovers 
typically feed by poking their bill into mud for inverte- 
brates, or by picking arthropods from the surface of 
mud, soil, shore debris, or sometimes foliage. 


Plovers nest on the ground in simple open scrapes 
that blend well with the surroundings and can be very 
difficult to locate. When a predator or other intruder, 
such as a human, is close to its nest, a plover will usually 
display a “broken-wing” charade. This remarkable 
behavior aims to lure away the potential nest predator, 
and during this routine the plover often comes danger- 
ously close to the threatening animal. However, the 
plover is actually very alert and nimble, and stays just 
beyond reach while tenaciously leading the intruder 
away. Plover chicks are capable of leaving their nest 
within hours of their hatching, and they immediately 
move with their parents and feed themselves. 


Plovers are monogamous, which means that each 
mating season the male and female pairs are faithful to 
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A semipalmated plover. (David Weintraub. The National 
Audubon Society Collection/Photo Researchers, Inc.) 


each other, with both parents sharing in the incuba- 
tion of eggs and care of their young. The only excep- 
tion is the mountain plover (Charadrius montana) of 
southwestern North America; this species is polyan- 
drous, meaning that a particular female will mate with 
one or more males, leaving at least one of them a 
clutch of eggs to incubate and care for while the female 
lays another clutch to incubate and care for by herself. 
This interesting breeding strategy is more common 
among species of sandpipers. 


There are 66 species in the Charadriidae, which 
are found worldwide with the exception of Antarctica. 
Most species breed on marine or freshwater shores, 
but a few species breed in prairies, savannas, or 
deserts. Plovers that breed in Arctic regions undertake 
long-distance migrations between their breeding and 
wintering ranges. For example, the semipalmated 
plover (Charadrius semipalmatus) and the black-bel- 
lied plover (Pluvialis squatarola) breed in the Arctic 
of North America, but may winter as far south as 
Tierra del Fuego at the southern tip of South 
America. Plovers are gregarious during their migra- 
tions, appearing in flocks of their own species, and 
often with other, similar-sized shore birds such as 
sandpipers. Tropical species of plovers are relatively 
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sedentary, except for those species that breed in 
deserts; these may be widely nomadic or migratory. 


Nine species of plover regularly breed in North 
America. The black-bellied plover, lesser golden 
plover (Pluvialis dominica), ringed plover (Charadrius 
hiaticula), and semipalmated plover all breed in the 
Arctic tundra, and are long-distance migrants. The 
mountain plover breeds in short-grass prairie and 
semi-desert of the western United States. 


The piping plover (C. melodus), the snowy plover 
(C. alexandrinus), and Wilson’s plover (C. wilsonia) 
breed on sandy beaches and mudflats in various 
areas. However, all of these plovers are rare, mostly 
because of the loss of much of their natural habitat to 
urbanization and the recreational use of beaches. 


The killdeer (Charadrius vociferous) breeds widely 
in temperate and southern regions of North America. 
This is the plover most frequently seen by North 
Americans, because the killdeer is an abundant species 
that commonly breeds in disturbed environments, 
usually in proximity to water. The killdeer was directly 
named after the loud call that it gives when alarmed, 
especially around the nest. Many species of birds have 
been named after their distinctive vocalizations, a 
practice known to etymologists as onomatopoeia. 


During their migrations and on their wintering 
grounds, many species of plovers appear predictably 
in large flocks in particular places, often in association 
with large numbers of other shore birds. These partic- 
ular natural habitats represent critical ecosystems for 
these species, and must be preserved in their natural 
condition if these birds are to survive. 
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| Pluto 


Until August 2006, Pluto was defined as the out- 
ermost planet from the sun in the solar system. A 
decision by the International Astronomical Union in 
August 2006, however, effectively changed Pluto’s 
designation from planet to dwarf planet. 


Pluto is one of the least well-understood objects in 
the solar system. It is a relatively tiny object when 
compared to the planets in the solar system, being 
only about two-thirds the size of Earth’s moon. Pluto 
also has a most unusual orbit that is very elliptical in 
shape. At certain times within its orbit, it is actually 
closer to the sun than the eighth planet Neptune. 


Pluto has three other moons orbiting about it. Its 
long recognized moon, Charon, is so large that they 
essentially form a binary system. In 2005 two tiny 
moons of Pluto were discovered orbiting beyond 
Charon. How the four-body Pluto-Charon system 
formed and how the system acquired its special 2-to-3 
orbital resonance with Neptune are, as of 2006, unan- 
swered questions. Scientists continue to speculate about 
their origins, but we will probably not discover the 
secret of its origin until the NASA “New Frontiers” 
space mission called New Horizons, or other future 
missions, visits the Pluto-Charon system. On January 
2006, when the mission was launched, Pluto was the 
only planet in the solar system that had not been visited 
by a space probe. Since then, Pluto has been demoted to 
a dwarf planet and the solar system has been reduced to 
only eight major planets. 


In 2000 NASA canceled the previously planned 
Pluto Express mission. In all, since about 1985, at least 
four Pluto missions have been planned but, ultimately, 
canceled. After many setbacks in the early 2000s caused 
by the withdrawal of Congressional funds and the accu- 
mulation of technical problems, NASA scientists and 
engineers finally got the New Horizons mission 
approved and finalized. Administered by the Applied 
Physics Laboratory at Johns Hopkins University 
(Maryland), it launched successfully on January 19, 
2006 from Cape Canaveral, Florida. It was sent directly 
into an Earth- and solar-escape trajectory on its way to 
Pluto, Charon, and the Kuiper Belt (a large region of icy, 
rocky bodies located past the orbit of Neptune and 
continuing past Pluto’s orbit). 


The Pluto-Kuiper Belt mission, officially the 
name of the New Horizons mission, will be the first 
reconnaissance of Pluto and Charon. After leaving the 
two prime celestial bodies, the probe will go on to 
explore objects in the Kuiper Belt. As of September 
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Figure 1. The Pluto-Charon system. (Hans & Cassidy. Courtesy of Gale Group.) 


2006, the Pluto-Kuiper Belt mission should encounter 
Pluto and Charon in the summer of 2015, with a target 
date (as of June 2006) of July 14. Observations of 
Kuiper Belt Objects past Pluto should occur approx- 
imately between 2016 and 2020. 


Basic properties 


Pluto has a very eccentric (non-circular) orbit 
about the sun. While its mean distance from the sun 
is 39.44 astronomical units (AU) (equivalently about 
3,674,000,000 mi or 5,913,520,000 km), it can be as far 
as 49.19 AU from the sun and as close as 29.58 AU. 
The time required for Pluto to complete one orbit 
about the sun (its sidereal period) is 247.68 years 
(based on the Earth year of 365.256 days), and the 
time for the planet to repeat alignments with respect to 
Earth and the sun (its synodic period) is 366.73 days. 


The large eccentricity of Pluto’s orbit can bring the 
planet closer to the sun than Neptune. Pluto, in fact, 
last edged closer to the sun than Neptune in January 
1979. It remained the eighth most distant planet from 
the sun until February 11, 1999, at which time it 
regained its status as the ninth planet. It will remain 
more distant than Neptune until April 5, 2231. 


On September 5, 1989, Pluto reached perihelion, 
its closest point to the sun, when it was at its brightest 
when viewed from Earth. Pluto is not a conspicuous 
night-sky object, and can only be viewed with telescopic 
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aid. In fact, the Hubble Space Telescope can only 
record the largest features found on its surface. 
Under good viewing conditions, Pluto can be seen as 
a starlike point in any telescope having an objective 
diameter greater than 7.9 in (20 cm). Pluto moves only 
slowly through the constellations; due to the fact that 
it is both small and very distant from Earth. 


At its closest approach to Earth, Pluto’s planetary 
disk is smaller than 0.25 arc seconds (that is, 0.00007°) 
across. Periodic variations in its brightness, however, 
have revealed that Pluto rotates once every 6.38675 
days (based on a 24-hr Earth day). Pluto’s spin axis is 
inclined at 122.53° to the plane of its orbit about the sun 
and, consequently, its rotation is retrograde. The 
extreme tilt of Pluto’s spin-axis results in the Earth- 
based observer seeing different hemispheric projections 
as it moves around the sun. In the early 1950s, for 
example, Pluto presented its south pole towards Earth, 
while today we see its equatorial regions. In the year 
2050 Pluto will present its north pole towards Earth. 


Careful long-term monitoring of the variations in 
Pluto’s brightness indicate that the body is brightest 
when seen pole-on. This observation suggests that the 
poles are covered by reflective ices, and that Pluto has 
a dark patch (lower albedo) on, or near, its equator. It 
is highly likely that Pluto’s brightness variations 
undergo seasonal changes, but as yet, astronomers 
have only been able to monitor the planet during 
about one-sixth of one orbit about the sun. 
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An artist’s view of dwarf planet Pluto and its only moon, Charon. 
(U.S. National Aeronautics and Space Administration [NASA].) 


At its mean distance of about 40 AU from the sun, 
Pluto receives 1/1600 the amount of sunlight received 
at Earth. Consequently, Pluto is a very cold world, with 
a surface temperature that varies between —391 and 
—346°F (—235 and —210°C), and with an average tem- 
perature of —369°F (—223°C). Spectroscopic observa- 
tions indicate the presence of methane, nitrogen, and 
carbon monoxide ices on Pluto’s surface. Most surpris- 
ingly, however, and in spite of its small size and low 
escape velocity (0.75 mi/sec or 1.2 km/sec), Pluto is able 
to support a very tenuous atmosphere. 


That Pluto might have a thin methane atmosphere 
was first suggested, on the basis of spectroscopic obser- 
vations, in the early 1980s. Conclusive evidence for 
the existence of a Plutonian atmosphere was finally 
obtained, however, on June 9, 1988, when Pluto passed 
in front of a faint star producing what astronomers call a 
stellar occultation. As Pluto moved between the star and 
Earth, observers found that rather than simply vanishing 
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from view, the star gradually dimmed. This observation 
indicates the presence of a Plutonian atmosphere. 
Indeed, Pluto’s atmosphere appears to have a tenuous 
outer layer and a more opaque layer near its surface, with 
a surface pressure of only about three microbars. 


It has been suggested that Pluto only supports an 
atmosphere when it is near perihelion and that as the 
planet moves further away from the sun the atmos- 
phere freezes. This freezing and thawing of Pluto’s 
atmosphere may explain why the planet has a rela- 
tively high surface albedo from about 40-60%. 
Essentially, the periodic freezing and thawing of 
Pluto’s atmosphere continually refreshes the methane 
ice at the planet’s surface. 


As of 2006, scientists think that Pluto’s atmos- 
phere consists primarily of nitrogen and methane, 
along with smaller amounts of ethane and carbon 
monoxide. When it is near perihelion its atmosphere 
may exist entirely as gases, but for the majority of its 
orbit the atmospheric gases are frozen into ice. When 
New Horizons arrives at Pluto, mission specialists will 
be able to examine Pluto in detail because its atmos- 
phere will be gaseous (as opposed to frozen) in order to 
obtain the most information possible. 


The discovery of Pluto 


Speculations about the existence of a ninth planet 
arose soon after astronomers discovered that the planet 
Neptune (discovered in 1846 by German astronomer 
Johann Gottfried Galle) did not move in its orbit as 
predicted. The small differences between Neptune’s 
predicted and actual position were taken as evidence 
that an unseen object was introducing slight gravita- 
tional perturbations in the planet’s orbit. The first 
search for a trans-Neptunian planet appears to have 
been carried out by American astronomer David Peck 
Todd (1855-1939), of the U.S. Naval Observatory, in 
1877. Todd conducted a visual search during 30 clear 
nights between November 1887 and March 1888, but 
he found nothing that looked like a planet. 


The first systematic survey for a trans-Neptunian 
planet, using photographic plates, was carried out by 
American astronomer Percival Lowell (1855-1916), at 
the Flagstaff Observatory, in Arizona between 1905 and 
1907. Lowell conducted a second survey at Flagstaff in 
1914, but again, no new planet (which he called Planet 
X) was discovered. On the basis of predictions made by 
William Henry Pickering in 1909, American astronomer 
Milton Lasell Humason (1891-1972), at Mount Wilson 
Observatory, in California, carried out yet another pho- 
tographic survey for a trans-Neptunian planet, with 
negative results, in 1919. 
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A third photographic survey to look for objects 
beyond the orbit of Neptune was initiated at Flagstaff 
Observatory in 1929. Clyde Tombaugh (1906-1997) 
was the young American astronomer placed in charge 
of the program. The survey technique that Tombaugh 
used entailed the exposure of several photographic 
plates, of the same region of the sky, on a number of 
different nights. In this way, an object moving about 
the sun will shift its position, with respect to the 
unmoving, background stars, when two plates of the 
same region of sky are compared. The object that we 
now know as Pluto was discovered through its “shift” 
on two plates taken during the nights of January 23rd 
and 29th, 1930. The announcement that a new planet 
had been discovered was delayed until March 13, 
1930, to coincide with the 149th anniversary of the 
discovery of Uranus, and to mark the 78th anniversary 
of Lowell’s birth. It is reported that some of 
Tombaugh’s ashes were placed onboard the New 
Horizons spacecraft in honor of his discovery of Pluto. 


Humason, it turns out in retrospect, was unlucky 
in his survey of 1919, in that a re-examination of his 
plates revealed that Pluto had, in fact, been recorded 
twice. Unfortunately for Humason, one image of 
Pluto fell on a flaw in the photographic plate, and 
the second image was obscured by a bright star. 


After its discovery, it was immediately clear that 
the Pluto was much smaller and fainter than the the- 
oreticians had suggested it should be. Indeed, a more 
refined analysis of Neptune’s orbit has revealed that 
no “extra” planetary perturbations are required to 
explain its orbital motion. 


Pluto’s characteristics 


Pluto has a mean density of about 1750 kg/m*, or 
more than three times less than Earth’s mean density. 
It has an estimated surface gravity of about 0.58 m/ 
sec? and an escape velocity of about 1.2 m/sec. 
Scientists estimate that Pluto may have a core of sili- 
cate rock about 1,050 mi (1,700 km) in diameter, 
which is surrounded by ices of water, methane, and 
carbon monoxide. The crust of Pluto may be a thin 
coating of nitrogen, methane, and carbon monoxide 
ice. Hubble Space Telescope photographs (taken in 
infrared) show light and dark patches on the surface 
of Pluto that may represent terrains of different com- 
position and perhaps different ages as well. It is con- 
sidered likely that Pluto has polar caps. While Pluto 
may have had some internal heating early in its his- 
tory, that is likely long past and the planet is quite cold 
and geologically inactive. There is no reason to expect 
that Pluto has a magnetic field. 
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Charon 


Charon, Pluto’s largest and closest moon, was dis- 
covered by American astronomer James W. Christy 
(1938-) in June, 1978. Working at the U.S. Naval 
Observatory in Flagstaff, Arizona, Christy noted that 
what appeared to be slight bulges, or “bumps,” on 
several highly magnified images of photographic plates 
taken of Pluto, which reappeared on a periodic basis. 
With this information, Christy realized that what had 
been dismissed previously, as far back as early 1965, as 
image distortions were actually composite images of 
Pluto and a companion moon. The body was tempo- 
rarily designated as S/1978 P 1. Christy later suggested 
that the new moon be named Charon, after the myth- 
ical boatman that ferried the souls of the dead across 
the river Styx to Hades, where Pluto, God of the under- 
world, sat in judgment. In 1985, the name was accepted 
by the International Astronomical Union (an interna- 
tional astronomy body that officially names celestial 
bodies). 


The orbit of Charon is circular (its orbital eccen- 
tricity is zero) and parallel to Pluto’s equator (its orbital 
inclination to Pluto is zero). Charon orbits Pluto once 
every 6.38725 days, which is also the rate at which Pluto 
spins on its axis. Charon is therefore in synchronous 
orbit about Pluto, so each sees only one side of the 
other. As seen from the satellite-facing hemisphere of 
Pluto, Charon hangs motionless in the sky, never set- 
ting nor rising. The average Pluto-Charon separation is 
12,196 mi (19,640 km), which is about one-twentieth 
the distance between the Earth and the moon. 


Soon after Charon was discovered astronomers 
realized that a series of mutual eclipses between 
Pluto and its satellite would be seen from Earth every 
124 years. During these eclipse seasons, which last 
about five years each, observers on Earth would wit- 
ness a complete series of passages of Charon across the 
surface of Pluto. The last eclipse season ended in 1990, 
and the next series of eclipses will take place in 2114. 


By making precise measurements of the bright- 
ness variations that accompany Charon’s movement 
in front of and behind Pluto, astronomers have been 
able to construct detailed albedo (reflectivity) maps of 
the two bodies. They have also been able to derive 
accurate measurements of each component’s size. 
For example, Pluto has a diameter of 1,685 mi (2,390 
km), making the planet about 1.5 times smaller than 
Earth’s moon, and two times smaller than the planet 
Mercury. Charon has a diameter of 737 mi (1,186 km). 


Since Pluto has a satellite, Kepler’s third law of 
planetary motion can be used to determine its mass. A 
mass equivalent to about 1/500 that of Earth, or about 
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1/5 that of the moon, has been derived for Pluto. 
Charon’s mass is about one-eighth that of Pluto’s. 
Given the high mass ratio of 8:1 and the small relative 
separation between Pluto and Charon, the center of 
mass about which the two bodies rotate actually falls 
outside of the main body of Pluto. This indicates that 
rather than being a planet-satellite system, Pluto and 
Charon really constitute a binary system, or, in other 
words, a double body system. 


Pluto has a bulk density of about 2 g/cm*, while 
Charon has a lower bulk density of about 1.2 g/cm’. 
This difference in densities indicates that while Pluto is 
probably composed of more rock than ice, while 
Charon is most likely made up of more ice than rock. 
In general terms, Pluto can be likened in internal struc- 
ture to one of Jupiter’s Galilean moons, while Charon is 
more similar in structure to one of Saturn’s moons. In 
fact, astronomers believe that Pluto’s internal structure 
and surface appearance may be very similar to that of 
Triton, Neptune’s largest moon. 


Charon’s characteristics 


Charon’s surface is thought to be composed of 
water ice, nitrogen ice, and carbon-monoxide ice. 
Charon probably has a core composed of silicate rock, 
which is a minor component of the satellite’s mass. 
About the core, is a hypothetical mantle and cryosphere 
(ice layer) of water ice, nitrogen ice, and carbon-mon- 
oxide ice. It is likely that Charon has no internal heat 
source and that it has no appreciable magnetic field. 
Charon has no noticeable atmosphere. Its surface grav- 
ity is 0.31 m/sec2 and its escape velocity is 0.6 km/sec. 


After Charon was discovered, astronomers were 
able to accurately measure the mass of the Pluto- 
Charon system. Their individual masses were not 
able to be determined until Nix and Hydra were dis- 
covered in late 2005. Pluto’s mass is about 1.25 x 10°° 
kg, while the mass of Charon is approximately 1.52 x 
10°! kg. From these statistics, Charon’s composition is 
estimated to be about 55% rock and 45% ice, while 
Pluto is about 70% rock and 30% ice. While Pluto 
shows pinkish colors and areas of dark and light, 
Charon looks basically a uniform gray color. 


Pluto’s strange orbit 


The Pluto-Charon system has the strangest orbit 
of all bodies rotating about the sun in the solar system. 
It has a large eccentricity (0.2488, which is much 
greater than Earth’s value of 0.0167) and a high orbital 
inclination of 17.16° to the ecliptic. These extreme 
orbital characteristics suggest that since its formation 
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the Pluto-Charon system may have undergone some 
considerable orbital evolution. 


Shortly after Pluto was first discovered, astronomers 
realized that unless some special conditions prevailed, 
Pluto would occasionally undergo close encounters 
with Neptune, and consequently suffer rapid orbital evo- 
lution. In the mid-1960s, however, it was discovered that 
Pluto is in a special 2-to-3 resonance with Neptune. That 
is, for every three orbits that Neptune completes about 
the sun, Pluto completes two. This resonance ensures 
that Neptune always overtakes Pluto in its orbit when 
Pluto is at aphelion, and that the two planets are never 
closer than about 17 AU. How this orbital arrangement 
evolved is presently unclear. 


The close structural compatibility of Pluto and 
Triton (i.e., they have the same size, mass, and compo- 
sition) has lead some astronomers to suggest that the 
two bodies may have formed in the same region of the 
solar nebula. Subsequently, it is sometimes argued that 
Triton was captured to become a moon of Neptune, 
while Pluto managed to settle into its present orbit 
about the sun. Numerical calculations have shown that 
small, moon-sized objects that formed with low inclina- 
tion, circular orbits beyond Neptune do evolve, within a 
few hundred million years, to orbits similar to that of 
Pluto’s. This result suggests that Pluto is the lone survi- 
vor of a (small) population of moon-sized objects that 
formed beyond Neptune, its other companions being 
captured as satellites around Uranus and Neptune, or 
being ejected from the solar system. One important, and 
yet unsolved, snag with the orbital evolution scenario 
just outlined is that Pluto and Charon have different 
internal structures, implying that they formed in differ- 
ent regions of the solar nebula. It is presently not at all 
clear how the Pluto-Charon system formed. 


Using a specially designed computer, Gerald 
Sussman and Jack Wisdom of the Massachusetts 
Institute of Technology, have modeled the long-term 
orbital motion of Pluto. Sussman and Wisdom set the 
computer to follow Pluto’s orbital motion over a time 
span equivalent to 845 million years; interestingly they 
found that Pluto’s orbit is chaotic on a time scale of 
several tens of millions of years. 


History of the Pluto-Charon system 


Obviously, a history of the Pluto-Charon system is 
quite speculative. One theory states that the double- 
dwarf planet system may have originated in a more 
nearly circular orbit, and that a subsequent catastrophic 
impact changed the orbit to highly elliptical and perhaps 
separated the two masses. It is further speculated that a 
large object rammed into Pluto around 4.5 billion years 
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ago and, in the process, much of Pluto’s mass was 
discarded and Charon was formed from coalesced 
debris in near Pluto space. This idea may also account 
for the strongly inclined spin axis of Pluto. 


Another hypothesis holds that Pluto accreted in 
orbit around Neptune and may have been ejected in the 
Triton capture event that is thought to have reorgan- 
ized the Neptunian system. The lack of a large “origi- 
nal” satellite of Neptune (Triton is thought to have 
been captured) is a point in favor of this hypothesis. 


It is also possible that Pluto-Charon are simply 
part of a class of icy Trans-Neptunian objects (TNOs) 
that are rather close to the Sun as compared with 
others probably out there in the Ort cloud beyond 
the edge of the solar system. Until the New Horizons 
space mission, or other future missions, returns data 
and photographs from Pluto, Charon, and some 
TNOs, scientists may not be able to eliminate any of 
the completing hypotheses. 


Newcomers to the Pluto-Charon system 


In late 2005, an astronomy team used the Hubble 
Space Telescope to discover two tiny moons orbiting 
Pluto. They were temporarily designated S/2005 P1 
and §/2005 P2 but have since then been approved by 
the International Astronomical Union to be called Nix 
and Hydra, respectively. In the tradition of naming 
bodies in the far reaches of the solar system after 
underworld characters, the team originally chose the 
figures Nyx, the Greek goddess of the night (and 
mother of Charon), and Hydra, a nine-headed mon- 
ster that guarded the entrance to the underworld. (The 
team altered one name after finding that Nyx was 
already a name for a small asteroid.) 


Nix and Hydra are estimated to be between 30 and 
125 mi (48-200 km) in diameter and about 27,000 mi 
(44,000 km) away from Pluto—about two to three 
times further away than Charon. Hydra is the further 
out of the two satellites. The two new moons appear to 
move counterclockwise around Pluto, as does Charon. 
When viewed with cameras onboard Hubble, the 
moons are about 5,000 times fainter than Pluto. 
However, scientists conclude that these numbers are 
currently only rough estimates. 


With the confirmation of these newly discovered 
bodies, astronomers are more confident in being able 
to learn more about the nature of Pluto and its origin. 
Based on this discovery, and knowing that Pluto 
resides within the heart of the Kuiper Belt, astrono- 
mers are already speculating that many larger bodies 
within the Kuiper Belt may have several moons orbit- 
ing them like Pluto. 
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Pluto demoted to dwarf planet status 


Pluto remained a planet for over 75 years because 
of such planet like features as a spherical shape, 
atmosphere, internal rocky core structure with 
extended ice layers, and one or more moons. It also 
remained a planet due simply to the fact that it was 
always called a planet. However, the scientific com- 
munity began questioning its status near the end of the 
twentieth century. 


Early in the 1990s, many tiny bodies beyond the 
orbit of Neptune (what are called trans-Neptunian 
objects) were discovered. These icy bodies were similar 
in composition and size to Pluto. In addition, hundreds 
of exoplanets (planets orbiting stars other than the sun) 
were found to exist. These discoveries added a wide 
variety of sizes and characteristics when describing 
planets. Finally, in 2005, a body called 2003UB3)3— 
which was larger than Pluto (the solar system’s smallest 
planet at the time)—was found outside Neptune’s orbit. 


On August 24, 2006, members of the International 
Astronomical Union (IAU) passed a resolution to offi- 
cially define a planet as any “celestial body that (a) is in 
orbit around the sun, (b) has sufficient mass for its self- 
gravity to overcome rigid body forces so that it assumes 
a hydrostatic equilibrium (nearly round) shape, and (c) 
has cleared the neighborhood around its orbit.” 
Consequently, Pluto was disqualified from being a 
planet due to its highly elliptical orbit that overlapped 
Neptune’s orbit. Instead, Pluto was recognized by the 
IAU as a dwarf planet: “a celestial body that (a) is in 
orbit around the sun, (b) has sufficient mass for its self- 
gravity to overcome rigid body forces so that it assumes 
a hydrostatic equilibrium (nearly round) shape, (c) has 
not cleared the neighborhood around its orbit, and (d) 
is not a satellite.” Controversy about this decision con- 
tinues to run rampant in the astronomy community— 
some in favor and others vehemently against it. 


Because of this new status, Charon and Pluto are 
now sometimes considered a double dwarf planet sys- 
tem, although Charon has yet to be recognized as a 
dwarf planet. Nix and Hrdra are small enough and at a 
large enough distance from Pluto to be still considered 
satellites of Pluto. 


New Horizons spacecraft speeds 
toward Pluto 


NASA’s New Horizon’s spacecraft will cross the 
orbits of all of the planets past Earth on its way to fly 
past Pluto and Charon in 2015. It will be the first space- 
craft to visit the Pluto-Charon system. The spacecraft is 
expected to fly within 6,200 mi (10,000 km) of Pluto 
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KEY TERMS 


Objective diameter—The diameter of a telescope’s 
main light-collecting lens, or mirror. 


Occultation—The passing of one astronomical 
object (e.g., a planet or asteroid) in front of another. 


Retrograde rotation—Axial spin that is directed in 
the opposite sense to that of the orbital motion. 


Solar nebula—The primordial cloud of gas and dust 
out of which our solar system formed. 


with a relative velocity of 8.6 mi/sec (13.78 km/sec) at 
closest approach. When it flies by Charon it will come 
as close as 16,800 mi (27,000 km). The New Horizon’s 
unmanned spacecraft traveled to the moon’s orbit in 
about nine hours, as compared to the three days it took 
the Apollo manned spacecraft. It is the fastest space- 
craft ever launched. 


The spacecraft was built by Southwest Research 
Institute (Texas) and the Johns Hopkins Applied 
Physics Laboratory (Maryland). The seven science 
instruments onboard the grand piano-sized spacecraft 
will help scientists understand the global geology and 
morphology of Pluto and Charon, along with the 
chemical compositions of their surfaces and atmos- 
pheres. The Venetia Burney Student Dust Counter 
(VBSDC) will measure space dust encountered by 
the spacecraft during its entire mission, while the 
Pluto Energetic Particle Spectrometer Science 
Investigation (PEPSSI) will measure the composition 
and density of plasma (ions) escaping the atmosphere 
of Pluto. The Solar Wind Around Pluto (SWAP) 
instrument will measure Pluto’s atmospheric escape 
rate and observe its interaction with the solar wind. 


The Long Range Reconnaissance Imager (LORRI) 
will visibly map portions of Pluto’s surface and provide 
high resolution geologic data, while the Radio Science 
Experiment (REX) will measure the composition of 
Pluto’s atmosphere, along with its temperature, with 
the use of radio waves. An ultraviolet imaging spec- 
trometer (nicknamed ALICE) will analyze the compo- 
sition and structure of Pluto’s atmosphere and will 
examine the atmospheres around Charon and various 
Kuiper Belt Objects (KBOs). A visible and infrared 
imager/spectrometer (nicknamed RALPH) will provide 
various maps based on temperature, composition, and 
visual color of Pluto. Many other measurements are 
also possible for the spacecraft. 
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After passing by Pluto and Charon, New Horizons 
will travel further into the Kuiper Belt. Over the next 
four to five years, the spacecraft is expected to examine 
several KBOs. In this far region of the solar system, it 
will take uncompressed images over nine months to 
transmit to Earth, while highly compressed images 
can be transmitted in a few days. Pluto is the largest 
body in the Kuiper Belt, the outer zone of the solar 
system. The National Academy of Sciences considers 
the exploration of this region of space, especially of 
Pluto, to be the highest priority for future planetary 
missions. 
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[| Pneumonia 


Pneumonia is an infection of the lung, and can be 
caused by nearly any class of organism known to cause 
human infections, including bacteria, viruses, fungi, 
and parasites. In the United States, pneumonia is the 
sixth most common disease leading to death, and the 
most common fatal infection acquired by already hos- 
pitalized patients. In developing countries, pneumonia 
almost ties diarrhea as the most common cause of 
death. 


Anatomy of the lung 


In order to better understand pneumonia, it is 
important to understand the basic anatomic features 
of the respiratory system. The human respiratory sys- 
tem begins at the nose and mouth, where air is 
breathed in (inspired), and out (expired). The air 
tube extending from the nose is called the nasophar- 
ynx; the tube carrying air breathed in through the 
mouth is called the oropharynx. The nasopharynx 
and the oropharynx merge into the larynx. Because 
the oropharynx also carries swallowed substances, 
including food, water, and salivary secretions which 
must pass into the esophagus and then the stomach, 
the larynx is protected by a trap door called the epi- 
glottis. The epiglottis prevents substances which have 
been swallowed, as well as substances which have been 
regurgitated (thrown up) from heading down into the 
larynx and toward the lungs. 


A useful method of picturing the respiratory sys- 
tem is to imagine an upside-down tree. The larynx 
flows into the trachea, which is the tree trunk, and 
thus the broadest part of the respiratory tree. The 
trachea divides into two tree limbs, the right and left 
bronchi, each of which branches off into multiple 
smaller bronchi, which course through the tissue of 
the lung. Each bronchus divides into tubes of smaller 
and smaller diameter, finally ending in the terminal 
bronchioles. The air sacs of the lung, in which oxygen- 
carbon dioxide exchange actually takes place, are clus- 
tered at the ends of the bronchioles like the leaves of a 
tree, and are called alveoli. 


The tissue of the lung which serves only a suppor- 
tive role for the bronchi, bronchioles, and alveoli, is 
called the lung parenchyma. 


Function of the respiratory system 


The main function of the respiratory system is to 
provide oxygen, the most important energy source for 
the body’s cells. Inspired air travels down the 
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A chest x-ray showing lobar pneumonia in the lower lobe of a 
patient’s right lung. The alveoli (air sacs) of the lung become 
blocked with pus, which forces air out and causes the lung to 
become solidified. (National Audubon Society Collection/Photo 
Researchers, Inc.) 


respiratory tree to the alveoli, where the oxygen 
moves out of the alveoli and is sent into circulation 
throughout the body as part of the red blood cells. The 
oxygen in the inspired air is exchanged within the 
alveoli for the body’s waste product, carbon dioxide, 
which leaves the alveoli during expiration. 


Respiratory system defenses 


The normal, healthy human lung is sterile, meaning 
that there are no normally resident bacteria or viruses 
(unlike the upper respiratory system and parts of the 
gastrointestinal system, where bacteria dwell even in a 
healthy state). There are multiple safeguards along the 
path of the respiratory system which are designed to 
keep invading organisms from leading to infection. 


The first line of defense includes the hair in the 
nostrils, which serves as a filter for larger particles. The 
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epiglottis is a trap door of sorts, designed to prevent 
food and other swallowed substances from entering 
the larynx and then trachea. Sneezing and coughing, 
both provoked by the presence of irritants within the 
respiratory system, help to clear such irritants from the 
respiratory tract. 


Mucous, produced throughout the respiratory 
system, also serves to trap dust and infectious organ- 
isms. Tiny hairlike projections (cilia) from cells lining 
the respiratory tract beat constantly, moving debris, 
trapped by mucus, upwards and out of the respiratory 
tract. This mechanism of protection is referred to as 
the mucociliary escalator. 


Cells lining the respiratory tract produce several 
types of immune substances that protect against vari- 
ous organisms. Other cells (called macrophages) along 
the respiratory tract actually ingest and kill invading 
organisms. 


The organisms which cause pneumonia, then, are 
usually carefully kept from entering the lungs by virtue 
of these host defenses. However, when an individual 
encounters a large number of organisms at once, either 
by inhaling contaminated air droplets, or by aspiration 
of organisms inhabiting the upper airways, the usual 
defenses may be overwhelmed, and infection may occur. 


Conditions predisposing to pneumonia 


In addition to exposure to sufficient quantities of 
causative organisms, certain conditions may predis- 
pose an individual to pneumonia. Certainly, the lack 
of normal anatomical structure could result in an 
increased risk of pneumonia. For example, there are 
certain inherited defects of cilia which result in less 
effective protection. Cigarette smoke, inhaled directly 
by a smoker or second-hand by a bystander, interferes 
significantly with ciliary function, as well as inhibiting 
macrophage function. 


Stroke, seizures, alcohol, and various drugs inter- 
fere with the function of the epiglottis, leading to a 
leaky seal on the trap door, with possible contamina- 
tion by swallowed substances and/or regurgitated 
stomach contents. Alcohol and drugs also interfere 
with the normal cough reflex, further decreasing the 
chance of clearing unwanted debris from the respira- 
tory tract. 


Viruses may interfere with ciliary function, allow- 
ing themselves or other microorganism invaders, 
such as bacteria, access to the lower respiratory tract. 
One of the most important viruses which in recent 
years has resulted in a huge increase in the incidence 
of pneumonia is HIV (human immunodeficiency virus), 
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the causative virus in AIDS (acquired immune defi- 
ciency syndrome). Because AIDS results in a general 
decreased effectiveness of many aspects of the host’s 
immune system, a patient with AIDS is susceptible to 
all kinds of pneumonia, including some previously rare 
parasitic types which would be unable to cause illness in 
an individual possessing a normal immune system. 


The elderly have a less effective mucociliary esca- 
lator, as well as changes in their immune system, all of 
which cause them to be more at risk for the develop- 
ment of pneumonia. 


Various chronic conditions predispose to pneumo- 
nia, including asthma, cystic fibrosis, neuromuscular 
diseases which may interfere with the seal of the epi- 
glottis, esophageal disorders which result in stomach 
contents passing upwards into the esophagus (increas- 
ing the risk of aspiration of those stomach contents 
with their resident bacteria), as well as diabetes, sickle 
cell anemia, lymphoma, leukemia, and emphysema. 


Pneumonia is one of the most frequent infectious 
complications of all types of surgeries. Many drugs 
used during and after surgery may increase the risk of 
aspiration, impair the cough reflex, and cause a 
patient to underfill their lungs with air. Pain after 
surgery also discourages a patient from breathing 
deeply and coughing effectively. 


Causative organisms 


The list of organisms which can cause pneumonia 
is very large, and includes nearly every class of infect- 
ing organism: viruses, bacteria, bacteria-like organ- 
isms, fungi, and parasites (including certain worms). 
Different organisms are more frequently encountered 
by different age groups. Further, other characteristics 
of the host may place an individual at greater risk for 
infection by particular types of organisms. 


Viruses, especially respiratory syncytial virus, par- 
ainfluenza and influenza viruses, and adenovirus, 
cause the majority of pneumonias in young children. 
Pneumonia in older children and young adults is often 
caused by the bacteria-like Mycoplasma pneumoniae. 
Adults are more frequently infected with bacteria 
(such as Streptococcus pneumoniae, Hemophilus inflen- 
zae, and Staphylococcus aureus). 


The parasite Pneumocystis carinii is an extremely 
important cause of pneumonia in patients with 
immune problems, such as patients being treated for 
cancer with chemotherapy, or patients with AIDS. 
People who have reason to come in contact with bird 
droppings, such as poultry workers, are at risk for 
pneumonia caused by the parasite Chlamydia psittaci. 
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A very large, serious outbreak of pneumonia occurred 
in 1976, when many people attending an American 
Legion convention were infected by a previously 
unknown organism (subsequently named Legionella 
pneumophila) which was traced to air conditioning 
units in the convention hotel. 


Signs and symptoms of pneumonia 


Pneumonia is suspected in any patient who presents 
with fever, cough, chest pain, shortness of breath, and 
increased respirations (number of breaths per minute). 
Fever with a shaking chill is even more suspicious, and 
many patients cough up clumps of mucus (sputum) that 
may appear streaked with pus or blood. Severe pneumo- 
nia results in the signs of oxygen deprivation, including 
blue appearance of the nail beds (cyanosis). 


Pathophysiology of pneumonia 


The invading organism causes symptoms, in part, 
by provoking an overly exuberant immune response in 
the lungs. The small blood vessels in the lungs (capil- 
laries) become leaky, and protein-rich fluid seeps into 
the alveoli. This results in a smaller functional area for 
oxygen-carbon dioxide exchange. The person with 
pneumonia becomes relatively oxygen deprived, while 
retaining potentially damaging carbon dioxide. The 
person breathes faster and faster, in an effort to bring 
in more oxygen and blow off more carbon dioxide. 


Mucus production is increased, and the leaky 
capillaries may tinge the mucus with blood. Mucus 
plugs actually further decrease the efficiency of gas 
exchange in the lung. The alveoli fill further with 
fluid and debris from the large number of white 
blood cells being produced to fight the infection. 


Consolidation, a feature of bacterial pneumonias, 
occurs when the alveoli, which are normally hollow air 
spaces within the lung, instead become solid, due to 
quantities of fluid and debris. 


Viral pneumonias, and mycoplasma pneumonias, 
do not result in consolidation. These types of pneumo- 
nia primarily infect the walls of the alveoli and the 
parenchyma of the lung. 


Diagnosis 


Diagnosis is for the most part based on symptoms, 
combined with examination of the chest. Listening with 
a stethoscope will reveal abnormal sounds, and tapping 
on the person’s back (which should yield a resonant 
sound due to air filling the alveoli) may instead yield a 
dull thump if the alveoli are filled with fluid and debris. 
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Laboratory diagnosis can be made of some bacte- 
rial pneumonias by staining sputum with special 
chemicals and looking at it under a microscope. 
Identification of the specific type of bacteria may 
require culturing the sputum (using the sputum sample 
to grow greater numbers of the bacteria in a lab dish). 


X-ray examination of the chest may reveal certain 
abnormal changes associated with pneumonia. 
Localized shadows obscuring areas of the lung may 
indicate a bacterial pneumonia, while streaky or patchy 
appearing changes in the x-ray picture may indicate 
viral or mycoplasma pneumonia. These changes on x- 
ray, however, are known to lag in time behind the 
patient’s actual symptoms. 


In 2006, scientists and government authorities are 
preparing for a possible recurrence of viral illnesses that 
have pneumonialike complications, such as SARS and 
Avian influenza. For the first time, a new surveillance 
system has been established that monitors pneumonia 
cases, including those among health care workers. 


Treatment 


Bacterial pneumonia prior to the discovery of 
penicillin antibiotics was a virtual death sentence. 
Today, antibiotics, especially given early in the course 
of the disease, are very effective against bacterial 
causes of pneumonia. Erythromycin and tetracycline 
improve recovery time for symptoms of mycoplasma 
pneumonia, but do not eradicate the organisms. 
Amantadine and acyclovir may be helpful against cer- 
tain viral pneumonias. 


Prevention 


Because many bacterial pneumonias occur in 
patients who are first infected with the influenza virus 
(the flu), yearly vaccination against influenza can 
decrease the risk of pneumonia for certain patients, 
particularly the elderly and people with chronic dis- 
eases (such as asthma, cystic fibrosis, other lung or 
heart diseases, sickle cell disease, diabetes, kidney dis- 
ease, and forms of cancer). 


A specific vaccine against Streptococcus pneumo- 
niae is very protective, and should also be adminis- 
tered to persons with chronic illnesses and those over 
age 65. Persons who have decreased immune resist- 
ance (due to treatment with chemotherapy for various 
forms of cancer or due to infection with the AIDS 
virus), and therefore may be at risk for infection with 
Pneumocystis carinii, are frequently put on a regular 
drug regimen of Trimethoprim sulfa and/or inhaled 
pentamidine to avoid Pneumocystis pneumonia. 
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KEY TERMS 


Alveoli (singular, alveolus)—The air sacs of the lung, 
in which oxygen and carbon dioxide exchange occurs. 


Bronchi (singular, bronchus)—The major, larger diam- 
eter air tubes running from the trachea to the bronchioles. 


Bronchiole—The smallest diameter air tubes, branch- 
ing off of the bronchi, and ending in the alveoli (air sacs). 


Cilia—Tiny, hairlike projections from a cell. In the 
respiratory tract, cilia beat constantly in order to move 
mucus and debris up and out of the respiratory tree, in 
order to protect the lung from infection or irritation by 
foreign bodies. 

Consolidation—One of the main symptoms of bacte- 
rial pneumonia, in which the alveoli become filled not 
with air, but with fluid and cellular debris, thereby 
decreasing the lung’s ability to effectively exchange 
oxygen and carbon dioxide. 

Epiglottis—The flap at the top of the larynx that 
regulates air movement and prevents food from 
entering the trachea. 
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Esophagus—The tube down which swallowed sub- 
stances must pass in order to reach the stomach. 


Larynx—tThe air tube made by the merging of the 
nasopharynx and oropharynx. Air passes through the 
larynx and into the trachea. 


Nasopharynx—The tube which carries air inspired 
or expired through the nose. 


Oropharynx—The tube which carries air inspired or 
expired through the mouth. 


Parenchyma—The tissue of the lung which is not 
involved with carrying air or oxygen-carbon dioxide 
exchange, but which provides support to other func- 
tional lung structures. 


Sputum—Clumps of mucus that can be coughed up 
from the lungs and bronchi. 


Trachea—The large diameter air tube which extends 
between the larynx and the main bronchus. 


[ Podcast 


A podcast is a digital audio or audiovisual file, 
usually updated regularly, that can be downloaded free 
by a computer user connected to the Internet. Podcasts 
are provided by news organizations, advocacy groups, 
radio and TV broadcasts, and individuals. Podcast con- 
tent ranges from educational, scientific, and religious to 
pornographic. 


Podcast files are stored on webservers (computers 
dedicated to distributing information to end-users 
over the Web), from which they are downloaded to 
computers. They are distinguished from other down- 
loadable digital audio and audiovisual files by the fact 
that they can be downloaded automatically by pro- 
grams known as aggregators, podcatchers, and pod- 
cast receivers. These programs allow the user to 
specify which podcasts they wish to receive. The pro- 
gram then handles the details of checking periodically 
for new episodes (individual podcast files) and down- 
loading them. Attaching a personal audio player such 
as an iPod or Zune to a computer will then result in 
automatic download of the podcast to the player. 
Updating may also be done wirelessly. An aggregator 
need not be, and by 2006 usually was not, a dedicated 
program: many digital media programs as iTunes 
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An Apple technician syncs limited edition Karl Lagerfeld iPods with a video podcast of the designer’s show following the 
production backstage at the Cedar Lake Dance Studio where his 2006 fall collection was shown. (Andrew Cutraro/Getty Images.) 


(a free product from Apple Corp.) and the e-mail 
program Mozilla Thunderbird routinely incorporated 
aggregator features. 


The podcasting phenomenon shows how quickly 
new cultural practices can arise in connection with 
computers and the Internet. The concept of podcast- 
ing was not proposed by computer experts until late 
2000. The first podcasted file, a Grateful Dead song, 
went online in January, 2001. The practice spread 
rapidly in 2002 and 2003, but the word “podcast,” an 
invention of the British journalist Ben Hammersley, 
was not suggested until February, 2004. Google hits 
for “podcasts” rose from 24 on September 28, 2004 to 
526 six days later and 2,750 three days after that. By 
October 18, 2004, the word appeared on the Web more 
than 100,000 times; one year later, more than 
100,000,000 times. However, usage of the term seems 
to have stabilized at about that level: in November, 
2006, Google found fewer than 97,000,000 hits for 
“podcasts.” 


The word “podcast” is a conflation of “iPod” (the 
most popular make of personal audio player at the 
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and still so in 2006) and “broadcasting.” Because this 
word is so closely associated with a single manufac- 
turer’s product, alternative terms such as blogcasting, 
audioblogging, and netcasting have been proposed. 
However, “podcasting” seems firmly established, as 
of this writing. The claim that “podcast” derives 
from Personal On-Demand Broadcast is inaccurate, 
a latter-day invention by a competitor of Apple 
Corporation, the iPod’s manufacturer. 


“Podcast” was declared the Word of the Year in 
2005 by the editors of the authoritative Oxford New 
American Dictionary, Oxford University, United 
Kingdom. The definition given by that dictionary is 
“a digital recording of a radio broadcast or similar 
program, made available on the internet for down- 
loading to a personal audio player.” However, this 
definition is slightly misleading because a user may 
choose to listen to (or watch) a podcast on their com- 
puter or personal digital assistant rather than on their 
personal audio player. 


Larry Gilman 
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| Podiatry 


Podiatry is a medical specialty that focuses on 
the diagnosis and treatment of foot disease and 
deformity. The term is from the Greek word for foot 
(podos) and means “to heal the foot.” Until recent 
years this specialty was called chiropody, literally 
meaning “to heal the hand and foot.” References to 
physicians who treated abnormalities or injuries in the 
foot are found in ancient Greek and Egyptian writ- 
ings. The first modern text on chiropody was pub- 
lished by D. Low in England in 1774, and was titled 
Chiropodologia. Physicians who specialized in foot 
treatment appeared first in England in the late eight- 
eenth century. Later, during the nineteenth century, 
so-called corn cutters roamed the rural areas of 
America. These often-untrained, unschooled thera- 
pists traveled throughout the country offering help 
for those who had corns, bunions, blisters, and other 
discomforts of the foot. 


To help establish professionalism and standards 
within the profession of chiropody, the National 
Association of Chiropodists (NAC) was founded in 
the U.S. in 1912. In 1917, M. J. Lewi coined the name 
podiatry. Not until 1958, however, was the NAC 
renamed the American Podiatric Association to reflect 
the greater popularity of the new term. 


Podiatrists must have at least two years of college 
to be accepted into a school of podiatry, where the 
student undertakes four years of medically-oriented 
study with a special emphasis on the foot and its dis- 
eases. The graduate is a Doctor of Podiatry. 


Podiatrists can diagnose and treat common foot 
ailments and deformities. They can prescribe medica- 
tions and perform minor surgeries, such as removal of 
corns and ingrown nails. A podiatrist can treat a 
patient with an abnormal walk, one leg shorter than 
the other, or a foot turned in or out by recommending 
braces, special shoes, or other devices. A wedge or 
lift placed appropriately in the shoe can turn a foot 
to face the proper direction or correct an abnormal 
walk. It is especially important that young children 
who have such abnormalities see a podiatrist; since 
children’s bones are still developing, corrections 
started early can become permanent as the person 
grows. 


See also Osteoporosis; Physical therapy; Surgery. 


Poinsettia see Spurge family 
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| Point 


A point is an undefined term in geometry that 
expresses the notion of an object with position but 
with no size. Unlike a three-dimensional figure, such 
as a box (whose dimensions are length, width, and 
height), a point has no length, no width, and no height. 
It is said to have dimension 0. Geometric figures such 
as lines, circles, planes, and spheres, can all be consid- 
ered as sets of points. 


ll Point source 


A point source is a concentration of something that 
appears to be very small. In mathematics, for instance, 
a point source (a singularity, or a point with no dimen- 
sions) is often modeled as an approximation for a real 
source (with actual dimensions) in order to simplify the 
analysis. Such approximations are used in virtually all 
field of science. To describe a point source, the field of 
environmental science will be used as an example. 


A point source, within environmental science, is a 
situation where large quantities of pollutants are emit- 
ted from a single, discrete source, such as a smoke- 
stack, a sewage or thermal outfall into a water body, or 
a volcano. (Although the source is real in the environ- 
ment, its effects can be modeled as a point source.) If 
the emissions from a point source are large, the envi- 
ronment will be characterized by strong but continu- 
ous gradients of ecological stress, distributed more-or- 
less concentrically around the source, and diminishing 
exponentially with increasing distance. The stress 
results in damages to organisms, but because tolerance 
differs among species, the net result is a continuous 
gradient of change in the ecological community and in 
ecological processes, such as productivity and nutrient 
cycling. 


This ecological phenomenon has been well studied 
around a number of point sources of ecological stress. 
For example, the structure of terrestrial vegetation has 
been examined along transects originating at a large 
smelter located at Sudbury, Ontario. This smelter is a 
point source of great emissions of toxic sulfur dioxide 
and metals. The immediate vicinity of the smelter 
is characterized by severe ecological degradation, 
because only a few species can tolerate the toxic stress. 
However, at increasing distances from the smelter the 
intensity of the toxic stresses decreases rapidly. 
Consequently, there is a progressive survival and/or 
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A point source. (Hans & Cassidy. Courtesy of Gale Group.) 


invasion of sundry plant species at greater distances 
from the smelter, depending on their specific toleran- 
ces of the toxic environment at various distances. 
Farther than about 18.6 mi (30 km) from the smelter 
the toxicity associated with its point-source emissions 
no longer has a measurable influence on the vegeta- 
tion, and there is a mature forest, characteristic of the 
regional unpolluted, landscape. 


Often, species that are most tolerant of the toxic 
stresses close to a point source are uncommon or 
absent in the surrounding, non-polluted habitats. 
Usually, only a few tolerant species are present close 
to point sources of intense ecological stress, occurring 
as a sparse, low-growing community. At greater dis- 
tances shrubs may dominate the plant community, 
and still further away relatively tolerant species of 
tree may maintain an open forest. Eventually, beyond 
the distance of measurable ecological responses to the 
toxic stress, a reference forest occurs. However, it is 
important to recognize that these ecological changes 
are continuous, as are the gradients of environmental 
stress associated with the point source. This syndrome 
of degradation of vegetation along transects from 
smelters and other large point sources has been char- 
acterized as a peeling of the vegetation. 


In addition to changes in ecological communities 
along environmental gradients associated with point 


GALE ENCYCLOPEDIA OF SCIENCE 4 


sources, there are also predictable changes in ecolog- 
ical functions, such as productivity, nutrient cycling, 
and litter decomposition. 


See also Non-point source; Stress, ecological. 


Poison hemlock see Carrot family 
(Apiaceae) 


Poison ivy see Cashew family 
(Anacardiaceae) 


Poison oak see Cashew family 
(Anacardiaceae) 


| Poisons and toxins 


A poison is a chemical that causes an unwanted 
and deleterious malfunction in an organism’s metab- 
olism. A toxin is a poison produced by a microorgan- 
ism, plant, or animal. Poison and toxin are often used 
interchangeably. 


All that is required for a chemical to cause tox- 
icity, is a dose (or exposure) that is large enough to 
affect the physiology of an organism. If an exposure to 
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Poisons and toxins 


a chemical is to cause poisoning, it must result in a 
dose that exceeds a threshold of physiological toler- 
ance. Smaller exposures to the same chemical may not 
cause poisoning. Species of plants, animals, and 
microorganisms differ in their tolerance of exposures 
to potentially toxic chemicals. Even within popula- 
tions of the same species, there can be substantial 
differences in sensitivity to chemical exposures. Some 
individuals, for example, may be extremely sensitive to 
poisoning by particular chemicals, a phenomenon 
known as hypersensitivity. 


Because chemicals are present everywhere, all 
organisms are continuously exposed to potentially 
toxic substances. In particular, the environments of 
modern humans involve especially complex mixtures 
of chemicals, many of which are synthesized through 
manufacturing and are then deliberately or acciden- 
tally released into the environment. People are rou- 
tinely exposed to potentially toxic chemicals through 
their food, medicine, water, and the atmosphere. 


Toxicity 


Some measures of toxicity examine biochemical 
responses to exposures to chemicals. These responses 
may be detectable at doses that do not result in more 
directly observed effects, such as tissue damage, or 
death of the organism. Other measures of toxicity 
rely on the demonstration of a loss of productivity, 
or tissue damage, or ultimately, death of the organism. 


The demonstration of obvious tissue damage, ill- 
ness, or death after a short-term exposure to a large 
dose of some chemical is known as acute toxicity. 
There are many kinds of toxicological assessments of 
the acute toxicity of chemicals. These can be used to 
bioassay the relative toxicity of chemicals in the labo- 
ratory. They can also assess damages caused to people 
in their workplace, or to ecosystems in the vicinity of 
chemical emission sources ambient environment. One 
example of a commonly used index of acute toxicity is 
known as the lethal dose (LD)<s0; the dose of chemical 
that kills one-half of a laboratory population of organ- 
isms during a short-term, controlled exposure. 


Toxic effects of chemicals may also develop after a 
longer period of exposure to smaller concentrations 
than are required to cause acute poisoning. These 
long-term effects are known as chronic toxicity. In 
humans and other animals, long-term, chronic toxicity 
can occur in the form of increased rates of birth 
defects, cancers, organ damages, and reproductive 
dysfunctions, such as spontaneous abortions. In 
plants, chronic toxicity is often assayed as decreased 
productivity, in comparison with plants that are not 
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chronically exposed to the toxic chemicals in question. 
Because of their relatively indeterminate nature and 
long-term lags in development, chronic toxicities are 
much more difficult to demonstrate than acute 
toxicities. 


It is important to understand that there appear to 
be thresholds of tolerance to exposures to most poten- 
tially toxic chemicals. These thresholds of tolerance 
must be exceeded by larger doses before poisoning is 
caused. Smaller, sub-toxic exposures to chemicals 
might be referred to as contamination, while larger 
exposures are considered to represent poisoning, or 
pollution in the ecological context. 


Some naturally occurring poisons 


Many poisonous chemicals are present naturally 
in the environment. For example, all of metals and 
other elements are widespread in the environment, but 
under some circumstances they may occur naturally in 
concentrations that are large enough to be poisonous 
to at least some organisms. 


Examples of natural pollution can involve surface 
exposure of minerals containing large concentrations 
of toxic elements, such as copper, lead, selenium, or 
arsenic. 


In other cases, certain plants may selectively take 
up elements from their environment, to the degree that 
their foliage becomes acutely toxic to animals that eat 
the plants. For example, soils in semi-arid regions of 
the western United States often contain selenium. This 
element can be bioaccumulated by certain species of 
legumes known as locoweeds (Astragalus spp.), to the 
degree that the plants become extremely poisonous to 
cattle and to other large animals that might eat their 
toxic foliage. 


In some circumstances, the local environment can 
become naturally polluted by gases at toxic concen- 
trations, poisoning plants and animals. This can hap- 
pen in the vicinity of volcanoes, where vents known as 
fumaroles frequently emit toxic sulfur dioxide, which 
can poison and kill nearby plants. The sulfur dioxide 
can also dry-deposit to the nearby ground and surface 
water, causing a severe acidification, which results in 
soluble aluminum ions becoming toxic. 


Other naturally occurring toxins are biochemicals 
that are synthesized by plants and animals, often as a 
deterrent to herbivores and predators, respectively. In 
fact, some of the most toxic chemicals known to science 
are biochemicals synthesized by organisms. One such 
example is tetrodotoxin, synthesized by the Japanese 
globe fish (Spheroides rubripes), and extremely toxic 
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KEY TERMS 


Acute toxicity—A poisonous effect produced by a 
single, short-term exposure to a toxic chemical, 
resulting in obvious tissue damage, and even 
death of the organism. 


Bioassay—This is an estimate of the concentration 
or effect of a potentially toxic chemical, measured 
using a biological response under standardized 
conditions. 


Chronic toxicity—This is a poisonous effect that is 
produced by a long period of exposure to a moder- 
ate, sub-acute dose of some toxic chemical. 
Chronic toxicity may result in anatomical damages 
or disease, but it is not generally the direct cause of 
death of the organism. 


Exposure—In toxicology, exposure refers to the 
concentration of a chemical in the environment, 
or to the accumulated dose that an organism 
encounters. 


Hidden injury—tThis refers to physiological dam- 
ages, such as changes in enzyme or other biochem- 
ical functions, that occur after exposure to a dose of 
a poison that is not sufficient to cause acute 
injuries. 

Response—lIn toxicology, response refers to effects 
on physiology or organisms that are caused by 
exposure to one or more poisons. 


even if ingested in tiny amounts. Only slightly less toxic 
is saxitoxin, synthesized by species of marine phyto- 
plankton, but accumulated by shellfish. When people 
eat these shellfish, a deadly syndrome known as para- 
lytic shellfish poisoning results. There are numerous 
other examples of deadly biochemicals, such as snake 
and bee venoms, toxins produced by pathogenic micro- 
organisms, and mushroom poisons. 


Poisons produced by human technology 


In some cases, humans are causing toxic damages 
to organisms and ecosystems by emitting large quan- 
tities of chemicals that also occur naturally, such as 
sulfur dioxide, hydrocarbons, and metals. Pollution or 
poisoning by these chemicals represents an intensifi- 
cation of damages that may already be present natu- 
rally, although not to nearly the same degree or extent 
that results from additional human emissions. 


Humans are also, however, synthesizing large 
quantities of novel chemicals that do not occur 
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naturally, and these are also being dispersed widely 
into the environment. These synthetic chemicals 
include thousands of different pesticidal chemicals, 
medicines, and diverse types of industrial chemicals, 
all of them occurring in complex mixtures of various 
forms. Many of these chemicals are directly toxic to 
humans and to other organisms that are exposed to 
them, as is the case with many pesticides. Others result 
in toxicity indirectly, as may occur when chlorofluor- 
ocarbons (CFCs), which are normally quite inert 
chemicals, find their way to the upper atmospheric 
layer called the stratosphere. There the CFCs degrade 
into simpler chemicals that consume ozone, resulting 
in less shielding of Earth’s surface from the harmful 
effects of solar ultraviolet radiation, with subsequent 
toxic effects such as skin cancers, cataracts, and 
immune disorders. 


Resources 


BOOKS 

Lax, Alistair. Toxin: The Cunning of Bacterial Poisons. New 
York: Oxford University Press USA, 2005. 

Naumann, Markus and Peter Moore (eds.). Handbook of 
Botulinum Toxin Treatment. Boston: Blackwell 
Publishing, 2003. 

U.S. Food & Drug Adminstration Center for Food Safety & 
Applied Nutrition. Bad Bug Book: Foodborne 
Pathogenic Microorganisms and Natural Toxins 
Handbook. McLean, VA: International Medical 
Publishing, 2004. 


Bill Freedman 


| Polar coordinates 


One of several systems for addressing points in the 
plane is the polar-coordinate system. In this system a 
point P is identified with an ordered pair (1,0) where r 
is a distance and @ an angle. The angle is measured 
counterclockwise from a fixed ray OA called the 
“polar axis.” The distance to P is measured from the 
end point O of the ray. This point is called the “pole.” 
Thus each pair determines the location of a point 
precisely (Figure 1). 


When a point P is given coordinates by this 
scheme, both r and 9 will be positive. In working 
with polar coordinates, however, it occasionally hap- 
pens that r, 86, or both take on negative values. To 
handle this one can either convert the negative values 
to positive by appropriate rules, or one can broaden 
the system to allow such possibilities. To do the latter, 
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Polar coordinates 


Polar axis 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 2. (Iilustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


instead of a ray through O and P one can imagine a 
number line with 0 the angle formed by OA and the 
positive end of the number line, as shown in Figure 2. 
one can also say that an angle measured in a clockwise 
direction is negative. For example, the point (5, 30°) 
could also be represented by (—5, —150°). 


To convert r and 6 to positive values, one can use 
these rules: 


1 (—r, 0) = (r, 8 + wm) or (r, 8 = 180°) 

Il (r, 8) = (r, 8 + 277) or (r, 8 = 360°) 
(Notice that 8 can be measured in radians, 
degrees, or any other measure as long as one does it 


consistently.) Thus one can convert (—5, —150°) to (5, 
30°) by rule I alone. To convert (—7, —200°) would 
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require two steps. Rule I would take it to (7, —20°). 
Rule II would convert it to (7, 340°). 


Rule IJ can also be used to reduce or increase 0 by 
any multiple of 27 or 360°. The point (6.5, 600°) is the 
same as (6.5, 240°), (6.5, 960°), (6.5, —120°), or count- 
less others. 


It often happens that one wants to convert polar 
coordinates to rectangular coordinates, or vice versa. 
Here one assumes that the polar axis coincides with 
the positive x-axis and the same scale is used for both 
(Figure 3). the equations for doing this are 


raver ye 
@ = arc tan y/x 
xX =rcos 0 
y=rsin®@ 


For example, the point (3, 3) in rectangular coor- 
dinates becomes (\/18, 45°) in polar coordinates. The 
polar point (7, 30°) becomes (6.0622, 3.5). Some sci- 
entific calculators have built-in functions for making 
these conversions. 


These formulas can also be used to convert equa- 
tions from one form to the other. The equation r = 10 
is the polar equation of a circle with it center at the 
origin and a radius of 10. Substituting for r and sim- 
plifying the result gives x” + y? = 100. Similarly, 3x — 
2y = 7 is the equation of a line in rectangular coordi- 
nates. Substituting and simplifying gives r = 7/(3 cos 0 
— 2 sin 8) as its polar equation. 


As these examples show, the two systems differ in 
the ease with which they describe various curves. The 
Archimedean spiral r = k@ is described simply with 
polar coordinates. In rectangular coordinates, it is a 
mess. The parabola y = x’ is simple. In polar form it is 
r = sin 0/(1 — sin* 0). (This comparison is a little 
unfair—the polar forms of the conic sections are sim- 
pler if one puts the focus at the pole.) 


One particularly interesting way in which polar 
coordinates are used is in the design of radar systems. 
In such systems, a rotating antenna sends out a pulsed 
radio beam. If that beam strikes a reflective object the 
antenna will pick up the reflection. By measuring the 
time it takes for the reflection to return, the system can 
compute how far away the reflective object is. The 
system, therefore, has the two pieces of information 
it needs in order determine the position of the object. It 
has the angular position, 0, of the antenna, and the 
distance r, which it has measured. It has the object’s 
position (r, 9) in polar coordinates. 
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Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


KEY TERMS 


Coordinate system—A system of describing the 
position of points by means of combinations of 
numbers. 


Polar coordinates—A coordinate system in which 
one number represents a distance and the other 
number an angle. 


Rectangular coordinates—A coordinate system in 
which two or more numbers represent distances in 
mutualy orthogonal directions. 


For coordinating points in space a system known as 
cylindrical coordinates can be used. In this system, the 
first two coordinates are polar and the third is rectan- 
gular, representing the point’s distance above or below 
the polar plane. Another system, called a spherical coor- 
dinate system, uses a radius and two angles, analogous 
to the latitude and longitude of points on earth. 


Polar coordinates were first used by Isaac Newton 
and Jacob (Jacques) Bernoulli in the seventeenth century, 
and have been used ever since. Although they are not as 
widely used as rectangular coordinates, they are impor- 
tant enough that nearly every book on calculus or ana- 
lytic geometry will include sections on them and their use; 
and makers of professional quality graph paper will 
supply paper printed with polar-coordinate grids. 
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I Polar ice caps 


The polar ice caps cover the territory around the 
north and south poles of Earth, including almost the 
entire continent of Antarctica, the Arctic Ocean, most of 
Greenland, parts of northern Canada, and bits of 
Siberia and Scandinavia. The ice at the North Pole floats 
on the ocean in the form of a relatively thin sheet. The 
Greenland and Antarctic ice caps are dome-shaped 
sheets of ice that feed ice to other glacial formations, 
such as ice sheets, ice fields, and ice islands. They remain 
frozen year-round, and they serve as sources for glaciers 
that feed ice into the polar seas in the form of icebergs. 
Because the polar ice caps are very cold (temperatures in 
Antarctica have been measured to —126.8°F [—88°C]) 
and exist for a long time, the caps serve as deep-freezes 
for geologic information that can be studied by scien- 
tists. Ice cores drawn from these regions contain impor- 
tant data for both geologists and environmental 
scientists about paleoclimatology (prehistoric climate 
variations) and give clues about the effects human activ- 
ities are currently having on the world. 


Polar ice caps also serve as reservoirs for huge 
amounts of Earth’s water. Hydrologists suggest that 
three-quarters of the world’s freshwater is locked up in 
the ice sitting on Greenland and Antarctica. The 
Antarctic ice cap alone contains over 90% of the 
world’s freshwater ice, some in huge sheets over 2.5 
mi (4 km) deep and averaging 1.5 mi (2.4 km) deep 
across the continent. It has been estimated that 
enough water is locked up in Antarctica to raise sea 
levels around the globe over 240 ft (73 m). 


Polar ice caps and geologic history 


Although the polar ice caps have been in existence 
for millions of years, scientists disagree over exactly 
how long they have survived in their present form. It is 
generally agreed that the polar cap north of the Arctic 
Circle, which covers the Arctic Ocean, has undergone 
contraction and expansion through some 26 different 
glaciations in just the past few million years. Parts of 
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the arctic have been covered by the polar ice cap for at 
least the last five million years, with estimates ranging 
up to 15 million. The Antarctic ice cap is more con- 
troversial; although many scientists believe extensive 
ice has existed there for 15 million years, others sug- 
gest that volcanic activity on the western half of the 
continent it covers causes the ice to decay, and the 
current south polar ice cap is therefore no more than 
about three million years old. 


At least five times since the formation of Earth, 
because of changes in global climate, the polar ice has 
expanded north and south toward the equator and has 
stayed there for at least a million years. The earliest of 
these known ice ages was some two billion years ago, 
during the Huronian epoch of the Precambrian era. The 
most recent ice age began about 1.7 million years in the 
Pleistocene epoch. It was characterized by a number of 
fluctuations in North polar ice, some of which expanded 
over much of modern North America and Europe, cov- 
ered up to half of the existing continents, and measured 
as much as 1.8 mi (3 km) deep in some places. These 
glacial expansions locked up even more water, dropping 
sea levels worldwide by more than 300 ft (100 m). Animal 
species that had adapted to cold weather, like the mam- 
moth, thrived in the polar conditions of the Pleistocene 
glaciations, and their ranges stretched south into what is 
now the southern United States. 


The glaciers completed their retreat and settled in 
their present positions about 10,000 to 12,000 years ago. 
There have been other fluctuations in global temper- 
atures on a smaller scale, however, that have sometimes 
been known popularly as ice ages. The 400-year period 
between the fourteenth and the eighteenth centuries is 
sometimes called the Little Ice Age. Contemporaries 
noted that the Baltic Sea froze over twice in the first 
decade of the 1300s. Temperatures in Europe fell 
enough to shorten the growing season, and the produc- 
tion of grain in Scandinavia dropped precipitously as a 
result. The Norse communities in Greenland could no 
longer be maintained and were abandoned by the end of 
the fifteenth century. Scientists argue that data indicate 
we are currently in an interglacial period, and that 
North polar ice will again move south some time in the 
next 23,000 years. 


Investigation of polar ice caps 


Scientists believe the growth of polar ice caps can 
be triggered by a combination of several global cli- 
mactic factors. The major element is a small drop 
(perhaps no more than 15°F [9°C]) in average world 
temperatures. The factors that cause this drop can be 
very complex. They include reductions in incoming 
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solar radiation, reflection of that energy back into 
space, fluctuations in atmospheric and oceanic carbon 
dioxide and methane levels, increased amounts of dust 
in the atmosphere such as that resulting from volcanic 
activity, heightened winds—especially in equatorial 
areas—and changes in thermohaline circulation of 
the ocean. The Milankovitch theory of glacial cycles 
also cites as factors small variations in Earth’s orbital 
path around the sun, which in the long term could 
influence the expansion and contraction of the polar 
ice caps. Computer models based on the Milankovitch 
theory correlate fairly closely with observed behavior 
of glaciation over the past 600 million years. 


Scientists use material preserved in the polar ice 
caps to chart these changes in global glaciation. By 
measuring the relationship of different oxygen iso- 
topes preserved in ice cores, they have determined 
both the mean temperature and the amount of dust 
in the atmosphere in these latitudes during the recent 
ice ages. Single events, such as volcanic eruptions and 
variations in solar activity and sea level, are also 
recorded in polar ice. These records are valuable not 
only for the information they provide about past gla- 
cial periods; they serve as a standard to compare 
against the records of more modern periods. Detailed 
examination of ice cores from the polar regions has 
shown that the rate of change in Earth’s climate may 
be much greater that previously thought. The data 
reflect large climatic changes occurring in periods of 
less than a decade during previous glacial cycles. 


Scientists also use satellites to study the thickness 
and movements of the polar ice caps. Information is 
collected through radar, microwave, and even laser 
instruments mounted on a number of orbiting satel- 
lites. Scientists have also utilized similar technology to 
confirm the existence of polar ice caps on the moon 
and Mars. These relict accumulations are indicative of 
the history of these bodies and may prove useful in 
future exploration efforts as a water and fuel source. 
The detailed and frequent observations provided by 
the space-based tools permit scientists to monitor 
changes in the ice caps to a degree not possible by 
previous land-based methods. 


Recent findings suggest that the ice sheets may be 
changing much more rapidly than previously suspected. 
Portions of the ice sheets in Greenland, west Antarctica, 
and the Antarctic Peninsula are rapidly thinning and, 
more importantly, losing mass. Scientists are able to 
document modifications of ice accumulations rates, 
volume of melt water, and the impact of elevated sea- 
water temperature and utilize this information in char- 
acterizing the movement and evolution of these ice 
sheets. Glaciers flowing to the ocean in these areas 
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KEY TERMS 


Albedo—tThe fraction of sunlight that a surface 
reflects. An albedo of zero indicates complete 
absorption, while an albedo of unity indicates 
total reflection. 


Glaciation—The formation, movement, and reces- 
sion of glaciers or ice sheets. 


Ice age—An extended period of time in Earth’s 
history when average annual temperatures were 
significantly lower than at other times, and polar 
ice sheets extended to lower latitudes. 


Ice core—A cylindrical sample of ice collected by 
drilling and brought to the surface for analysis. 


Ice sheet—A glacial body of ice of considerable 
thickness and great areal extent, not limited by 
underlying topography. 

Milankovitch theory—Describes the cyclic change 
of temperature on earth due to variations in Earth’s 
orbit, including wobble of the axis and ellipticity. 


Thermohaline—Said of the vertical movement of 
seawater, related to density differences due to var- 
iations in temperature and salinity. 


appear to be accelerating in their advance. Although 
this acceleration may not be directly related global 
warming, the potential for their combined impact on 
sea level is of concern for many observers. 


Predicting the future of the ice caps is a difficult 
task. It is complicated by the interactions of the various 
factors that control the ice. One example is the possibil- 
ity that the warming climate will reduce the areal extent 
of ice in the polar regions. This will decrease the albedo, 
or tendency to reflect incoming solar radiation, of the 
polar regions. White ice is particularly good at reflecting 
much of the sunlight that reaches it and this has a cool- 
ing effect on the overall climate. With less albedo, the 
climate will tend to warm even more. However, the 
melting ice could impact the thermohaline circulation 
of the oceans, paradoxically resulting in extensive cool- 
ing. These seemingly contradictory results can only be 
resolved through more detailed scientific observation. 


The process of global warming and other forces of 
climate change will continue to be reflected in the ice 
caps. Should global warming continue unchecked, sci- 
entists warn, it could have a drastic effect on polar ice. 
Small variations over a short period of time could 
shrink the caps and raise world sea levels. Even a 
small rise in sea level could affect a large percentage of 
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the world’s population (which dwells near coastlines). 
Dislocations of coastal populations could be compli- 
cated by disruptions to the climates of food-growing 
regions, leading to catastrophic global famine. 
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l Poliomyelitis 


There are three viruses responsible for the infec- 
tious disease known as poliomyelitis. Previously 
known as infantile paralysis, the disease is commonly 
referred to as polio. While polio usually afflicts young 
children, adults can also contract the disease. 


Infection from poliomyelitis is spread through con- 
tact with someone who already has the disease or as a 
result of poor sanitation where human waste products 
infect others. The mouth is the usual pathway of the 
virus which then enters the blood system. Paralysis 
mostly to the arms and legs occurs from lesions to the 
central nervous system. These lesions occur when the 
polio viruses begin to invade the central nervous system. 


Clinical reactions to the polio viruses can range 
from none to mild symptoms resembling the common 
cold (headache, sore throat, slight fever). These 
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symptoms can vanish in a short period of time, any- 
where from one to three days. A major illness of polio 
can be defined when the viruses attack the central 
nervous system, and even in these cases about 50% 
of the patients will fully recover. Of the remaining 
50% about half of those will retain some limited dis- 
abling after-effects, while the other one-half will show 
signs of permanent disability. 


Because infants in underdeveloped parts of the 
world may have built up immunity from their mothers 
who had been exposed to the virus, there has been a 
belief that these children were less at risk of contract- 
ing polio than children in advanced countries with 
improved sanitation. Demographic statistics of inci- 
dent rates, however, tend to raise questions about the 
effectiveness of natural, infant immunities developing 
in backward countries. Immunization programs 
against poliomyelitis as well as other common child- 
hood diseases is still carried on by the World Health 
Organization and its partners as the only reliable way 
of eradicating the disease. 


In the 1950s, two types of polio vaccines were devel- 
oped in the United States. One type, the Salk vaccine, 
named after its developer Jonas Salk, used dead polio 
viruses that were injected. The other type is called the 
Sabin vaccine, after Albert Sabin, and is an oral vaccine 
using a weaker strain of the polio viruses for immunity. 


Since both vaccines are effective against all three 
strains of the polio viruses, there has been a virtual 
eradication of the disease in the United States and 
other countries that are able to employ a successful 
immunization program for their populations. 


For those who contracted the disease before the 
vaccination programs became fully effective, there 
have been reports of a disorder which is referred to 
as post-polio syndrome. This condition is character- 
ized by fatigue, pains in the joints and muscles, prob- 
lems with breathing, and a loss of muscle strength. 
Physical and occupational treatment therapies help 
deal with this problem. 


Incubation and natural immunity 


The term infantile paralysis for poliomyelitis was 
appropriate to the extent that the majority of cases, 70- 
90%, do occur in early childhood, below the age of 
three. In countries with temperate climates, the infec- 
tion rate rises seasonally during the heat and humidity 
of the summer months. The viruses are passed along 
either orally or through contact with infected feces or 
even through inhalation of infected moisture droplets, 
such as by a sneeze or cough. 
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Incubation for the virus runs from four to 35 days. 
Symptoms in most cases will begin to show after one to 
three weeks after contracting the virus. 


The view is still current with some epidemiologists 
(scientists who track and study ways of preventing the 
spread of disease) that by the age of six, children in 
countries with poor sanitation have often acquired a 
permanent immunity to polio, whereas children in 
countries with good sanitation are more apt to get 
the disease in their adult years since they were not 
exposed to it at an earlier period of life. Statistical 
analysis has left this assumption open to debate. 


The iron lung 


The iron lung was developed for cases of polio that 
paralyzed the muscles necessary for breathing. The iron 
lung is an early artificial respirator. The patient’s body 
is enclosed in a metal tank that uses air pressure 
changes to expand and contract the chest walls. In the 
1920s, a physiologist named Philip Drinker invented 
this innovative way of dealing with the respiratory 
problems of polio patients. The iron lung used a con- 
tinuous power source which made it superior to exist- 
ing respirators. 


Drinker’s original design was improved by physi- 
cians to increase the patient’s care and comfort. The 
medical community depended on the iron lung in the 
treatment of patients with paralysis of the respiratory 
muscles. It was heavily used during the polio epidemic 
of 1931. Large, hospital-based respirator centers were 
developed to care for the many polio patients with 
respiratory paralysis. These centers were the predeces- 
sors of today’s intensive care units. 


World eradication of polio 


The goal for the total eradication of polio, just as 
small pox has been eliminated, has annually been 
nearing a reality. About 600,000 cases of polio were 
reported each year before the introduction and full use 
of the polio vaccines. That number held firm from the 
mid-1950s to the early part of the next decade of the 
1960s. By 1992, the number of reported cases through- 
out the world dropped to 15,406. Peru in 1991 was the 
only country in the western hemisphere to report one 
case of polio. Since 2001, fewer than two thousand 
cases of polio have been reported worldwide each year. 


It was the World Health Organization that was 
responsible for the world eradication of smallpox by 
waging an ll-year campaign against the virus that 
caused it, the variola virus. WHO was able to bring 
countries together to use a vaccine that had been 
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discovered 170 years ago. The polio viruses, however, 
are still active and there really may be 10 times as much 
polio in the world than is actually officially reported. 


Feasibility for eradication 


One of the problems of testing for the eradication 
of polio infections is that many persons infected with 
polio do not show any clinical symptoms. They are 
asymptomatic. Fewer than 1% of polio infections lead 
to paralysis and most of the cases that go on to para- 
lysis are caused by the type 1 poliovirus. Type 1 is also 
the virus responsible for most polio outbreaks. 


Another problem in tracking the polio virus is that 
there are other viruses (Enteroviruses) that create symp- 
toms that are similar to the ones created by the polio 
viruses. There are also some unusual types of symptoms 
in some polio infections that resemble a disorder known 
as Guillain-Barre syndrome. Only a careful laboratory 
examination that includes isolating the viruses from the 
patient’s stool can be considered for giving a correct 
diagnosis of the infection. The presence of such labora- 
tory facilities, especially in developing areas, therefore, 
becomes an important factor in the program to elimi- 
nate infections from polio viruses. 


Polio vaccines 


In 1955, the Salk inactivated polio vaccine was 
introduced. It was followed by the Sabin live, attenuated 
oral vaccine in 1961. These two vaccines have made it 
possible to attempt to eliminate polio on a global level. 


The Salk vaccine as it has been presently developed 
produces a high level of immunity after two or three 
injections with only minor side-effects. The major 
defense the Salk vaccine provides against polio viruses 
is to prevent them from spreading from the digestive 
system to the nervous system and respiratory system. 
But it cannot prevent the viruses from entering the intes- 
tinal tract. The Salk vaccine has been effective in certain 
countries, like those in Scandinavia and the Netherlands, 
where children received a minimum of six polio immuni- 
zations before reaching the age of 15. Those countries 
have good sanitation and the major form of spreading 
the viruses was through respiratory contagion. 


In countries that do not have good sanitation, the 
Sabin vaccine is preferred because as an oral vaccina- 
tion, it is goes straight to the intestinal tract and builds 
up immunity there as well as in other parts of the body. 
There is, however, the rare adverse side-effect of 1 out 
of 2,500,000 doses of the Sabin vaccine producing a 
case of poliomyelitis. 
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The number of doses necessary in order to achieve 
a high level of immunity for the Sabin oral vaccine in 
temperate, economically advanced countries may be 
two or three. In tropical countries the degree of immu- 
nization is not as high against all three types of polio 
viruses. The effectiveness of the Sabin oral vaccine in 
tropical countries is improved when it is administered 
in the cool and dry seasons and when it is given as part 
of mass campaign where there is a chance of vacci- 
nated persons passing the vaccine virus on to non- 
vaccinated persons. 


Toward the global eradication of polio, the World 
Health Organization recommends the Sabin oral vac- 
cine for its better performance in creating overall polio 
immunity, its convenient form of administration, and 
for its lower cost. 


Need for surveillance 


For the total eradication of a disease, it is neces- 
sary to have the mechanisms for determining the exis- 
tence of even one solitary instance or case of the 
disease. That means there must be a quick system of 
reporting and collection of any suspected occurrence 
of the disease so that laboratory analysis may be made 
as soon as possible. Health care providers are given the 
criteria for determining the presence of the disease. In 
the case of polio, the appearance of a certain type of 
paralysis called acute flaccid paralysis along with the 
Guillain-Barre syndrome for a child under five or any 
physician diagnosed case of polio at any age should 
receive immediate attention. 


Within 24-48 hours, two stool specimens are col- 
lected along with clinical information, other labora- 
tory findings, and information on whether the person 
has recently traveled. A 60 day follow-up after the 
onset of the illness should be made to see if there are 
any paralytic after effects. 


Importance of laboratories 


Laboratory confirmation of polio viruses requires 
an efficient network of laboratories. Each WHO 
region develops a network of laboratories to support 
the various countries within that area. In these labo- 
ratories the staff is trained to isolate and identify the 
different types of polio viruses. Some countries send 
specimens to a regional laboratory in a neighboring 
country. Regional reference laboratories have been set 
up to tell the differences between vaccine poliovirus 
from wild poliovirus. A few of these laboratories pro- 
duce the needed testing agents, do research, and 
develop training materials for health workers. These 
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KEY TERMS 


Acute flaccid paralysis—An early symptom of polio- 
myelitis, characterized by weakening or loss of 
muscle tone. 


Guillain-Barre syndrome—A rare disorder of the 
peripheral nerves that causes weakness and paraly- 
sis, usually caused by an allergic reaction to a viral 
infection. 


Iron lung—An artificial respirator developed in the 
twenties and widely used throughout the polio epi- 
demics in the United States and other countries of 
the thirties and thereafter. 


L-Carnitine—A health food substance being used by 
some postpolio people. 


Post-polio syndrome—A group of symptoms experi- 
enced by survivors of the polio epidemics before the 
period of vaccination. 


laboratories are coordinated with central libraries that 
contain genotypic information and samples to help in 
the identification process. 


Cost of global eradication 


In many of the countries where polio viruses still 
exist and are transmitted, the cost of eradication can- 
not be afforded. WHO estimates that global polio 
eradication, with a 10-year effort, may cost more than 
a billion dollars. It is argued that countries in the West 
and those with advancing economies that are free of 
polio will benefit by the global eradication of polio- 
myelitis. For example, the United States could save 
more than $105 million a year on polio vaccine. The 
Netherlands suffered an outbreak of polio in 1991-92. 
It spent more than $10 million controlling this out- 
break. More money will also have to be spent for the 
long-term care and rehabilitation for the survivors of 
the Netherlands’ outbreak. According to the cost-anal- 
ysis of leading polio epidemiologists, the total cost of 
eradication could be recovered in savings within a few 
years of certification that the world is polio-free. 


Treatment of post-polio syndrome 


For older survivors of previous polio epidemics in 
the United States and elsewhere there have been a group 
of related symptoms known as post-polio syndrome. 


The amount of exercise recommended for post- 
polio people has been an issue in question. While it was 
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Sabin vaccine—The oral polio vaccine developed 
by Albert Sabin from weakened live polio viruses 
and introduced in 1961; the vaccine WHO recom- 
mends for immunization programs. 


Salk vaccine—The polio vaccine introduced by 
Jonas Salk in the mid—1950s using dead polio viruses 
by injection. 

Smallpox—A viral disease with a long history which 
in 1980 WHO announced was eradicated as a result 
of an effective worldwide immunization program. 


Wild polio virus—As opposed to vaccine polio 
viruses, which are transmitted as a result of the 
Sabin vaccine, wild polio viruses are those naturally 
circulated from natural sources of contagion. 


World Health Organization—A body of the United 
Nations formed in 1948 to manage world health 
problems, such as epidemics. 


felt that this syndrome, characterized by muscle atro- 
phy and fatigue, called for some restrictions on exer- 
cise because of the weakened condition of the muscles, 
a more recent view is calling for a reexamination of 
that position. The newer view is that low-intensity, 
interval exercise training of muscles is more important 
than avoidance of exercise even though it becomes 
more difficult in the aging process. It is important to 
maintain a high level of activity as well as the right 
kind and amount of activity. Studies have shown that 
post-polio muscles that have lost strength can recover 
strength with targeted exercise. 


It is also possible for people with post-polio syn- 
drome to improve their endurance, but it is important 
for them not to have expectations that exceed their 
physical limitations. One criterion that can be followed 
for improving the strength of a limb is to determine how 
much function remains in the limb. The strength of the 
limb should at least remain the same with the exercise, 
but if it begins to decrease, then it is possible it is being 
overexerted. Experts in the field of physical rehabilita- 
tion maintain that the limb should have at least 15% of 
normal function before it can be further improved with 
exercise. If it is below that amount the exercise may not 
help to improve strength and endurance. 


Use of drugs 


Drug studies show that using high doses of predni- 
sone, a drug used as an immunosuppressant did not 
produce added strength or endurance. Amantadine, 
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used for Parkinson disease and the fatigue of multiple 
sclerosis, also was not effective. Another drug, 
Mestinon, however, showed in one study that people 
with post-polio could benefit from its use. Another 
study was less conclusive. Some physicians advise 
their patients to try it for a one month period starting 
with a small dose and then over a period of a month to 
build up the dosage. After the full dosage is reached the 
user should be able to determine whether or not it will 
help improve symptoms, especially in the area of 
strengthening weak muscles. It is particularly recom- 
mended to deal with fatigue in emergency situations, 
such as when driving a car when a low dose can carry 
the person through the activity safely. Nerve-growth 
stimulators are being tested for possible effectiveness in 
reversing muscle atrophy and increasing muscle 
strength. 
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Pollen see Flower 


l Pollen analysis 


Pollen analysis, or palynology, is the study of 
fossil pollen (and to a lesser degree, plant spores) 
preserved in lake sediments, bog peat, or other matri- 
ces. Usually, the goal of palynology is to reconstruct 
the probable character of local plant communities in 
the historical past, as inferred from the abundance of 
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plant species in dated potions of the pollen record. 
Palynology is a very important tool for interpreting 
historical plant communities, and the speed and char- 
acter of their response to changes in environmental 
conditions, especially climate change. Pollen analysis 
is also useful in archaeological and ecological recon- 
structions of the probable habitats of ancient humans 
and wild animals, and in determining what they might 
have eaten. Pollen analysis is also sometimes useful in 
exploration for resources of fossil fuels. 


Pollen and spores 


Pollen is a fine powdery substance, consisting of 
microscopic grains containing the male gametophyte 
of gymnosperms (conifers and their relatives) and 
angiosperms (monocotyledonous and dicotyledonous 
flowering plants). Pollen is designed for long-distance 
dispersal from the parent plant, so that fertilization 
can occur among individuals, in preference to self- 
fertilization. (However, many species of plants are 
indeed self-fertile, some of them exclusively so.) Plant 
spores are another type of reproductive grain intended 
for dissemination. Plant spores are capable of devel- 
oping as a new individual, either directly or after 
fusion with another germinated spore. Among the 
vascular plants, these types of spores are produced 
by ferns, horsetails, and club-mosses. However, spores 
with somewhat simpler functions are also produced by 
mosses, liverworts, algae, fungi, and other less com- 
plex organisms. 


Pollen of many plants can be microscopically 
identified to genus and often to species on the basis 
of the size, shape, and surface texturing of the grain. In 
general, spores can only be identified to higher taxo- 
nomic orders, such as family or order. This makes 
pollen, more so than spores, especially useful in typical 
palynological studies. The integrity of the outer cell 
wall of both pollen and spores is well maintained 
under conditions with little physical disturbance and 
poor in oxygen, and this is why these grains are so well 
preserved in lake sediment, bog peat, and even the 
drier deposits of archaeological sites. Fossil pollen 
has even been collected, and identified, from the 
teeth and viscera of extinct animals, such as mam- 
moths found frozen in arctic permafrost. 


Plant species are not represented in the record of 
fossil pollen of lake sediments and bog peat in a man- 
ner that directly reflects their abundance in the nearby 
vegetation. For example, plants that are pollinated by 
insects are rarely detected in the pollen record, because 
their relatively small production of pollen is not dis- 
tributed into the environment in a diffuse manner. In 
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contrast, wind-pollinated species are well represented, 
because these plants emit large quantities of pollen and 
disseminate it in a broadcast fashion. However, even 
among wind-pollinated plants, certain species are par- 
ticularly copious producers of pollen, and these are 
disproportionately represented in the fossil record, as 
is the case of herbaceous species of ragweed (for exam- 
ple, Ambrosia artemesiifolia). Among temperate spe- 
cies of trees, pines are notably copious producers of 
pollen, and it is not unusual to find a distinct, pollen- 
containing, yellow froth along the edges of lakes and 
ponds in many areas during the pollen season of pines. 
Because of the large differences in pollen production 
among plant species, interpretation of the likely char- 
acter of local vegetation based on observations of 
fossil pollen records requires an understanding of pol- 
len production rates by the various species, as well as 
annual variations in this characteristic. 


Dating palynological samples 


Palynologists must understand the temporal con- 
text of their samples, which means that they must be 
dated. A number of methods are available to palynol- 
ogists for dating their samples of mud or peat. Most 
commonly used in typical palynological studies is a 
method known as radiocarbon dating, which takes 
advantage of the fact that once an organism dies and 
is removed from the direct influence of the atmos- 
phere, it no longer absorbs additional carbon-14, a 
rare, radioactive isotope of this element. Therefore, 
the amount of carbon-14 decreases progressively as a 
sample of dead biomass ages, and this fact can be used 
to estimated the age of organic samples on the basis of 
the remaining quantity of carbon-14, and its ratio to 
stable carbon-12. The rate of radioactive decay of 
carbon-14 is determined by its half-life, which is 
about 5,700 years. Radiological dating using carbon- 
14 is useful for samples aged between about 150,000 
and 40,000-50000 years. Younger samples can some- 
times be dated on the basis of their content of lead-210, 
and older samples using other elemental isotopes hav- 
ing longer half-lives. 


Some palynological studies have investigated sedi- 
ment collected from an unusual type of lake, called 
meromictic, in which there is a permanent stratifica- 
tion of the water caused by a steep density gradient 
associated with a rapid changes in temperature or salt- 
concentration. This circumstance prevents surface 
waters from mixing with deeper waters, which even- 
tually become anoxic because the biological demand 
for oxygen exceeds its ability to diffuse into deeper 
waters. Because there is insufficient oxygen, animals 
cannot live in the sediment of meromictic lakes. 
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Consequently, the seasonal stratigraphy of material 
deposition is not disturbed by benthic creatures, and 
meromictic lakes often have well-defined, annual sedi- 
ment layers, called varves. These can be dated in care- 
fully collected, frozen cores by directly counting 
backwards from the surface. Sometimes, a few radio- 
carbon dates are also measured in varved cores, to 
confirm the chronology, or to compensate for a poor 
collection of the youngest, surface layers. Although 
meromictic lakes are unusual and rare, palynologists 
seek them out enthusiastically, because of the great 
advantages that the varved cores have for dating and 
interpretation. 


Sometimes, palynologists work in cooperation 
with archaeologists. In such cases, it may be possible 
to date sample locations through their physical asso- 
ciation with cultural artifacts that have been dated by 
archaeologists, perhaps based on their known dates of 
occurrence elsewhere. 


Sometimes it is not necessary to accurately know 
the absolute date of a sample—it may be enough to 
understand the relative age, that is, whether one sam- 
ple is younger or older than another. Often, relative 
aging can be done on the basis of stratigraphic loca- 
tion, meaning that within any core of lake sediment or 
peat, older samples always occur deeper than younger 
samples. 


Pollen analysis 


Palynologists typically collect cores of sediment or 
peat, date layers occurring at various depths, and 
extract, identify, and enumerate samples of the fossil 
pollen grains that are contained in the layers. From the 
dated assemblages of fossil pollen, palynologists 
develop inferences about the nature of the forests 
and other plant communities that may have occurred 
in the local environment of the sampled lake or bog. 
These interpretations must be made carefully, because 
as noted above species do not occur in the pollen 
record in a fashion that directly reflects their abun- 
dance in the mature vegetation. 


Most palynological investigations attempt to 
reconstruct the broad characteristics of the local veg- 
etation at various times in the past. In the northern 
hemisphere, many palynological studies have been 
made of post-glacial changes in vegetation in places 
that now have a temperate climate. These vegetation 
changes have occurred since the continental-scale gla- 
ciers melted back, a process that began in some places 
12,000-14,000 years ago. Although the particular, 
inferred dynamics of vegetation change vary among 
sites and regions, a commonly observed pattern is that 
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KEY TERMS 


Half-life—The time it takes for one-half of an initial 
quantity of material to be transformed, for example, 
by radioactive decay of carbon-14. 


Pollen analysis (palynology)—the inferred recon- 
struction of historical occurrences of local vegeta- 
tion, as interpreted from the record of fossil pollen 
preserved in dated sediments of lakes or peat of 
bogs. 


the pollen record of samples representing recently 
deglaciated times contains species that are now typical 
of northern tundra, while the pollen of somewhat 
younger samples suggests a boreal forest of spruces, 
fir, and birch. The pollen assemblage of younger sam- 
ples is generally dominated by species such as oaks, 
maples, basswood, chestnut, hickory, and other spe- 
cies of trees that presently have a relatively southern 
distribution. 


However, within the post-glacial palynological 
record there are clear indications of occasional cli- 
matic reversals-for example, periods of distinct cool- 
ing that interrupt otherwise warm intervals. The most 
recent of these coolings was the so-called “Little Ice 
Age” that occurred between the fourteenth and nine- 
teenth centuries. However, palynology has detected 
much more severe climatic deteriorations, such as the 
Younger Dryas event that began about 11,000 years 
ago, and that caused the re-development of glaciers in 
many areas, and extensively reversed the broader pat- 
terns of post-glacial vegetation development. 


Other interesting inferences from the palynological 
record have involved apparent declines of particular 
species of trees, occurring for reasons that are not 
known. For example, palynological records from vari- 
ous places in eastern North America have exhibited a 
large decline in the abundance of pollen of eastern 
hemlock (Tsuga canadensis), occurring over an approx- 
imately 50-year period about 4,800 years ago. It is 
unlikely that the hemlock decline was caused by climate 
change, because other tree species with similar ecolog- 
ical requirements did not decrease in abundance, and in 
fact, appear to have increased in abundance to compen- 
sate for the decline of hemlock. The hemlock decline 
may have been caused by an outbreak of an insect 
that specifically attacks that tree, by a disease, or by 
some other, undiscovered factor. Palynology has also 
found evidence for a similar phenomenon in Europe 
about 5,000 years ago, when there was a widespread 
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decline of elms (U/mus spp.). This decline could have 
been caused by widespread clearing of the forest by 
Neolithic humans, or by an unknown disease or insect. 
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Pollen dating see Dating techniques 


I Pollination 


Pollination is the transfer of pollen from the male 
reproductive organs to the female reproductive organs 
of a plant. Pollination comes before fertilization (the 
fusion of the male and the female sex cells). Pollination 
occurs in seed-producing plants, but not in the more 
primitive spore-producing plants, such as ferns and 
mosses. In plants such as pines, firs, and spruces (the 
gymnosperms), pollen is transferred from the male 
cone to the female cone. In flowering plants (the angio- 
sperms), pollen is transferred from the flower’s stamen 
(male organ) to the pistil (female organ). Many species 
of angiosperms have evolved elaborate structures or 
mechanisms to facilitate pollination of their flowers. 


History of pollination studies 


The German physician and botanist Rudolf 
Jakob Camerarius (1665-1721) is credited with dem- 
onstrating that plants reproduce sexually. Camerarius 
discovered the roles of the different parts of a flower in 
seed production. While studying certain bisexual (with 
both male and female reproductive organs) species of 
flowers, he noted that a stamen (male pollen-produc- 
ing organ) and a pistil (female ovule-producing organ) 
were both needed for seed production. The details of 
fertilization were discovered by scientists several dec- 
ades after Camerarius’s death. 


In 1862, Charles Darwin published an important 
book on pollination: The Various Contrivances by which 
Orchids Are Fertilized by Insects. In part, Darwin wrote 
this book on orchids in support of his theory of evolu- 
tion proposed in The Origin of Species, published three 
years before. 
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Pollination 


A honeybee becomes coated in pollen while gathering nectar 
and transports the pollen as it goes from flower to flower. 
(© George D. Lepp/Corbis.) 


A cross section of the anther of a lily, showing open pollen 
sacs and the release of pollen grains. (JLM Visuals.) 


Darwin demonstrated that many orchid flowers 
had evolved elaborate structures by natural selection 
in order to facilitate cross-pollination. He suggested 
that orchids and their insect pollinators evolved by 
interacting with one another over many generations, 
a process referred to as coevolution. 


The Austrian monk and botanist Johann Gregor 
Mendel (1822-1884) also conducted important polli- 
nation studies in the mid-1800s. He studied heredity 
by performing controlled cross-pollinations of pea 
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plants thereby laying the foundation for the study of 
heredity and genetics. 


Evolution of pollination 


The evolution of pollination coincided with the 
evolution of seed. Fossilized pollen grains of the seed 
ferns, an extinct group of seed-producing plants with 
fern-like leaves, have been dated to the late 
Carboniferous period (about 300 million years ago). 
These early seed plants relied upon wind to transport 
their pollen to the ovule. This was an advance over free- 
sporing plants, which were dependent upon water, as 
their sperm had to swim to reach the egg. The evolution 
of pollination therefore allowed seed plants to colonize 
terrestrial habitats. 


It was once widely believed that insect pollination 
was the driving force in the evolutionary origin of 
angiosperms. However, paleobotanists have recently 
discovered pollen grains of early gymnosperms, which 
were too large to have been transported by wind. This 
and other evidence indicates that certain species of 
early gymnosperms were pollinated by insects millions 
of years before the angiosperms had originated. 


Once the angiosperms had evolved, insect pollina- 
tion became an important factor in their evolutionary 
diversification. By the late Cretaceous period (about 
70 million years ago), the angiosperms had evolved 
flowers with complex and specific adaptations for pol- 
lination by insects and other animals. Furthermore, 
many flowers were clearly designed to ensure cross- 
pollination, exchange of pollen between different indi- 
viduals. Cross-pollination is often beneficial because it 
produces offspring which have greater genetic hetero- 
geneity, and are better able to endure environmental 
changes. This important point was also recognized by 
Darwin in his studies of pollination biology. 


Wind pollination 


Most modern gymnosperms and many angio- 
sperms are pollinated by wind. Wind-pollinated flow- 
ers, such as those of the grasses, usually have exposed 
stamens, so that the light pollen grains can be carried 
by the wind. 


Wind pollination is a crude mechanism; large 
amounts of pollen are usually wasted, because they 
do not reach female reproductive organs. For this 
reason, most wind-pollinated plants are found in tem- 
perate regions, where individuals of the same species 
often grow close together. Conversely, there are very 
few wind pollinated plants in the tropics, where plants 
of the same species tend to be farther apart. 
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KEY TERMS 


Angiosperm—A_ plant which produces seeds 
within the mature ovary of a flower, commonly 
referred as a flowering plant. 


Coevolution—Evolution of two or more closely 
interacting species, such that the evolution of one 
species affects the evolution of the other(s). 


Gametophyte—The haploid, gamete-producing 
generation in a plant's life cycle. 


Gymnosperm—Plant which produces its seed 
naked, rather than within a mature ovary. 


Haploid—Nucleus or cell containing one copy of 
each chromosome. 


Ovule—Female haploid gametophyte of seed 
plants, which develops into a seed upon fertiliza- 
tion by a pollen grain. 

Pollen—Male haploid gametophyte of seed plants, 
which unites with the ovule to form a seed. 


Pollination by animals 


In general, pollination by insects and other ani- 
mals is more efficient than pollination by wind. 
Typically, pollination benefits the animal pollinator 
by providing it with nectar, and benefits the plant by 
providing a direct transfer of pollen from one plant to 
the pistil of another plant. Angiosperm flowers are 
often highly adapted for pollination by insect and 
other animals. 


Each taxonomic group of pollinating animals is 
typically associated with flowers which have particular 
characteristics. Thus, one can often determine which 
animal pollinates a certain flower species by studying 
the morphology, color, and odor of the flower. For 
example, some flowers are pure red, or nearly pure 
red, and have very little odor. Birds, such as humming- 
birds, serve as pollinators of most of these flowers, since 
birds have excellent vision in the red region of the 
spectrum, and a rather undeveloped sense of smell. 
Interestingly, Europe has no native pure red flowers 
and no bird pollinated flowers. 


Some flowers have a very strong odor, but are very 
dark in color. These flowers are often pollinated by bats, 
which have very poor vision, are often active during the 
night, and have a very well developed sense of smell. 


The flowers of many species of plants are marked 
with special ultraviolet absorbing pigments (flavonoids), 
which appear to direct the pollinator toward the pollen 
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and nectar. These pigments are invisible to humans and 
most animals, but bees’ eyes have special ultraviolet 
photoreceptors which enable the bees to detect patterns 
and so pollinate these flowers. 
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| Pollution 


Pollution can be defined as unwanted or detri- 
mental changes in a natural system. Usually, pollution 
is associated with the presence of toxic substances in 
some large quantity, but pollution can also be caused 
by the presence of excess quantities of heat or by 
excessive fertilization with nutrients. 


The term pollution is derived from the Latin pol- 
lutus, which means to be made foul, unclean, or dirty. 
Anything that corrupts, degrades, or makes something 
less valuable or desirable can be considered pollution. 
There is, however, a good deal of ambiguity and con- 
tention about what constitutes a pollutant. Many 
reserve the term for harmful physical changes in the 
environment caused by human actions. Others argue 
that any unpleasant or unwanted environmental 
changes whether natural or human-caused constitute 
pollution. This broad definition could include smoke 
from lightening-ignited forest fires, ash and toxic 
fumes from volcanoes, or bad-tasting algae growing 
naturally in a lake. Some people include social issues in 
their definition of pollution, such as noise from a free- 
way, visual blight from intrusive billboards, or cul- 
tural pollution when the worst aspects of modern 
society invade a traditional culture. As can be seen, 
these definitions depend on the observer’s perspective. 
What is considered unwanted change by one person 
might seem like a welcome progress to someone else. A 
chemical that is toxic to one organism can be an key 
nutrient for another. 


Because pollution is judged on the basis of degra- 
dative changes, there is a strongly anthropocentric bias 
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Toxic beach debris on Padre Island National Seashore, 
Texas. (Earth Scenes/© George H.H. Huey.) 


to its determination. In other words, humans decide 
whether pollution is occurring and how bad it is. Of 
course, this bias favors species, communities, and eco- 
logical processes that are especially desired or appreci- 
ated by humans. In fact, however, some other, J/ess- 
desirable species, communities, and ecological processes 
may benefit from what humans consider pollution. 


Air pollution 


Air pollution is of special concern to the human 
population. The seven types of air pollution considered 
the greatest threat to human health in the United 
States, and the first regulated by the 1970 United 
States Clean Air Act, include sulfur dioxide, particu- 
lates (dust, smoke, etc.), carbon monoxide, volatile 
organic compounds, nitrogen oxides, ozone, and lead. 
In 1990, another 189 volatile chemical compounds 
from more than 250 sources were added to the list of 
regulated air pollutants in the United States. 
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Air contaminants are divided into two broad cat- 
egories: primary pollutants are those released directly 
into the air. Some examples include dust, smoke, and a 
variety of toxic chemicals such as lead, mercury, vinyl 
chloride, and carbon monoxide. In contrast, secon- 
dary pollutants are created or modified into a delete- 
rious form after being released into the air. 


A variety of chemical or photochemical reactions 
(catalyzed by light) produce a toxic mix of secondary 
pollutants in urban air. A prime example is the forma- 
tion of ozone in urban smog. A complex series of chem- 
ical reactions involving volatile organic compounds, 
nitrogen oxides, sunlight, and molecular oxygen create 
highly reactive ozone molecules containing three oxygen 
atoms. Stratospheric ozone in the upper atmosphere 
provides an important shield against harmful ultraviolet 
radiation in sunlight. Stratospheric ozone depletion— 
destruction by chlorofluorocarbons (CFCs) and other 
anthropogenic (human-generated) chemicals—is of 
great concern because it exposes living organisms to 
dangerous ultraviolet radiation. Ozone in ambient air 
(that surrounding humans), on the other hand, is highly 
damaging to both living organisms and building materi- 
als. Recent regulations that have reduced releases of 
smog-forming ozone in ambient air have significantly 
improved air quality in many U.S. cities. 


Water pollution 


Among the most important types of water pollution 
are sediment, infectious agents, toxins, oxygen-demand- 
ing wastes, plant nutrients, and thermal changes. 
Sediment (dirt, soil, insoluble solids) and trash make 
up the largest volume and most visible type of water 
pollution in most rivers and lakes. Worldwide, erosion 
from croplands, forests, grazing lands, and construction 
sites is estimated to add over 75 billion tons of sediment 
each year to rivers and lakes. This sediment smothers 
gravel beds in which fish lay their eggs. It fills lakes and 
reservoirs, obstructs shipping channels, clogs hydroelec- 
tric turbines, and makes drinking water purification 
more costly. Piles of plastic waste, oil slicks, tar blobs, 
and other flotsam and jetsam of modern society now 
defile even the most remote ocean beaches. 


Point/nonpoint sources 


Pollution control regulations usually distinguish 
between point and nonpoint sources. Factory smoke 
stacks, sewage outfalls, leaking underground mines, 
and burning dumps, for example, are point sources 
that release contaminants from individual, easily iden- 
tifiable sources that are relatively easy to monitor and 
regulate. In contrast, nonpoint pollution sources are 
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scattered or diffuse, having no specific location where 
they originate or discharge into the air or water. Some 
nonpoint sources include automobile exhaust, runoff 
from farm fields, urban streets, lawns, and construc- 
tion sites. Whereas point sources often are fairly uni- 
form and predictable, nonpoint runoff often is highly 
irregular. The first heavy rainfall after a dry period 
may flush high concentrations of oil, gasoline, rubber, 
and trash off city streets, for instance. The irregular 
timing of these events, as well as their multiple sources, 
variable location, and lack of specific ownership make 
them much more difficult to monitor, regulate, and 
treat than point sources. 


World progress 


In recent years, the United States and most of the 
more developed countries have made encouraging 
progress in air and water pollution control. While 
urban air and water quality anywhere in the world 
rarely matches that of pristine wilderness areas, pollu- 
tion levels in most of the more prosperous regions of 
North America, Western Europe, Japan, Australia, 
and New Zealand have generally been dramatically 
reduced. In the United States, for example, the number 
of days on which urban air is considered hazardous in 
the largest cities has decreased over 90% over the past 
25 years. Of the 97 metropolitan areas that failed to 
meet clean air standards in the 1980s, nearly half had 
reached compliance by the early 1990s. 


In the 2000s, according to the U.S. Environmental 
Protection Agency (EPA), nearly all areas meet mini- 
mum standards for some hazardous materials such as 
nitrogen oxides (a part of smog). However, some areas 
such as California’s San Joaquin Valley has not 
improved in most areas in many years. (In fact, its air 
quality is rated similar to the Los Angeles metropolitan 
area. In 2005, officials with San Joaquin Valley reported 
to the EPA that it would not meet the national health 
standards for ozone.) Perhaps the most striking success 
in controlling air pollution is airborne lead. Banning of 
leaded gasoline in the United States in 1970 resulted in a 
98% decrease in atmospheric concentrations of this toxic 
metal. Similarly, particulate materials have decreased in 
urban air nearly 80% since the passage of the U.S. Clean 
Air Act, while sulfur dioxides, carbon monoxide, and 
ozone are down by nearly one-third. 


Unfortunately, the situation often is not so encour- 
aging in other countries. The major metropolitan areas 
of developing countries often have appalling levels of air 
pollution, which rapid population growth, unregulated 
industrialization, lack of enforcement, and corrupt 
national and local politics only make worse. Mexico 
City, for example, is notorious for bad air. Pollution 
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levels exceed World Health Organization (WHO) stand- 
ards for an average of 350 days per year. More than half 
of all children in the city have lead levels in their blood 
sufficient to lower intelligence and retard development. 
The 130,000 industries and over 2.5 million motor 
vehicles in Mexico City spew out more than 5,500 metric 
tons of air pollutants every day, which are trapped by 
mountains lining the city. 


Although the United States has not yet met its 
national goal of making all surface waters “fishable 
and swimmable,” investments in sewage treatment, 
regulation of toxic waste disposal and factory effluents 
and other forms of pollution control have resulted in 
significant water quality increases in many areas. 
Nearly 90% of all the river miles and lake acres that 
are assessed for water quality in the United States fully 
or partly support their designed uses. Lake Erie, for 
instance, which was widely described in the 1970s as 
being “dead,” now has much cleaner water and more 
healthy fish populations than would ever have been 
thought possible 25 years ago. Unfortunately, surface 
waters in some developing countries have not experi- 
enced similar progress in pollution control. In most 
developing countries, only a tiny fraction of human 
wastes are treated before being dumped into rivers, 
lakes, or the ocean. In consequence, water pollution 
levels often are appalling. In India, for example, two- 
thirds of all surface waters are considered dangerous 
to human health. Hopefully, as development occurs, 
these countries will be able to take advantage of pol- 
lution control equipment and knowledge already 
available in already developed countries. 


| Pollution control 


Pollution control is the process of reducing or 
eliminating the release of pollutants into the environ- 
ment. It is regulated by various environmental agen- 
cies that establish pollutant discharge limits for air, 
water, and land. Pollution prevention measures are 
sometimes used in unison with measures of pollution 
control. For instance, the Pollution Prevention Act of 
1990 was passed in the United States. It helps to con- 
trol and prevent pollution at the federal level, along 
with helping to guide pollution control and prevention 
at the state level. 


Air pollution control strategies can be divided 
into two categories, the control of particulate emission 
and the control of gaseous emissions. There are many 
kinds of equipment that can be used to reduce 
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Equipment for the complete recovery and control of air, 
acids, and oxide emissions. (Tom Carroll. Phototake NYC.) 


particulate emissions. Physical separation of the par- 
ticulate from the air using settling chambers, cyclone 
collectors, impingers, wet scrubbers, electrostatic pre- 
cipitators, and filtration devices, are all processes that 
are typically employed. 


Settling chambers use gravity separation to reduce 
particulate emissions. The air stream is directed 
through a settling chamber, which is relatively long 
and has a large cross section, causing the velocity of 
the air stream to be greatly decreased and allowing 
sufficient time for the settling of solid particles. 


A cyclone collector is a cylindrical device with a 
conical bottom that is used to create a tornado-like air 
stream. A centrifugal force is thus imparted to the 
particles, causing them to cling to the wall and roll 
downward, while the cleaner air stream exits through 
the top of the device. 


An impinger is a device that uses the inertia of the 
air stream to impinge mists and dry particles on a solid 
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surface. Mists are collected on the impinger plate as 
liquid forms and then drips off, while dry particles 
tend to build up or reenter the air stream. It is for 
this reason that liquid sprays are used to wash the 
impinger surface as well, to improve the collection 
efficiency. 


Wet scrubbers control particulate emissions by 
wetting the particles in order to enhance their removal 
from the air stream. Wet scrubbers typically operate 
against the current by a water spray contacting with 
the gas flow. The particulate matter becomes 
entrained in the water droplets, and it is then separated 
from the gas stream. Wet scrubbers such as packed 
bed, venturi, or plate scrubbers utilize initial impac- 
tion, and cyclone scrubbers use a centrifugal force. 


Electrostatic precipitators are devices that use an 
electrostatic field to induce a charge on dust particles 
and collect them on grounded electrodes. Electrostatic 
precipitators are usually operated dry, but wet systems 
are also used, mainly by providing a water mist to aid 
in the process of cleaning the particles off the collec- 
tion plate. 


One of the oldest and most efficient methods of 
particulate control, however, is filtration. The most 
commonly used filtration device is known as a bag- 
house. It consists of fabric bags through which the air 
stream is directed. Particles become trapped in the 
fiber mesh on the fabric bags, as well as the filter 
cake that is subsequently formed. 


Gaseous emissions are controlled by similar devi- 
ces and typically can be used in conjunction with 
particulate control options. Such devices include scrub- 
bers, absorption systems, condensers, flares, and 
incinerators. 


Scrubbers utilize the phenomena of adsorption to 
remove gaseous pollutants from the air stream. There 
is a wide variety of scrubbers available for use, includ- 
ing spray towers, packed towers, and venturi scrub- 
bers. A wide variety of solutions can be used in this 
process as absorbing agents. Lime, magnesium oxide, 
and sodium hydroxide are typically used. 


Adsorption can also be used to control gaseous 
emissions. Activated carbon is commonly used as an 
adsorbent in configurations such as fixed bed and 
fluidized bed absorbers. 


Condensers operate in a manner so as to condense 
vapors by either increasing the pressure or decreasing 
the temperature of the gas stream. Surface condensers 
are usually of the shell-and-tube type, and contact 
condensers provide physical contact between the 
vapors, coolant, and condensate inside the unit. 
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Flaring and incineration take advantage of the com- 
bustibility of a gaseous pollutant. In general, excess air is 
added to these processes to drive the combustion reac- 
tion to completion, forming carbon dioxide and water. 


Another means of controlling both particulate and 
gaseous air pollutant emission can be accomplished by 
modifying the process that generates these pollutants. 
For example, modifications to process equipment or 
raw materials can provide effective source reduction. 
Also, employing fuel cleaning methods such as desul- 
furization and increasing fuel-burning efficiency can 
lessen air emissions. 


Water pollution control methods can be subdi- 
vided into physical, chemical, and biological treatment 
systems. Most treatment systems use combinations of 
any of these three technologies. Additionally, water 
conservation is a beneficial means to reduce the volume 
of wastewater generated. 


Physical treatment systems are processes that rely 
on physical forces to aid in the removal of pollutants. 
Physical processes, which find frequent use in water 
pollution control, include screening, filtration, sedimen- 
tation, and flotation. Screening and filtration are similar 
methods used to separate coarse solids from water. 
Suspended particles are also removed from water with 
the use of sedimentation processes. Just as in air pollu- 
tion control, sedimentation devices utilize gravity to 
remove the heavier particles from the water stream. 
The wide array of sedimentation basins in use slow 
down the water velocity in the unit to allow time for 
the particles to drop to the bottom. Likewise, flotation 
uses differences in particle densities, which in this case 
are lower than water, to effect removal. Fine gas bubbles 
are often introduced to assist this process; they attach to 
the particulate matter, causing them to rise to the top of 
the unit where they are mechanically removed. 


Chemical treatment systems in water pollution 
control are those processes that utilize chemical reac- 
tions to remove water pollutants or to form other, less 
toxic, compounds. Typical chemical treatment proc- 
esses are chemical precipitation, adsorption, and disin- 
fection reactions. Chemical precipitation processes 
utilize the addition of chemicals to the water in order 
to bring about the precipitation of dissolved solids. A 
physical process such as sedimentation or filtration 
then removes the solid. Chemical precipitation proc- 
esses are often used for the removal of heavy metals 
and phosphorus from water streams. Adsorption proc- 
esses are used to separate soluble substances from the 
water stream. Like air pollution adsorption processes, 
activated carbon is the most widely used adsorbent. 
Water may be passed through beds of granulated 
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activated carbon (GAC), or powdered activated carbon 
(PAC) may be added in order to facilitate the removal 
of dissolved pollutants. Disinfection processes selec- 
tively destroy disease-causing organisms such as bacte- 
ria and viruses. Typical disinfection agents include 
chlorine, ozone, and ultraviolet radiation. 


Biological water pollution control methods are 
those that utilize biological activity to remove pollu- 
tants from water streams. These methods are used for 
the control of biodegradable organic chemicals, as 
well as nutrient s such as nitrogen and phosphorus. 
In these systems, microorganisms consisting mainly of 
bacteria convert carbonaceous matter as well as cell- 
tissue into gas. There are two main groups of micro- 
organisms that are used in biological treatment, 
aerobic and anaerobic microorganisms. Each requires 
unique environmental conditions to do its job. 
Aerobic processes occur in the absence of oxygen. 
Both processes may be utilized whether the microor- 
ganisms exist in a suspension or are attached to a 
surface. These processes are termed suspended growth 
and fixed film processes, respectively. 


Solid pollution control methods that are typically 
used include landfilling, composting, and incineration. 
Sanitary landfills are operated by spreading the solid 
waste in compact layers separated by a thin layer of 
soil. Aerobic and anaerobic microorganisms help 
break down the biodegradable substances in the landfill 
and produce carbon dioxide and methane gas, which is 
typically vented to the surface. Landfills also generate a 
strong wastewater called leachate that must be collected 
and treated to avoid groundwatercontamination. 


Composting of solid wastes is the microbiological 
biodegradation of organic matter under either aerobic 
or anaerobic conditions. This process is most applica- 
ble for readily biodegradable solids such as sewage 
sludge, paper, food waste, and household garbage, 
including garden waste and organic matter. This proc- 
ess can be carried out in static pile, agitated beds, or a 
variety of reactors. 


In an incineration process, solids are burned in large 
furnaces thereby reducing the volume of solid wastes that 
enter landfills, as well as reducing the possibility of 
groundwater contamination. Incineration residue can 
also be used for metal reclamation. These systems are 
typically supplemented with air pollution control devices. 


Resources 


BOOKS 

Handbook of Air Pollution Technology. New York: Wiley, 
2001. 

LaGrega, Michael D.Hazardous Waste Management. 
Boston, MA: McGraw-Hill, 2001. 


3433 


]04}U09 UOIIN] Od 


Polybrominated biphenyls (PBBs) 


Leroux, Marcel. Global Warming: Myth or Reality, The 
Erring Ways of Climatology. Berlin, Germany, and New 
York: Springer, 2005. 

Matthews, John A., E.M. Bridges, and Christopher J. 
Caseldine. The Encyclopaedic Dictionary of Environmental 
Change. New York: Edward Arnold, 2001. 

McConnell, Robert, and Daniel Abel. Environmental Issues: 
Measuring, Analyzing, Evaluating. 2nd ed. Englewood 
Cliffs, NJ: Prentice Hall, 2002. 

Ruddiman, William F. Plows, Plagues, and Petroleum: How 
Humans Took Control of Climate. Princeton, NJ: 
Princeton University Press, 2005. 

Singer, Siegfried Fred. Unstoppable Global Warming: Every 
1,500 Years. Lanham, MD: Rowman & Littlefield 
Publishers, 2007. 


PERIODICALS 

Majee, S.R. “Sources Of Air Pollution Due To Coal Mining 
And Their Impacts In The Jaharia Coal Field.” 
Environment International 26, no. 1-2 (2001): 81-85. 

Nakamura. “Input-Output Analysis Of Waste 
Management.” Journal Of Industrial Ecology 6 no. | 
(2002): 39-63. 

“Pollution Engineering’s 2002 Manufacturer Profiles.” 
Pollution Engineering 34, no. 7 (2002): 18-39. 

Schnelle, Karl B. “Air Pollution Control Technology 
Handbook.” Journal of Hazardous Materials 96, 
no. 2-3 (2003): 341-342. 


Polonium see Element, chemical 


fl Polybrominated biphenyls 


(PBBs) 


Polybrominated biphenyls (or PBBs) are chemicals 
used to make plastics flame retardant. In Michigan in the 
early 1970s one type of PBB was accidentally mixed into 
livestock feed and fed to farm animals, resulting in illness 
and/or death in tens of thousands of animals. A large 
portion of Michigan’s nine million residents became ill as 
a result of eating contaminated meat or poultry. 


Polybrominated biphenyls are made from a chem- 
ical known as benzene (sometimes referred to as “phe- 
nyl”) which is derived from coal tar. Benzene contains 
six carbonatoms connected in a hexagonal ring forma- 
tion with two hydrogen atoms attached to each carbon 
atom along the outside of the ring. Two benzene rings 
can be linked together to form a diphenyl molecule. 
When a bromine atom replaces one of the hydrogen 
atoms on the phenyl rings, the compound is said to be 
“brominated”; when more than one such replacement 
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occurs the compound is “polybrominated.” The term 
“polybrominated biphenyl” is somewhat imprecise 
since it does not specify how many bromine atoms are 
present or to which carbon atoms they are attached. 


One specific type of PBB, hexabrominated biphenyl 
(which contains six bromine atoms), was developed for 
use as a flame retardant for plastics. This white crystal- 
line solid is incorporated into the hard plastics used to 
make telephones, calculators, hair dryers, televisions, 
automobile fixtures, and similar other objects at risk of 
overheating. The advantage of using hexabrominated 
biphenyl in plastics is that when they are exposed to 
flame, the presence of the PBB allows the plastic to 
melt (rather than catch on fire) and therefore flow 
away from the ignition source. The primary disadvant- 
age of this material is its high toxicity; in fact, similar 
compounds are used in pesticides and herbicides due to 
their ability to effectively kill insects and weeds at very 
low levels. Another negative side effect is its ability to 
persist in the environment for long periods of time. 


In the early 1970s hexabrominated biphenyl was 
manufactured by a small chemical company in 
Michigan under the trade name Firemaster BP-6 
(BP-6 stood for biphenyl, 6 bromine atoms). BP-6 
was sold to companies making various plastics and in 
1973 alone, over 3 million lb (1.3 million kg) of this 
material were sold. The same company also manufac- 
tured magnesium oxide, another white crystalline 
solid material, which is used as an additive in cattle 
feed to improve digestion. Due to poor labeling pro- 
cedures it is believed that thousands of pounds of 
Firemaster were mistakenly identified as magnesium 
oxide and shipped to companies which manufactured 
animal feed. As a result, tons of livestock feed were 
contaminated with hexabrominated biphenyl. When 
this feed was given to cattle and poultry they also 
became contaminated with PBBs. 


Many of the animals developed minor symptoms 
such as disorientation. Others become severely ill, with 
internal hemorrhaging or skin lesions, while many others 
died. (Controlled animal feeding studies later showed 
that PBBs can cause gastrointestinal hemorrhages, liver 
damage, as well as well as birth defects like exencephaly, a 
deformation of the skull.) When their cattle began to 
become sick and die, the farmers were understandably 
upset. However, because they did not know the cause of 
the problem, they did not realize the tainted meat from 
these animals posed a health risk. Therefore, meat from 
some of the sick animals was incorporated into animal 
feed which in turn contaminated other animals. Worse 
still, meat from the healthier cows that were slaughtered 
was sold for human consumption. Also, poultry that 
consumed the contaminated feed laid eggs containing 
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high levels of PBBs. A tremendous number of people in 
Michigan and beyond (estimated at greater than nine 
million individuals), unwittingly ingested health-threat- 
ening quantities of PBBs. 


The symptoms of PBB ingestion in humans depend 
upon the concentration and varies with the individual 
but stomach aches, abnormal bleeding, loss of balance, 
skin lesions, joint pains, and loss of resistance to disease 
are common. Hundreds of farm families developed 
extended illnesses as a result of PBB contamination. 
All told, long-term contamination for many Michigan 
residents occurred and because the long term effects of 
PBBs are still not fully understood, it may be decades 
before the true impact of this crisis is known. 


I Polychlorinated biphenyls 


(PCBs) 


Polychlorinated biphenyls are a mixture of com- 
pounds having from one to 10 chlorineatoms attached 
to a biphenyl ring structure. There are 209 possible 
structures theoretically; the manufacturing process 
results in approximately 120 different structures. 
PCBs resist biological and heat degradation and were 
once used in numerous applications, including dielec- 
tric fluids in capacitors and transformers, heat transfer 
fluids, hydraulic fluids, plasticizers, dedusting agents, 
adhesives, dye carriers in carbonless copy paper, and 
pesticide extenders. The United States manufactured 
PCBs from 1929 until 1977, when they were banned 
due to adverse environmental effects and ubiquitous 
occurrence. They bioaccumulate in organisms and can 
cause skin disorders, liver dysfunction, reproductive 
disorders, and tumor formation. They are one of the 
most abundant organochlorine contaminants found 
throughout the world. 


hydrocarbons 


Polycyclic aromatic hydrocarbons, or polynuclear 
aromatic hydrocarbons, are a family of hydrocarbons 
containing two or more closed aromatic ring structures, 
each based on the structure of benzene. The simplest of 
these chemicals is naphthalene, consisting of two fused 
benzene rings. Sometimes there is limited substitution of 


l fhe) tetas aromatic 
y 


GALE ENCYCLOPEDIA OF SCIENCE 4 


halogens for the hydrogen of polycyclic aromatic hydro- 
carbons, in which case the larger category of chemicals is 
known as polycyclic aromatic compounds. Some of the 
better known polycyclic aromatic compounds in envi- 
ronmental chemistry include anthracene, benzopyrene, 
benzofluoranthene, benzanthracene, dibenzanthracene, 
phenanthrene, pyrene, and perylene. 


Benzopyrene, for example, is an organic chemical 
with the general formula C3 9H), containing a five- 
ring structure. Benzopyrene is extremely insoluble in 
water but very soluble in certain organic solvents such 
as benzene. There are various isomers, or structural 
variants of benzopyrene which differ greatly in their 
toxicological properties. The most poisonous form is 
benzo(a)pyrene, which is believed to be highly carci- 
nogenic. In contrast, benzo(e)pyrene is not known to 
be carcinogenic. Similarly, benzo(b)fluoranthene 
demonstrates carcinogenicity in laboratory assays, 
but benzo(k)fluoranthene does not. 


Benzo(a)pyrene and other polycyclic aromatic 
compounds are among the diverse products of the 
incomplete oxidation of organic fuels, such as coal, 
oil, wood, and organic wastes. Consequently, polycy- 
clic aromatic compounds can be found in the waste 
gases of coal- and oil-fired generating stations, steam 
plants, petroleum refineries, incinerators, and coking 
ovens. Polycyclic aromatic compounds are also 
present in the exhaust gases emitted from diesel and 
internal combustion engines of vehicles, in fumes from 
barbecues, in smoke from wood stoves and fireplaces, 
and in cigarette, cigar, and pipe smoke. Residues of 
polycyclic aromatic compounds are also found in 
burnt toast, barbecued meat, smoked fish, and other 
foods prepared by charring. Forest fires are an impor- 
tant natural source of emission of polycyclic aromatic 
compounds to the atmospheric environment. 


Many human cancers, probably more than half, 
are believed to result from some environmental influ- 
ence. Because some polycyclic aromatic compounds 
are strongly suspected as being carcinogens, and are 
commonly encountered in the environment, they are 
considered to be an important problem in terms of 
toxicity potentially caused to humans. The most 
important human exposures to polycyclic aromatic 
compounds are voluntary and are associated, for 
example, with cigarette smoking and eating barbecued 
foods. However, there is also a more pervasive con- 
tamination of the atmospheric environment with pol- 
ycyclic aromatic compounds, resulting from emissions 
from power plants, refineries, automobiles, and other 
sources. This chronic contamination largely occurs in 
the form of tiny particulates that are within the size 
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Polygons 


range that is retained by the lungs upon inhalation 
(that is, smaller than about 3 pum in diameter). 


Both voluntary and non-voluntary exposures to 
polycyclic aromatic compounds are considered to be 
important environmental problems. However, the 
most intense exposures are caused by cigarette smoking. 
These are also among the most easily prevented sources 
of emission of these (and other) toxic chemicals. 


See also Carcinogen; Hydrocarbon. 


Resources 


BOOKS 
Harvey, R.G. Polycyclic Aromatic Hydrocarbons. VCH 
Publications, 1997. 


Polyester see Artificial fibers 
Polyethylene see Polymer 


I Polygons 


Polygons are closed plane figures bounded by three 
or more line segments. In the world of geometry, poly- 
gons abound. The term refers to a multisided geometric 
form in the plane. The number of angles in a polygon 
always equals the number of sides. Polygons are named 
to indicate the number of their sides or number of non- 
collinear points present in the polygon (Table 1). 


A square is a special type of polygon, as are tri- 
angles, parallelograms, and octagons. The prefix of 
the term, poly comes from the Greek word for 
“many,” and the root word gon comes from the 
Greek word for “angle.” 


Classification 


A regular polygon is one whose sides and interior 
angles are congruent. Regular polygons can be 
inscribed by a circle such that the circle is tangent to 
the sides at the centers, and circumscribed by a circle 
such that the sides form chords of the circle. Regular 
polygons are named to indicate the number of their 
sides or number of vertices present in the figure. thus, 
a hexagon has six sides, while a decagon has ten sides. 
Examples of regular polygons also include the familiar 
square and octagon (Figure 1). 


Not all polygons are regular or symmetric. 
Polygons for which all interior angles are less than 180° 
are called convex. Polygons with one or more interior 
angles greater than 180° are called concave. 


3436 


Polygons 


Number of vertices 
of polygon 


Number of sides 
in polygon 


Name of the 
polygon 
Triangle 


Rectangle 
Pentagon 
Hexagon 
Heptagon 
Octagon 
Nonagon 
Decagon 
n-gon 


Table 1. Polygons (Thomson Gale.) 
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Triangle Parallelogram Rhombus 


Rectangle 
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Square Pentagon Hexagon Octagon 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The most common image of a polygon is of a 
multisided perimeter enclosing a single, uninterrupted 
area. In reality, the sides of a polygon can intersect to 
form multiple, distinct areas. Such a polygon is classi- 
fied as reflex. 


Angles 


In a polygon, the line running between nonadja- 
cent points is known as a diagonal. The diagonals 
drawn from a single vertex to the remaining vertices 
in an n-sided polygon will divide the figure into n — 2 
triangles. The sum of the interior angles of a convex 
polygon is then just (n — 2) x 180. 


If the side of a polygon is extended past the inter- 
secting adjacent side, it defines the exterior angle of the 
vertex. Each vertex of a convex polygon has two pos- 
sible exterior angles, defined by the continuation of 
each of the sides. These two angles are congruent, 
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KEY TERMS 


Angle—A geometric figure created by two lines 
drawn from the same point. 


Concave—A polygon whose at least one angle is 
larger than the straight angle (180°). 


Convex—A polygon whose all angles are less than 
the straight angle (180°). 


Diagonal—tThe line which links-connects any two 
non-adjacent vertices. 

Equiangular—A polygon is equiangular if all of its 
angles are identical. 


Equilateral—A polygon is equilateral if all the sides 
are equal in length. 


Parallelogram—A rectangle with both pair of sides 
parallel. 


Perimeter—The sum of the length of all sides. 
Rectangle—A parallelogram in which all angles 
are right angles. 

Reflex polygon—A polygon in which two nonadja- 
cent sides intersect. 

Regular polygon—An equilateral, equiangular 
polygon. 

Rhombus—A parallelogram whose adjacent sides 
are equal. 

Square—A four-sided shape whose sides are equal. 


Vertex—The point at which the two sides of an 
angle meet. 


however, so the exterior angle of a polygon is defined 
as one of the two angles. The sum of the exterior angles 
of any convex polygon is equal to 360°. 


Kristin Lewotsky 


l Polyhedron 


A polyhedron is a three-dimensional closed sur- 
face or solid, bounded by plane figures called 
polygons. 


The word polyhedron comes from the Greek pre- 
fix poly-, which means “many,” and the root word 
hedron which refers to “surface.” A polyhedron is a 
solid whose boundaries consist of planes. Many 
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common objects are in the shape of polyhedrons. 
The cube is seen in everything from dice to clock 
radios; CD cases and sticks of butter are in the shape 
of polyhedrons called parallelpipeds. The pyramids 
are a type of polyhedron, as are geodesic domes. 
Most shapes formed in nature are irregular. In an 
interesting exception, however, crystals grow in math- 
ematically perfect—and frequently complex— 
polyhedrons. 


The bounding polygons of a polyhedron are called 
the faces. The line segments along which the faces meet 
are called the edges. The points at which the ends of 
edges intersect (think of the corner of a cereal box) are 
the vertices. Vertices are connected through the body 
of the polyhedron by an imaginary line called a 
diagonal. 


A polyhedron is classified as convex if a diagonal 
contains only points inside of the polyhedron. Convex 
polyhedrons, also known as Euler polyhedrons, can be 
defined by the equation E = v + f— e = 2, where v is 
the number of vertices, fis the number of faces, and e is 
the number of edges. The intersection of a plane and a 
polyhedron is called the cross section of the polyhe- 
dron. The cross sections of a convex polyhedron are all 
convex polygons. 


Types of polyhedrons 


Polyhedrons are classified and named according 
to the number and type of faces. A polyhedron with 
four sides is a tetrahedron, but is also called a pyramid. 
The six-sided cube is also called a hexahedron. A 
polyhedron with six rectangles as sides also has many 
names—a rectangular parallelepided, rectangular 
prism, or box. 


A polyhedron whose faces are all regular polygons 
congruent to each other, whose polyhedral angels are 
all equal, and which has the same number of faces 
meet at each vertex is called a regular polyhedron. 
Only five regular polyhedrons exist: the tetrahedron 
(four triangular faces), the cube (six square faces), the 
octahedron (eight triangular faces—think of two pyr- 
amids placed bottom to bottom), the dodecahedron 
(12 pentagonal faces), and the icosahedron (20 trian- 
gular faces). 


Other common polyhedrons are best described as 
the same as one of previously named that has part of it 
cut off, or truncated, by a plane. Imagine cutting off 
the corners of a cube to obtain a polyhedron formed of 
triangles and squares, for example. 


Kristin Lewotsky 
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l Polymer 


Polymers are made up of extremely large, chainlike 
molecules consisting of numerous, smaller, repeating 
units called monomers. Polymer chains, which could 
be compared to paper clips linked together to make a 
long strand, appear in varying lengths. They can have 
branches, become intertwined, and can have cross-links. 
In addition, polymers can be composed of one or more 
types of monomer units, they can be joined by various 
kinds of chemical bonds, and they can be oriented in 
different ways. Monomers can be joined together by 
addition, in which all the atoms in the monomer are 
present in the polymer, or by condensation, in which a 
small molecule byproduct is also formed. Addition pol- 
ymers include polyethylene, polypropylene, Teflon, 
Lucite, and rubber. etc. Condensation polymers include 
nylon, Dacron, and Formica. 


The importance of polymers is evident as they 
occur widely both in the natural world in such materi- 
als as wool, hair, silk and sand, and in the world of 
synthetic materials in nylon, rubber, plastics, 
Styrofoam, and many other materials. The usefulness 
of polymers depends on their specific properties. Some 
of the sought-after properties of the synthetic poly- 
mers over natural ones include greater strength, non- 
reactivity with other substances, non-stickiness, and 
light weight. Modern lifestyles rely heavily on qualities 
of the readily available synthetic polymers. 


Although the 1920s became known as the “plastic 
age” and the plastic industry did not really boom until 
World War II, chemists actually began modifying very 
large, natural macromolecules, such as cellulose, in 
1861. In the strict sense, plastic means materials that 
can be softened and molded by heat and pressure but 
the term is also sometimes used to describe other mac- 
romolecular (large-molecule) materials, whether they 
be structural materials, films, or fibers. The first plastic 
material, prepared by Alexander Parkes when he mixed 
nitrocellulose with wood naphtha, was patented as 
“Parkesine” but this material found few commercial 
uses. The product was improved by Daniel Spill and 
marketed as “Xylonite” which found a market in 
combs and shirt collars. In 1884, it was adopted by 
the Sheffield cutlery industry for producing cheaper 
knife handles than the traditional bone. 


In 1870, in response to a contest offering $10,000 
to find a substitute for the costly ivory used to make 
billiard balls, John Wesley Hyatt again improved on 
the easily deformed and flammable “Parkesine.” The 
new product “Celluloid,” though still flammable, could 
be molded into smooth, hard balls and proved to be 
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not only a substitute for ivory billiard balls, but also 
replaced the expensive tortoise-shell used for mirror 
backings and hair or tooth brushes. It became the 
material of choice for George Eastman in 1889 in the 
development of roll film for snapshots and movies, and 
as such, brought in large profits. 


With the success of these products, chemists began 
experimenting with other natural products. By the turn 
of the century a Bavarian chemist, Adolf Spitteler, 
added formaldehyde to milk and produced an ivory- 
like substance called “Galalith” that was used in but- 
ton-making. At this time, scientists also began working 
with small molecules to produce large ones rather than 
just trying to modify large, natural molecules. Around 
1910 in a reaction between phenol and formaldehyde, 
the Belgian photographic chemist Leo H. Baekeland 
produced a black, hard plastic he called Bakelite that 
proved to be a good insulator and a pleasing substance 
for use in making telephones and household appliances. 
It was not until the 1920s that plastics were produced 
that could be mixed with pigments to produce color. 


It was about 1930 when scientists first began to 
understand and accept the evidence that polymers 
were giant, chain-like molecules that were flexible. 
American chemists were more receptive to these new 
ideas than were their European counterparts. In 1928 
Du Pont chemical company, whose major research 
interest prior to this point had been gunpowder man- 
ufacture, hired Wallace H. Carothers, a chemist who 
chose polymer formation as his basis for research. He 
was able to show how the individual units of the 
polymer chain joined together chemically and resulted 
in chain growth. He soon developed a new fiber, which 
was marketed by Du Pont in 1938 as Nylon. It turned 
out to be Du Pont’s greatest money-maker and was 
extremely important for use in parachutes in World 
War II. At about the same time two other chemists, 
Gibson and Fawcett, who were working in England, 
discovered polyethylene which had an important role 
in World War II as radar insulators. Clearly, the “Age 
of Plastics” was in full swing. 


Polymers are extremely large molecules composed 
of long chains, much like paper clips that are linked 
together to make a long strand. The individual sub- 
units, which can range from as few as 50 to more than 
20,000, are called monomers (from the Greek mono 
meaning one and meros meaning part). Because of 
their large size, polymers (from the Greek po/y mean- 
ing many) are referred to as macromolecules. 


Like strands of paper clips, polymer chains can be 
of varying lengths, they can have branches and they can 
become intertwined. Polymers can be made of one or 
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more kinds of monomer units, they can be joined by 
different kinds of chemical bonds and they can be 
oriented differently. Each of these variations either 
produces a different polymer or gives the existing poly- 
mer different properties. All of these possibilities pro- 
vide numerous opportunities for research and there are 
more chemists employed in the polymer industry than 
in any other branch of chemistry. Their job is to modify 
existing polymers so that they have more desirable 
properties and to synthesize new ones. 


Although polymers are often associated only with 
man-made materials, there are many polymers that 
occur in nature such as wood, silk, cotton, DNA, 
RNA, starch, and even sand and asbestos. They can 
make the material soft as in goose down, strong and 
delicate as in a spider web, or smooth and lustrous as 
in silk. Examples of man-made polymers include plas- 
tics such as polyethylene, styrofoam, Saran wrap, etc.; 
fibers such as nylon, Dacron, rayon, Herculon, etc.; 
and other materials such as Formica, Teflon, PVC 
piping, etc. In all of these synthetic compounds, man 
is trying to make substitutes for materials that are in 
short supply or too expensive, or is trying to improve 
the properties of the material to make it more useful. 


Most synthetic polymers are made from the non- 
renewable resource, petroleum, and as such, the “age 
of plastics” is limited unless other ways are found to 
make them. Since most polymers have carbon atoms 
as the basis of their structure, in theory at least, there 
are numerous materials that could be used as starting 
points. But the research and development process is 
long and costly and replacement polymers, if they ever 
become available, are a long way in the future. 
Disposing of plastics is also a serious problem, both 
because they contribute to the growing mounds of 
garbage accumulating everyday and because most 
are not biodegradable. Researchers are busy trying 
to find ways to speed-up the decomposition time 
which, if left to occur naturally, can take decades. 


Recycling is obviously a more economical and 
practical solution to both the conservation and dis- 
posal of this valuable resource. Only about 1% of 
plastics are currently recycled and the rest goes into 
municipal waste, making up about 30% by volume. 
Because different plastics have different chemical 
compositions, recycling them together yields a cheap, 
low-grade product called “plastic lumber.” These plas- 
tics are usually ground up and the chips are bonded 
together for use in such things as landscaping timbers 
or park benches. For a higher grade material, the 
plastics must be separated into like kinds. To facilitate 
this process, many plastics today are stamped with a 
recycling code number between one and six that 
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identifies the most common types. Then, depending 
on the kind, the plastic can be melted or ground and 
reprocessed. New ways of reprocessing and using this 
recycled plastic are constantly being sought. 


In order for monomers to chemically combine with 
each other and form long chains, there must be a 
mechanism by which the individual units can join or 
bond to each other. One method by which this happens 
is called addition because no atoms are gained or lost in 
the process. The monomers simply “add” together and 
the polymer is called an addition polymer. 


The simplest chemical structure by which this can 
happen involves monomers that contain double bonds 
(sharing two pairs of electrons). When the double 
bond breaks and changes into a single bond, each of 
the other two electrons are free and available to join 
with another monomer that has a free electron. This 
process can continue on and on. Polyethylene is an 
example of an addition polymer. The polymerization 
process can be started by using heat and pressure or 
ultraviolet light or by using another more reactive 
chemical such as a peroxide. Under these conditions 
the double bond breaks leaving extremely reactive 
unpaired electrons called free radicals. These free rad- 
icals react readily with other free radicals or with 
double bonds and the polymer chain starts to form. 


Different catalysts yield polymers with different 
properties because the size of the molecule may vary 
and the chains may be linear, branched, or cross- 
linked. Long linear chains of 10,000 or more mono- 
mers can pack very close together and form a hard, 
rigid, tough plastic known as high-density polyethy- 
lene or HDPE. Bottles for milk, water, bleach, soap, 
etc. are usually made of HDPE. It can be recognized 
by the recycling code number 2 that is marked on the 
bottom of the bottles. 


Shorter, branched chains of about 500 monomers 
of ethylene cannot pack as closely together and this 
kind of polymer is known as low-density polyethylene 
or LDPE. It is used for plastic food or garment bags, 
spray bottles, plastic lids, etc. and has a recycling code 
number 4. Polyethylene belongs to a group of plastics 
called thermoplastic polymers because it can be soft- 
ened by heating and then remolded. 


The ethylene monomer has two hydrogen atoms 
bonded to each carbon for a total of four hydrogen 
atoms that are not involved in the formation of the 
polymer. Many other polymers can be formed when 
one or more of these hydrogen atoms are replaced by 
some other atom or group of atoms. Polyvinyl chloride 
(PVC), with a recycling code number 3, is formed if one 
of the hydrogen atoms is replaced by a chlorine atom. 
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Polypropylene (P/P), with a recycling code number 5, is 
formed if one hydrogen atom is replaced by a methyl 
(CH3) group. Polystyrene (PS) with a recycling code 
number 6 is formed if one hydrogen atom is replaced 
by a phenyl (CgHs) group. Other polymers that are 
derivatives of ethylene include polyacrylonitrile 
(known by the trade name Orlon or Acrilan), when 
one hydrogen is replaced by a cyanide (CN) group; 
polymethyl methacrylate (trade name Plexiglas or 
Lucite), when one hydrogen is replaced by a methyl 
(CH3) group and another is replaced by a CO:CH3 
group; and polytetrafluoroethylene (Teflon), when all 
four hydrogen atoms are replaced by fluorine atoms. 


Natural and synthetic rubbers are both addition 
polymers. Natural rubber is obtained from the sap that 
oozes from rubber trees. It was named by Joseph 
Priestley who used it to rub out pencil marks, hence, 
its name, a rubber. Natural rubber can be decomposed 
to yield monomers of isoprene. It was used by the early 
American Indians to make balls for playing games as 
well as for water-proofing footwear and other gar- 
ments. But, useful as it was, it also had undesirable 
properties. It was sticky and smelly when it got too hot 
and it got hard and brittle in cold weather. These 
undesirable properties were eliminated when, in 1839, 
Charles Goodyear accidentally spilled a mixture of 
rubber and sulfur onto a hot stove and found that it 
did not melt but rather formed a much stronger but still 
elastic product. The process, called vulcanization, led 
to a more stable rubber product that withstood heat 
(without getting sticky) and cold (without getting hard) 
as well as being able to recover its original shape after 
being stretched. The sulfur makes cross-links in the 
long polymer chain and helps give it strength and 
resiliency, that is, if stretched, it will spring back to its 
original shape when the stress is released. 


Because the supply of natural rubber was limited 
and because it had still other undesirable properties, 
chemists began experimenting to find synthetic prod- 
ucts that would be even better than natural rubber. 
Today there are many monomers and mixtures of two 
or three different monomers, called copolymers, that 
can polymerize to form rubber-like substances. 
Neoprene, produced from 2-chlorobutadiene, was one 
of the first synthetic rubbers. The biggest commercial 
product in the United States is the copolymer, styrene- 
butadiene or SBR, which is composed of one styrene 
monomer for every three butadiene monomers. 


Condensation polymers 
A second method by which monomers bond 


together to form polymers is called condensation. 
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The formation of condensation polymers is more com- 
plex that the formation of addition polymers. Unlike 
addition polymers, in which all the atoms of the mono- 
mers are present in the polymer, two products result 
from the formation of condensation polymers, the 
polymer itself and another small molecule which is 
often, but not always, water. These polymers can 
form from a single kind of monomer, or, copolymers 
can form if two or more different monomers are 
involved. Most of the natural polymers are formed 
by condensation. 


One of the simplest of the condensation polymers 
is a type of nylon called nylon 6. It is formed from an 
amino acid, 6-aminohexanoic acid that has six carbon 
atoms in it, hence the name nylon 6. All amino acids 
molecules have an amine group (NH;) at one end and 
a carboxylic acid (COOH) group at the other end. A 
polymer forms when a hydrogen atom from the amine 
end of one molecule and an oxygen-hydrogen group 
(OH) from the carboxylic acid end of a second mole- 
cule split off and form a water molecule. The mono- 
mers join together as a new chemical bond forms 
between the nitrogen and carbon atoms. This new 
bond is called an amide linkage. Polymers formed by 
this kind of condensation reaction are referred to as 
polyamides. The new molecule, just like each of the 
monomers from which it formed, also has an amine 
group at one end (that can add to the carboxylic acid 
group of another monomer) and it has a carboxylic 
acid group at the other end (that can add to the amine 
end of another monomer). The chain can continue to 
grow and form very large polymers. Each time a 
monomer is added to the chain, a small molecule 
byproduct of water is also formed. 


All of the various types of nylons are polyamides 
because the condensation reaction occurs between an 
amine group and an acid group. The most important 
type of nylon is a copolymer called nylon 66, so-named 
because each of the monomers from which it forms has 
six carbon atoms. Nylon 66 is formed from adipic acid 
and hexamethylenediamine. Adipic acid has a carbox- 
ylic acid group at both ends of the molecule and the 
hexamethylenediamine molecule has an amine group 
at both ends of the molecule. The polymer is formed as 
alternating monomers of adipic acid and hexamethy- 
lenediamine bond together in a condensation reaction 
and a water molecule splits away. 


Nylon became a commercial product for Du Pont 
when their research scientists were able to draw it into 
long, thin, symmetrical filaments. As these polymer 
chains line up side-by-side, weak chemical bonds 
called hydrogen bonds form between adjacent chains. 
This makes the filaments very strong. Nylon was first 
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introduced to the public as nylon stockings (replacing 
the weaker natural fiber, silk) in October, 1939 in 
Delaware. Four thousand pairs sold in no time. A 
few months later, four million pairs sold in New 
York City in just one day. But the new found treasure 
was short-lived since, when the United States entered 
World War II in December, 1941, all the nylon went 
into making war materials. Women again had to rely 
on silk, rayon, and cotton, and some even painted 
their legs. Nylon hosiery did not become available 
again until 1946. 


Another similar polymer of the polyamide type is 
the extremely light-weight but strong material known 
as Kevlar. It is used in bullet-proof vests, aircraft, and 
in recreational uses such as canoes. Like nylon, one of 
the monomers from which it is made is terephthalic 
acid. The other one is phenylenediamine. 


Polyesters are another type of condensation poly- 
mer, so-called because the linkages formed when the 
monomers join together are called esters. Probably the 
best known polyester is known by its trade name, 
Dacron. It is a copolymer of terephthalic acid (which 
has a carboxylic acid at both ends) and ethylene glycol 
(which has an alcohol, OH group), at both ends. A 
molecule of water forms when the OH group from the 
acid molecule splits away and bonds with a hydrogen 
atom from the alcohol group. The new polymer is 
called polyethylene terephthalate or PET and can be 
recognized by its recycling code number 1. 


Dacron is used primarily in fabrics and clear bev- 
erage bottles. Films of Dacron can be coated with 
metallic oxides, rolled into very thin sheets (only 
about one-thirtieth the thickness of a human hair), 
magnetized, and used to make audio and video tapes. 
When used in this way, it is extremely strong and goes 
by the trade name Mylar. Because it is not chemically 
reactive, and is not toxic, allergenic, or flammable, and 
because it does not promote blood-clotting, it can be 
used to replace human blood vessels when they are 
severely blocked and damaged or to replace the skin of 
burn victims. 


There are other important condensation polymers 
that are formed by more complex reactions. These 
include the formaldehyde resins the first of which 
was Bakelite. These plastics are thermosetting plastics; 
that is, once they are molded and formed, they become 
permanently hard and they cannot be softened and 
remolded. Today their major use is in plywood adhe- 
sives, Melmac for dinnerware, Formica for table and 
counter tops, and other molding compounds. 


Polycarbonate polymers are known for their 
unusual toughness, yet they are so clear that they are 
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KEY TERMS 


Addition polymer—Polymers formed when the 
individual units are joined together without the 
gain or loss of any atoms. 


Condensation polymer—Polymers formed when 
the individual units are joined together with the 
splitting off of a small molecule by-product. 


Copolymer—Polymers formed from two or more 
different monomers. 


Macromolecule—A giant molecule. 


Monomers—Small, individual subunits which join 
together to form polymers. 


Plastics—A group of natural or synthetic polymers 
that are capable of being softened and molded by 
heat and pressure; also sometimes used to include 
other structural materials, films and fibers. 


Polyamide—A polymer, such as nylon, in which 
the monomers are joined together by amide 
linkages. 


Polyester—A polymer, such as Dacron, in which 
the monomers are joined together by ester linkages. 


Polymer—Extremely large molecules made of 
numerous, small, repeating units. 


Recycling code—Numbers between one and six 
that are stamped on many plastics and used for 
recycling purposes which identify the various 
kinds of polymers. 


used for “bullet-proof” windows and in visors for 
space helmets. The tough, baked-on finishes of auto- 
mobiles and major appliances are cross-linked poly- 
mers formed from an alcohol, such as glycerol, and an 
acid, such as phthalic acid, and are called alkyds. 
Silicone oils and rubbers are condensation polymers 
that have silicon rather than carbon as part of their 
structural form. These compounds are generally more 
stable at high temperatures and more fluid at low 
temperatures than the carbon compounds. They are 
often used for parts in space vehicles and jet planes. 


See also Artificial fibers. 
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Polymerase chain reaction see PCR 


Polymerization see Polymer 


fl Polynomials 


Polynomials are among the most common expres- 
sions in algebra. Each is just the sum of one or more 
powers of x, with each power multiplied by various 
numbers. In formal language, a polynomial in one 
variable, x, is the sum of terms ax* where k is a non- 
negative integer and ais a constant. Polynomials are to 
algebra about what integers (or whole numbers) are to 
arithmetic. They can be added, subtracted, multiplied, 
and factored. Division of one polynomial by another 
may leave a remainder. 


There are various words that are used in conjunc- 
tion with polynomials. The degree of a polynomial is the 
exponent of the highest power of x. Thus the degree of 


2x3 + 5x7 -x+2 


is 3. The leading coefficient is the coefficient of the 
highest power of x. Thus the leading coefficient of the 
above equation is 2. The constant term is the term that 
is the coefficent of x° (= 1). Thus the constant term of 
the above equation is 2, whereas the constant term of 
x Sx” + xis 0. 

The most general form for a polynomial in one 
variable is 


=a 
apX” +a, — 1x" (+... + a,x + a9 


where a), An—1, ---, 21, Ag are real numbers. They 
can be classified according to degree. Thus a first- 
degree polynomial, a;x + ao, is linear; a second-degree 
polynomial a,x? + asx + a; is quadratic; a third-degree 
polynomial, a3x> + aox” + a)x + ag is a cubic and so on. 

An irreducible or prime polynomial is one that has 
no factors of lower degree than a constant. For example, 
2x* + 6 is an irreducible polynomial although 2 is a 
factor. Also x* + 1 is irreducible even though it has the 
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factors x + iand x — i that involve complex numbers. All 
polynomials are the product of irreducible polynomials, 
just as every integer is the product of prime numbers. 


A polynomial in two variables, x and y, is the sum 
of terms, ax*y™ where a is a real number and k and m 
are non-negative integers. For example, 


ty icy +3 ay ae oy 12 

is a polynomial in x and y. The degree of such a 
polynomial is the greatest of the degrees of its terms. 
Thus the degree of the above equation is 4 — both from 
x*y (3 + 1 =4) and from x’y” (2+ 2 = 4). 

Similar definitions apply to polynomials in 3, 4, 5 
... variables, but the term “polynomial” without qual- 
ification usually refers to a polynomial in one variable. 


A polynomial equation is of the form P = 0 where 
Pisa polynomial. A polynomial function is one whose 
values are given by polynomial. 
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Polypeptide see Proteins 

Polysaccharide see Carbohydrate 
Polystyrene see Polymer 

Polyvinyl chloride see Polymer 
Pomegranate see Myrtle family (Myrtaceae) 
Popcorn see Grasses 


E Poppies 


Poppies belong to a small family of flowering plants 
called the Papaveraceae. Poppies are annual, biennial, 
or perennial herbs, although three New World genera 
(Bocconia, Dendromecon, and Romneya) are woody 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Arctic poppies (Papaver radicatum). (JLM Visuals.) 


shrubs or small trees. The leaves are alternate, lack 
stipules, and are often lobed or deeply dissected. The 
flowers are usually solitary, bisexual, showy, and 
crumpled in the bud. The fruit is a many-seeded capsule 
that opens by a ring of pores or by valves. One of the 
most characteristic features of the family is that when 
cut, the stems or leaves ooze a milky, yellow, orange, or 
occasionally clear latex from special secretory canals. 


The family consists of 23 genera and about 250 
species that are primarily distributed throughout 
northern temperate and arctic regions. The true pop- 
pies, which belong to the genus Papaver, are found 
mostly in Europe, much of Asia, the Arctic, and 
Japan. Only one true poppy occurs naturally in the 
United States. The only true poppy in the Southern 
Hemisphere is P. aculeatum, which occurs in South 
Africa and Australia. In North America, members of 
the poppy family are most common in the Arctic and 
in the west. Only two members of the poppy family 
are native to eastern North America. Bloodroot 
(Sanguinaria canadensis) is a common spring flower 
of cool forests. When the underground stem (rhizome) 
or roots of bloodroot are broken, they exude a red 
juice. The celandine poppy (Stylophorum diphyllum) is 
the other native poppy of eastern North America, 
occurring in rich woods. 


In North America it is the west, especially 
California and adjacent states, that has the highest 
diversity of poppies. Ten genera of poppies occur in 
western North America. Perhaps the most interesting 
of these are the Californian tree poppies in the genus 
Romneya. These spectacular plants have attractive 
gray leaves and large (3.9-5.1 in/10-13 cm across), 
fragrant, white flowers with an inner ring of bright 
yellow stamens. R. coulteri grows among sun-baked 
rocks and in gullies of parts of southern California and 
is most abundant in the mountains southeast of Los 
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Angeles; its fleshy stems can reach heights of 9.8 ft 
(3 m)—more the size of a shrub than a tree. The other, 
less well known, genus of tree poppy in California is 
Dendromecon, which is one of the few truly woody 
shrubs of the poppy family. D. harfordii is an erect, 
evergreen shrub that reaches 9.8 ft (3 m) and is found 
only on the islands of Santa Cruz and Santa Rosa off 
the coast of California. The tree celandines (Bocconia) 
of Central America truly reach tree size, growing to a 
maximum height of 23 ft (7 m). Californian poppies, 
which belong to the genus Eschscholzia, are restricted 
to western North America where they are generally 
found in arid regions in and around California. Many 
of the Californian poppies are widely cultivated. 
Prickly poppies (Agremone) are common in western 
North America. 


Many poppies are highly prized as garden orna- 
mentals. Poppies are admired for their delicate yet 
boldly colored flowers, which may be white, yellow, 
orange, or red. The blue poppies of the genus 
Meconopsis are special favorites of gardeners because 
no other genus of poppies contains species with blue 
flowers, making them something of a beautiful oddity 
among poppy fanciers. Among the more widely culti- 
vated species are the Iceland poppy (P. nudicaule), 
whose natural distribution is circumboreal, the 
California poppy (Eschscholzia californica) which is 
the state flower of California, the common poppy 
(P. dubium) of Europe, the oriental poppy (P. orien- 
tale) from Armenia and Iran, the corn poppy 
(P. rhoeas) of Europe, and many others, including 
many of those previously discussed from western 
North America. 


The most famous and economically important 
member of the poppy family is the opium poppy 
(P. somniferum). The opium poppy has been cultivated 
for thousands of years and naturalized in many places. 
Its origin is uncertain, but it is believed to have come 
from Asia Minor. Crude opium contains the addictive 
drugs morphine (11%) as well as codeine (1%). 
Morphine is an important painkiller and heroin is 
made from morphine. Controlled, commercial sup- 
plies for medicinal use are produced mostly in the 
Near East. The Balkans, the Near East, Southeast 
Asia, Japan, and China all produce opium and have 
long histories of its use. 


The opium poppy is an annual plant and so must 
be sown each year. Opium is collected once the plant 
has flowered and reached the fruiting stage. The urn- 
shaped seed capsules are slit by hand, generally late in 
the evening. The milky latex oozes out during the 
night, coagulates, and is then scraped from the capsule 
in the morning. The coagulated latex is dried and 
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Latex—A milky, usually white fluid produced by 
secretory cells of certain flowering plants. 


kneaded into balls of crude opium, which is then 
refined. Because the cutting of individual capsules is 
labor-intensive, opium production is generally 
restricted to areas with inexpensive labor. 


Poppies have a number of lesser uses. The seeds of 
opium poppy are commonly used in baking; the seeds 
do not contain opium. The corn poppy is cultivated in 
Europe for the oil in its seeds, which compares favor- 
ably with olive oil. In Turkey and Armenia the heads 
of oriental poppies are considered a great delicacy 
when eaten green. The taste has been described as 
acrid and hot. 


The poppy was immortalized as a symbol of remem- 
brance of the supreme sacrifice paid by those who fought 
in the First World War by Colonel John McCrae in the 
poem entitled Jn Flanders Fields, which begins with the 
lines: “In Flanders fields the poppies blow/Between the 
crosses, row on row.” A red poppy now symbolizes the 
sacrifice of those who died in the two World Wars and is 
worn on Remembrance Day, November 11, which com- 
memorates the end of World War I. 
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l Population growth and control 


(human) 


The numbers of humans on Earth have increased 
enormously during the past several millennia, but espe- 
cially during the past two centuries. By the end of the 
twentieth century, the global population of humans was 
6.0 billion. That figure is twice the population of 1960, a 
mere 30 years earlier. Moreover, the human population 
is growing at about 1.5% annually, equivalent to an 
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additional 80 million people per year. The United 
Nations population Fund estimates that there will likely 
be about nine billion people alive in the year 2050. 


In addition, the numbers of animals that live in a 
domestic mutualism with humans have also risen. 
These companion species must be supported by the 
biosphere along with their human patrons, and can be 
considered an important component of the environ- 
mental impact of the human enterprise. The large 
domestic animals include about 1.7 billion sheep and 
goats, 1.3 billion cows, and 0.3 billion horses, camels, 
and water buffalo. Humans are also accompanied by a 
huge population of smaller animals, including 10-11 
billion chickens and other fowl. 


The biological history of Homo sapiens extends 
more than one million years. For almost all of that 
history, a relatively small population was engaged in a 
subsistence lifestyle, involving the hunting of wild 
animals and the gathering of edible plants. The global 
population during those times was about a million 
people. However, the discoveries of crude tools, weap- 
ons, and hunting and gathering techniques allowed 
prehistoric humans to become increasingly more 
effective in exploiting their environment, which 
allowed increases in population to occur. About ten 
thousand years ago, people discovered primitive agri- 
culture through the domestication of a few plant and 
animal species, and ways of cultivating them to 
achieve greater yields of food. These early agricultural 
technologies and their associated socio-cultural sys- 
tems allowed an increase in the carrying capacity of 
the environment for humans and their domesticated 
species. This resulted in steady population growth 
because primitive agricultural systems could support 
more people than a hunting and gathering lifestyle. 


Further increases in Earth’s carrying capacity for 
the human population were achieved through additional 
technological discoveries that improved capabilities for 
controlling and exploiting the environment. These 
included the discovery of the properties of metals and 
their alloys, which allowed the manufacturing of supe- 
rior tools and weapons, and the inventions of the wheel 
and ships, which permitted the transportation of large 
amounts of goods. At the same time, further increases in 
agricultural yields were achieved by advances in the 
domestication and genetic modification of useful plants 
and animals, and the discovery of improved methods of 
cultivation. Due to innovations, the growth of the 
human population grew from about 300 million people 
in the year AD 1 to 500 million in AD 1650. 


Around that time, the rate of population growth 
increased significantly, and continues into the present. 
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The relatively recent and rapid growth of the human 
population occurred for several reasons. The discov- 
ery of better technologies for sanitation and medicine 
has been especially important, because of the resulting 
decreases in death rates. This allowed populations to 
increase rapidly, because of continuing high birth 
rates. There have also been great advances in technol- 
ogies for the extraction of resources, manufacturing 
of goods, agricultural production, transportation, and 
communications, all of which have increased the 
carrying capacity of the environment for people. 
Consequently, the number of humans increased to 
one billion in 1850, two billion in 1930, four billion 
in 1975, five billion in 1987, six billion in 1999, and 
about 6.5 in 2006. This rapid increase in the popula- 
tion has been labeled the “population explosion.” 
While there are clear signs that the rate of population 
increase is slowing, estimates show the number of 
humans on the planet to be nine billion in 2050. 


Because the populations of humans and large 
domestic animals have become so big, some predict 
severe environmental damage caused by pollution and 
overly intense use of natural resources. If this were to 
happen, the carrying capacity for the human popula- 
tion would decrease, and famines could occur. A con- 
troversial movement in the latter years of the twentieth 
century for “zero population growth” advocates the 
widespread use of birth control, in order to maintain 
the birth rate at equal numbers to the death rate. 


l Population, human 


The number of human beings on Earth has 
increased greatly during the past few thousand years, 
but especially during the last two centuries: from 1850 
to 1950 the human population doubled, from 1.265 
billion to 2.516 billion, and has more than doubled 
from 1950 to the present. moreover, it is certain that 
the human population—at over 6.5 billion in 2006— 
will continue to increase, at least for a time. 


The recent growth of the human population has 
resulted in intense damage to the biosphere, represent- 
ing a global environmental crisis. The degradation has 
occurred on a scale and intensity that is comparable to 
the enormous effects of such geological processes as 
glaciation. The impact of the human population on 
any one region, as on the biosphere as a whole, is a 
function of two interacting factors: (1) the actual num- 
ber of people and (2) their per-capita environmental 
impact, which largely depends on the degree of 
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industrialization of the society and on the lifestyles of 
individuals. In general, more damage is done to Earth 
to support a person living a highly industrialized life- 
style than to support one living a pretechnical-agricul- 
tural or hunter-gatherer lifestyle. However, a direct 
correlation between industrialized comfort and birth- 
rate is often observed: the more well-to-do a popula- 
tion is (e.g., that of Europe or the United states), the 
lower its birthrate tends to be. 


Size of the human population 


The human species, Homo sapiens, is by far the most 
abundant large animal on Earth. Our world population 
is growing at about 1.5% annually, that is, at about 80 
million people per year. If the percentage of annual 
growth remains constant, the number of people added 
yearly increases: 1.5% of 100 is 1.5, but 1.5% of 200 is 3. 
Thus, 80 million new people per year is an approximate 
figure valid only for a short space of years. Also, global 
birth rates vary from year to year. If the current rate of 
growth is maintained, the size of the human population 
will double in less than 50 years, at which time there will 
be more than 12 billion people on earth—assuming that 
there is some way to keep them alive. 


No other large animal is known to have ever 
achieved such an enormous abundance. Prior to over- 
hunting during the nineteenth century, the American 
bison (Bison bison) numbered 60-80 million animals 
and may have been the world’s most populous wild 
large animal. The most abundant large animals in the 
wild now are the white-tailed deer (Odocoileus virginia- 
nus) of the Americas, with 40-60 million individuals; and 
the crabeater seal (Lobodon carcinophagus) of Antarctica, 
with 15-30 million. These species have populations less 
than 1% of that of human beings at this time. 


Large animals domesticated by human beings have 
also become enormously abundant, and these compan- 
ion species must be supported by the biosphere in con- 
cert with their human patrons. Therefore, they must be 
considered an important component of the environmen- 
tal impact of the human population. These animals 
include about 1.7 billion sheep and goats, 1.3 billion 
cows, and 0.3 billion horses, camels, and water buffalo. 
Human beings are also accompanied by enormous 
populations of smaller domesticated animals, including 
10-11 billion chickens and other fowl. 


Carrying capacity and growth of 
the human population 


A population of organisms changes in response to 
the balance of the rates at which new individuals are 
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Population, human 


added by births and immigration and the rate at which 
they are lost by deaths and emigration. Zero popula- 
tion growth occurs when the growth and loss param- 
eters are balanced. These demographic relationships 
hold for all species, including ours. 


The history of Homo sapiens extends to somewhat 
more than one million years. For almost all of that 
time relatively small populations of human beings 
were engaged in subsistence lifestyles that involved 
hunting wild animals and gathering wild edible plants. 
The global population of human beings during those 
times may have been as large as a million or so indi- 
viduals. However, colonization of new parts of the 
world (e.g., Asia, Europe, Australia, Polynesia, the 
Americas) and occasional discoveries of new tools 
and weapons allowed prehistoric human beings to 
grow in numbers and become more effective at gather- 
ing food. This in turn allowed the population to 
increase. 


About 10,000 years ago, the first significant devel- 
opments of primitive agriculture began to occur. 
These included the domestication of a few plant and 
animal species to achieve greater yields of food for 
human beings. The development of these early agricul- 
tural technologies and their associated sociocultural 
systems allowed enormous increases in environmental 
carrying capacity for human beings and their domes- 
ticated species, so that steady population growth 
could occur. Even primitive agricultural systems 
could support many more people than could a subsis- 
tence lifestyle based on the hunting and gathering of 
wild animals and plants. 


Further enhancements of Earth’s carrying capacity 
for the human enterprise were achieved through other 
technological discoveries. For example, the discovery 
of metals and their alloy—first copper and bronze, 
later iron and steel—allowed the development of supe- 
rior tools and weapons. Similarly, the invention of the 
wheel and of ships made possible the easy transporta- 
tion of large quantities of valuable commodities from 
regions of surplus to those of deficit. At the same time, 
increased yields in agriculture were achieved through a 
series of advances in breeding of domesticated plants 
and animals and in farming techniques. The evolution 
of human sociocultural systems has thus involved a 
long series of discoveries and innovations that 
increased the effective carrying capacity of the environ- 
ment, permitting growth of the population. As a result 
of this process, there were about 300 million people 
alive in AD 0, and about 500 million in 1650, at which 
time the rate of population growth increased signifi- 
cantly. This trend has been maintained to the present. 
The recent explosive growth of the human population 


3446 


has several causes. Especially important has been the 
discovery of more effective medical and sanitary tech- 
nologies, which have greatly decreased death rates 
(especially infant and child death rates) in most 
human populations. There have also been enormous 
advances in the technologies that allow effective extrac- 
tion of resources, manufacturing, agriculture, transpor- 
tation, and communications, all of which have allowed 
further increases in the carrying capacity of the 
environment. 


As a result of these relatively recent developments, 
the global population of human beings increased from 
about 500 million in 1650 to over one billion in 1850, 
two billion in 1930, four billion in 1975, and five 
billion in 1987. In 2005, the human population was 
approximately 6.56 billion individuals. 


More locally, there have been even greater increases 
in the rate of growth of some human populations. In 
recent decades some countries have achieved population 
growth rates of 4% per year, which if maintained would 
double the population in only 18 years. One third of all 
the world’s births occur in India and China, the two 
most populous countries in the world (about 1.049 bil- 
lion and 1.28 billion persons, respectively). 


These sorts of population growth rates place enor- 
mous pressure on ecosystems. For example, the 
human population of central Sudan was 2.9 million 
in 1917, but it was 18.4 million in 1977, an increase of 
6.4 times. During that same period the population of 
domestic cattle increased by a factor of 20 (to 16 
million), camels by 16 times (to 3.7 million), sheep by 
12.5 times (to 16 million), and goats by 8.5 times 
(to 10.4 million). Substantial degradation of the carry- 
ing capacity of dry lands in this region of Africa has 
been caused by these increases in the populations 
of human beings and their large-mammal symbionts, 
and there have been other ecological damages as 
well (e.g., destruction of trees and shrubs for cooking 
fuel). 


Another example of the phenomenon of rapid 
population growth is the number of people in the prov- 
ince of Rondonia in Amazonian Brazil. This popula- 
tion increased twelvefold between 1970 and 1988, 
mostly through immigration, while the population of 
cattle increased by 30 times. These population increases 
were accompanied by intense ecological damage, as the 
natural rainforests were “developed” to sustain human 
beings and their activities. (The areas in question are 
not, for the most part, “developed” in the sense of 
being transferred from their wild state to a sustainable 
agricultural state, but in the sense of being stripped and 
degraded for short-term profit.) 
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Future human population 


The growth rate of the global human population 
achieved a maximum during the late 1960s, when it 
was 2.1% per year. If sustained, this rate was capable 
of doubling the population in only 33 years. This rate 
of increase slowed somewhat to 1.5% per year in the 
1999, equivalent to a doubling time of 47 years, and in 
2002 had slipped to about 1.3%. Even at today’s 
comparatively modest growth rates, the human pop- 
ulation increases by about 80 million people each year. 


Reasonable predictions can be made of future 
increases of the human population. The predictions 
are based on assumptions about the factors influenc- 
ing changes in the size of populations, for example in 
the rates of fecundity, mortality, and other demo- 
graphic variables. Of course, it is not possible to accu- 
rately predict these dynamics because unanticipated 
changes, or “surprises,” may occur. For example, a 
global war could have an enormous influence on 
human demographics, as could the emergence of new 
diseases. AIDS is an example of the latter effect, 
because this lethal viral disease was unknown prior 
to the early 1980s. 


As a result of these uncertainties, it is not possible 
to accurately forecast the future abundance of human 
beings. However, reasonable assumptions about dem- 
ographic parameters can be based on recent trends in 
birth and death rates. Similarly, changes in the carry- 
ing capacity of Earth’s regions for the human econ- 
omy can be estimated from recent or anticipated 
advances in technology and on predictions of environ- 
mental changes that may be caused by human activ- 
ities. These types of information can be used to model 
future populations of human beings. 


A typical prediction of recent population models 
is that the global abundance of human beings could 
reach about seven billion by 2011 or 2015, depending 
on birth rate variations, and 8.9 billion by 2050. 
Models tend to predict that the human population 
could stabilize at about 10-12 billion. in other words, 
the global abundance of human beings will probably 
double again before it stabilizes. This prediction is 
likely to be fulfilled unless there is an unpredicted, 
intervening catastrophe such as a collapse of the car- 
rying capacity of the environment, an unprecedented 
and deadly pandemic, or a large-scale nuclear war. 


The structure of human populations 


Population structure refers to the relative abun- 
dance of males and females, and of individuals in 
various age classes. The latter type of structure is 


GALE ENCYCLOPEDIA OF SCIENCE 4 


significantly different for growing versus stable pop- 
ulations and has important implications for future 
changes in population size. 


Populations that have not been increasing or 
decreasing for some time have similar proportions in 
various age classes. In other words, there are compara- 
ble numbers of people aged five to 15 years old as those 
35-45 years old. The distribution of people is even 
among age classes except for the very young and the 
very old, for whom there are, in many societies, dispro- 
portionately high risks of mortality. (In industrialized 
societies, the death rate for infants and young children 
may be very low; for the elderly, it remains high.) 


In contrast, populations that are growing rapidly 
have relatively more young people than older people. 
Therefore, the age-class structure of growing popula- 
tions is triangular, that is, much wider at the bottom 
than at the top. for example, more than one half of the 
people in a rapidly growing human population might 
be less than 20 years old. This type of population 
structure implies inertia for further growth because 
of the increasing numbers of people that are continu- 
ally reaching reproductive age. 


Human populations that are growing rapidly for 
intrinsic reasons (i.e., birth rather than immigration) 
have a much higher birth rate than death rate and a 
markedly triangular age-class structure. The so-called 
demographic transition refers to the intermediate 
stage during which birth rates decrease to match 
death rates. Once this occurs, the age-class structure 
eventually becomes more equitable in distribution 
until zero population growth is achieved. 


Environmental effects of human populations 


The huge increases in size of the human popula- 
tion have resulted in a substantial degradation of envi- 
ronmental conditions. The changes have largely been 
characterized by deforestation, unsustainable harvest- 
ing of potentially renewable resources (such as wild 
animals and plants that are of economic importance), 
rapid mining of non-renewable resources (such as 
metals and fossil fuels), pollution, and other ecological 
damages. 


At the same time that human populations have 
been increasing, there has also been a great intensifi- 
cation of per-capita environmental impacts. This has 
occurred through the direct and indirect consequences 
of increased resource use to sustain individual human 
beings and their social and technological infrastruc- 
ture: meat production, fuel-burning, mining, air and 
water pollution, destruction of wild habitat, and so 
forth. 
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KEY TERMS 


Carrying capacity—The maximum population of a 
species that can be sustained by a given habitat. 


Cultural evolution (or sociocultural evolution)— 
The process by which human societies accumulate 
knowledge and technological capabilities and 
develop social systems, allowing increasingly 
effective exploitation of environmental resources. 


Demographic transition—This occurs when a rap- 
idly growing population changes from a condition 
of high birth rate and low death rate to one of low 
birth rate in balance with the death rate, so that the 
population stops increasing in size. 


Demography—The science of population statistics. 


Doubling time—The time required for an popula- 
tion to double in size. 


This trend can be illustrated by differences in the 
intensity of energy use among human societies, which 
also reflect the changes occurring during the history of 
the evolution of sociocultural systems. the average per- 
capita consumption of energy in a hunting society is 
about 20 megajoules (millions of joules) per day (MJ/ 
d), while it is 48 MJ/d in a primitive agricultural soci- 
ety, 104 MJ/d in advanced agriculture, 308 MJ/d for an 
industrializing society, and 1025 MJ/d for an advanced 
industrial society. the increases of per-capita energy 
usage, and of per-capita environmental impact, have 
been especially rapid during the past century of vigo- 
rous technological discoveries and economic growth. 


In fact, global per-capita economic productivity 
and energy consumption have both increased more 
rapidly during the twentieth century than has the 
human population. This pattern has been most signifi- 
cant in industrialized countries. in 1980, the average 
citizen of an industrialized country utilized 199 giga- 
joules (GJ, billions of joules) of energy, compared with 
only 17 GJ/yr in less-developed countries. Although 
industrialized countries only had 25%percnt; of the 
human population, they accounted for 80% of the 
energy use by human beings in 1980. Another illumi- 
nating comparison is that the world’s richest 20% of 
people consume 86%percnt; of the goods and services 
delivered by the global economy, while the poorest 20% 
consumes just 1.3%percnt;. More specifically, the 
United States—the world’s richest country as measured 
on a net, though not on a per-capita, basis—consumes 
approximately 25% of the world’s natural resources 
and produces some 75% of its hazardous wastes and 
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22% of its greenhouse gas emissions, while having only 
about 4.5% of the world’s population. 


See also Extinction. 
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t Porcupines 


Two families of rodents are called porcupines. 
They all have at least some hair modified into quills. 
The Old World porcupines belong to family 
Hystricidae of Europe, Asia, and Africa. The New 
World porcupines are 19 species of forest dwellers of 
the family Erethizontidae. The most common of these 
is the North American porcupine (Erthizon dorsatum). 
The name porcupine means “quill pig,” though these 
rodents are not pigs. 


Porcupines have one of the most unusual kinds of 
fur in the animal kingdom. Hidden beneath its shaggy 
brown, yellowish, or black coat of guard hairs is a 
mass of long sharp quills. Quills are actually special- 
ized hairs, solid toward the skin and hollow toward the 
dark end. They lie flat when the animal is relaxed and 
rise alarmingly if the animal is startled. When the 
animal tenses its muscles the quills rise out of the 
guard hairs, providing a protective shield that keeps 
enemies away. 


They do give warning, however. Either the quills 
themselves make a rattling sound when shaken or the 
animal’s tail makes a warning sound. The animal also 
stamps its feet and hisses. If the warnings go unheeded, 
the animal turns its back and moves quickly backward 
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A porcupine (Hystrix africaeaustralis) with its quills erect. (© Mark N. Boulton/The National Audubon Society Collection/Photo 
Researchers, Inc.) 


or sideways toward the approaching predator, giving 
it little time to realize its own danger. 


Myth holds that a porcupine can actively shoot its 
quills into a predator. This is not true. However, if an 
enemy attacks, the quills stick into its flesh and are 
easily pulled out of the porcupine’s skin. Quills have 
small barbs on the end that prevent the quill from being 
pulled out. Instead, they have to be carefully removed, 
rather like a fishhook. In the wild, quills gradually 
work their way into the predator’s body, harming 
organs, or into the throat, preventing the animal from 
eating until it starves to death. The porcupine grows 
new quills to replace the lost ones within a few weeks. 


American porcupines 


The North American porcupine has a head-and- 
body length that averages about 30 in (76 cm), with an 


upward-angled tail 9 to 10 in (23-25 cm) long. Body 
weight is generally less than 26 lb (12 kg), except for 
particularly large males, which can weigh more than 
30 Ib (13.5 kg). An adult porcupine possesses about 
100 quills per square inch (about per 6 sq cm) from its 
cheeks, on the top of its head, down its back and onto 
its tail. There are no quills on its undersides or on the 
hairless bottom of its feet. 


Porcupines are primarily woodland and forest 
animals of all parts of Canada except the Arctic 
islands and the United States except the prairie states 
and Southeast. Nocturnal animals, they readily climb 
trees, gripping with powerful, curved claws, and may 
even stay up in the branches for several days at time. 
They have typical rodent front teeth. These long inci- 
sors are orange in color and they grow continuously. 
Like beavers, porcupines munch bark off trees, 
although they prefer vegetables and fruits. In spring, 
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however, they go after new buds and leaves. They 
often swim in order to reach water plants. They are 
made buoyant by their hollow quills. 


One of the few animals that willingly takes on a 
porcupine is the weasel called a fisher. It teases the 
animal until it is worn out and easily turned over, 
where its unquilled underparts can be attacked. Some 
areas of the country that are being overrun by porcu- 
pines have introduced fishers to help eliminate them. 


In winter, a porcupine develops a thick, woolly 
coat under its guard hairs and quills. It will spend 
much of its time in a den, which is usually a hollow 
tree, cave, or burrow dug by another animal. It does 
not hibernate or even sleep more than usual. It goes 
out regularly in the winter to feed. 


Adult porcupines are solitary creatures except 
when mating, after which the male disappears and is 
not seen again. After a gestation of 29 to 30 weeks, 
usually a single well-developed baby, sometimes called 
a porcupette, is born in an underground burrow. The 
quills of a newborn are few and soft, but they harden 
within a few hours. The young stay with the mother 
for about six months before going off on their own. 
They become sexually mature at about 18 months and 
live to be about 10 years old. 


The Brazilian thin-spined porcupine (Chaetomys 
subspinosus) has quills only on its head. Another spe- 
cies, the prehensile-tailed porcupine (Coendou prehen- 
silis) has a tail almost as long as its body, which can be 
wrapped around a tree branch to support the animal. 


Old World porcupines 


Old World porcupines of Africa and Asia are 
often smaller than New World ones and are more apt 
to have more than one offspring at time. Their tails are 
structured so that they make a rattling sound when 
moved, giving warning to an approaching predator. 


The brush-tailed porcupines (A therurus spp.) have 
thin tails that end in a brush of white hair. They have 
more bristles—thick, coarse hair—than quills, which 
are located only on the back. They climb trees, espe- 
cially when going after fruit. The long-tailed porcu- 
pine (Trichys fasciculata) of Malaysia lacks the rotund 
body of most porcupines and looks more like a rat. Its 
few quills cannot be rattled. 


The crested porcupine (Hystrix cristata) of Africa 
has quills that may be as much as 12 in (30 cm) long. 
The hair on its head and shoulders stands up like a 
crest, which is so coarse as to look like more quills. 
Crested porcupines are more versatile in their habitats 
than most animals. They can live in desert, damp 
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KEY TERMS 


Incisors—The front cutting teeth of a mammal. In 
rodents, they grow continuously. 


Prehensile—Capable of grasping. 


forest, open grasslands, and even rocky terrain. Old 
World porcupines are regarded as a delicacy by native 
people and may be hunted for their meat. 


Resources 


BOOKS 

Caras, Roger A. North American Mammals: Fur-bearing 
Animals of the United States and Canada. New York: 
Meredith Press, 1967. 

Green, Carl R., and Sanford, William R. The Porcupine. 
Wildlife Habits and Habitat series. Mankato, MN: 
Crestwood House, 1985. 

Nowak, Ronald M. Walker’s Mammals of the World. 
6th ed. Baltimore: The Johns Hopkins University 
Press, 1999. 

Roze, U. The North American Porcupine. Washington, DC: 
Smithsonian Institution Press, 1989. 

Wilson, D.E., and D. Reeder. Mammal Species of the World. 
3rd ed. Baltimore: Johns Hopkins University Press, 
2005. 


Jean F. Blashfield 


Porpoises see Cetaceans 
Portuguese man-of-war see Jellyfish 


l Positive number 


Positive numbers are commonly defined as num- 
bers greater than zero; the numbers to the right of zero 
on the number line. Zero is not a positive number. The 
opposite, or additive inverse, of a positive number is a 
negative number. Negative numbers are always pre- 
ceded by a negative sign (—), while positive numbers 
are only preceded by a positive sign (+) when it is 
required to avoid confusion. Thus 15 and +15 are 
the same positive number. 


Positive numbers are used to identify quantities, 
such as the length of a line, the area of a circle, or the 
volume of a glass jar. They are used to identify the 
magnitude of physical quantities, as well. For example, 
positive numbers are used to indicate the amount of 
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electric power it takes to light a light bulb, the magni- 
tude of the force required to launch a space shuttle, the 
speed required to reach a destination in a fixed time, 
the amount of pressure required pump water uphill, 
and so on. 


Very often physical quantities also have a direction 
associated with them (represented by one-dimensional 
vectors). Positive numbers are used in conjunction with 
these quantities to indicate the direction. We may arbi- 
trarily choose a certain direction as being positive and 
call the velocity, for instance, positive in that direction. 
Then a negative velocity corresponds to a velocity in 
the opposite direction. For instance, if north is chosen 
as the positive direction, a car traveling due north at a 
speed of 50 mph (80 km/h) has a velocity of 50 mph 
(80 km/h), and a car traveling due south at 50 mph has 
a velocity of —50 mph (—80 km/h). In other instances, 
we may say a car has positive velocity when traveling in 
drive and negative velocity when traveling in reverse. 


Force is also a directed quantity. Gravity exerts a 
force down on all massive bodies. To launch a space 
shuttle requires a force larger than that of gravity, and 
oppositely directed. If we choose down as positive, 
then the force of gravity is positive, and the force 
required for launch will be negative. There must be a 
net negative force on the shuttle, which really means a 
positive force larger than gravity applied in the neg- 
ative direction. 


This discussion gives meaning to positive as being 
greater than zero, or, in a geometric sense, as having a 
particular direction or location relative to zero. A 
more fundamental definition of positive numbers is 
based on the definition of positive integers or natural 
numbers such as the ones given by the German math- 
ematician F. L. G. Frege or the Italian Giuseppe 
Peano. Frege based his ideas on the notion of one-to- 
one correspondence from set theory. One-to-one cor- 
respondence means that each element of the first set 
can be matched with one element from the second set, 
and vice versa, with no elements from either set being 
left out or used more than once. Pick a set with a given 
number of elements, say the toes on a human foot. 
Then, form the collection of all sets with the same 
number of elements in one-to-one correspondence 
with the initial set, in this case the collection of every 
conceivable set with five elements. Finally, define the 
cardinal number 5 as consisting of this collection. 
Peano defined the natural numbers in terms of | and 
the successors of 1, essentially the same method as 
counting. Using either the Frege or Peano definitions 
produces a set of natural numbers that are essentially 
the same as the positive integers. Ratios of these are 
the positive rational numbers, from which positive real 
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KEY TERMS 


Number line—A number line is a line whose points 
are associated with the real numbers, an arbitrary 
point being chosen to coincide with zero. 


Rectangular coordinate system—A_ two-dimen- 
sional rectangular coordinate system consists of a 
plane in which the points are associated with 
ordered pairs of real numbers located relative to 
two perpendicular real number lines. The intersec- 
tion of these lines coincides with the point (0,0), or 
origin. 


numbers can be derived. In this case, there is no need 
to consider “greater than 0” as a criterion at all—but 
this concept can then be derived. 


Note that complex numbers are not considered 
positive or negative. Real numbers, however, are 
always positive, negative, or zero. 
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[ Positron emission tomography 


(PET) 


Positron emission tomography (PET) is a nuclear 
medicine medical imaging (scanning) technique used 
in conjunction with small amounts of radiolabeled 
compounds to visualize brainanatomy and function. 


PET was the first scanning method to provide 
information on brain function as well as anatomy. 
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Positron emission tomography (PET) 


CONTROL 


Positron emission tomography (PET) scan control study. 
(Jon Meyer. Custom Medical Stock Photo.) 


This information includes data on blood flow, oxygen 
consumption, glucose metabolism, and concentra- 
tions of various molecules in brain tissue. 


PET has been used to study brain activity in var- 
ious neurological diseases and disorders, including 
stroke; epilepsy; Alzheimer disease, Parkinson disease, 
and Huntington disease; and in some psychiatric dis- 
orders, such as schizophrenia, depression, obsessive- 
compulsive disorder, attention-deficit/hyperactivity 
disorder, and Tourette syndrome. PET studies have 
helped to identify the brain mechanisms that operate 
in drug addiction, and to shed light on the mechanisms 
by which individual drugs work. PET is also proving 
to be more accurate than other methods in the diag- 
nosis of many types of cancer. In the treatment of 
cancer, PET can be used to determine more quickly 
than conventional tests whether a given therapy is 
working. PET scans also give accurate and detailed 
information on heart disease, particularly in women, 
in whom breast tissue can interfere with other types 
of tests. 


Description 


A very small amount of a radiolabeled compound 
is inhaled by or injected into the patient. The injected 
or inhaled compound accumulates in the tissue to be 
studied. As the radioactive atoms in the compound 
decay, they release smaller particles called positrons, 
which are positively charged (the counterpart of an 
electron). When a positron collides with an electron 
(negatively charged), they are both annihilated, and 
two photons (light particles) are emitted. The photons 
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KEY TERMS 


Electron—One of the small particles that make up 
an atom. An electron has the same mass and 
amount of charge as a positron, but the electron 
has a negative charge. 


Gamma ray—Electromagnetic radiation originat- 
ing from the nucleus of an atom. 


Half-life—The time required for one-half of the 
atoms in a radioactive substance to disintegrate. 


Photon—A particle of light. 


Positron—One of the small particles that make up 
an atom. A positron has the same mass and amount 
of charge as an electron, but the positron has a 
positive charge. 


move in opposite directions and are picked up by the 
detector ring of the PET scanner. A computer uses this 
information to generate three-dimensional, cross-sec- 
tional images that represent the biological activity 
where the radiolabeled compound has accumulated. 
They are often used in the medical fields of oncology, 
cardiology, neurology, neuropsychology, pharmacol- 
ogy, and psychiatry. 


A related technique is called single photon emis- 
sion computed tomography (CT) scan (SPECT). 
SPECT is similar to PET, but the compounds used 
contain heavier, longer-lived radioactive atoms that 
emit high-energy photons, called gamma rays, instead 
of positrons. SPECT is used for many of the same 
applications as PET, and is less expensive than PET, 
but the resulting picture is usually less sharp than a 
PET image and reveals less information about the 
brain. 


Risks 


Some of radioactive compounds used for PET or 
SPECT scanning can persist for a long time in the 
body. Even though only a small amount is injected 
each time, the long half-lives of these compounds can 
limit the number of times a patient can be scanned. 
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l Postulate 


A postulate is an assumption, that is, a proposition 
or statement that is assumed to be true without any 
proof. Postulates are the fundamental propositions used 
to prove other statements known as theorems. Once a 
theorem has been proven it is may be used in the proof of 
other theorems. In this way, an entire branch of mathe- 
matics can be built up from a few postulates. “Postulate” 
is synonymous with “axiom,” although sometimes 
“axiom” is taken to mean an assumption that applies to 
all branches of mathematics; in that case a postulate is 
taken to be an assumption specific to a given theory or 
branch of mathematics. Euclidean geometry provides a 
classic example: Euclid based his geometry on five postu- 
lates and five “common notions,” of which the postulates 
are assumptions specific to geometry, and the common 
notions are completely general axioms. 


The five postulates of Euclid that pertain to geom- 
etry are specific assumptions about lines, angles, and 
other geometric concepts. They are: 


1) Any two points describe a line. 
2) A line is infinitely long. 


3) A circle is uniquely defined by its center and a 
point on its circumference. 


4) Right angles are all equal. 


5) Given a point and a line not containing the 
point, there is one and only one parallel to the line 
through the point. 


The five common notions of Euclid have applica- 
tion in every branch of mathematics; they are: 


1) Two things that are equal to a third are equal to 
each other. 


2) Equal things having equal things added to them 
remain equal. 


3) Equal things having equal things subtracted 
from them have equal remainders. 


4) Any two things that can be shown to coincide 
with each other are equal. 


5) The whole is greater than any part. 
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On the basis of these 10 assumptions, Euclid pro- 
duced the Elements, a 13-volume treatise on geometry 
(published c. 300 BC) containing some 400 theorems, 
now referred to collectively as Euclidean geometry. 


When developing a mathematical system through 
logical deductive reasoning any number of postulates 
may be assumed. Sometimes in the course of proving 
theorems based on these postulates a theorem turns 
out to be the equivalent of one of the postulates. Thus, 
mathematicians usually seek the minimum number of 
postulates on which to base their reasoning. It is inter- 
esting to note that for centuries following publication 
of the Elements, mathematicians believed that Euclid’s 
fifth postulate, sometimes called the parallel postulate, 
could logically be deduced from the first four. Not 
until the nineteenth century did mathematicians rec- 
ognize that the five postulates did indeed result in a 
logically consistent geometry, and that replacement of 
the fifth postulate with different assumptions led to 
other consistent geometries. 


Postulates figure prominently in the work of the 
Italian mathematician Guiseppe Peano (1858-1932), 
who formalized the language of arithmetic by choos- 
ing three basic concepts: zero; number (meaning the 
non-negative integers); and the relationship “is the 
successor of.” In addition, Peano assumed that 
the three concepts obeyed the five following axioms 
or postulates: 


1) Zero is a number. 
2) If b is a number, the successor of b is a number. 
3) Zero is not the successor of a number. 


4) Two numbers of which the successors are equal 
are themselves equal. 


5) If a set S of numbers contains zero and also the 
successor of every number in S, then every number 
isin S. 

Based on these five postulates, Peano was able to 
derive five fundamental laws of arithmetic, the Peano 
axioms, that provided not only a formal foundation 
for arithmetic but for many of the constructions upon 
which algebra depends. 


Indeed, during the nineteenth century, virtually 
every branch of mathematics was reduced to a set of 
postulates and resynthesized in logical deductive fash- 
ion. The result was to change the way mathematics is 
viewed. Prior to the nineteenth century mathematics 
had been seen solely as a means of describing the 
physical universe. By the end of the century, however, 
mathematics came to be viewed more as a means of 
deriving the logical consequences of a collections of 
axioms. 
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Potassium aluminum sulfate 


In the twentieth century, a number of important 
discoveries in mathematics and logic showed the lim- 
itations of proof from postulates, thereby invalidating 
Peano’s axioms. The best known of these is Gédel’s 
theorem, formulated in the 1930s by the Austrian 
mathematician Kurt Gédel (1906-1978). Gédel dem- 
onstrated that if a system contained Peano’s postu- 
lates, or an equivalent, the system was either 
inconsistent (a statement and its opposite could be 
proved) or incomplete (there are true statements that 
cannot be derived from the postulates). 


See also Logic, symbolic. 
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Potassium see Alkali metals 


| Potassium aluminum sulfate 


Potassium aluminum sulfate is chemical which 
conforms to the general formula KAI(SO,4).. Also 
known as aluminum potassium sulfate, its unique 
characteristics have made it an important compound 
to many industries. 


The commercial production of potassium alumi- 
num sulfate is typically accomplished by a method 
called hydrometallurgy. In this process, an aqueous 
solution of sulfuric acid is first used to extract alumina 
(solid Al,O03) from an ore called bauxite. This step, 
known as leaching, results in a solution which can then 
be reacted with potassium sulfate to form potassium 
aluminum sulfate. Another method of production 
involves converting aluminum sulfate to potassium 
aluminum sulfate by adding potassium sulfate. In 
addition to these chemical processes, potassium alu- 
minum sulfate is also found occurring naturally in 
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minerals such as alunite and kalinite. Commercially 
available potassium aluminum sulfate is called potas- 
sium alum, potash alum, alum flour, or alum meal. 


Potassium aluminum sulfate forms a solid, white 
powder at room temperature. It is a hygroscopic mate- 
rial which when exposed to air, hydrates (absorbs 
water). Depending on the amount of water molecules 
present, these hydrates are represented by the chemical 
formulas KAI(SO4)2 - 12H,O or K»SOq4.Al(SO4)3 - 
24H,O. The powder form, made up of crystals, has a 
melting point of 198.5°F (92.5°C) and can be readily 
dissolved in water. Additionally, this material has 
a property known as astringency which is an ability 
to constrict body tissues, and restrict the flow of 
blood. 


There have been many industrial applications of 
potassium aluminum sulfate. It is an important part of 
many products created by the pharmaceutical, cos- 
metic, and food industries because of its astringency 
property. It is also used in the manufacture of paper, 
dyes, glue, and explosives. Additionally, it helps in the 
water purification process, is used to speed up the 
hardening of concrete and plaster, and acts as a cata- 
lyst in various chemical reactions. 


Potassium-argon dating see Dating 
techniques 


[ Potassium hydrogen tartrate 


Potassium hydrogen tartrate is an acid salt of 
tartaric acid. It is denoted by the chemical formula 
KC,4H50¢ and has a molecular weight of 188.18. It is 
made up of 25.53% carbon, 51.01% oxygen, 20.78% 
potassium, and 2.68% hydrogen, and has a density of 
1.95 g/cc. When purified, it is an odorless, white, crys- 
talline powder that has a pleasant acidulous taste. It is 
used as a leavening agent in baking powders and forms 
naturally during wine fermentation. 


Properties 


Potassium hydrogen tartrate is known by a vari- 
ety of names including potassium bitartrate, potas- 
sium acid tartrate, cream of tartar, and faeccula. An 
impure form of potassium hydrogen tartrate, called 
argol, is formed naturally during the fermentation of a 
variety of fruit juices. It is found as a crystal residue in 
wine casks. 
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One gram of potassium hydrogen tartrate dis- 
solves in 162 ml water. When the water temperature 
is increased, so is its solubility. Using boiling water, 
one gram will dissolve in about 16 ml of water. The 
material is insoluble in absolute alcohol. The saturated 
aqueous solution has a pH of approximately 3.5. In 
this solution the material dissociates into its compo- 
nent ions, one of which is tartaric acid. This acid 
was first isolated and characterized in 1769 by chemist 
Carl Wilhelm Scheele. He obtained it by boiling cream 
of tartar with chalk and then treating it with sulfuric 
acid. 


Production 


Potassium hydrogen tartrate has been known for 
centuries. The ancient Greeks and Romans, who 
found it as a deposit from fermented grape juice, called 
it tartar. Today, cream of tartar is manufactured from 
the waste products of the wine industry. Waste prod- 
ucts include press cakes from unfermented or partially 
fermented grape juice, dried slimy sediments from 
wine vats, and crystalline crusts from the wine vats 
used in second fermentations. The crystalline material 
is scraped off the sides of the vats and then purified to 
at least 99.5%. 


Uses 


Cream of tartar is used for a wide variety of appli- 
cations. It is one of the primary components in baking 
powder. Here it functions as a leavening agent. 
Leavening agents are compounds that are put into 
products like breads and rolls to generate carbon 
dioxide. The carbon dioxide is trapped in the batter 
creating air pockets that result in products that are 
lighter and crispier. In baking powder, cream of tartar 
specifically functions as the acidic portion that reacts 
with the basic component, sodium bicarbonate, to 
generate carbon dioxide gas. The limited solubility of 
cream of tartar in cold water helps prevent premature 
leavening. This is useful when mixing dough. 


Beyond leavening, cream of tartar also functions 
as an acidulant in food products. Acidulants serve a 
variety of purposes in this capacity, but their major role 
is to make foods more palatable. Acidulants can also 
be used as flavoring agents because they can intensify 
certain tastes and mask undesirable aftertastes. They 
can act as buffers to control the pH during processing. 
They also have an antimicrobial effect and can prevent 
the production of spores. They are synergistic with 
antioxidants which means they help make antioxidants 
more effective. Acidulants are also viscosity modifiers. 
By using the appropriate concentration a batter can be 
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KEY TERMS 


Acid—A substance that produces hydrogen ions 
when placed in an aqueous solution. 


Acidulant—A food additive that improves flavor, 
controls pH, acts as a preservative, and modifies 
the viscosity of baked goods recipes. 


Antimicrobial—A material that inhibits the growth 
of microorganisms that cause food to spoil. 


Fermentation—A_ process by which complex 
organic molecules are enzymatically broken 
down to simpler molecules. For example, in alco- 
hol fermentation glucose is reduced to ethyl! alco- 
hol and carbon dioxide. 


Leavening agent—A compound used in baking to 
produce carbon dioxide in a batter. It creates air 
pockets in gluten-based food products. 


Solubility—The amount of a material that will dis- 
solve in another material at a given temperature. 


made thicker or thinner. They are also melting modi- 
fiers and meat curing agents. The addition of cream of 
tartar to candy and frosting recipes results in a creamier 
consistency. It can also help improve the stability and 
volume of egg whites if added before beating. 


Non-food applications of potassium hydrogen 
tartrate include its use as one of the starting materials 
for the production of tartaric acid. It also finds use in 
metal processing for such things as coloring and gal- 
vanic tinning of metals. In the production of wool it is 
used as a reducer of CrO3 in mordants. In the phar- 
maceutical industry it has been used for its cathartic 
effect. Veterinarians use it as a laxative and diuretic. 
Cream of tartar is classified as a generally regarded as 
safe (GRAS) compound for use in food and beverage 
products. 
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Potassium iodide 


| Potassium iodide 


Potassium iodide (chemical formula KI) is a salt 
that is similar in structure and physical character to 
common table salt (sodium chloride; NaCl). Indeed, 
potassium iodide is a common commercial additive to 
table salt, to produce “iodized” salt. 


Potassium iodide is noteworthy in security because 
of its ability to block the uptake of radioactive iodine 
by the body’s thyroid gland. Located in the neck, the 
sole task of the thyroid gland is the production of a 
hormone that is one of the body’s principle metabolic 
regulators. Thus, the disruption of the thyroid gland— 
such as occurs when the uptake of radioactive iodine 
triggers the development of thyroid cancer—threatens 
health and can even led to death. 


If taken in time following an accidental or delib- 
erate release of radioactive iodine, such as would occur 
with a leak from a nuclear power plant or the detona- 
tion of a bomb containing a radioactive payload, 
potassium iodide saturates the thyroid with a form of 
iodine that persists in the gland. The radioactive form 
of iodine cannot out compete this stable form of 
iodine, and so is excreted from the body. 


Ingestion of KI has long been a precaution for 
workers in nuclear power plants and for military per- 
sonnel engaged in a conflict where the use of nuclear 
weapons is considered to be a possibility. Much of what 
is known of the protective effects of potassium iodide 
has come from the measurements of radiation accumu- 
lation in the thyroid glands of hundreds of thousands of 
people in the weeks following the Chernobyl reactor 
disaster of April 1986, and the therapeutic effects of 
KI achieved in Poland during that time. 


Since the terrorist attacks on the United States in 
the latter months of 2001, the need for a distribution of 
KI to civilians has become recognized. This has become 
especially evident with the exposed vulnerability of 
nuclear power plants to terrorist attack, and to the 
conceivable use of “dirty” bombs by terrorists. The 
latter, essentially a conventional explosive charge that 
spews out radioactive substances including iodine, could 
contaminate many people in a crowded urban area. 


The protective effects of potassium iodide last 
about 24 hours from the time it is ingested. Thus, a 
civilian or military protective strategy requires daily 
doses of KI. Longer term or more permanent use of 
the salt is not recommended yet, as prolonged use has 
been linked to thyroid malfunction, especially in those 
with Grave’s disease or autoimmune inflammation of 
the thyroid gland. 


See also Decontamination methods; Radioactive 
decay. 
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Potassium iodide pills. (© Visuals Unlimted/Corbis.) 
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t Potassium nitrate 


Potassium nitrate, also known as saltpeter or niter, is 
a chemical compound consisting of potassium, nitrogen, 
and oxygen. While it has many applications, including 
use as a fertilizer, its most important usage historically 
has been as a component of gunpowder. Over time its use 
as an explosive has been made nearly obsolete by 
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dynamite and TNT, but it is still used today in artillery- 
shell primers, hand-grenade fuses, and fireworks. 


Potassium nitrate consists of three basic chemical 
elements: potassium a soft, light, silver white metal; 
nitrogen a colorless, odorless gas; and oxygen, another 
common gas. When these three elements are reacted in 
the proper proportions they form a whitish compound 
known as nitre, or saltpeter, which has the chemical 
formula KNO3. This naturally occurring compound, 
which forms thin whitish glassy crusts on rocks, can be 
found in sheltered areas such as caves and particularly 
on soils rich in organic matter. Until the first World 
War the United States imported most of its potassium 
nitrate from Europe where it was mined from ancient 
sea beds. When these sources became unavailable dur- 
ing the war, the brines lakes in California became the 
principal supplier of nitre. 


Since it is rich in potassium, an element which is 
vital for plant growth, large quantities of potassium 
nitrate are used annually as fertilizer. It also has utility 
as a food preservative, and although never proven, it is 
claimed that when ingested saltpeter has an aphrodis- 
lac, or sexual-desire-reducing effect. However, the most 
renowned use for this whitish powder was discovered 
over 2,200 years ago by the Chinese. When 75% potas- 
sium nitrate is mixed appropriately with 15% carbon 
(charcoal), and 10% sulfur, the resultant black powder 
has explosive properties. This mixture (which through- 
out history has enjoyed such colorful nicknames as 
“Chinese Snow” and “the Devil’s Distillate”) eventu- 
ally became known as gunpowder. As early as AD 
1000, it was used by its inventors in explosive grenades 
and bombs. By the thirteenth century, the use of gun- 
powder had spread throughout the western world: in 
1242 the English philosopher Roger Bacon described 
his own preparation of this material. By the early four- 
teenth century, black powder and guns were being 
manufactured in Europe. Although the early firearms 
were awkward and inefficient, they were rapidly 
improved. Their use led to significant social changes, 
including the end of the European feudal system. In 
fact, it is arguable that exploitation of the properties of 
gunpowder has been responsible for many of the major 
social and cultural changes in history. 


Originally, potassium nitrate and the other compo- 
nents of gunpowder were carefully hand mixed and 
broken into small particles using wooden stamps. 
Later, water power mechanized the stamping stage, 
and metal stamps replaced the wooden ones. In modern 
production, charcoal and sulfur are mixed by the tum- 
bling action of steel balls in a rotating hollow cylinder. 
The potassium nitrate is pulverized separately, and the 
ingredients are then mixed and ground. After further 
crushing the gunpowder is pressed into cakes; these are 
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then rebroken and separated into grains of specific size. 
Finally, the grains are tumbled in wooden cylinders to 
wear off rough edges. During this process graphite is 
introduced, a coating powder which provides a friction- 
reducing, moisture-resistant film. 


By 1900 black powder had been virtually replaced 
as the standard firearms propellant. Although it had 
served for centuries, it had many drawbacks. It pro- 
duced a large cloud of white smoke when ignited, built 
up a bore-obstructing residue after relatively few 
shots, and absorbed moisture easily. Its replacement, 
nitrocellulose based smokeless powders (known as 
guncotton), eliminated most of these disadvantages. 
Gunpowder had already been largely replaced as a 
primary blasting explosive by dynamite and TNT but 
it is still widely used today in artillery-shell primers, 
hand-grenade fuses, and fireworks. 


| Potato 


The potato is a starchy, red or brown skinned, 
underground stem called a tuber. Tubers are storage 
areas for nutrient reserves of plants, such as starch or 
sugars. A widely cultivated species, the potato plant has 
the scientific name Solanum tuberosum and is a member 
of the nightshade family of plants, Solanaceae. Potato 
plants are widely grown for their familiar edible tubers 
that are a mainstay of many human diets. 


Potato plants are flowering plants with flower col- 
ors that include white, purple, violet, or lilac depending 
on the variety of plant. Natural potato plants produce 
a tap root system that is difficult to harvest. Cultivated 
potatoes, in contrast, have fibrous root systems that are 
more easily removed from soil, making potato harvest- 
ing less difficult. Potato tubers have indentations, 
called eves over their outer surfaces. The eyes are places 
where new stems may grow outward from tubers. Also, 
stolons grow from tuber eyes. Stolons are underground 
root-like extensions that connect tubers to one another 
and link individual potato plants together vegetatively. 


Potatoes are a very important food source for 
humans. The starchy content of potato tubers provides 
a good source of energy, and the vitamin content of 
potatoes is exceptional. A single medium sized potato 
(about 5.5 oz or 148 g) contains about 100 calories with 
no fat. They are easily digested since starch is quickly 
converted into simple sugars, which are absorbed rap- 
idly for use by the body. Also, potatoes have a high 
water content. To illustrate their importance, it is 
reported that the average American consumes about 
140 Ibs (64 kg) of potatoes each year. According to 
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Pottery analysis 


Idaho potato assembly line. (Peter Menzel. Stock Boston, Inc.) 


the USDA, that includes about 50 Ib (23 kg) of fresh 
potatoes, 60 lb (27 kg) of frozen potatoes (including 
French fries), and 16 lb (7 kg) of potato chips per person 
per year. In the United States, Idaho grows more pota- 
toes than any other region and accounts for about 30% 
of all potatoes cultivated in the United States. 


A significant historical event concerning potatoes 
was the Great Irish Famine. In the nineteenth century, 
potatoes had become the major food source of the 
population of Ireland because of its ease in cultivation. 
The climate and moisture of the country was favorable 
for potato growth. However, in 1845, a devastating 
plant disease infected the potato crops across Ireland. 
The disease (which still can occur) is called the late 
blight, or simply the potato blight. It is caused by a 
fungus. The parasitic fungus, with the scientific name 
Phytophthora infestans, resulted in mass ruin of potato 
crops for several consecutive years, creating horrible 
famine. In order to escape hunger, many Irish people 
fled to America and Canada. In this manner, the potato 
famine contributed to American immigration and the 
growth of the Irish population in the new world. 


Terry Watkins 


Potential energy see Energy 


l Pottery analysis 


Man first began making pots at the end of the 
Stone Age (Neolithic Period), about 12,000 years ago 
in the Old World, and about 5,000 years ago in the 
New World. 
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By about 6500 BC, hunting and foraging had 
largely been abandoned in Old World Neolithic agri- 
cultural villages. The need for pottery arose during the 
change-over from a food-gathering to a food-produc- 
ing economy. The cultivation of grain required that 
man be able to store cereals for future use. But pottery 
was also used for carrying water, for cooking, and for 
serving food. 


Basketry, including clay-lined baskets, probably 
served adequately for food storage for awhile. It may 
have been the accidental burning of a clay-lined basket 
that led to the discovery that clay, which is malleable 
when wet, becomes hard and brittle when burned. 
Further experimentation would have revealed that 
the piece of burnt clay could be subjected to additional 
heat without causing the object to disintegrate, which 
made it suitable for cooking vessels. The manufacture 
and firing of pottery represented an adaptation of fire- 
based technology, which was later to evolve into fur- 
nace-based metallurgy. 


The earliest pots were made by hand, either by 
being molded or by being built up. Although small 
pots could be molded, larger ones had to built up by 
placing successive rings of clay on top of each other. 


With the invention of the potter’s wheel, probably 
in the area of the Fertile Crescent, large vessels could 
be constructed in a few minutes, rather than several 
days. Until the invention of this device, women tended 
to be responsible for creating pottery; with its inven- 
tion, pottery entered the domain of men. 


Even the earliest pots appear to have been deco- 
rated. Decorations have ranged from simple geometric 
patterns to the elaborate illustrations characteristic of 
Chinese vases. Some early examples appear to have 
been made in imitation of baskets, or to have been 
molded inside a basket. Patterns on pots were prob- 
ably created with finger nails, pointed sticks, or bird 
bones. 


The art of pottery requires just the right material, 
i.e., the clay starting material must be neither too 
gritty nor too fine in texture. And the wet clay object 
must not be allowed to dry out before it is fired. 
Finally, the temperature of the firing oven must 
reach a critical value if the fired object is to retain its 
shape permanently. These discoveries may have 
occurred in the period of the Stone Age just preceding 
the Neolithic Period (that is, the Mesolithic Period), 
becoming universal in the Neolithic period. Pots or 
potsherds are frequently found in the ruins of 
Neolithic cultures. 


Each culture evolved its own unique form of pot- 
tery. These shapes typically developed into characteristic 
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forms that changed little over time. In addition, buried 
pottery does not deteriorate with time. As a result, 
pottery has become one of the best resources for dating 
an archeological site. Even if pots have become broken, 
the potsherds can still be pieced together into their 
original form. This of course cannot be done with 
objects of wood, leather, skins, or cloth. 


The presence of pots at an archeological site may 
reveal information about contacts that once existed 
between prehistoric cultures, or about trade routes in 
later civilizations. Pottery exported from Crete in the 
eighteenth century BC, for example, has been found 
on the mainland of Greece, on Cyprus and on other 
islands in the Aegean Sea, on the coast of Syria, and in 
Egypt. Other discoveries have shown that by 400 BC, 
Greek vases were being exported to the steppes of 
southern Russia, southern Germany, and northern 
France. The shape, size, type of clay, type of temper, 
surface treatment, and painting that characterize an 
ancient pot all provide valuable clues to the archeolo- 
gist seeking to date an artifact or site. 


Pottery analysis 


Archeologists typically perform four types of 
analysis on ceramic artifacts: experimental studies, 
form and function analysis, stylistic analysis, and tech- 
nological analysis. In experimental studies, archeolo- 
gists attempt to replicate ancient methods of pottery 
making in the laboratory. These studies yield valuable 
information about firing techniques, firing tempera- 
tures, and about the properties of coating materials. 
Archeologists may also study present-day pottery- 
making techniques in various cultures around the 
world to better understand how methods were used 
by traditional cultures. 


Analyses based on form and function focus on the 
shapes of ceramic vessels. The underlying assumption 
in this approach is that the shape of the vessel was 
determined by the way it was used. One weakness of 
this approach is that it ignores other factors that may 
have influenced the shape the object took, such as the 
material properties of the clay used, the manufactur- 
ing technologies available to the potter, and any cul- 
tural factors that might have constrained the form that 
the vessel eventually took. When employed properly, 
form and function analyses can provide valuable 
information about ancient economic patterns, units 
of measure, household food production and consump- 
tion, and household sizes. 


Stylistic analysis focuses on the decorative styles 
applied to ceramic artifacts, including painted designs, 
incisions, embossing, and other surface treatments. 
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Because decorative patterns, and the information 
they convey, are more likely to have been determined 
by specific cultural elements than are form and func- 
tion, stylistic analysis is the technique most frequently 
used to analyze ancient pottery. When the results of 
stylistic analyses are validated against other archeo- 
logical data, it often becomes possible to trace social 
change in a culture through time. While there is no 
doubt that this type of analysis has made great con- 
tributions to archeology, there remains a need for 
greater rigor and consistency when applying it across 
different regions and time periods. 


Technological analyses look at the materials from 
which the ceramic is made. Of chief interest are the 
chemical composition of the clay, the tempering materi- 
als, and the proportion of clay to temper. Technological 
analyses provide valuable data about variations in ves- 
sel forms, classification systems, and the origins of the 
materials used to construct pots. Because pots, both as 
objects in themselves and as vessels for other commod- 
ities such as grain, oils, wine, and salt, were very often 
trade objects, technological analyses can reveal infor- 
mation about ancient trade routes and trading patterns. 
Technological analyses may use neutron activation 
analysis, X-ray diffraction, or ceramic petrology to 
identify trace elements in clay or temper to gather 
information about the production, distribution, use 
and disposal of ceramic artifacts. 


Technological analyses 


In one type of technological analysis, the archeol- 
ogist attempts to understand the physical and mechan- 
ical properties of the ceramic material. Experiments 
may be designed to gather information about thermal 
shock, tensile strength, and crack propagation in 
ceramic vessels. In addition, the impact of any surface 
treatments on a pot’s function may be assessed. 


In a second type of technological analysis, the 
types of clay and tempering materials are analyzed to 
determine the origins of the materials used in the pot’s 
construction. Mineral composition may be deter- 
mined by petrographic analysis or x-ray diffraction. 
Petrographic analysis employs a microscope and 
polarized light to identify the mineral used as temper, 
based on the temper’s optical and morphological char- 
acteristics. In x-ray diffraction, the specimen is bom- 
barded with electrons to obtain an x-ray diffraction 
pattern characteristic of the minerals present in the 
object. At an elemental level, clays can be analyzed 
by such techniques as optical emissionspectroscopy, 
inductively coupled plasma spectroscopy, x-ray fluo- 
rescence, neutron activation, proton-induced x-ray 
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Pottery analysis 


KEY TERMS 


Artifact—A man-made object that has been shaped 
and fashioned for human use. 


Atomic absorption spectrometry—Method of anal- 
ysis in which the specimen is placed in a flame and 
the light emitted is analyzed. 


Ceramic petrology—Study of the origin, occur- 
rence, structure, and history of the material used in 
a ceramic object. 


Crack propagation—Growth of cracks in a material. 


Fertile Crescent—Crescent-shaped area extending 
from Israel to Turkey and Iran, where domestication 
of plants and animals first occurred. 


Firing—Treatment of a ceramic object with heat. 


Inductively coupled plasma spectroscopy—An ana- 
lytical technique in which plasma from the sample, 
heated by flame to a much higher temperature than 
ordinary combustion flames, is sampled either by 
emission spectroscopy or mass spectrometry. 


Microprobe analysis—A chemical microanalysis 
technique based on the analysis of x rays emitted 
from a very small sample area. 


Morphology—Study of structure and form. 


emission, microprobe analysis, and atomic absorption 
spectroscopy. Each of these methods evaluates the 
wavelength of energy either emitted or absorbed 
when the electrons, protons, or neutrons present in 
the clay of the vessel are disturbed by a source of 
radiation. These indicate the chemical elements 
present in the sample. 


Typological analysis and other 
dating techniques 


Typological analysis is the systematic classifica- 
tion of material culture into types based on similarities 
in form, construction, style, content, and/or use. 
Before the advent of modern dating techniques, typo- 
logical analysis provided the chief basis for dating 
material objects. The underlying premise of the tech- 
nique is that, in a given region, artifacts that resemble 
each other were created at about the same time, and 
that differences can be accounted for by gradual 
changes in the material culture. 


Ceramic objects have thus been dated relative to 
each other based on typological or stylistic shifts in a 
material culture through time (seriation). One of the 
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Neutron activation analysis—Method of analysis in 
which a specimen is bombarded with neutrons, and 
the resultant radio isotopes measured. 


Temper—To moisten and mix clay to achieve the 
proper consistency for use in ceramics. 


Tensile strength—The maximum stress from stretch- 
ing that a material can experience without tearing. 


Thermal shock—Effect of rapidly subjecting a mate- 
rial to a very large change in temperature. 


Thermoluminescence—Light emission accompany- 
ing the heating of a material. 


Typology—the study of artifacts based on observ- 
able traits such as form, methods of manufacture, 
and materials. Classification should not be based 
on an artifact’s function because this can not be 
unambiguously determined. 


X-ray diffraction—A method using the scattering of x 
rays by matter to study the structure of crystals. 


X-ray fluorescence spectrometry—A nondestructive 
method of analysis in which a specimen is 
irradiated with x rays and the resultant spectrum is 
analyzed. 


earliest seriation techniques used an indexing scheme 
to measure the similarity between artifacts. Today, 
computer-based statistical methods, including multi- 
dimensional analysis, factor analysis, and cluster anal- 
ysis, are commonly used to date objects based on 
stylistic similarities. 


In luminescence dating, a ceramic object is heated 
to produce a thermoluminescence signal characteristic 
of the length of time the objects have been buried. This 
technique is based on the principle that objects that 
have been buried a long time show greater lumines- 
cence intensities than those buried a short time. 
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| Prairie 


A prairie is a natural vegetation type in which 
perennial herbaceous plants predominate, particularly 
species of grasses. The word “prairie” comes from the 
French prérie (later, prairie), meaning meadow. The 
term was first applied to the swath of mid-continental 
North American grassland in the 1600s by French 
Jesuit missionaries and explorers, because the land- 
scape resembled, on a much vaster scale, the familiar 
agricultural meadows of western Europe. Thus, geog- 
raphy and nomenclature came together to distinguish 
the North American prairie from similar grasslands 
elsewhere in the world: the steppes of central Asia, the 
pampas of South America, and the veldt of southern 
Africa. 


Until the settlement era, the central prairie of 
North America stretched from southern Alberta, 
Saskatchewan, and Manitoba south to mid-Texas, 
and from the foothills of the Rocky Mountains east- 
ward into Indiana. It covered about 1.4 million sq mi 
(3.6 million sq km). Outlying patches occurred in Ohio, 
Michigan, Kentucky, and southwestern Ontario. A 
similar vegetation type went under the names of 
“plains” or “downs” in the northeastern United States. 


The general trend toward increasing rainfall and 
increasingly rich soil from west to east in mid-conti- 
nental North America gave rise to a descriptive classi- 
fication of the prairie. Its western edge, on the high 
plains, became known as shortgrass prairie, because 
shorter grasses grew on its generally poorer and drier 
soils. A transitional zone running north to south along 
the ninety-eighth meridian, through Alberta, 
Saskatchewan, the Dakotas, Nebraska, Kansas, and 
Oklahoma, became known as mixed-grass prairie. The 
richest, eastern sector, which bulged eastward from 
the ninety-eighth meridian through Illinois and into 
northwestern Indiana, became known as the tallgrass 
or “true” prairie. This scheme gradually evolved into 
the one used by modern biologists to classify prairies, 
which takes into account soil, bedrock, and vegetation 
types and has many divisions. The tallgrass prairie is 
the major subject of this article. 


A native prairie is sprinkled with brilliantly colored 
flowers of broadleafed (or dicotyledonous) plants that 
often exceed the height of the grasses. Some prairie 
grasses attain a height of 6.6 ft (2 m), and sometimes 
more, if soil and moisture conditions are favorable. 
Early settlers’ descriptions of grasses taller than a per- 
son on horseback were probably exaggerated and 
reflected a tradition of romanticizing the landscape. 
Intermixed with the predominant grasses are broad- 
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leaved plants called forbs, which lend color and diver- 
sity to the vegetation. Besides the grasses (family 
Poaceae), such as little and big bluestem and Indian 
grass, common prairie plants are species of legumes 
(Leguminosae), or flowering peas and clovers, and 
composites (Asteraceae), such as sunflowers, golden- 
rods, black-eyed susan, asters, and coneflowers. 


Natural history of the prairie 


Most of the prairie has developed since the most 
recent Ice Age, as determined from the dating of fos- 
silized pollen grains to about 8,300 years ago. The 
retreating glaciers left a central strip of flat or slightly 
depressed topography overlying clay soil, or in the 
western states, rocky dolomite shelves. Climate, 
weather, soil, and topography then created the initial 
conditions for the prairie to develop. The central prai- 
rie is subject to the stresses of extreme changes in 
temperature over the course of a year, drought, occa- 
sional accumulation of standing water just below the 
ground surface, and drying westerly winds from the 
Rocky Mountains. That situation favored the growth 
of plants with hardy root systems and underground 
growing points, but whose aerial (or aboveground) 
parts could die back each year. Perennial grasses and 
low, hardy shrubs could survive in such a climate; 
unprotected trees could not. It is thought that the 
post-Ice Age climate set the stage for the development 
of the prairie, with soil types and frequent fires then 
favoring the growth of grasses and forbs. 


Fire does not start a prairie, but it is a crucial 
factor in maintaining it. The pre-settlement fires were 
landscape-wide and moved rapidly, driven by westerly 
winds that traveled unimpeded across the plains. The 
aerial parts of prairie plants burn, but the roots, which 
in perennial grasses form a deep, thick tangle under- 
ground, do not. The fast-moving fires also consume 
litter, the dried stalks and plant remains that had died 
in previous seasons and fallen to the ground. Removal 
of litter gave the next season’s growth greater access to 
air and sunlight. The burns also killed shrubs and 
trees, which might otherwise have invaded the prairie 
and displaced its species. Some prairie fires were 
started by lightning; others were set by Native 
Americans, who saw the advantage to their horses 
and to the bison herds they hunted of having fresh 
vegetation to eat. 


Bison, the primary grazers on the prairie, contrib- 
uted to upkeep of the ecosystem by consuming young 
shoots of trees and shrubs along with their main food 
of grasses and forbs. Although they were massive ani- 
mals, their wide-ranging habit ensured they would not 
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A tall grass prairie during a Montana summer. (© Barry Griffiths, National Audubon Society Collection/Photo Researchers, Inc.) 


remain in one spot to churn up and destroy the roots of 
prairie grasses, as fenced-in cattle would later do. 


Climate, bison, and fire, maintained the dynamic 
boundary between prairie and forest. The prairie was 
not devoid of trees, however. Cottonwoods, green ash, 
and box elder grew as a riparian community along 
riverbanks, and long fingers of forest extended into 
the prairie, often bounded on their western edges by a 
watercourse that served as a natural firebreak. During 
periods without fire, plum trees and crabapple could 
take hold at the edges of the prairie. Copses of trees and 
patches of flowers interrupted the “seas of grass” and 
gave an overall more mosaic appearance to the prairie. 


The post-settlement prairie 


For a millennia, the North American prairie (bor- 
dered on the north, east, and south by forest) existed as 
a complex ecosystem that supported rich life, includ- 
ing aboriginal human cultures. Within the span of a 
human lifetime, however, it was almost entirely eradi- 
cated by conversion into agricultural land-use. 


The early settlers, reliant on forests for building mate- 
rials, firewood, fencing, and hand-crafted implements, 


initially distrusted a land on which few or no trees grew. 
That changed with the discovery that the tallgrass prairie 
could be converted into some of the richest cropland on 
the continent. Vast acreages went under the plow; other 
areas were overgrazed by domestic livestock. The assault 
on the central prairie began in earnest in the 1820s and 
was sped up by the opening of the Erie Canal, in 1825. The 
development of steamship routes on the Great Lakes and 
the westward expansion of the railroad system, in the 
1850s, also facilitated large, westward population move- 
ments. By the beginning of the Civil War, most of the 
tallgrass prairie had been put to the plow. The widespread 
availability of barbed-wire fencing by 1890 released 
ranchers and farmers from their greatest dependency on 
wood and marked the final domestication of the prairie. 


In the pre-settlement period, almost 60% of 
Illinois, then nicknamed the Prairie State, was covered 
by tallgrass prairie. In the post-settlement era, however, 
only about 0.01% of the original prairie was left. Prairie 
originally covered 85% of Iowa; in the post-settlement 
period 0.02% remained. The western states, with an 
overall drier climate and soils less suitable for agricul- 
ture, fared somewhat better, but no state retained more 
than a small fraction of its original prairie. 


KEY TERMS 


Forb—A perennial, herbaceous, broad-leafed (or 
dicotyledonous) plant. 


Grass—Any member of the family Poaceae, char- 
acterized by long narrow leaves with parallel 
venation and reduced flowers; usually found on 
seasonally dry, flat lands. The cereal grains are 
grasses (barley, corn, oats, rice, rye, wheat). 


Island habitat—A small area of ecosystem, sur- 
rounded by a different kind of ecosystem. The spe- 
cies in the island habitat cannot live in or penetrate 
the surrounding environment. 


Relic prairie—A remnant of prairie, usually small, 
that has never been plowed or overgrazed; virgin 
prairie. 


Most prairie today represents “island” habitat, 
existing in isolated patches rather than as a continuous 
extent of natural vegetation. Island communities are 
more vulnerable to natural and human-caused distur- 
bances, and experience a higher rate of species disap- 
pearance than non-island ecosystems. Typical islands of 
native prairie, called relics, include small cemeteries that 
coincidentally preserved the prairie; small preserves in 
arboreta and demonstration projects; and areas such as 
railroad embankments in cities where development was 
restricted or the land was considered unsuitable for 
building on. About 30% of the remaining prairie in 
Illinois exists in tiny islands of less than one acre. 


The loss of the prairie was part of a broader 
economic movement that involved both industrializa- 
tion and the development of commercial agriculture. 
The economic development of the former prairie states 
resulted in the almost total eradication of a large unit 
of natural vegetation. Efforts are under way to restore 
large tracts of reconstructed prairie that might support 
relatively small numbers of breeding bison. Seeding 
with native plants and the use of controlled burns are 
crucial parts of the management system being used to 
achieve this ecological restoration. However, the for- 
merly extensive tallgrass prairie will never be totally 
recovered, because its essential land-base is needed to 
provide food and livelihoods for an ever-increasing 
population of humans. 
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| Prairie chicken 


Prairie chickens are two North American species 
of birds in the grouse family (Phasianidae) in the order 
Galliformes, the game birds. Both the greater prairie 
chicken (Tympanuchus cupido) and the lesser prairie 
chicken (T. pallidicinctus) are brownish birds with a 
black band on the end of the tail. 


Male birds have colorful air sacs that are inflated 
during courtship and a ruff of long feathers that are 
erected at the same time. When wooing females, cock 
prairie chickens assemble in a designated arena where 
they engage in vigorous, ritualized combat to impress 
each other and the hens as they arrive. The males that 
are most imposing in these displays are relatively suc- 
cessful in mating with females from the local area. This 
type of communal courtship display is called a lek. The 
hen prairie chicken incubates the eggs and takes care 
of the young by herself. 


The greater prairie chicken is somewhat larger 
than the lesser prairie chicken, with a body length of 
14 in (36 cm) and orange air sacs. This species once 
occurred widely in many open, temperate grasslands 
and prairies, ranging from extensive dunegrass and 
heath communities of the Atlantic seaboard, to tall- 
grass and mixed-grass prairies of the middle of North 
America. The lesser prairie chicken is somewhat paler 
than the greater prairie chicken and has a body length 
of 13 in (33 cm) and reddish air sacs. This species had a 
much more restricted distribution than the greater 
prairie chicken, occurring in relatively dry shortgrass 
and semi-desert habitats in the south-central parts of 
the United States. 
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This display by a prairie chicken is sometimes called “booming.” (JLM Visuals.) 


Both species of prairie chickens, but especially the 
greater, were badly overhunted throughout the nine- 
teenth century and the first decade or so of the twen- 
tieth century. This predation by humans reduced their 
populations and extirpated the birds from many 
places. However, even more important than hunting 
pressures have been the long-term effects of conver- 
sion of the natural habitats of the prairie chicken into 
agricultural, residential, and other land uses. These 
conversions cause permanent losses of the habitat of 
prairie chickens and other wildlife, fragmenting the 
remaining populations and making them vulnerable 
to extirpation. 


In the eastern parts of its range, a subspecies of the 
greater prairie chicken, called the heath hen (T. c. 
cupido), was initially abundant and resident in coastal 
heaths and grasslands from Massachusetts to Virginia. 
Overhunting reduced the heath hen populations to 
low levels, and by the time that this bird was finally 
protected from hunting, most of its original natural 
habitat had been lost. Moreover, heath hens suffered 
high mortality due to introduced predators (especially 
domestic cats) and from diseases carried by introduced 
pheasants. These pressures made the few remaining 


populations of prairie chicken extremely vulnerable 
to the deleterious effects of the extreme events of win- 
ter weather and to natural predation. The last popu- 
lation of heath hen lived on Cape Cod, Massachusetts, 
and in spite of protection from hunting for several 
decades, and of management to maintain its habitat 
in a suitable condition, the heath hen became extinct 
in 1932. 


Attwater’s greater prairie chicken (T. c. attwateri) is 
another subspecies that used to be abundant in coastal 
prairies of Texas and Louisiana. This bird has suffered 
from the combined effects of overhunting and habitat 
conversions to agriculture, oil and gas development, and 
residential development. This endangered bird now only 
exists in a few isolated, remnant populations, in total 
numbering fewer than 50 individuals. These imperiled 
birds are threatened by continuing habitat losses, espe- 
cially to residential development. However, many of 
these birds live in Attwater’s Prairie Chicken National 
Wildlife Refuge in south Texas, where the habitat is 
intensively managed to favor this bird. Hopefully, 
these efforts will prove to be successful. 


Bill Freedman 


l Prairie dog 


Prairie dogs, or barking squirrels, are ground- 
dwelling herbivores in the genus Cynomys, in the squir- 
rel family Sciuridae, order Rodentia. Prairie dogs are 
closely related to the ground squirrels, gophers, and 
marmots. They are widespread and familiar animals of 
the open, arid prairies, grasslands, and some agricul- 
tural landscapes of the western regions of North 
America. 


Biology of prairie dogs 


Prairie dogs have a stout body, with a narrow, 
pointed head, very short ears, short legs and tail, and 
strong digging claws on their fingers. Their fur is short 
but thick, and is colored yellowish or light brown. 
Although they can run quickly, prairie dogs do not 
wander far from the protection of their burrows. 


Prairie dogs dig their burrows and grass-lined 
dens in well-drained soils. The surface entrance to 
the burrow is surrounded by a conical mound of exca- 
vated earth, which is designed to prevent rainwater 
from draining into the burrow. Nearby vegetation is 
kept well clipped, to provide a wide field of view for 
the detection of predators. 


Prairie dogs are highly social animals, living in 
burrow complexes known as towns. Prairie dog 
towns can contain thousands of individuals, at a den- 
sity as great as about 75 animals per hectare. In the 
past, when prairie dogs were more abundant, some of 
their more extensive towns may have contained mil- 
lions of animals. 


The social structure within prairie dog towns is 
determined by a dominance hierarchy, in which defended 
areas are controlled by mature, territory-holding males. 
The territory of these males is occupied by a harem of one 
to four breeding females, plus their pre-reproductive off- 
spring of the previous several years. These animals join 
the dominant male in an integrated defense of the group’s 
territory, in a local social subgroup called a coterie. When 
female prairie dogs become sexually mature at about 
three years of age, they may be allowed to remain in 
their natal coterie. However, the male animals are always 
driven away when they mature, and they must then 
engage in a high-risk wandering, searching for an oppor- 
tunity to establish their own coterie. 


Prairie dogs are mostly herbivorous, feeding dur- 
ing the day on the tissues of many species of herbaceous 
plants. They also eat insects, such as grasshoppers, 
when they are readily available. The grazing activities 
of prairie dogs can be intense in the vicinity of their 
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A black-tailed prairie dog (Cynomys ludovicianus) at the 
Sonora Desert Museum, Arizona. (Robert J. Huffman. Field 
Mark Publications.) 


towns, and this greatly alters the character of the 
vegetation. 


Prairie dogs often sit upright and survey their sur- 
roundings for potential dangers. If an imminent threat is 
observed, these animals quickly scurry underground. If 
only a potential threat is perceived, the prairie dog emits 
a sharp bark to warn others of the possible danger. This 
action heightens the state of awareness of the entire 
colony, and the movements of the marauding coyote, 
badger, hawk, rattlesnake, or person are closely moni- 
tored. There are specific alarm calls for ground-based 
and aerial predators, and there is also an all-clear signal. 


Prairie dogs gain weight through the summer and 
autumn, and they are noticeably fat and heavy at the 
onset of winter. Prairie dogs are not true hibernators, 
entering instead into deep, long sleeps in their hay- 
lined dens. These intense snoozes are occasionally 
interrupted for feeding and toiletry. On warm, sunny 
days the prairie dogs may interrupt their sleepy inac- 
tivity, and emerge to the surface to feed and stretch. 


Many predators hunt prairie dogs, making these 
animals an important element of the food web of the 
prairies. In addition, abandoned burrows of prairie 
dogs are used by many other types of animals that do 
not dig their own burrows, for example, burrowing 
owls (Speotyto cunicularia). 


Prairie dogs are often perceived to be agricultural 
pests, because they can consume large quantities of 
forage, and thereby compete with livestock. Prairie 
dogs may also directly consume crops, and when they 
are abundant they can cause significant damage. In 
addition, the excavations of prairie dogs can be hazard- 
ous to unwary livestock, who can step into an access 
hole, or cause an underground tunnel to collapse under 
their weight, and perhaps break one of their legs. 
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Prairie falcon 


KEY TERMS 


Coterie—The local, territory-holding, social group 
of prairie dogs, consisting of a mature male, a 
harem of one to four breeding females, and their 
young offspring. 

Herbivore—An animal that only eats plant foods. 


For these reasons, prairie dogs have been relent- 
lessly persecuted by humans, mostly through poison- 
ing campaigns. Regrettably, this means that very few 
towns of prairie dogs continue to flourish. The great 
declines in the abundance of prairie dogs has had 
substantial, secondary consequences for the many 
predators that feed on these animals, including endan- 
gered species such as the black-footed ferret (Mustela 
nigripes) and burrowing owl. 


Species of prairie dogs 


The most common and widespread of the five 
species of prairie dog is the black-tailed prairie dog 
(Cynomys ludovicianus), occuring in dry, upland prai- 
ries from southern Saskatchewan to northern Mexico. 
The pelage of the black-tailed prairie dog is yellowish 
brown, except for the dark last third of their tail. The 
closely related Mexican prairie dog (C. mexicanus) 
occurs in a small area of northern Mexico, and has 
about one-half of its tail colored black. 


The white-tailed prairie dog (Cynomys leucurus) 
occurs in prairies and grasslands of high-elevation, 
upland plateaus in Montana, Wyoming, Utah, and 
Colorado. This species is rather similar in coloration to 
the black-tailed prairie dog, but it utilizes different hab- 
itats, and it has a white tip to its tail. The closely related 
Gunnison’s prairie dog (C. gunnisoni) of Colorado and 
New Mexico, and the Utah prairie dog (C. parvidens) of 
Utah have relatively restricted distributions, and they 
may in fact be subspecies of the white-tailed prairie dog. 


See also Rodents. 
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| Prairie falcon 


Falcons are very swift birds of prey that hunt 
during the day. Falcons are in the family Falconidae, 
of which there are 39 species, all in the genus Falco. 


The prairie falcon (Falco mexicanus) is a medium- 
sized, light-brown falcon that breeds in wide-open, 
semi-arid and prairie habitats in the western United 
States, southwestern Canada, and northern Mexico. 
Prairie falcons generally breed in the vicinity of cliffs 
or canyons and hunt over nearby, open terrain, and 
sometimes on open forests. The prairie falcon is migra- 
tory, wintering in the southern parts of its breeding 
range, as far south as central Mexico. 


The prairie falcon is a crow-sized bird, with a 
typical body length of 17 in (43 cm). It has narrow, 
pointed wings, a square tail, a hooked, predatory 
beak, and strong, raptorial feet and claws. 


Like other falcons, the prairie falcon is a strong, 
fast flier. The usual prey of this bird is small birds and 
mammals. The prairie falcon also has spectacular nup- 
tial displays similar to other falcons, which involve the 
male bird (or tiercel) making fast-flying stoops from 
great heights as well as other aerial acrobatics. These 
are all designed to impress the female with his poten- 
tial prowess as a hunter. 


The nest is usually located on a ledge, on a cliff, or 
sometimes in an abandoned tree-nest of another large 
bird, such as a crow or hawk. The prairie falcon lays 
three to six eggs, which are mostly incubated by the 
female, which is fed by the male as she broods. Both of 
the parents care for the young birds. 


Prairie falcons have declined somewhat in abun- 
dance as a result of losses of habitat to agriculture and 
the effects of toxic insecticides. However, while they 
are important, their population decreases have not 
been as great as those of some other raptors, especially 
the peregrine falcon (Falco peregrinus), which was 
much harder hit by chlorinated insecticides. 


The present prairie falcon population appears to 
be stable. However, some populations have declined in 
Utah, western Canada, and agricultural parts of 
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California. Eggshell thinning and mercury poisoning 
(due to this falcon’s preying on the seed-eating horned 
lark) has been reported, which may be contributing to 
this species declining numbers. 
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Praseodymium see Lanthanides 


l Praying mantis 


The praying mantis (plural praying mantids) is a 
carnivorous insects of the order Mantoidea (or 
Mantodea) named for its typical stance of an upright 
body with the two front legs held out in a pose of 
prayer. The long, thick, spiny, legs and the markedly 
triangular head with two large compound eyes make 
the mantis one of the most readily identifiable of all 
insects. The long neck of the praying mantis is actually 
the prothorax, which connects the head to the thorax 
and supports the front legs. Two other pairs of running 
legs attach to either side of the thorax, as do the wings, 
which lie folded over the slender, elongated body. The 
more than 1,800 species of praying mantids, range in 
size from 0.4-5.9 in (1-15 cm) long and are found in 
most tropical and temperate climates around the world. 


Reproduction 


Mantids’ reproductive organs are located at the 
tip of the abdomen. Many females are flightless and 
attract their mates by emitting a species-specific chem- 
ical, known as a pheromone. The male is much smaller 
than the female and performs a brief courtship ritual 
before alighting on the female’s back to mate. A pop- 
ular misconception is that the female mantis attacks 
and eats the male after he has fertilized her. This is true 
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in capitivity but rare in the wild; scientists are still 
unsure exactly why this phenomena occurs. 


Female mantids deposit batches of between 10 
and 400 fertilized eggs using their ovipositor at the 
tip of the abdomen. The eggs are secured to stems, 
leaves, or other surfaces, with each egg batch housed 
in an ootheca (egg case) constructed from a frothy 
substance produced in the abdomen. Each egg is 
deposited in an individual compartment inside the 
ootheca, and each compartment has a one-way valve 
permitting the young insects to hatch with minimal 
effort. The ootheca hardens quickly, providing pro- 
tection from parasitic insects, birds, and the sun. 


Some species of mantis, such as the African 
Tarachodula pantherina, construct long, narrow oothe- 
cas and guard their eggs lying over them. In about a 
month, wingless nymphs (young) emerge from the 
eggs, and look more like ants than mantids. This 
resemblance undoubtedly protects them from preda- 
tory birds, which seldom attack ants. Mantis nymphs 
are eaten by ants, which can wipe out an entire batch of 
young mantis nymphs. Surviving mantis nymphs molt 
several times, each time becoming more like the adult, 
with mature wings appearing after the final molt. 


Preying 


Praying mantid eat live invertebrates, including 
other mantids, although larger species have been 
observed to eat frogs, small lizards, and even small spe- 
cies of mice. The combination of camouflage, extremely 
flexible head movements, excellent binocularvision, 
speed, dexterity, accurate judgement of direction and 
distance mean that a mantid seldom miss their prey. 
Mantids turn their heads toward an approaching meal, 
they fling out their front legs at lightening speed, and 
secure the prey on hooked spines near the tip of each leg. 


The mantids first chew off the head of the prey, 
before gnawing its way down the body, devouring every 
morsel. Decapitation of larger prey is seldom possible, 
so these are eaten alive. One large Australian mantis 
(Archimantis latistylus) was observed to chew on a 
gecko (a small night lizard) for over 90 minutes, eating 
the entire animal, and leaving only the skull and spine. 
Mantids clean themselves meticulously after every meal. 


Defense 


Most mantids are green, brown, or gray, and sit 
motionless on a leaf, twig, or bark, camouflaged from 
predators such as birds, small animals, and other 
insects. The tiny South African flower-dwelling man- 
tis, Harpagomantis discolor, can change color to match 
the flower. Scare tactics, which provide some defense 
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Precession of the equinoxes 


A praying mantis on a pitcher plant in Bruce National Park, Ontario. The European mantis (Mantis religiosa) and the Chinese 
mantis (Tenodera aridifolia) are both common to northern North America and are both introduced species. The only mantids 
native to the continent are in the south. (Robert J. Huffman. Field Mark Publications.) 


Crypsis—Colored or shaped to blend in with a 
particular environment (camouflage). 


Ocelli—Simple eyes which detect light and dark. 
Ootheca—Egg case. 


Ovipositor—Egg laying duct at the end of the 
abdomen. 


Prothorax—the first of three segments of the thorax. 


against small predators, include raising the torso while 
holding the formidable forelegs high and wide, and 
flashing the conspicuously marked wings. 


Interaction with the environment 


Mantids in gardens help to control the number of 
pest insects but mantids cannot provide effective con- 
trol for agricultural insect pests. 
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[ Precession of the equinoxes 


The precession of the equinoxes (sometimes sim- 
ply called precession), is a movement of the celestial 
equator (the projection of Earth’s equator into space) 
with respect to the fixed stars and the ecliptic (the path 
of the sun’s motion in space as viewed from Earth). 
These two great circles in space are inclined to one 
another by an angle of approximately 23.5°, called the 
obliquity. Their intersection defines the equinox. The 
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Figure 1. The precessional motion of a top. (///ustration by Hans & Cassidy. Courtesy of Gale Group.) 


equator moves from east to west—in the same direc- 
tion as the daily motion of the sun—at a rate of about 
50.2° per year. 


Ancient Greek astronomer Hipparchus (c. 166-125 
BC) discovered precession when he compared positions 
of stars for his epoch with observations made 150 years 
earlier by ancient Greek astronomer and philosopher 
Timocharis of Alexandria (c. 320-260 BC). Hipparchus 
determined that the precession was at least 36” per year 
and probably in the range 45 to 46”, close to the modern 
value (although the value is not the same in all parts of 
the sky). 


Although precession was discovered in antiquity, its 
cause was unexplained until formulated in the seven- 
teenth century. In his Principia Mathematica, English 
physicist and mathematician Sir Issac Newton (1643— 
1727) demonstrated that precession results from the 
nonspherical shape of Earth. Consider the motion of 
another nonspherical object, a spinning top. If the top 
were not spinning, but merely balanced on its axis, a 
slight push would topple it over because the gravita- 
tional pull on one side would exceed that on the other. 
However, with the top spinning, the force generated by 
the spin prevents the top from falling, moving it in a 
direction perpendicular to the line of gravitational pull. 
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The top’s axis, then, precesses, and it traces a cone in 
space (Figure 1). 


The same occurs with Earth. Earth is slightly 
flattened (it is actually in the shape of an oblate sphe- 
roid), with the distance from its center to the equator 
being 0.3% greater than the distance from its center to 
the poles. Both the sun, moving in the ecliptic, and the 
moon, whose orbit is inclined 5° to the ecliptic, gen- 
erate gravitational pulls on the equatorial bulge. If 
Earth were not spinning, its equator would eventually 
line up near the ecliptic. However, because of its daily 
rotation, Earth, like a top, precesses; its axis of rota- 
tion traces a cone in space with a period of (360° x 60° 
x 60%)/50.2” per year or about 25,800 years (also called 
a Platonic year). The precession generated by the 
gravitational pulls of the sun and the moon is called 
luni-solar precession and amounts to some 50.3” per 
year, two-thirds of which is caused by the moon 
(Figure 2). 


However, the precessional motion is actually 
more complicated. Earth moves in its orbit, coinciding 
with the ecliptic, but it is subject to the gravitational 
pull of the other planets called the planetary preces- 
sion. These gravitational forces cause the ecliptic, and 
hence the equinox, to precess at a rate of 0.12” per year, 
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Precession of the equinoxes 
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Figure 2. The precessional motion of the Earth. (i/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


much smaller than the luni-solar precession. The luni- 
solar and planetary precession, together, constitute 
the general precession. The plane of the moon’s orbit 
does not remain stationary in space; it oscillates 
around a mean value and rotates with a period of 
18.6 years. These changes cause small oscillations in 
the precession, constituting an astronomical nutation, 
with an amplitude 9.2” and a period of 18.6 years. 
English astronomer James Bradley (1693-1762) 
announced the discovery of nutation in 1748. 


Astronomical observations of the positions of cel- 
estial bodies must be corrected to account for the 
effects of precession and nutation. The displacement 
caused by precession appears negligible during the span 
of a human life, but the resulting movements become 


3470 


significant over the course of several centuries. 
Presently, the bright star Polaris in the constellation 
Ursa Minor lies within 1° of the north celestial pole and 
offers a convenient guide, as in celestial navigation, for 
ascertaining the northern direction. However, at the 
time of the Egyptian Second Dynasty (ca. 2800 BC) 
Polaris was more than 26° from the pole, whereas the 
star Thuban in the Draco constellation (currently 25° 
from the pole), was situated less than 2’ from the pole. 
In the year AD 13400 the very bright star Vega in the 
Lyra constellation, currently over 61° from the pole, 
will be located fewer than 5° from the pole. At that time 
the seasons in the two hemispheres will be reversed. 
The Northern Hemisphere will receive the most sun- 
shine in December, and the least in June. December, 
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KEY TERMS 


Celestial equator—The projection into space of 
Earth’s equator. 


Ecliptic—Apparent path of the sun in the sky or, 
alternatively, the plane of Earth’s orbit in space. 


Equinox—Intersection of the celestial equator (the 
projection of Earth’s equator into space) and the 
ecliptic (the path of the sun’s motion in space as 
viewed from Earth). 

General precession—Combined luni-solar and 
planetary precession. 

Luni-solar precession—Precession caused by the 
gravitational pull of the sun and the moon on 
Earth’s equator. 

Nutation—Periodic oscillation in the precession 
caused principally by the moon. 

Obliquity—The angle formed by the intersection of 
the celestial equator and the ecliptic. 

Planetary precession—Precession caused by the 
gravitational pull of the planets on Earth as a whole. 


January, and February will become summer months 
and June, July, and August will be the winter months; 
the reverse will be true in the Southern Hemisphere. 
December, January, and February, currently summer 
months, will become winter months. 


See also Gravity and gravitation. 
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| Precious metals 


The valuable, relatively rare, and highly corrosion 
resistant metals, which are found in the periodic table 
in the vertical groups VIIIB and IB and the horizontal 
periods 5 and 6, are called the precious metals. They 
include (with atomic numbers) ruthenium (44), rho- 
dium (45), palladium (46), silver (47), osmium (76), 
iridium (77), platinum (78), and gold (79). The plati- 
num group metals include (along with platinum): 
ruthenium, rhodium, palladium, osmium, and iri- 
dium. The three most popular precious metals are 
gold, silver, and platinum. They have historically 
been valued for their beauty and rarity, and are com- 
monly referred to as the precious metals. Platinum 
usually costs slightly more than gold, and both metals 
are about 80 times more costly than silver. Precious 
metal weights are given in Troy ounces (named for 
Troyes, France, known for its fairs during the 
Middle Ages) a unit approximately 10% larger than 
1 oz (28.35 g). 


The ancients considered gold and silver to be of 
noble birth compared to the more abundant metals. 
Chemists have retained the term noble to indicate the 
resistance these metals have to corrosion, and their 
natural reluctance to combine with other elements. 


History 


The legends of King Midas and Jason’s search for 
the golden fleece hint at prehistoric humankind’s early 
fascination with precious metals. The proof comes in 
the gold and silver treasure found in ancient Egyptian 
tombs and even older Mesopotamian burial sites. 


The course of recorded history also shows twists 
and turns influenced to a large degree by precious 
metals. It was Greek silver that gave Athens its 
Golden Age, Spanish gold and silver that powered the 
Roman empire’s expansion, and the desire for gold that 
motivated Christopher Columbus to sail west across 
the Atlantic. The exploration of Latin America was 
driven in large part by the search for gold, and the 
Jamestown settlers in North America had barely gotten 
their “land legs” before they began searching for gold. 
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Precious metals 


Over one ton of gold bars. (Tom McHugh. Photo Researchers, 
Inc.) 


Small amounts of gold found in North Carolina, 
Georgia, and Alabama played a role in the 1838 deci- 
sion to remove the Cherokee Indians to Oklahoma. 
The California gold rush of 1849 made California a 
state in 1850, and California gold fueled northern 
industry and backed up union currency, two major 
factors in the outcome of the Civil War (1861-1865). 


Gold 


Since ancient times, gold has been associated with 
the sun. Its name is believed derived from a Sanskrit 
word meaning to shine, and its chemical symbol (Au) 
comes from aurum, Latin for glowing dawn. Pure gold 
has an exceedingly attractive, deep yellow color and a 
specific gravity of 19.3. Gold is soft enough to scratch 
with a fingernail, and the most malleable of metals. A 
block of gold about the size of a sugar cube can be 
beaten into a translucent film some 27 ft (8 m) on a 
side. Gold’s purity is expressed either as fineness (parts 
per 1,000) or in karats (parts per 24). An alloy con- 
taining 50% gold is 500 fine or 12 karat gold. Gold 
resists corrosion by air and most chemicals but can be 
dissolved in a mixture of nitric and hydrochloric acids, 
a solution called aqua regia because it dissolves the 
king of metals. 


Occurrence 
Gold is so rare that one ton of average rock con- 


tains only about eight pennies worth of gold. Gold ore 
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occurs where geologic processes have concentrated 
gold to at least 250 times the value found in average 
rock. At that concentration there is still one million 
times more rock than gold and the gold is rarely seen. 
Ore with visible gold is fabulously rich. 


Gold most commonly occurs as a pure metal 
called native gold or as a natural alloy with silver 
called electrum. Gold and silver combined with tellu- 
rium are of local importance. Gold and silver tellur- 
ides are found, for example, in the mountains around 
the old mining boomtown of Telluride, Colorado. 
Gold is found in a wide variety of geologic settings, 
but placer gold and gold veins are the most econom- 
ically important. 


Placer gold 


Placer gold is derived from gold-bearing rock 
from which the metal has been freed by weathering. 
Gravity and running water then combine to separate 
the dense grains of gold from the much lighter rock 
fragments. Rich concentrations of gold can develop 
above deeply weathered gold veins as the lighter rock 
is washed away. The large Welcome Stranger gold 
nugget from the gold fields of Victoria, Australia, is 
a spectacular 71.3 Ib (32.4 kg) example of this type of 
occurrence. (It was found by John Deason and 
Richard Oates on February 5, 1869.) 


Gold washed into mountain streams also forms 
placer deposits where the stream’s velocity diminishes 
enough to deposit gold. Stream placers form behind 
boulders and other obstructions in the streambed, and 
where tributary streams merge with more slowly mov- 
ing rivers. Placer gold is also found in gravel bars 
where it is deposited along with much larger rocky 
fragments. 


The discovery of place gold set off the California 
gold rush of 1849 and the rush to the Klondike (of the 
Yukon territory in northwestern Canada) in 1897. The 
largest river placers known are in Siberia, Russia. 
Gold-rich sands there are removed with jets of water, 
a process known as hydraulic mining. A fascinating 
byproduct of Russia’s hydraulic mining is the unearth- 
ing of thousands of woolly mammoths, many with 
flesh intact, locked since the Ice Age in frozen tundra 
gravel. 


Stream placer deposits have their giant ancient 
counterparts in paleoplacers, and the Witwatersrand 
district in South Africa outproduces all others com- 
bined. Gold was reported from the Witwatersrand 
(White Waters Ridge) as early as 1834, but it was not 
until 1886 that the main deposit was discovered. From 
that time until today, it has occupied the paramount 
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position in gold mining history. Witwatersrand gold 
was deposited between 2.9 and 2.6 billion years ago in 
six major fields, each produced by an ancient river 
system. 


Placer and paleoplacers are actually secondary 
gold deposits, their gold having been derived from 
older deposits in the mountains above. The California 
49ers (people who went to California in and about the 
year 1849 to search for gold) looked upstream hoping 
to find the mother lode, and that is exactly what they 
called the system of gold veins they discovered. 


Gold veins 


Vein gold is deposited by hot subterranean water 
known as a hydrothermal fluid. Hydrothermal fluids 
circulate through rock to leach small amounts of gold 
from large volumes of rock and then deposit it in 
fractures to form veins. Major U.S. gold vein deposits 
have been discovered at Lead, South Dakota, in the 
Black Hills, and at Cripple Creek, Colorado, on the 
slopes of Pike’s Peak. Important vein deposits are also 
found in Canada and Australia. All these important 
deposits where located following the discovery of 
placer gold in nearby streams. 


Production and uses 


Gold’s virtual indestructibility means that almost 
all the gold ever mined is still in use today. It is entirely 
possible that some gold atoms that once graced the 
head of Cleopatra now reside in today’s jewelry, 
stereo, or teeth. Today, gold is being mined in ever- 
increasing amounts from increasingly lower-grade 
deposits. It is estimated that 70% of all gold recovered 
has been mined in this century. Each year nearly 2,000 
tons are added to the total. Nevada currently leads the 
United States in gold production, and the Republic of 
South Africa is the world’s leading gold-producing 
nation. 


Gold has traditionally been used for coinage, bul- 
lion, jewelry, and other decorative uses. Gold’s chem- 
ical inertness means that gold jewelry is nonallergenic 
and remains tarnish-free indefinitely. For much the 
same reasons gold has long been used in dentistry. 
Modern industry is consuming increasing quantities 
of gold, mostly as electrical contacts in micro-circuitry. 


Silver 


Silver is a brilliant white metal and the best metal 
in terms of thermal and electrical conductivity. Its 
chemical symbol, Ag, is derived from its Latin name, 
argentum, meaning white and shining. Silver is not 
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nearly as precious, dense, or noble as gold or platinum. 
The ease with which old silverware tarnishes is an 
example of its chemical reactivity. Although native 
silver is found in nature, it most commonly occurs as 
compounds with other elements, especially sulfur. 


Hydrothermal veins constitute the most impor- 
tant source of silver. The Comstock Lode, a silver 
bonanza 15 mi (24 km) southeast of Reno, Nevada, 
is a well-known example. Hydrothermal silver veins 
are formed in the same manner as gold veins, and the 
two metals commonly occur together. Silver, however, 
being more reactive than gold, can be leached from 
surface rocks and carried downward in solution. This 
process, called supergene enrichment, can concentrate 
silver into exceedingly rich deposits at depth. 


Mexico has traditionally been the world’s leading 
silver producing country, but the United States, Canada, 
and Peru each contribute significant amounts. Although 
silver has historically been considered a precious metal, 
industrial uses now predominate. Significant quantities 
are still used in jewelry, silver ware, and coinage; but even 
larger amounts are consumed by the photographic and 
electronics industries. 


Platinum 


Platinum, like silver, is a beautiful silver-white 
metal. Its chemical symbol is Pt and its name comes 
from the Spanish world for silver (plata), with which it 
was originally confused. Its specific gravity of 21.45 
exceeds that of gold, and, like gold, it is found in pure 
metallic chunks in stream placers. The average crustal 
abundance of platinum is comparable to that of gold. 
The melting point of platinum is 3,219°F (1,769°C), 
unusually high for a metal, and platinum is chemically 
inert even at high temperature. In addition, platinum 
is a catalyst for chemical reactions that produce a wide 
range of important commodities. 


Platinum commonly occurs with five similar met- 
als known as the platinum group metals. The group 
includes osmium, iridium, rhodium, palladium, and 
ruthenium. All were discovered in the residue left 
when platinum ore was dissolved in aqua regia. All 
are rare, expensive, and classified chemically as noble 
metals. 


Platinum is found as native metal, natural alloys, 
and as compounds with sulfur and arsenic. Platinum 
ore deposits are rare, highly scattered, and one deposit 
dominates all others much as South Africa’s 
Witwatersrand dominates world gold production. 
That platinum deposit is also in the Republic of 
South Africa. 
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Precipitation 


KEY TERMS 


Catalyst—Any agent that accelerates a chemical 
reaction without entering the reaction or being 
changed by it. 


Electrum—A natural alloy of gold and silver. 


Hydrothermal fluid—Hot water-rich fluid capable 
of transporting metals in solution. 


Malleable—the ability of a substance to be 
pounded into thin sheets or otherwise worked, for 
example during the making of jewelry. 


Placer—A mineral deposit formed by the concen- 
tration of heavy mineral grains such as gold or 
platinum. 


Specific gravity—The weight of a substance rela- 
tive to the weight of an equivalent volume of water; 
for example, basalt weighs 2.9 times as much as 
water, so basalt has a specific gravity of 2.9. 


Troy ounce—The Troy ounce, derived from the 
fourteenth-century system of weights used in the 
French town of Troyes, is still the basic unit of 
weight used for precious metals. 


Placer platinum was discovered in South Africa in 
1924 and subsequently traced to a distinctively layered 
igneous rock known as the Bushveld Complex. Although 
the complex is enormous, the bulk of the platinum is 
found in a thin layer scarcely more than 3 ft (0.9 m) 
thick. Nearly half of the world’s historic production of 
platinum has come from this remarkable layer. 


The Stillwater complex in the Beartooth moun- 
tains of southwestern Montana also contains a layer 
rich in platinum group metals. Palladium is the layer’s 
dominant metal, but platinum is also found. The layer 
was discovered during the 1970s, and production com- 
menced in 1987. 


Production and uses 


Platinum is used mostly in catalytic converters for 
vehicular pollution control. Low-voltage electrical 
contracts form the second most common use for plat- 
inum, followed closely by dental and medical applica- 
tions, including dental crowns, and a variety of pins 
and plates used internally to secure human bones. 
Platinum is also used as a catalyst in the manufacture 
of explosives, fertilizer, gasoline, insecticides, paint, 
plastic, and pharmaceuticals. Platinum crucibles are 
used to melt high-quality optical glass and to grow 
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crystals for computer chips and lasers. Hot glass fibers 
for insulation and nylon fibers for textiles are extruded 
through platinum sieves. 


Future outlook 


Because of their rarity and unique properties, the 
demand for gold and platinum are expected to con- 
tinue to increase. Silver is more closely tied to industry, 
and the demand for silver is expected to rise and fall 
with economic conditions. 


See also Element, chemical; Mining. 
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[ Precipitation 


Precipitation is defined both in chemistry and in 
meteorology. Precipitation, in chemistry, is a process 
that causes dissolved substances to separate from a sol- 
ution as a solid. The resulting solid, from a precipitation 
reaction, is referred to as a precipitate. Precipitation 
reactions are used for such industrial applications as 
the production of salts; in scientific applications such 
as decanting and centrifuging; and within natural proc- 
esses such as that found within sedimentary rocks. 
Precipitation, in meteorology, describes a process that 
takes place in the atmosphere, the condensation of water 
vapor to form rain droplets, snow, or hail. Both defini- 
tions will be discussed in more detail below. 


Chemistry 


Precipitation is a process that causes dissolved 
substances to separate from a solution as a solid. The 
resulting solid, from a precipitation reaction, is 
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Hailstones are often composed of concentric layers of clear 
and opaque ice. This is thought to be the result of the stone 
traveling up and down within the cloud during its formation. 
Opaque layers would be created in the upper, colder parts of 
the cloud, where the water droplets are small and freeze 
rapidly, forming ice with numerous air enclosures. In the 
warmer, lower parts of the cloud the water droplets would 
spread over the surface of the hailstone so that little air is 
trapped and the ice is transparent. (© Astrid & Hanns-Frieder 
Michler/Science Photo Library, National Audubon Society 
Collection/Photo Researchers, Inc.) 


referred to as a precipitate. Precipitation reactions are 
used for such industrial applications as the production 
of salts; in scientific applications such as decanting and 
centrifuging; and within natural processes such as that 
found within sedimentary rocks. In terms of physical 
processes, precipitation is the opposite of dissolution. 
In chemical reactions, ionic compounds that dissociate 
(break apart) in solution are termed ionic salts. Any 
resulting dissociated components (e.g., ions) that do 
not contribute to the formation of the precipitate are 
termed spectators (e.g., spectator ions). The compo- 
nents that react to form the precipitate are termed the 
precipitate’s constituent or contributing components. 


Whether a precipitate will form depends on both 
the solute concentration and its saturation solubility at 
the specified temperature; that is, the maximum amount 
of a substance that can be dissolved in the given solvent. 
When an ionic solute is dissolved in water, equilibrium is 
established between the solid phase and the various 
hydrated ionic species. At equilibrium, the rate of for- 
mation of the dissociated ions exactly equals the rate of 
their recombination to form the solid solute. This equi- 
librium is governed mathematically by the solubility 
product, K,,, which in the case of silver chloride, is 
given by AgClotia) = Ag’ (aq) =F Cl (aq) K,, => 
[Ag ][Cl] the product of the molar concentrations of 
the silver and chloride ions. Precipitation occurs when- 
ever the numerical value of [Ag ][CI] is larger than the 
solubility product. This happens at supersaturation and 
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the net reaction favors recombination rather than dis- 
sociation of components in solution. For precipitation 
to occur there must be at least a slight supersaturation of 
the substance in solution. 


Pollutants or impurities in solution also contrib- 
ute to components in solution and, therefore, can 
affect the rates and type of precipitation that occur. 
Selective precipitation is a process that separates ions 
out of a solution by deliberate creation of new precip- 
itates introduced to solution. Selective precipitation 
was the basis behind the qualitative analysis scheme 
that was used years ago to identify which ions were 
present in unknown aqueous solutions. 


A familiar example of a precipitation reaction is 
that observed in the limewater test for carbon dioxide; 
the formation of the characteristic milky-white precip- 
itate. Before the wastewater is disinfected and dis- 
charged, phosphorous is removed by chemical precipi- 
tation through reactions with aluminum, iron, calcium, 
and clay minerals in soils. 


Covalent compounds also precipitate when the 
solution becomes supersaturated. In the case of 
organic compounds, this action may occur when two 
species react to form a less soluble species. A simple 
compound in solution can precipitate if the solvent 
evaporates sufficiently, if the solution is cooled, or if 
a nonsolvent is added to the solution to reduce the 
solute’s solubility. For example, the organic com- 
pound phenanthrene can be precipitated from an etha- 
nolic solution by the addition of water. Phenanthrene 
is considerably more soluble in ethanol than in water. 


Meteorology 


Precipitation also describes a different process that 
takes place in the atmosphere, the condensation of water 
vapor to form rain droplets, snow, or hail. In meteorol- 
ogy, precipitation is water in either solid or liquid form 
that falls in Earth’s atmosphere. Major forms of precip- 
itation include rain, snow, and hail. When air is lifted in 
the atmosphere, it expands and cools. Cool air cannot 
hold as much water in vapor form as warm air, and the 
condensation of vapor into droplets or ice crystals may 
eventually occur. If these droplets or crystals continue to 
grow to large sizes, they will eventually be heavy enough 
to fall to Earth’s surface. 


Types of precipitation 


Precipitation in liquid form includes drizzle and 
raindrops. Raindrops are on the order of a millimeter 
(one thousandth of a meter) in radius, while drizzle 
drops are approximately a tenth of this size. Important 
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Precipitation 


solid forms of precipitation include snowflakes and hail- 
stones. Snowflakes are formed by aggregation of solid 
ice crystals within a cloud, while hailstones involve 
supercooled water droplets and ice pellets. They are 
denser and more spherical than snowflakes. Other 
forms of solid precipitation include graupel and sleet 
(ice pellets). Solid precipitation may reach Earth’s sur- 
face as rain if it melts as it falls. Virga is precipitation 
that evaporates before reaching the ground. 


Formation of precipitation 


Precipitation forms differently depending on 
whether it is generated by warm or cold clouds. 
Warm clouds are defined as those that do not extend 
to levels where temperatures are below 32°F (0°C), 
while cold clouds exist at least in part at temperatures 
below 32°F (0°C). Temperature decreases with height 
in the lower atmosphere at a moist adiabatic rate of 
about 3.3°F per 3,281 ft (1.8°C per 1,000 m), on aver- 
age. High clouds, such as cirrus, are therefore colder 
and more likely to contain ice. As discussed below, 
however, temperature is not the only important factor 
in the formation of precipitation. 


Precipitation formation in warm clouds 


Even the cleanest air contains aerosol particles 
(solid or liquid particles suspended in the air). Some 
of these particles are called cloud condensation nuclei, or 
CCN, because they provide favorable sites on which 
water vapor can condense. Air is defined to be fully 
saturated, or have a relative humidity of 100%, when 
there is no net transfer of vapor molecules between the 
air and a plane (flat) surface of water at the same 
temperature. As air cools, its relative humidity will 
rise to 100% or more, and molecules of water vapor 
will bond together, or condense, on particles suspended 
in the atmosphere. Condensation will preferentially 
occur on particles that contain water soluble (hygro- 
scopic) material. Types of particles that commonly act 
as CCN include sea-salt and particles containing sul- 
fate or nitrate ions; they are typically about 0.0000039 
in (0.0001 mm) in radius. If relative humidity remains 
sufficiently high, CCN will grow into cloud droplets 
0.00039 in (0.01 mm) or more in size. Further growth to 
precipitation size in warm clouds occurs as larger cloud 
droplets collide and coalesce (merge) with smaller ones. 


Precipitation formation in cold clouds 


Although large quantities of liquid water will 
freeze as the temperature drops below 32°F (0°C), 
cloud droplets sometimes are supercooled; that is, 
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they may exist in liquid form at lower temperatures 
down to about -40°F (-40°C). At temperatures below 
-40°F (-40°C), even very small droplets freeze readily, 
but at intermediate temperatures (between -40 and 
32°F or -40 and 0°C), particles called ice nuclei initiate 
the freezing of droplets. An ice nucleus may already be 
present within a droplet, may contact the outside of a 
droplet and cause it to freeze, or may aid in ice for- 
mation directly from the vapor phase. Ice nuclei are 
considerably more rare than cloud condensation 
nuclei and are not as well understood. 


Once initiated, ice crystals will generally grow rap- 
idly because air that is saturated with respect to water is 
supersaturated with respect to ice; 1.e., water vapor will 
condense on an ice surface more readily than on a 
liquid surface. The habit, or shape, of an ice crystal is 
hexagonal and may be platelike, columnlike, or den- 
dritic (similar to the snowflakes cut from paper by 
children). Habit depends primarily on the temperature 
of an ice crystal’s formation. If an ice crystal grows 
large enough to fall through air of varying temper- 
atures, its shape can become quite intricate. Ice crystals 
can also grow to large sizes by aggregation (clumping) 
with other types of ice crystals that are falling at differ- 
ent speeds. Snowflakes are formed in this way. 


Clouds that contain both liquid water and ice are 
called mixed clouds. Supercooled water will freeze when 
it strikes another object. Ifa supercooled droplet collides 
with an ice crystal, it will attach itself to the crystal 
and freeze. Supercooled water that freezes immediately 
will sometimes trap air, forming opaque (rime) ice. 
Supercooled water that freezes slowly will form a more 
transparent substance called clear ice. As droplets con- 
tinue to collide with ice, eventually the shape of the 
original crystal will be obscured beneath a dense coating 
of ice; this is how a hailstone is formed. Hailstones may 
even contain some liquid water in addition to ice. 
Thunderstorms are dramatic examples of vigorous 
mixed clouds that can produce high precipitation rates. 
The electrical charging of precipitation particles in thun- 
derstorms can eventually cause lightning discharges. 


Measurement of precipitation 


Precipitation reaching the ground is measured in 
terms of precipitation rate or precipitation intensity. 
Precipitation intensity is the depth of precipitation 
reaching the ground per hour, while precipitation rate 
may be expressed for different time periods. Typical 
precipitation rates for the northeastern United States 
are 2-3 in (50-80 mm) per month, but in Hilo, Hawaii, 
49.9 in (127 cm) of rain fell in March 1980. Average 
annual precipitation exceeds 80 in (200 cm) in many 
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locations. Because snow is less compact than rain, the 
mass of snow in a certain depth may be equivalent to 
the mass of rain in only about one-tenth that depth 
(i.e., | in (2.5 cm) of rain contains as much water as 
about 10 in [25 cm] of snow). Certain characteristics of 
precipitation are also measured by radar and satellites. 


Hydrologic cycle 


Earth is unique in the solar system in that it contains 
water, which is necessary to sustain life as we know it. 
Water that falls to the ground as precipitation is crit- 
ically important to the hydrologic cycle, the sequence of 
events that moves water from the atmosphere to Earth’s 
surface and back again. Some precipitation falls directly 
into the oceans, but precipitation that falls on land can 
be transported to the oceans through rivers or under- 
ground in aquifers. Water stored in this permeable rock 
can take thousands of years to reach the sea. Water is 
also contained in reservoirs such as lakes and the polar 
ice caps, but about 97% of Earth’s water is contained in 
the oceans. The sun’s energy heats and evaporates water 
from the ocean surface. On average, evaporation 
exceeds precipitation over the oceans, while precipita- 
tion exceeds evaporation over land masses. Horizontal 
air motions can transfer evaporated water to areas 
where clouds and precipitation subsequently form, com- 
pleting the circle which can then begin again. 


The distribution of precipitation is not uniform 
across Earth’s surface, and varies with time of day, 
season and year. The lifting and cooling that produces 
precipitation can be caused by solar heating of Earth’s 
surface, or by forced lifting of air over obstacles or when 
two different air masses converge. For these reasons, 
precipitation is generally heavy in the tropics and on the 
upwind side of tall mountain ranges. Precipitation over 
the oceans is heaviest at about 7°N latitude (the inter- 
tropical convergence zone), where the trade winds con- 
verge and large thunderstorms frequently occur. While 
summer is the “wet season” for most of Asia and north- 
ern Europe, winter is the wettest time of year for 
Mediterranean regions and western North America. 
Precipitation is frequently associated with large-scale 
low-pressure systems (cyclones) at mid-latitudes. 


Human influences on precipitation 


Precipitation is obviously important to humankind 
as a source of drinking water and for agriculture. It 
cleanses the air and maintains the levels of lakes, rivers, 
and oceans, which are sources of food and recreation. 
Interestingly, human activity may influence precipitation 
in a number of ways, some of which are intentional, and 
some of which are quite unintentional. These are dis- 
cussed below. 
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Cloud seeding 


The irregular and frequently unpredictable nature 
of precipitation has led to a number of direct attempts 
to either stimulate or hinder the precipitation process 
for the benefit of humans. In warm clouds, large hygro- 
scopic particles have been deliberately introduced into 
clouds in order to increase droplet size and the like- 
lihood of collision and coalescence to form raindrops. 
In cold clouds, ice nuclei have been introduced in small 
quantities in order to stimulate precipitation by 
encouraging the growth of large ice crystals; con- 
versely, large concentrations of ice nuclei have been 
used to try to reduce numbers of supercooled droplets 
and thereby inhibit precipitation formation. Silver 
iodide, which has a crystalline structure similar to 
that of ice, is frequently used as an ice nucleus in 
these “cloud seeding” experiments. Although certain 
of these experiments have shown promising results, 
the exact conditions and extent over which cloud seed- 
ing works and whether apparent successes are statisti- 
cally significant is still a matter of debate. 


Acid rain 


Acid rain is a phenomenon that occurs when 
acidic pollutants are incorporated into precipitation. 
It has been observed extensively in the eastern United 
States and northern Europe. Sulfur dioxide, a gas 
emitted by power plants and other industries, can be 
converted to acidic sulfate compounds within cloud 
droplets. In the atmosphere, it can also be directly 
converted to acidic particles, which can subsequently 
act as CCN or be collected by falling raindrops. About 
70 megatons of sulfur is emitted as a result of human 
activity each year across the planet. (This is compara- 
ble to the amount emitted naturally.) Also, nitrogen 
oxides are emitted by motor vehicles, converted to 
nitric acid vapor, and incorporated into clouds in the 
atmosphere. 


Acidity is measured in terms of pH, the negative 
logarithm of the hydrogen ion concentration; the 
lower the pH, the greater the acidity. Water exposed 
to atmospheric carbon dioxide is naturally slightly 
acidic, with a pH of about 5.6. The pH of rainwater 
in remote areas may be as low as about 5.0 due to the 
presence of natural sulfate compounds in the atmos- 
phere. Additional sulfur and nitrogen containing 
acids introduced by anthropogenic (human-induced) 
activity can increase rainwater acidity to levels that 
are damaging to aquatic life. Recent reductions in 
emissions of sulfur dioxide in the United Kingdom 
have resulted in partial recovery of some affected 
lakes. 
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Predator 


Greenhouse effect 


Recent increases in anthropogenic emissions of 
trace gases (for example, carbon dioxide, methane, 
and chloroflourocarbons) have resulted in concern 
over the so-called greenhouse effect. These trace gases 
allow energy in the form of sunlight to reach Earth’s 
surface, but “trap” or absorb the infrared energy (heat) 
that is emitted by Earth. The heat absorbed by the 
atmosphere is partially re-radiated back to Earth’s sur- 
face, resulting in warming. Trends in the concentra- 
tions of these greenhouse gases have been used in 
climate models (computer simulations) to predict that 
the global average surface temperature of Earth will 
warm by 3.6—10.8°F (2-6°C) within the twenty-second 
century. For comparison, the difference in average sur- 
face temperature between the Ice Age 18,000 years ago 
and present day is about 9°F (5°C). 


Greenhouse warming due to anthropogenic activ- 
ity is predicted to have other associated consequences, 
including rising sea level and changes in cloud cover 
and precipitation patterns around the world. For 
example, a reduction in summertime precipitation in 
the Great Plains states is predicted by many models 
and could adversely affect crop production. Other 
regions may actually receive higher amounts of pre- 
cipitation than they do currently. The level of uncer- 
tainty in these model simulations is high, however, due 
to approximations that are made. This is especially 
true of calculations related to aerosol particles and 
clouds. Also, the natural variability of the atmosphere 
makes verification of any current or future trends 
extremely difficult unless actual changes are quite 
large. 


Effects of particulate pollution 
on cloud microphysics 


As discussed above, gas-phase pollutants such as 
sulfur dioxide can be converted into water-soluble 
particles in the atmosphere. Many of these particles 
can then act as nuclei of cloud droplet formation. 
Increasing the number of CCN in the atmosphere is 
expected to change the characteristics of clouds. For 
example, ships’ emissions have been observed to cause 
an increase in the number of droplets in the marine 
stratus clouds above them. If a constant amount of 
liquid water is present in the cloud, the average droplet 
size will be smaller. Higher concentrations of smaller 
droplets reflect more sunlight, so if pollution-derived 
particles alter clouds over a large enough region, cli- 
mate can be affected. Precipitation rates may also 
decrease, since droplets in these clouds are not likely 
to grow large enough to precipitate. 
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KEY TERMS 


Aerosol particles—Solid or liquid particles sus- 
pended in the air. 


Cold cloud—A cloud that exists, at least in part, at 
temperatures below 32°F (0°C). 


Hailstone—Precipitation that forms when super- 
cooled droplets collide with ice and freeze. 


Mixed cloud—A cloud that contains both liquid 
water and ice. 


Supercooled—Water than exists in a liquid state at 
temperatures below 32°F (0°C). 


Virga—Precipitation that evaporates before reach- 
ing the ground. 


Warm cloud—A cloud that exists entirely at tem- 
peratures warmer than 32°F (0°C). 


See also Seasons; Thunderstorm; Weather modifi- 
cation. 
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t Predator 


A predator is an organism that hunts and eats its 
prey. All predators are heterotrophs, meaning they 
must consume other organisms to fuel their own 
growth and reproduction. The most common use of 
the term is to describe the many types of carnivorous 
animals that catch, kill, and eat other animals. There is 
a great diversity of such predatory animals, ranging in 
size from small arthropods like the tiny soilmites that 
eat other mites and springtails, to large mammalian 
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Bobcat (Felis rufus with a whitetailed deer fawn carcass. (Erwin and Peggy Bauer. Bruce Coleman, Inc.) 


carnivores such as lions and orcas, living in cohesive 
social groups and collectively hunting, killing, and 
feeding on prey that can weigh more than a ton. 


Most animal predators kill their prey and then eat 
it. However, the distinctions between types of preda- 
tors can become hazy as with the case of parasites, 
micropredators and herbivores. Micropredators only 
consume part of large prey animals, and they do not 
necessarily kill their quarry. Female mosquitoes, for 
example, are micropredators that seek out large prey 
animals for the purpose of obtaining a blood meal, in 
the process aggravating, but not killing their prey. If 
this sort of feeding relationship is an obligate one for 
the micropredator, it is referred to as parasitism. 


Herbivory is similar to predation, in that animals 
seek out and consume another organism, although that 
organism is a plant rather than an animal. In most cases, 
only specific plant tissues or organs are consumed by the 
herbivore, and the entire organism is not killed. 
Ecologists sometimes refer to such feeding relationships 
as, for example, seed predation or leaf predation. 


Most predators are animals, but a few others are 
plants and fungi. For example, carnivorous plants such 
as pitcher plants and sundews are morphologically 
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adapted to attracting and trapping small arthropods. 
The prey is then digested by enzymes secreted for the 
purpose, and some of the nutrients are assimilated by 
the predatory plant. Carnivorous plants usually grow 
in nutrient-poor habitats. A few types of fungi are also 
predatory, trapping small nematodes using various 
anatomical devices, such as sticky knobs or branches, 
and tiny constrictive rings that close when nematodes 
try to move through. Once a nematode is caught, fun- 
gal hyphae surround and penetrate their victim, and 
absorb its nutrients. 


See also Carnivore; Heterotroph; Parasites. 


Predictive genetic testing see Genetic testing 


I Prenatal surgery 


Prenatal surgery, also called antenatal surgery or 
fetal surgery, is medical treatment of the fetus before 
birth, while it is still in the womb. Most fetal therapies 
are “closed” procedures, performed without opening 
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Prenatal surgery 


Ultrasound used to 
locate the fetus 


Amniotic fluid withdrawn 
to soften the uterus Central venous 


Drugs administered pressure catheter 


to prevent a fetal 
stress response 


Anaesthetic 


Abdominal incision 
to expose the uterus | 


geese 


Table tilted up to keep 
the uterus from 
pressing on the inferior 
vena cava and 
restricting blood flow 
to the heart 


The mother receives 
EKG a special anaesthetic, 
and both intravenous 
Blood pressure cuff and rectal drugs to 
Intravenous nitroglycerine prevent premature 
* Radial arterial catheter labor 
429999 Pulse oximeter 


The mother's circulatory system 
iS monitored with both a central 
venous pressure catheter and a 
radial arterial catheter 


The incision is made 
away from the placenta 
with a device that 
staples the layers of the 
uterus together 


Continuous warm 
saline infusion 


Pulse oximeter 
EKG 


[- The surgeon only 
exposes as much 
of the fetus as is 
necessary for the 
operation 


Saline tube 


Preparation for prenatal surgery. (Hans & Cassidy. Courtesy of Gale Group.) 


the womb. The rarest type of fetal surgery is known as 
“open surgery,” in which the mother’s abdomen and 
uterus are cut open to reveal the tiny fetus. 


Prenatal surgery has allowed many fetuses with 
such disorders as lung tumors, urinary tract block- 
ages, and congenital diaphragmatic hernias to be 
born alive. As of the early 2000s, according to the 
March of Dimes, over one hundred fetuses have 
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been operated on with an experimental prenatal sur- 
gery that repairs spina bifida (a congenital defect of 
the spinal column). However, prenatal surgery is still 
in its early stages of development and the success rate 
is not yet high, even though it is higher for some 
closed-womb procedures such as the bladder shunt. 
Risk remains high for both fetus and mother, and 
prenatal surgery is recommended for only a few 
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Left lung 


Stomach 


Diaphragm 
Hole in 
diaphragm 
Intestines 


Stomach, 
- intestines 
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Acongenital defect in the diaphragm of a developing 
fetus, a condition affecting 1 in 2,200 births, allows 
abdominal organs to spill into the chest and restrict 
the growth of the lungs. 


Chest cavity 
filled with 
saline 


Gore-Tex 
patch 


The hole in the diaphragm is patched with Gore-Tex 
fabric and the chest cavity is filled with a saline solution. 


By making an incision in the abdomen of the fetus, 
surgeons are able to move organs back to their 
proper place. 


Gore-Tex 
patch 


The abdomen of the fetus is enlarged with another 
Gore-Tex patch, so its organs fit. The amniotic fluid 
drained previously is returned, and the uterus is 
closed with a combination of sutures and glue. 


A specific surgical procedure to correct a defect in the diaphragm of a developing fetus. (Hans & Cassidy. Courtesy of Gale Group.) 


conditions. One technique that has exciting possibil- 
ities is fetal stem-cell transplantation in which stem 
cells, the source of all blood cells, from a dead fetus 
are injected into a living fetus, providing healthy 
genetic material in an effort to overcome defective 
genes in the recipient fetus. 


History of fetal surgery 


The first successful fetal surgery, a blood trans- 
fusion, was performed by A. William Liley in 1963 in 
Auckland, New Zealand. He used x rays to see the 
fetus and guide his needle. Liley’s success was unpar- 
alleled for years, however. Most doctors considered 
the pregnant womb as sacrosanct and untouchable. 
To treat the fetus as a patient, separate from its 
mother, was unthinkable. That view began to change 
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in the early 1970s with the spread of several new 
diagnostic tools. 


With the introduction of the ultrasound machine, 
a doctor could bounce sound waves into the pregnant 
woman’s abdomen and create an image of the fetus on 
a television-like screen. Amniocentesis and chorionic 
villi sampling procedures made it possible to remove 
fetal cells from the pregnant uterus for genetic testing. 
These tests could determine the presence of Down 
syndrome and other genetic diseases. With these new 
tools of prenatal diagnosis, it was possible to identify 
abnormalities in fetuses as young as two or three 
months old. Yet this information often left parents 
with only a few limited choices. They could choose to 
abort a severely deformed fetus, or they could prepare 
for the medical treatment of their baby as soon as it 
was born. 
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Prenatal surgery 


A few medical researchers began imagining another 
option: could these fetuses be treated before birth? 
Beginning in the late 1970s, several young physicians 
began studying obstetrics, genetics, and pediatric sur- 
gery in their quest to perform fetal therapy. The 
International Fetal Medicine and Surgery Society was 
created in order to support one another’s efforts and 
share information. This group and another interna- 
tional organization known as the Fetoscopy Study 
Group provided a forum where new techniques in fetal 
medicine are presented and debated. Since then, using 
a variety of procedures, fetal surgeons have successfully 
drained a blocked bladder, removed abnormal growths 
from a lung, and repaired a diaphragm, the muscle that 
divides the abdominal and chest cavities. 


Closed-womb surgery 


More common than open surgery, closed-womb 
procedures are still rare enough to be practiced at only 
a few dozen specialized institutions. Sometimes these 
procedures are called needle treatments. Since the first 
fetal blood transfusion in 1963, fetal transfusions have 
become one of the most accepted types of fetal ther- 
apy, although they are still uncommon. Transfusions 
can save the life of a fetus if the blood of the fetus and 
its mother are incompatible. In the case of Rh incom- 
patibility, for instance, the antibodies in the blood of 
an Rh negative mother will attack the red blood cells 
of an Rh positive baby. Guided by ultrasound, the 
doctor inserts a needle through the mother’s abdomen 
and injects compatible blood into the umbilical blood 
vessels. In a similar fashion, doctors use needles to 
deliver life-saving medications. 


Sometimes twins fail to develop normally, and the 
poor health of one twin jeopardizes the life of the 
other, healthy twin. Left untreated, such pregnancies 
typically end with the death of both twins. In this 
situation, parents might permit the doctor to perform 
fetal surgery and terminate the abnormal twin in order 
to save the healthy twin. In a rare condition known as 
twin-twin transfusion syndrome, the blood circulation 
of the two twins is connected and one fetus lacks a 
brain and a heart. In a closed-womb procedure, sur- 
geons have successfully used miniature instruments to 
tie a knot in the blood vessels linking the two twins. 
Although this kills the abnormal twin, the other twin is 
much more likely to survive. 


Pregnancies that begin with triplets and quadru- 
plets almost never result in the healthy birth of all the 
fetuses. Indeed, the mother risks miscarrying the entire 
pregnancy. In this situation, parents and surgeons may 
decide to reduce the pregnancy to twins in order to 
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ensure the health of at least some of the fetuses. 
Unwanted fetuses are killed using a needle to inject 
potassium chloride into the fetal chest. This stops the 
heart from beating. Multiple pregnancies are becoming 
more widespread due to the use of fertility drugs and 
certain infertility treatments. So-called fetal reduction 
has therefore become a potentially more common pro- 
cedure, but it remains highly controversial. 


Open surgery 


Open surgery is still highly experimental now in the 
twenty-first century. In 1994, medical researchers had 
reported only about 55 operations in the previous 14 
years. As of 2006, the Center for Fetal Diagnosis and 
Treatment, at The Children’s Hospital of Philadelphia 
(Pennsylvania), is one of the few programs available in 
the world to perform open fetal surgery. Between 1995 
and 2006, the Center has received over 7,000 referrals 
from all U.S. states and 46 countries. 


The majority of open surgeries are performed by 
pediatric surgeon Michael R. Harrison and his team at 
the Fetal Treatment Center at the University of 
California, San Francisco (California). Harrison’s team 
has performed open surgery, at least once, for seven or 
eight different birth defects. Three types of open surgery 
have proved most promising: removing lung tumors, 
treating a blocked urinary tract, and repairing a hole in 
the diaphragm. Prompt treatment of these conditions 
early in pregnancy prevents a cascade of other problems 
in fetal development. A hole in the diaphragm, for 
instance, allows the stomach and intestines to migrate 
through the diaphragm and press against the lungs. This 
condition, known as a diaphragmatic hernia, halts the 
development of the lungs. Most babies with diaphrag- 
matic hernias are unable to breathe at birth and die. 


In open surgery, the pregnant woman is placed 
under anesthesia. The anesthetic, which crosses the 
placenta, puts the fetus to sleep as well. The surgeon 
then cuts through the abdomen and uterus to reach the 
fetus. This part of the operation is like a cesarean 
section. Once revealed, the tiny fetus is gently turned, 
so that the desired body part is exposed to the sur- 
geon’s hands. At 24 weeks, a typical age for surgery, 
the fetus weighs about | Ib (0.5 kg) and has arms 
smaller than a surgeon’s fingers. 


When lung cysts are removed, an incision is made 
in the fetus’ chest, and the abnormal growth is sliced 
off. Only solid cysts require open surgery. Other types 
of cysts can be treated without opening the uterus. Ina 
closed-womb procedure, the surgeon uses a hollow 
needle to install a shunt that drains the cyst into the 
amniotic sac. 
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Blockages in the urinary system can also be 
relieved with either open or closed surgery. When 
blockages occur, the bladder fills with urine and bal- 
loons to immense proportions, sometimes growing 
larger than the fetus’s head. The grotesque size and 
pressure of this organ disturbs the normal growth of 
the kidneys and lungs. In open surgery, the fetus is 
gently pulled, feet first, out of the uterus until its abdo- 
men is exposed and the blockage can be surgically 
corrected. In closed-womb procedures, surgeons 
install a shunt that permits the fetal urine to flow 
from the bladder into the amniotic sac. 


To repair a diaphragmatic hernia, the surgeon 
makes two incisions into the fetus’ left side: one into 
the chest and one into the abdomen. Next the surgeon 
pushes the stomach and intestines back down into 
their proper place. Then he or she closes the hole in 
the diaphragm with a patch of waterproof Gore-Tex®, 
the fabric used in outdoor gear. Rather than close the 
abdominal incision, the surgeon places a Gore-Tex® 
patch over the cut in order to allow the abdomen to 
expand and accommodate its newly returned organs. 
At birth, this patch is removed. The internal patch 
remains for life. 


After the surgery on the fetus is finished, the 
mother’s uterus and abdomen are closed. She can 
usually leave the hospital after eight days of careful 
monitoring. To prevent premature labor, a common 
problem after open surgery, the woman must stay in 
bed and take drugs to quell uterine contractions. 


Babies who have successfully undergone surgery 
are born without scars, a happy and unexpected by- 
product of operations performed in the womb. They 
are usually born early, however. Thus, in addition to 
their original medical problem, they face the problems 
of any premature infant. Surgery also has a long-term 
effect on the mother. Since her uterus has been weak- 
ened by the incisions made during surgery, normal 
labor and delivery is no longer safe. To prevent uterine 
rupture, she must deliver this baby (and all future 
babies) by cesarean section, before active labor begins, 
to prevent uterine rupture. 


Success rate of open surgery 


When doctors began performing open surgery, in 
the early 1980s, most of the fetuses died. Some physi- 
cians were critical of the attempts. They argued that a 
healthy woman was put at risk in order to attempt the 
rescue of a fetus that would most likely die anyway. 
Others supported the experimental surgery and 
declared that this was the fetus’ only chance. 
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Today, open surgery remains a last resort for a 
small number of birth defects. It is appropriate only if 
it can result in the normal development of the fetus. 
Surgery that prolongs the lives of babies suffering 
from incurable health problems is not acceptable. 
Neither is surgery that puts the mother at excessive 
risk. In many cases, medical treatment after the baby is 
born offers an equal chance of success, provided that 
the pregnancy is carefully supervised and that delivery 
is planned at a well-equipped hospital with a neonatal 
intensive care unit. 


Ethical issues 


Certain aspects of fetal surgery raise thorny eth- 
ical issues. Treating a fetus as a patient creates a 
situation that has never before existed. In the past, 
experimental treatments for the seriously ill could be 
justified on the grounds that the patient had every- 
thing to gain and nothing to lose. With fetal surgery, 
that may hold true for the fetus, of course, but the 
benefits and risks to the mother are far less obvious. 
Many mothers are willing to do whatever is necessary 
to give birth to a healthy baby. Yet major abdominal 
surgery and general anesthesia pose risks to the 
mother. The regimen she must follow after surgery is 
uncomfortable. Furthermore, the success rate for 
some surgeries is quite low. Most types of fetal surgery 
must be approved by a hospital ethics review board. 


Research studies have shown that fetal surgery 
does not interfere with a woman’s future fertility. 
Still, ethicists argue that a woman must always have 
the freedom to choose against fetal surgery. They fear 
that as the procedures gain acceptance and it proves 
more successful, women will find it increasingly diffi- 
cult to say no. They also worry that a judge might 
order a woman to have fetal surgery against her will. 
Legal precedent already exists for this kind of dispute 
between mother and fetus. Pregnant women have been 
ordered to have unwanted cesarean sections after 
medical authorities testified that the operation was in 
the best interest of the unborn baby. 


Fetal reduction 


Fetal reduction is the elimination of one or more 
fetuses of a multiple pregnancy in order to save those 
remaining, and the practice also raises ethical issues. To 
a certain extent, the issues duplicate those involved in 
the abortion debate: when is it ethical to kill a fetus? Ifa 
woman plans to abort the whole pregnancy unless a 
fetal reduction is done, is it wrong to kill some fetuses 
so that others may live? Though the practice is often 
recommended in cases where reproductive technologies 
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KEY TERMS 


Amniocentesis—A method of detecting genetic 
abnormalities in a fetus; in this procedure, amniotic 
fluid is sampled through a needle placed in the ute- 
rus; fetal cells in the amniotic fluid are then analyzed 
for genetic defects. 

Chorionic villi sampling—A procedure in which 
hair-like projections from the chorion, a fetal struc- 
ture present early in pregnancy, are suctioned off with 
a catheter inserted into the uterus. These fetal cells are 
studied for the presence of certain genetic defects. 
Closed surgery—Medical treatment performed on 
the fetus without opening the mother’s uterus. 
Diaphragmatic hernia—A serious birth defect 
caused by a hole in the diaphragm, the muscle that 
divides the abdominal and chest cavities. 


have proven more successful than intended, some fetal 
surgeons will not perform fetal reductions. 


Future developments 


Fetal surgery is no longer limited to a few techni- 
ques. With advances in knowledge and improvements 
in equipment, new opportunities for the treatment of 
more birth defects will emerge. The unexpected dis- 
covery that fetuses heal without scarring suggests that 
cleft palate and other facial defects might be conducive 
to repair in the womb. Further research is needed, 
however, before surgery can be justified for conditions 
that are not life-threatening. 


Advances in fetal surgery are expected to benefit 
other fields of medicine as well. New strategies to 
prevent early labor in fetal-surgery patients, for 
instance, can be applied to any pregnant woman who 
is at risk for early labor. In a similar fashion, new tools 
developed for fetal surgery may find other uses in 
medicine. Further understanding of scarless healing 
may also lead to innovations in the treatment of 
adult surgical patients. 


See also Embryo and embryonic development. 
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Fetal reduction—Surgery performed to abort one or 
more fetuses in a multiple pregnancy. 


Open surgery—Surgery performed directly on 
the fetus by opening the mother’s abdomen and 
uterus. 


Premature labor—Uterine contractions that occur 
before the fetus is 37 weeks old, the age it can be 
born safely. 


Twin-twin transfusion syndrome—A condition in 
which abnormal blood vessels link one healthy 
fetus and one unhealthy fetus in a multiple 
pregnancy. 


Ultrasound—Another term for ultrasonic waves; 
sometimes reserved for medical applications. 
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i Prescribed burn 


Prescribed burns (sometimes also called con- 
trolled burns or prescribed fires) involve the controlled 
burning of vegetation by fires to achieve some desired 
management effect. They can be used to encourage a 
desired type of forest regeneration, to prevent the 
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Use of controlled burning for prairie management in South 
Dakota. (Stephen J. Krasemann. National Audubon Society 
Collection/Photo Researchers, Inc.) 


invasion of prairies by shrubs and trees, to decrease 
the abundance of pathogens, to prevent catastrophic 
wildfires by reducing the accumulation of fuel, or to 
create or maintain habitat for certain species of ani- 
mals. Prescribed burns can be very useful tools in 
vegetation and habitat management, but it is critical 
that this practice be based on a sound understanding 
of the ecological effects the result. 


Prescribed burning in forestry 


Prescribed burns are an important tool in some types 
of management systems in forestry. Most commonly, fire 
is utilized to reduce the amount of logging debris present 
after clear-cutting. This practice is generally undertaken 
to make the site more accessible to tree planters. The use 
of prescribed burning for this purpose means that the site 
does not have to be prepared using more expensive phys- 
ical techniques such as scarification by heavy machinery. 
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Sometimes prescribed fire is also useful in devel- 
oping better seedbeds for planting tree seedlings. 
Prescribed burns can also be used to encourage natu- 
ral regeneration by particular types of trees that are 
economically desirable such as certain species of pines. 
When using fire for this purpose, it is important to 
plan for the survival of an adequate number of mature 
seed trees. If this is not accomplished, the burned site 
would have to be planted with seedlings grown in a 
greenhouse. 


Prescribed burning makes available a flush of 
certain nutrients in ash, particularly, calcium, magne- 
sium, potassium, and phosphorus. However, there 
may be little biomass of regenerating vegetation on 
the site immediately after a burn, and therefore there is 
little biological capability to take up soluble forms of 
nutrients. Hence, much of the nutrient content of the 
ash may be lost from the site during heavy rains. In 
addition, most of the organic nitrogen of the logging 
debris becomes oxidized during combustion to gas- 
eous compounds such as nitric oxide, and the fixed 
nitrogen is therefore lost from the ecosystem. 


The use of prescribed fire in forestry is most suit- 
able for forest types that are naturally adapted to 
regeneration after wildfire, for example, most pine 
and boreal forests. The use of this industrial practice 
in other types of forests, particularly temperate rain 
forests, is more controversial. 


Prescribed burning in vegetation 
management 


Many natural ecosystems are maintained by wild- 
fires. In the absence of this sort of disturbance, these 
ecosystems would gradually transform into another 
type through the process of succession. For example, 
most of the original tall-grass prairie of North America 
occurred in a climatic regime that was capable of sup- 
porting shrubs or oak-dominated forests. However, the 
extensive transformation of the prairie into these eco- 
systems was prevented by frequent ground fires that 
were lethal to woody plants but could be survived by 
most of the herbaceous species of the prairie. Today, 
tall-grass prairie has been almost entirely converted 
into agricultural usages, and this is one of North 
America’s most endangered types of natural ecosystem. 
The few remnants of tall-grass prairie that have been 
protected are managed using prescribed burns to pre- 
vent the incursions of shrubs that would otherwise 
degrade the integrity of this ecosystem. 


Tall-grass prairies are maintained by relatively 
frequent fires. However, some types of forests may 
need fires on a much longer rotation to prevent their 
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conversion into another type of forest community. 
For example, forests in California dominated by red- 
woods (Sequoia sempervirens) need occasional fires in 
order to reduce the abundance of more tolerant species 
of trees and thereby prevent these from eventually 
dominating the community. Fire is also useful in the 
redwood ecosystem in preventing an excessive build- 
up of fuels that could eventually allow a devastating 
crown fire to occur that would kill the mature red- 
wood trees. In some cases, prescribed burning is used 
to satisfy the requirement of redwood forests for low- 
intensity fires. 


Prescribed burns can also be used to prevent cata- 
strophic wildfires in some other types of forests. In this 
usage, relatively light surface fires that do not scorch 
the tree canopy are used to reduce the biomass of 
living and dead ground vegetation and shrubs and 
thereby reduce the amount of fuel in the forest. 
When this practice is carried out in some types of 
pine forests, there is an additional benefit through 
enhancement of natural regeneration of the pine spe- 
cies which require a mineral seedbed with little com- 
petition from other species of plants. 


Prescribed burning in habitat management 


Prescribed fire has long been utilized to manage 
the habitat of certain species of animals. In North 
America, for example, the aboriginal nations that 
lived in the Great Plains often set prairie fires to 
improve the habitat for the large animals that they 
hunted as food. This was especially important to peo- 
ple living in regions of tall-grass prairie, which could 
otherwise revert to shrub- and tree-dominated ecosys- 
tems that were less suitable for their most important 
hunted animals such as buffalo (Bison bison). 


Prescribed fires have also been used to enhance the 
habitat of some endangered species. For example, this 
practice is utilized in Michigan to develop stands of jack 
pine (Pinus banksiana) required as habitat by the endan- 
gered Kirtland’s warbler (Dendroica kirtlandii). This 
bird does best in even-aged stands of jack pine aged 
seven to 25 years old and about 6.6 to 19.7 ft (2 to 6 
m) tall. Wildlife managers ensure a continuous availabil- 
ity of this kind of habitat by planting stands of jack pine 
and by deliberately burning older stands. 


Prescribed burns have been favored as a way to 
improve grazing of animals, improve human accessi- 
bility, control competing vegetation, help fire depend- 
ent species, and control diseases and pests. Opponents 
of prescribed burns state that it is a detriment to the 
environment and may harm some desired species of 
plants and trees. 
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KEY TERMS 


Prescribed burn—The controlled burning of vege- 
tation as a management practice to achieve some 
ecological benefit. 
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| Pressure 


Pressure is a physical force exerted over a surface. 
Specifically, pressure (p) is defined as force (F) divided 
by unit area (A): p = F/A. When expressed relative to a 
pure vacuum, this quotient is referred to as absolute 
pressure. When referred to relative to atmospheric pres- 
sure it is called gauge pressure. Pressure is an important 
concept in many chemical and physical processes. For 
example, many types of reactor vessels and boilers must 
be monitored to ensure they do not exceed specific 
pressure limits, lest they rupture. In atmospheric science, 
an understanding of air pressure, also known as baro- 
metric pressure, is critical for making weather predic- 
tions. Acrobats and cheerleaders sometimes stand on 
each other’s shoulders to form a human tower. Even 
with perfect balance, there is a limit to how high such a 
tower can be built. Ultimately, the ability of the bottom 
person to bear the pressure, caused by the weight of all 
the people stacked above, is the limiting factor. Pressure, 
then, is the amount of force applied on a given area. 


In this last example, increasing the number of 
people in the tower increases the amount of force 
applied to the shoulder area, which in turn causes the 
bottom person to be under greater pressure. However, 
pressure can also be increased without changing the 
amount of applied force. If the person standing directly 
above were to stand on one foot, thereby shifting all the 
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weight onto a smaller area, the bottom person would 
feel increased pressure on that burdened shoulder. 


Turning a nail upside down and driving its large, 
flat head through the wood by hammering its point, is 
amore difficult task than conventional nailing. Even if 
you were able to hammer the point with the same 
force, the flat head of the nail would spread this 
force over a relatively large surface area. As a result, 
there might not be enough pressure on the surface of 
the wood to cause penetration. 


A force exerted over a small area causes more 
pressure than the same force applied over a large 
area. This principle explains why karate experts use 
the side of the hand when breaking a board, instead of 
the full palm which has more surface and would apply 
less pressure to the wood. 


Similarly, a force exerted over a large area causes 
less pressure than the same force applied over a small 
area. This explains why it is possible to walk on top of 
deep snow with large, flat snowshoes when ordinary 
boots would cause a person to sink. 


History of measuring devices 


Historically, pressure has been measured with 
gauges that monitor the displacement of a mechanical 
element. One of the earliest measuring tools was a 
liquid-filled tube known as a manometer. Manometers 
were commonly used by scientists in the 1700s and 1800s 
and are still used today to calibrate other pressure 
gauges. A manometer consists of a cylindrical glass 
U-shaped tube that is partially filled with liquid. One 
end of the tube is exposed to the process that is generat- 
ing pressure; the other end may be sealed or left open 
depending on the design of the instrument. The pressure 
exerts a force on the surface of the liquid and causes it to 
move a specific distance that is proportional to the 
magnitude of the force. The pressure differential can 
be measured by comparing the height of the liquid to 
calibrated marks on the side of the tube. Another type of 
manometer is the inverted bell-type instrument that con- 
sists of two inverted U-shaped tubes, or bells, mounted 
on a balance beam. Each of these bells is located over a 
pressure inlet tube in such a way that the bell that is 
subjected to the highest pressure will rise. This type of 
apparatus is used to measure very small pressure 
changes such as those found in drying appliances like 
conveyor dryers and kilns. 


Another type of pressure-sensing element is the 
Bourdon tube, which is a flexible tube made from 
steel, beryllium, copper, and other special alloys. The 
tube, which is flattened slightly and sealed on one end, 
is formed into a coil. When the open end is exposed to 
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pressure, the tube uncoils to a degree that corresponds 
to the magnitude of the pressure. Positive pressure 
causes the tube to expand and a vacuum (negative 
pressure as compared to air pressure) causes it to con- 
tract. As the coil moves, it displaces a needle or other 
indicator that points along a pre-calibrated scale to 
give the pressure measurement. Bourdon tubes have 
the advantage of being low cost, simply designed, and 
useful for measuring both high and low pressure. They 
also have several disadvantages: they are not extremely 
accurate at low pressures, the mechanical linkage to the 
indicator needle may require amplification to give a 
meaningful reading, and process materials may accu- 
mulate inside the tube since one end is sealed. 


Other important mechanical pressure sensors 
include the bellows and diaphragm type elements. 
The bellows employs a coiled spring instead of a coiled 
tube as the responsive element. When exposed to pres- 
sure, the spring stretches and moves a needle on a 
measuring gauge. The diaphragm is a flexible disk 
made of sheet metal with ridges carved into it. When 
the disk is exposed to pressure, it deforms to one side 
or the other, depending on which side is exposed to the 
higher pressure. The disks are very sensitive to small 
changes in pressure and therefore are useful in low 
pressure measurements as low as 13 Pa (0.1 torr). 


Today, mechanical pressure devices have been sup- 
plemented with electrical sensors and transmitters. 
Certain devices, like piezoelectric crystals, may directly 
register pressure changes. These crystals operate on the 
principle that certain quartz compounds can be cut and 
aligned in such a way that they will trigger a small electric 
current when pressure is applied to them. Other elec- 
tronic sensing devices depend on a mechanical sensor 
like a Bourdon tube or a diaphragm to register a change 
in pressure, and then they use electronic components to 
amplify and transmit the signal. The mechanical element 
transmits the pressure change to the magnetic coil of a 
transformer, which in turn translates the pressure to an 
electronic signal that can be relayed to a variety of output 
devices. Examples of this type of gauge include strain 
gauges, which measure the change in electrical resistance 
of a metal wire exposed to pressure via a mechanical 
sensor such as a bourdon tube or a bellows, and capaci- 
tive pressure transducers that register changes in capaci- 
tance when an elastic element is displaced by pressure. 


The kinetic molecular theory of gases 
and pressure 


According to the kinetic theory, gas, like all matter, 
is composed of many small, invisible particles that are in 
constant motion. In a child’s toy balloon, the amount of 
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particle motion depends on the temperature of the gas 
trapped inside. The collision of the air particles with the 
walls of the balloon, accounts for the pressure. 


Imagine a glass jar containing a few steel ball bear- 
ings. If one were to shake the jar, the steel balls would 
crash into the walls, and the sum of their forces would 
exert a pressure that might be enough to break the glass. 
Pressure depends on the total number of collisions and 
the intensity of the force with which each steel ball hits 
the glass. Both factors can be increased by shaking the 
jar more violently or in the case of the toy balloon, by 
increasing the temperature of the air trapped inside. 


Atmospheric pressure and common 
measuring units for pressure 


As humans living on the surface of Earth, people 
dwell at the bottom of an ocean of air. Each person 
supports on his or her shoulders the pressure caused 
by the weight of an air column that extends out to 
interstellar space. 


Hold out the palm of a hand. Its area is approx- 
imately 20 sq in (120 sq cm) and the weight of the air 
resting upon it is nearly 300 Ib (136 kg). Yet with all 
this weight, the hand is not crushed. This is because 
human bodies are used to living under such pressures. 
The liquids and solids inside the body grow to exert an 
equal pressure from the inside. 


Air particles are constantly hitting every part of 
human bodies and the pressure they cause is known as 
atmospheric pressure. At high altitudes, such as one 
would find in places like Mexico City, Mexico, or 
Aspen, Colorado, there is less air above and, therefore, 
less atmospheric pressure. Breathing becomes more 
difficult, but throwing a baseball for distance is easier 
because there is less air resistance experienced by the 
moving baseball. 


The barometer, invented by Italian physicist 
Evangelista Torricelli (1608-1647) in 1643, was the 
first instrument built to measure the pressure of the 
gases in Earth’s atmosphere. (The non-SI unit of pres- 
sure, torr, was named after Torricelli.) It consisted ofa 
long glass tube closed at one end, filled with liquid 
mercury, and inverted into a dish of more mercury. 


With this instrument, it has been observed that at 
sea level, atmospheric pressure can support the weight 
of about 760 mm of Hg (mercury). The exact figure 
depends on such things as weather conditions. 


One standard atmosphere (1 atm) of pressure is 
the pressure exerted by a column of mercury that is 
760 mm high at a temperature of 32°F (0°C). In the 
universe, pressure varies from very high pressures 
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Atmospheric pressure—Earth’s gravitational force 
pulls the surrounding air towards Earth. The force 
created by this action causes atmospheric pressure. 


Kinetic molecular theory—The theory that explains 
the behavior of matter in terms of the motion of the 
particles that make it up. 


Newton—The SI unit of force. One newton is 
roughly the force exerted by Earth on a 0.1 kg 
mass. This is about equal to the force exerted 
upward by the human hand when supporting a 
medium sized apple. 


SI system—An abbreviation for Le Systeme 
International d’Unités, a system of weights and 
measures adopted in 1960 by the General 
Conference on Weights and Measures. 


found the center of stars and other massive bodies to 
about one atmosphere on Earth’s surface and to 
approximately zero in the vacuum of outer space. 


The pascal is the SI (International System of Units) 
unit of pressure. One pascal is equal to the force of one 
newton applied to a surface whose area is equal to one 
squared meter, 1.0 Pa = 1.0 N/m?. One atmosphere of 
pressure is equal to approximately 101.3 KPa. 


Pressure in liquids 


According to the kinetic theory, liquids are also 
composed of many small particles, but in contrast to 
gases where the particles are very far apart, liquid 
particles are often touching. 


Liquid water is much more dense than air, and one 
liter of it contains many more particles and much more 
mass than an equivalent volume of air. When a 
swimmer dives into a lake, the person can feel the 
pressure of the water above even if just a few meters 
below the surface because the body is supporting a lot 
of weight. Doubling the depth below the surface 
causes the pressure on the human body to also double. 


Fill an empty juice can with water and put two holes 
down one side. Place one hole near the top of the can and 
one near the bottom. The water coming out of the bottom 
hole will shoot out much further than the water escaping 
from the hole near the top. This is because the water at the 
bottom of the can is supporting the weight of the water 
column above it and so it is under greater pressure. 


Lou D’Amore 
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l Prey 


Prey refers to any individuals that are hunted and 
consumed by predators. The term is typically used in 
reference to animals that are stalked, killed, and con- 
sumed by other animals, as when a deer is killed by a 
mountain lion. However, plants may also be consid- 
ered to be the prey of herbivorous animals, and hosts 
may be considered the prey of their parasites. 


Predators may act as significant agents of natural 
selection, individuals are alive to produce more off- 
spring if they are less vulnerable to predation. If the 
reason that an individual is less vulnerable to preda- 
tors has a genetic basis, then its offspring will inherit 
traits that make them less vulnerable to predation as 
well. Evolution will occur in the population, and the 
prey will become more difficult to capture. This evolu- 
tionary change in the vulnerability of prey in turn 
exerts a selective pressure on the predators, so that 
the more capable individual hunters are favored and 
the population of predators becomes more effective at 
catching prey. This results in coevolution of popula- 
tions of predators and prey. 


There are limits, however, to how evasive prey can 
become, and to how effective predators can become. 
Eventually, extreme expression in the prey of anatom- 
ical, physiological, or behavioral characteristics that 
help to reduce the risks of predation may become 
maladaptive in other respects. For example, adaptive 
changes in the coloration of prey may make them 
more cryptic, so they blend in better with the back- 
ground environment and are therefore less visible to 
predators. However, in many species bright coloration 
is an important cue in terms of species recognition and 
mate selection, as is the case with some species of birds 
in which the males are garishly colored and marked. 
For these populations, selective pressures will balance 
adaptations that make prey more difficult to catch, 
and those that are important in terms of coping with 
other environmental or biological factors. 


Predator-prey associations of plants and herbivores 
also develop coevolutionarily. To deter their predators, 
plants may evolve bad tastes, toxic chemicals, or physical 
defenses such as thorns and spines. At the same time, the 
herbivores evolve ways to overcome these defenses. 


Predator satiation refers to a situation in which 
prey is extremely abundant during a short or unpre- 
dictable period of time, so that the capability of pred- 
ators to catch and eat the prey is overwhelmed. For 
example, to reduce the impact of predation of their 
fruits, many species of plants flower and seed prolif- 
ically at unpredictable times, so herbivores cannot 
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collect and consume all of the fruits, and many seeds 
survive. There are also many animal-prey examples of 
predator satiation. For example, metamorphosis of 
the larval stages of many species of frogs and salaman- 
ders is often closely synchronized, so that most indi- 
viduals transform and leave the breeding pond at 
about the same time. This is a very risky stage of the 
life history of these animals, and although many of the 
individuals are preyed upon, the ability of the preda- 
tors to catch and ingest this superabundant supply is 
limited. Consequently, enough juvenile frogs and sal- 
amanders survive to maintain their populations. 


Bill Freedman 


I Primates 


Primates refer to animals that share many similar- 
ities with humans, including approximately 98% of 
the genome (the total collection of genetic material 
that encodes the organism). These near-identical 
genomes argue strongly that humans are an evolved 
form of primate. 


Like humans, primates are mammals. Most pri- 
mates are characterized by well-developed vision where 
both eyes work in a coordinated fashion, a flattened, 
forward-oriented face, digits that are adapted to grasp 
objects, thumbs that are at a right angle to the fingers 
(which enable grasping), nails on the tips of the fingers 
and toes instead of claws, presence of a collarbone, a 
shoulder joint desinged to allow free movement of the 
arm in all directions, two mammary glands, relatively 
large development of the cerebral hemispheres of the 
brain, usually only one or a few offspring born at a 
time, and a strong social organization. 


Most species of primates live in the forest canopy, 
but some live mostly on the ground. Primates first 
evolved early in the Cenozoic Era, about 60 million 
years ago. 


Humans evolved about one million years ago. 
They are now by far the most widespread and abun- 
dant species of primate, living on all of the continents, 
including Antarctica. Humans are also the most intel- 
ligent species of primate, and probably of any species. 
Humans have undergone extremely complex cultural 
evolution, characterized by adaptive, progressive dis- 
coveries of social systems and technologies that are 
allowing this species to use the products of ecosystems 
in an increasingly efficient and extensive manner. 
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Chimpanzees have genetic material closely matching that of humans. (© Kennan Ward/Corbis.) 


Habitat changes associated with human activities, 
coupled with the harvesting of many species and eco- 
systems as resources, are now threatening the survival 
of numerous other species and natural ecosystems. 
This includes almost all other species of primates, 
whose populations have declined to the degree that 
the World Conservation Union (IUCN) considers 
them threatened by extinction. 


[| Prime numbers 


A prime number is any number greater than | that 
is divisible only by itself and 1. The only even prime 
number is 2, since all other even numbers are at least 
divisible by themselves, 1, and 2. 
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The idea of primacy dates back hundreds of years. 
Mathematicians began putting forth ideas concerning 
prime numbers as early as 400 BC, but Greek mathe- 
matician Euclid is largely credited with publishing the 
first concrete theories involving prime numbers in his 
work Elements (c. 300 BC). Since then, prime numbers 
have proved to be elusive mysteries in the world of 
mathematics. 


Any discussion on the location process for prime 
numbers must begin with the statement of one fact: 
there is an infinite number of prime numbers. All 
facts in mathematics must be backed by a proof, and 
this one is no exception. Assume all prime numbers can 
be listed like this: p;, po, p3,..-Pn, With py = 2, p2 = 3, 
p3 = 5, and px = the largest of the prime numbers 
(remember, we are assuming there are a finite, or 


GALE ENCYCLOPEDIA OF SCIENCE 4 


limited, number of primes). Now, form the equation 
PiP2p3.--Pn + 1 = X. That means that X is equal to 
the product of all the primes plus 1. The number pro- 
duced will not be divisible by any prime number evenly 
(there will always be a remainder of 1), which indicates 
primacy. This contradicts the original assumption, 
proving that there really are an infinite number of 
primes. Although this may seem odd, the fact remains 
that the supply of prime numbers is unlimited. 


This fact leads to an obvious question—how can all 
the prime numbers be located? The answer is simple— 
they cannot, at least not yet. Two facts contribute to the 
slippery quality of prime numbers, that there are so 
many and they do not occur in any particular order. 
Mathematicians may never know how to locate all the 
prime numbers. 


Several methods to find some prime numbers do 
exist. The most notable of these methods is Erasthenes’s 
Seive, which dates back to ancient Greek arithmetic. 
Named for the man who created it, it can be used to 
locate all the prime numbers between 2 and N, where N is 
any number chosen. The process begins by writing all the 
numbers between 2 and N. Eliminate every second num- 
ber after 2. Then eliminate every third number, starting 
with the very next integer of 3. Start again with the next 
integer of 5 and eliminate every fifth number. Continue 
this process until the next integer is larger than the square 
root of N. The numbers remaining are prime. Aside from 
the complexity of this process, it is obviously impractical 
when N is a large 100 digit number. 


Another question involving the location of prime 
numbers is determining whether or not a given number 
N is prime. A simple way of checking this is dividing 
the number N by every number between 2 and the 
square root of N. If all the divisors leave a remainder, 
then N is prime. This is not a difficult task if N is a 
small number, but once again a 100 digit number 
would be a monumental task. 


A shortcut to this method was discovered in 1640 
by a mathematician named Pierre de Fermat. He 
determined that if a number (X) is prime it divides 
evenly into b* - b. Any number can be used in the place 
of b. A non-prime, or composite, used in the place of b 
leaves a remainder. Later it was determined that num- 
bers exist that foil this method. Known as Carmichael 
numbers, they leave no remainder but are not prime. 
Although extremely rare, their existence draws atten- 
tion to the elusive quality of prime numbers. 


One final mysterious quality of prime numbers is the 
existence of twin primes, or prime pairs. Occasionally, 
two consecutive odd numbers are prime, such as 11 and 
13 or 17 and 19. The problem is no theory exists to find all 
of them or predict when they occur. 
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KEY TERMS 


Carmichael numbers—Some numbers that have 
qualities of primes, but are not prime. 


Euclid—Greek scientist credited with the first the- 
ories of prime numbers. 


Factors—Numbers that when multiplied equal the 
number to which they are factors. 


Sieve of Eratosthenes—One method for locating 
primes. 


Twin primes—Prime numbers that appear as con- 
secutive odd integers. 


Prime numbers in modern life 


A question one might ask at this point is “How is 
any of this important?” Believe it or not, theories 
about prime numbers play an important role in big 
money banking around the world. 


Computers use large numbers to protect money 
transfers between bank accounts. Cryptographers, 
people who specialize in creating and cracking codes, 
who can factor one of those large numbers are able to 
transfer money around without the consent of the 
bank. This results in computerized bank robbery at 
the international level. 


Knowing how to protect these accounts relies on 
prime numbers, as well as other theories involving 
factoring. As more and more of the world uses this 
method of protecting its money, the value of facts 
concerning primes grows every day. 


Resources 


BOOKS 

Karush, William. Dictionary of Mathematics. Webster’s 
New World Printing, 1989. 

Weisstein, Eric W. The CRC Concise Encyclopedia of 
Mathematics. New York: CRC Press, 1998. 


] Primroses 


Primroses are perennial, herbaceous plants in 
the genus Primula, family Primulaceae. There are 
about 500 species of primroses. Most of these occur 
in arctic, boreal, and cool-temperate climates, includ- 
ing mountain-tops in tropical latitudes. The greatest 
species numbers occur in the mountains of central 
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Bloom of the shooting star, a member of the primrose family. 
(Robert J. Huffman. Field Mark Publications.) 


Asia, and, to a lesser degree, in northern Eurasia and 
North America. Only one species occurs in South 
America, in southern Patagonia. 


The flowers of primroses are small but very attrac- 
tive. Primrose flowers occur as solitary units, or in 
small groups (inflorescences). The flowers of primro- 
ses are radially symmetric, and have five partially 
fused petals and five sepals. Primroses have a rosette 
of leaves at the base of the plant and a taller structure 
that bears the flowers. 


Some native primroses of North America include 
several species commonly known as the birds’-eye 
primrose. Primula mistassinica occurs relatively widely 
in boreal and cool-temperate, often stream-side hab- 
itats in the northeastern United States and much of 
Canada. Primula laurentiana occurs more locally in 
eastern Canada and the northeastern United States. 
The arctic primrose (P. stricta) occurs widely in moist 
places in the Arctic of North America and western 
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Europe. Another arctic primrose (P. borealis) occurs 
in the northwestern tundra of Alaska and Canada as 
well as in eastern Siberia. 


Many species and varieties of primroses are 
cultivated as ornamental plants. For example, the 
European cowslip (Primula veris) is commonly culti- 
vated as a garden plant, as is P. denticulata. Primula 
auricula and other arctic-alpine primroses are often 
grown in rock gardens. Primula obconia is grown as a 
house plant. 


Many horticultural hybrids of primroses have 
also been developed. One of the classic cases is the 
Kew primrose (P. kewensis), developed in the famous 
English botanical garden of that name, from a cross 
between a Himalayan primrose (P. floribunda) and an 
Arabian species (P. verticillata). In this case the orig- 
inal hybrids were sterile, that is, they could not repro- 
duce sexually by the fertilizing of the pistils of one 
plant with pollen from another. Several of the hybrids 
subsequently became fertile as a consequence of a 
spontaneous doubling of their chromosome number, 
a characteristic that geneticists call polyploidy. This 
unprecedented discovery of sterile hybrids becoming 
fertile through polyploidy is a famous story in botany 
and plant breeding. 


t Printing 


History of printing 


Although a technology in which seals were first 
pressed into damp clay tablets is known to have been 
used by the Babylonians, the Chinese probably 
invented printing. They used carved stones for making 
copies by first sprinkling soot over the carving, then 
placing a piece of paper on it and rubbing until the 
ashes came off on the stone. The oldest known print- 
ings were produced in China 1,200 years ago. They 
consisted of Buddhist texts, and were made using ink 
blocks and small pieces of paper. 


Around 800 years ago, the Chinese printer 
Pi Sheng first formed Chinese characters out of bits 
of clay. He found that by fitting the clay pieces 
together to spell out words, he could print entire 
texts. These clay pieces, which would now be called 
movable type, had the advantage that they could be 
reused. Later type was made out of wood. 


In Korea, pieces of type were placed in a box, or 
form, so that they spelled out words. By pressing the 
form against wet sand, the individual pieces created 
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impressions in the sand. Molten metal was then 
poured over the sand, so that it filled the letter-shaped 
impressions. When the metal cooled, a solid plate with 
raised images of the characters was formed. This metal 
plate was then used to print on paper. The metal plate 
proved easier to work with than did movable type. 
While a page was being printed using the metal plate, 
the original movable type was reassembled to make 
another plate. This technique is still in use, and is 
known as type mold. By 1400 AD, Korea had the 
most advanced printing technology, and even com- 
moners there were able to own copies of official 
publications. 


In Europe, meanwhile, the Romans had not dis- 
covered printing, and all books were produced by 
hand. By about 1000 AD most of these handwritten 
books had been destroyed, and the few that survived 
were carried off to the East. Some of the surviving 
books were later returned to Europe by scholars and 
priests. There, scribes in monasteries made copies by 
hand. Each of these handwritten books required many 
hours of skilled labor to produce, and only the wealthy 
could afford to own books. 


Around 1400, Europeans began to experiment 
with news ways to make books. They had no knowl- 
edge of Chinese printing technologies, and developed 
methods of printing independently of what was hap- 
pening on the other side of the world. Some Europeans 
rediscovered the use of carved blocks, the technology 
the Chinese had used before they came upon the idea 
of movable type. But block printing was too slow and 
expensive to meet the rising demand for books. 


The Gutenberg revolution 


The first European to successfully use movable 
type was probably Johann Gutenberg, who was born 
in Germany in 1397. Gutenberg hit upon the notion of 
cutting each letter in the alphabet on the end of a small 
stick. Each letter was then pressed into a small square 
of metal, and when Gutenberg had a letter-shaped 
hollow for each letter of the alphabet, he could pro- 
duce type. 


Gutenberg fitted four pieces of wood around the 
letter-shaped hollow, called a matrix, to form an open 
box. He then poured molten metal into the box, allow- 
ing it fill up the matrix. After the metal had cooled and 
hardened, the sides of the box were removed, leaving 
a small block with the letter in relief. 


Gutenberg reassembled the box to produce as 
many copies of each letter as he needed. The walls of 
the box formed a mold that could be adjusted to fit all 
letters. This mold made possible the development of a 
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less expensive and faster method of printing than had 
previously been in use. 


By trial and error, Gutenberg discovered that the 
best metal for his type was a mixture of lead, tin, and 
antimony. This alloy had the advantage that it did not 
shrink when cooled, so all letters resembled the origi- 
nal matrix, and the pieces of type could be linked in 
rows. Alloys of lead, tin, and antimony are still used to 
make type. 


The first book of any note to be printed with 
movable type was Gutenberg’s Bible, published in 
1456. Copies are still in existence. Printed in Latin, 
its pages consist of two columns of type, each 42 lines 
long. It is 1282 pages long. In producing this book, the 
type was arranged on each page, and inked before the 
paper was pressed down on it. Gutenberg may have 
used a wine press fitted with a heavy screw to press the 
paper against the type. After removing the sheet of 
paper, the type would then have been re-inked before 
another sheet of paper was placed on it. 


Gutenberg printed about 200 Bibles in a five-year 
period. Each of the printed characters in the Bible was 
made to resemble handwriting. Because the type in the 
Gutenberg Bible makes the printed page very dark, it 
is called black letter. Gutenberg’s Bible has wide mar- 
gins, and the pages are well designed. 


Gutenberg died in poverty. But his invention rap- 
idly spread to other countries in Europe. By the time 
that Columbus was setting off for the New World, 
around 14,000 separate books had been printed in 
Europe. As hundreds of copies of each of these 
books could be found, there may have been as many 
as 20 million books in Europe at the time. 


European printers continued to experiment with 
Gutenberg’s technology. To make printed type easier 
to read, the Frenchman Nicolas Jensen introduced 
serifs, or tiny tails, at the end of his letters. This inno- 
vation had the effect of causing the reader’s eye to skip 
from one letter to the next. This type eventually 
became more popular than Gutenberg’s black letter 
type, and the letters are now known as Roman-style 
letters, because they were designed to resemble the 
stone carvings in ancient Rome. 


Aldus Manutius designed a narrow slanting type, 
now called italic in honor of Italy where Manutius 
lived. This enabled Manutius to place many words 
on a single page, and small, cheap books soon became 
readily available. 


The early European printers arranged their type 
by hand, character by character in a process known as 
typesetting. Type was stored in cabinet drawers, called 
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cases. Each case held a complete set of type in a 
particular style and size, called a font. It was the con- 
vention for printers to keep their capital letters, now 
referred to as upper-case letters, separate from their 
small, or lower-case, letters. 


Letters were removed from the type case, and 
arranged in rows in a small metal tray. Space bars 
were inserted to adjust the width of the line. Filling 
out a line became known as justification. 


When the metal tray had been filled with justified 
lines, the lines were transferred to a larger metal tray 
called a galley. The galley was inked when the printer 
had made sure that there were no mistakes in the set 
type. The printed sheet of paper that was produced 
became known as the galley proof. 


At first, European printers traveled from town to 
town, taking their type and small hand-operated 
presses with them. They became known as journey- 
man printers. Later, when plenty of shops had been 
established where they could practice their trade, itin- 
erant printers traveled about with only their skills. 


Conventional printing methods 


Conventional typesetting machines mold type 
from molten metal, in a process called type casting, 
for each new printing job. Casting type is more effi- 
cient than setting type by hand. Cast type can be 
melted down, and reused. Typesetting machines either 
cast an entire line of type at once (linotype machines) 
or a single letter at a time (monotype machines). 


James O. Clephane and Ottmar Merganthaler 
developed the first commercially successful linotype 
machine in 1886. Their machine cast type five times 
faster than an individual could set type. 


The linotype machine was operated by a compo- 
sitor. This individual worked in front of a keyboard. 
The keyboard consists of separate keys for each letter, 
number, or punctuation mark found in a case of type. 
The text to be set, called the copy, was placed above 
the keyboard. The compositor keyed in the text, char- 
acter by character. Each time a key was touched, a 
small letter matrix dropped into a slot. 


When the compositor filled in the first line of type, 
he sent it to a mold. Molten metal was then forced into 
the mold to produce a metal bar with a whole line of 
letters in relief. This cast line was then dropped down 
into the galley, and the process is continued until all 
the copy had been set. 


The advantages of monotype begin to show up 
with reference works and scientific publications, where 
complicated tables, punctuation, and figures may have 
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to be inserted. With monotype, corrections can be 
made by hand without resetting the entire line. 


Letterpress 


Letterpress printing is an example of relief print- 
ing, the process in which printing ink is transferred to a 
printed surface from areas that are higher than the rest 
of the printing block. In the case of letterpress print- 
ing, each page of type is used as the mold for a papier- 
mache mat, which is actually a copy in reverse of that 
page of type. The mold in turn is used to make a metal 
copy of the entire page, and this metal copy is used for 
printing. This was the traditional way to print news- 
papers. Variations of this printing technique may use 
plastic or rubber plates. Because several plates can be 
made from each original, brand new type can be intro- 
duced at regular intervals, ensuring that copies remain 
sharp and clear. 


Large presses 


In rotary presses, the plates are fastened around 
cylinders. These cylinders continuously turn against 
an endless conveyance of moving paper, printing the 
paper sheet as it moves past. The sheet can be printed 
on both sides, cut, folded, and tied up so that it comes 
out as stacks of finished newspaper. Fabrics are also 
printed on large machines in which cylinders turn 
against the cloth, printing colored designs on it. 


In the case of cylinder presses, a flat type bed slides 
back and forth beneath a turning cylinder to which a 
paper sheet is attached. Grippers hold the sheet of 
paper in place against the turning cylinder before 
releasing it, and picking up another sheet. 


Printing pictures 


Images are still occasionally printed using metal 
plates that are engraved or etched by hand. In the case 
of photoengraving, a similar process makes use of a 
camera. First, the image is photographed to produce a 
negative on a sheet of transparent film. The negative is 
then used to print the image on a sheet of zinc that is 
covered with a gelatin-like substance, or emulsion. 
Chemicals in the emulsion transfer the image to the 
zinc sheet. The zinc sheet is then treated with chemicals 
that etch the metal surface except where the image 
appears. The image remains elevated above the etched 
surface, and the plate is used to print the image on 
paper. 

Black and white photographs with many shades of 
gray have been traditionally handled by a process called 
halftone engraving. With this technique, the original 
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picture is first photographed. Then a screen in the 
camera is used to break up the picture into thousands 
of tiny squares. The negative consists of thousands of 
tiny dots, one for each square. The photoengraving 
from this negative has many tiny dots raised in relief 
above the eaten-away metal surface. Portions of the 
plate that will appear as dark areas in the finished 
picture are covered with relatively large dots. The por- 
tions of the plate that will appear gray are covered with 
smaller dots. And the portions that will print white 
are covered by dots that may appear invisible to the 
naked eye. 


Ordinary newspaper pictures are produced with 
screens of about 5,000 dots per square inch (or about 
70 dots per linear inch). A very fine-screened engrav- 
ing, such as might appear in art books and magazines, 
might use up to 18,000 dots per square inch (or about 
135 dots per linear inch). 


Color printing requires plates for each color. 
Most color pictures can be printed using four plates, 
one for black and one each for red, blue, and yellow. 


Photogravure 


In photogravure, ink is held in the hollows of a 
plate rather than on high relief. This method of print- 
ing is known as intaglio. The photogravure plate, like 
the halftone plate, is produced with the aid of a camera 
and an acid to etch away parts of the metal plate. The 
acid creates hollows of different depths. The deepest 
hollows hold the most ink and print the darkest areas 
in the picture. Shallow hollows hold less ink and print 
lighter areas. 


Lithography 


In lithography, a picture is drawn on a smooth flat 
stone with a special type of oily crayon. Because the 
printing surface is flat, lithography is an example of 
planographic or surface printing. Then the lithogra- 
pher passes a water-soaked roller over the stone. The 
water adheres to the bare stone surface, but does not 
stick to the oily crayon marks. Another roller soaked 
with printer’s ink is passed over the stone. Since the 
ink will not mix with water, it cannot stick to the wet 
stone, but does stick to the oily crayon marks. When a 
sheet of paper is pressed against the inked stone, the 
paper takes up ink only from the places where the 
crayon lines are. This produces a print of the original 
drawing on paper. 


Photolithography is a variation of lithography 
performed by machine and using a camera. In this 
case, a zinc plate is used instead of the stone. The 
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picture is placed on the plate by photographic means 
rather than by hand. Characters and words can also be 
printed on the plate. The zinc plate is then curved 
around the printing cylinder. As the cylinder turns, 
the plate first presses against a wet roller, and then 
against an ink roller. This has the effect of covering the 
blackened portions of the plate with ink. The inked 
plate next rolls against a rubber-blanketed cylinder so 
that the image is picked up. The blanketed cylinder 
then transfers the image to the paper. This kind of 
printing is known as offset printing. 


Phototypesetting 


Rather than using hollowed-out metal plates, 
phototypesetting machines use strips of photographic 
film to carry images of the text that will be printed. 
The phototypesetting machine produces images on 
fresh, unexposed film. Conventional phototypesetters 
can expose up to 50 characters per second, but usually 
expose closer to 30 characters per second. Phototype- 
setting does not use hot metal. Instead, type is set by 
exposing a light-sensitive material (film or paper) to 
light projected through a character negative. A com- 
puter controls timing. 


Another revolution 


In the early 1980s the personal computer made its 
first appearance in many homes and _ businesses. 
A panoply of software applications followed suit, 
and before long the era of desktop publishing began. 
The first desktop publishing systems consisted of a 
personal computer and a dot-matrix or daisy wheel 
printer. With the introduction of the laser printer in 
1985, desktop publishing was well advanced. 


Recent advances in on-line document delivery 
systems, many incorporating multimedia techniques, 
have led some to suggest that we are in the midst of a 
revolution in publishing that will eventually prove to 
be as far reaching as the revolution that Gutenberg’s 
printing press set in progress over 500 years ago. 


Desktop publishing 


In desktop publishing, text is first prepared on a 
word processor, and illustrations are prepared using 
drawing software. Photographs or other art may also 
be captured electronically using a scanner. The elec- 
tronic files are next sent to a computer running a 
page-layout application. Page layout software is the 
heart of desktop publishing. This software allows the 
desktop publisher to manipulate text and illustrations 
on a page. 
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KEY TERMS 


Case—A shallow tray divided into compartments to 
hold fonts of different types. The case is usually 
arranged in a set of two, the upper case for capital 
letters and the lower case for small letters. 

Desktop publishing—The writing, assembling, design, 
and printing of publications using microcomputers. 
Depending upon the printing quality desired, the elec- 
tronic pages may either be printed on a desktop printer, 
or sent to a printing bureau where the electronic docu- 
ment is loaded onto a highend computer. 


Font—A complete set of type in a particular style and 
size. 


Galley—A metal tray filled with lines of set type. 


Galley proof—A copy of the lines of type in a galley 
made before the material has been set up in pages. 
The galley proof is usually printed as a single column 
of type with wide margins for marking corrections. 

Intaglio printing—The process of printing in which 
the design or text is engraved into the surface of a 


Depending upon the printing quality desired, the 
electronic pages may either be printed on a desktop 
printer, or sent to a printing bureau where the elec- 
tronic document is loaded onto a high-end computer. If 
the document is sent to a printing bureau, the scanned 
images may be replaced with higher-resolution elec- 
tronic images before printing. 


If the document is to be produced in color, the 
printing bureau will use color separation software to 
produce four electronic documents, each representing 
the amount of cyan, magenta, yellow, and black that 
go on one page. The color separation process produces 
four full-sized transparent negatives. When these neg- 
atives are superposed, they produce an accurate gray- 
scale negative of the whole page. 


Flexible plates are then made from the four neg- 
atives, with one ink color per plate. Clear areas on the 
film end up a solid raised areas on the plate. In this 
case, all of the color is printed on the paper. Gray 
areas, which become regions of raised dots on the 
plate, put down limited amounts of ink on the paper. 
Black areas produce no raised areas, so the paper 
remains white. The plates are then attached to four 
rollers, one for each color. As the paper passes under 
each of the rollers, it gets a coat of one of the four 
colors. 
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plate so that when the ink is wiped off, ink remains in 
the grooves and is transferred to paper in printing. 
Photogravure is a type of intaglio printing. 


Justification—Filling out a line of type with space 
bars to a specified length. 


Linotype—Typecasting machine which casts a 
whole line of type at once. 


Monotype—Typecasting machine which casts sin- 
gle letters. 


Planographic printing—The process of printing from 
a flat surface, also known as surface printing. 
Lithography and photolithography are two examples 
of planographic printing. 

Relief printing—The process of printing from letters 
or type in which the printing ink is transferred to the 
printed surface from areas that are higher than the 
rest of the block. Letterpress printing is an example of 
relief printing. 


Most desktop printers create images by drawing 
dots on paper. The standard printer resolution is 
300 dots per inch, but higher resolutions are available. 
This is much higher than the computer terminal’s 
resolution of 72 dots per inch. 


Dot-matrix printers 


Dot-matrix printers work by drawing dots in 
much the same way that typewriters produce charac- 
ters. They create whole letters by striking a sheet of 
paper through an inked ribbon. The dot matrix printer 
is ideally suited for printing carbon-copy forms, but 
does not find much current use in desktop publishing. 


Laser printers 


Laser printers currently accommodate the high 
volume printing needs of many large organizations, 
and meet the more modest requirements of individuals 
and small businesses. In laser printing, electronic sig- 
nals describing the document are first sent from the 
desktop publishing computer to the printer’s logic 
board. Printing fonts are next loaded into the printer’s 
memory. The printer’s central processing unit then 
sends light signal instructions to a laser, which focuses 
a beam of light on a rotating drum in the printer. This 
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beam is turned on where black dots will appear, and 
turned off where the page will remain white. 


The rotating drum is coated with a negatively 
charged, light sensitive material that becomes posi- 
tively charged wherever the light strikes it. Negatively 
charged toner particles are attracted to positively 
charged regions on the drum. This creates the image 
to be printed on the drum. 


A sheet of paper is drawn from the printer’s paper 
tray so that it passes between the drum and a positively 
charged wire. The positively charged wire draws the 
negatively charged toner particles from the drum to 
the paper. Finally, the toner is bonded to the paper as 
it passes through two rollers that are heated to about 
320°F (160°C). 


Ink jet printers 


Ink jet printers offer low cost printing alternatives 
to laser printers, while retaining some of the print 
quality of laser printers. They operate silently, are 
lightweight, and make good home printers. 


In ink jet printing, liquid ink is pumped into a set 
of chambers, each containing a heating element. There 
the ink is heated until it vaporizes. The vaporous ink is 
then forced through tiny nozzles, squirting dots on the 
paper. As each line of text is written, the paper advan- 
ces slightly to accept another line. 


Resources 
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| Prions 


Prions are proteins that are infectious. Indeed, the 
name prion is derived from “proteinaceous infectious 
particles.” The discovery of prions and confirmation of 
their infectious nature overturned a central dogma that 
infections were caused by intact organisms, particularly 
microorganisms such as bacteria, fungi, parasites, or 
viruses. Since prions lack genetic material, the prevail- 
ing attitude was that a protein could not cause disease. 
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Prions were discovered and their role in brain 
degeneration was proposed by Stanley Pruisner. This 
work earned him the 1997 Nobel Prize in medicine or 
physiology. 


In contrast to infectious agents that are not normal 
residents of a host, prion proteins are a normal con- 
stituent of brain tissue in humans and in all mammals 
studied thus far. The prion normally is a constituent of 
the membrane that surrounds the cells. The protein is 
also designated PrP (for proteinaceous infectious par- 
ticle). PrP is a small protein, being only some 250 
amino acids in length. The protein is arranged with 
regions that have a helical conformation and other 
regions that adopt a flatter, zigzag arrangement of the 
amino acids. As of 2006, the normal function of the 
prion is still not clear, although it is thought to be an 
important facet of the normal functioning of cells in the 
brain and perhaps elsewhere in the body. Studies from 
mutant mice that are deficient in prion manufacture 
indicate that the protein may help protect the brain 
tissue from destruction that occurs with increasing fre- 
quency as someone ages. The normal prions may aid in 
the survival of brain cells known as Purkinje cells, 
which predominate in the cerebellum, a region of the 
brain responsible for movement and coordination. 


The so-called prion theory states that PrP is the 
only cause of the prion-related diseases, and that these 
disease results when a normally stable PrP is “flipped” 
into a different shape that causes disease. Regions that 
are helical and zigzag are still present, but their loca- 
tions in the protein are altered. This confers a different 
three-dimensional shape to the protein. 


As of 2006, the mechanism by which normally 
functioning protein is first triggered to become infec- 
tious is not known. One hypothesis, known as the 
virino hypothesis, proposes that the infectious form 
of a prion is formed when the PrP associates with 
nucleic acid from some infectious organism. Efforts 
to find prions associated with nucleic acid have been 
unsuccessful. 


If the origin of the infectious prion is unclear, the 
nature of the infectious process following the creation 
of an infectious form of PrP is becoming clearer. The 
altered protein is able to stimulate a similar structural 
change in surrounding prions. The change in shape 
may result from the direct contact and binding of the 
altered and infectious prion with the unaltered and 
still-normally functioning prions. The altered proteins 
also become infective and encourage other proteins to 
undergo the conformational change. The cascade pro- 
duces proteins that adversely effect neural cells and the 
cells lose their ability to function and die. 
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The death of regions of the brain cells produces 
holes in the tissue. This appearance leads to the desig- 
nation of the disease as spongiform encephalopathy. 


The weight of evidence now supports the conten- 
tion that prion diseases of animals, such as scrapie in 
sheep and bovine spongiform encephalopathy (BSE— 
popularly known as mad cow disease) can cross the 
species barrier to humans. In humans, the progressive 
loss of brain function is clinically apparent as Creutzfeld- 
Jacob disease, kuru, and Gerstmann-Strdussler- 
Scheinker disease. Other human disease that are candi- 
dates (but as yet not definitively proven) for a prion 
origin are Alzheimer’s disease and Parkinson disease. 


In the past several years, a phenomenon that bears 
much similarity to prion infection has been discovered 
in yeast. The prion like protein is not involved in a 
neurological degeneration. Rather, the microorgan- 
ism is able to transfer genetic information to the 
daughter cell by means of a shape-changing protein, 
rather than by the classical means of genetic transfer. 
The protein is able to stimulate the change of shape of 
other proteins in the interior of the daughter cell, 
which produces proteins having a new function. 
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| Prism 


In Euclidean geometry, a prism is a_three- 
dimensional figure, or solid, having five or more 
faces, each of which is a polygon. Polygons, in turn, 
consist of any number of straight-line segments, 
arranged to form a flat, closed, two-dimensional fig- 
ure. Thus, triangles, rectangles, pentagons, hexagons, 
and so on are all polygons. In addition, a prism has at 
least two congruent (same size and shape) faces that 
are parallel to one another. These parallel faces are 
called bases of the prism, and are often associated with 
its top and bottom. 
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English physicist and mathematician Sir Isaac 
Newton (1642-1727) was one of the first scientists to 
analyze light that emerged from a prism. In one experi- 
ment, Newton placed two prisms together to show 
that the color was unchanged after light passed 
through both. His conclusion was that light separated 
into its individual colors as it passed through the first 
prism and, then, recombined back into white light 
after passing through the second prism. 


An interesting property of prisms is that every 
cross section, taken parallel to a base, is also congru- 
ent to the base. The remaining faces of a prism, called 
lateral faces, meet in line segments called lateral edges. 
Every prism has as many lateral faces, and lateral 
edges, as its base has sides. Thus, a prism with an 
octagonal (eight sided) base has eight lateral faces, 
and eight lateral edges. Each lateral face meets two 
other lateral faces, as well as the two bases. 
Consequently, each lateral face is a four-sided poly- 
gon. It can also be shown that, because the bases of a 
prism are congruent and parallel, each lateral edge of a 
prism is parallel to every other lateral edge, and that all 
lateral edges are the same length. As a result, each 
lateral face of a prism is a parallelogram (a four- 
sided figure with opposite sides parallel). 


There are three important special cases of the 
prism, they are the regular prism, the right prism, 
and the parallelepiped. First, a regular prism is a 
prism with regular polygon bases. A regular polygon 
is one that has all sides equal in length and all angles 
equal in measure. For instance, a square is a regular 
rectangle, an equilateral triangle is a regular triangle, 
and a stop sign is a regular octagon. 


Second, a right prism is one whose lateral faces and 
lateral edges are perpendicular (at right, or 90° angles) 
to it bases. The lateral faces of a right prism are all 
rectangles, and the height of a right prism is equal to 
the length of its lateral edge. The third important spe- 
cial case is the parallelepiped. What makes the paral- 
lelepiped special is that, just as its lateral sides are 
parallelograms, so are its bases. Thus, every face of a 
parallelepiped has four sides. A special case of the 
parallelepiped is the rectangular parallelepiped, which 
has rectangular bases (that is, parallelograms with 90° 
interior angles), and is sometimes called a rectangular 
solid. Combining terms, of course, leads to even more 
restricted special cases, for instance, a right, regular 
prism. A right, regular prism is one with regular poly- 
gon bases, and perpendicular, rectangular, lateral sides, 
such as a prism with equilateral triangles for bases and 
three rectangular lateral faces. 
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KEY TERMS 


Base—The base of a prism is one of two congruent, 
parallel sides, often used to indicate the top and 
bottom of the prism. 


Edge—An edge of a prism is the line formed by 
intersecting faces of the prism. 


Lateral face—the lateral faces of a prism are those 
faces other than the bases. 


Parallelepiped—A parallelepiped is a prism whose 
bases are parallelograms. 


Regular prism—A regular prism is one with regular 
polygons as bases. 


Right prism—A right prism is one with lateral sides 
perpendicular to its bases. 


Surface area—The surface area of a prism is equal 
to the number of unit squares it takes to tile the 
entire surface of the prism. 


Volume—The amount of space that a material 
body occupies. 


Another special type of prism is the right, regular 
parallelepiped. Its bases are regular parallelograms. 
Thus, they have equal length sides and equal angles. 
For this to be true, the bases must be squares. Because 
it is a right prism, the lateral faces are rectangles. 
Thus, a cube is a special case of a right, regular, 
parallelepiped (one with square lateral faces), which 
is a special case of a right, regular prism, which is a 
special case of a regular prism, which is a special case 
of a prism. 


The surface area and volume of a prism are two 
important quantities. The surface area of a prism is 
equal to the sum of the areas of the two bases and the 
areas of the lateral sides. Various formulas for calcu- 
lating the surface area exist, the simplest being associ- 
ated with the right, regular prisms. The volume of a 
prism is the product of the area of one base times the 
height of the prism, where the height is the perpendic- 
ular distance between bases. 
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[ Probability theory 


Probability theory is a branch of mathematics 
concerned, in its practical applications, with determin- 
ing the chances that a given event will occur. The 
chance or probability of an event’s occurrence (or 
that of a group of separate events, lumped together 
as a single “event”’) is found by dividing the number of 
chosen events by the number of total events possible. 
For example, each of the six faces of a die has one in 
six chance of coming up on a single roll, a probability 
of 1/6. Since half the faces of a die are even numbers, 
the probability of getting some even number on any 
single roll is 1/2. 


First inspired by problems encountered by seven- 
teenth century gamblers, probability theory has devel- 
oped into one of the most useful branches of 
mathematics, with applications in many different sci- 
ences and industries—including, of course, gambling. 


History of probability theory 


The branch of mathematics known as probability 
theory was inspired by gambling problems. The ear- 
liest work was performed by Girolamo Cardano 
(1501-1576) an Italian mathematician, physician, and 
gambler. In his manual Liber de Ludo Aleae, Cardano 
discusses many of the basic concepts of probability 
complete with a systematic analysis of gambling prob- 
lems. Unfortunately, Cardano’s work had little effect 
on the development of probability because his manual, 
which did not appeared in print until 1663, received 
little attention. 


In 1654, another gambler named Chevalier de 
Méreé created a dice proposition which he believed 
would make money. He would bet even money that 
he could roll at least one 12 in 24 rolls of two dice. 
However, when the Chevalier began losing money, he 
asked his mathematician friend Blaise Pascal (1623- 
1662) to analyze the proposition. Pascal determined 
that this proposition will lose about 51% of the time. 
Inspired by this proposition, Pascal began studying 
more of these types of problems. He discussed them 
with another famous mathematician, Pierre de Fermat 
(1601-1665), and together they laid the foundation of 
probability theory. 


Probability theory is concerned with determining 
the relationship between the number of times a certain 
event occurs and the number of times any event 
occurs. For example, the number of times a head will 
appear when a coin is flipped 100 times. Determining 
probabilities can be done in two ways; theoretically 


3499 


Asoay} Aqiqeqoid 


Probability theory 


and empirically. The example of a coin toss helps 
illustrate the difference between the two approaches. 
Using a theoretical approach, we reason that in every 
flip there are two possibilities, a head or a tail. By 
assuming each event is equally likely, the probability 
that the coin will end up heads is 1/2 or 0.5. The 
empirical approach does not use assumption of equal 
likeliness. Instead, an actual coin flipping experiment 
is performed and the number of heads is counted. The 
probability is then equal to the number of heads div- 
ided by the total number of flips. 


Counting 


A theoretical approach to determine probabilities 
requires the ability to count the number of ways cer- 
tain events can occur. In some cases, counting is simple 
because there is only one way for an event to occur. 
For example, there is only one way in which a 4 will 
show up on a single roll of a die. In most cases, how- 
ever, counting is not always an easy matter. Imagine 
trying to count the number of ways of being dealt a 
pair in 5 card poker. 


The fundamental principle of counting is often 
used when many selections are made from the same 
set of objects. Suppose we want to know the number 
of different ways four people can line up in a carnival 
line. The first spot in line can be occupied by any of the 
four people. The second can be occupied any of the 
three people who are left. The third spot can be filled 
by either of the two remaining people, and the fourth 
spot is filled by the last person. So, the total number of 
ways four people can create a line is equal to the prod- 
uct 4 x 3 x 2 x 1 = 24. This product can be abbre- 
viated as 4! (read “4 factorial”). In general, the product 
of the positive integers from 1 to n can be denoted by n! 
which equals n x (n-1) x (n-2) x...2 x 1. It should be 
noted that 0! is by definition equal to 1. 


The example of the carnival line given above illus- 
trates a situation involving permutations. A permuta- 
tion is any arrangement of n objects in a definite order. 
Generally, the number of permutations of n objects is n!. 
Now, suppose we want to make a line using only two of 
the four people. In this case, any of the four people 
can occupy the first space and any of the three remaining 
people can occupy the second space. Therefore, the 
number of possible arrangements, or permutations, of 
two people from a group of four, denoted as P, 3 is equal 
to4 x 3 = 12. In general, the number of permutations of 


n objects taken r at a time is 
P,., = n Xx (n-1) x (n-2) x... x (art 1) 


This can be written more compactly as P,,= n!/(n-r)! 
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Many times the order in which objects are selected 
from a group does not matter. For instance, we may 
want to know how many different 3 person clubs can 
be formed from a student body of 125. By using per- 
mutations, some of the clubs will have the same peo- 
ple, just arranged in a different order. We only want to 
count then number of clubs that have different people. 
In these cases, when order is not important, we use 
what is known as a combination. In general, the num- 
ber of combinations denoted as C,,, or 


n 

r 
is equal to P,, /r! or Cy, = n!/r! x (n-r)! For our club 
example, the number of different three person clubs 


that can be formed from a student body of 125 is Cy95 3 
or 125!/3! x 122! = 317,750. 


Experiments 


Probability theory is concerned with determining 
the likelihood that a certain event will occur during a 
given random experiment. In this sense, an experiment is 
any situation that involves observation or measurement. 
Random experiments are those which can have different 
outcomes regardless of the initial conditions and will be 
heretofore referred to simply as experiments. 


The results obtained from an experiment are known 
as the outcomes. When a die is rolled, the outcome is 
the number found on the topside. For any experiment, 
the set of all outcomes is called the sample space. The 
sample space, S, of the die example, is denoted by S= 
which represents all of the possible numbers that can 
result from the roll of a die. We usually consider sample 
spaces in which all outcomes are equally likely. 


The sample space of an experiment is classified as 
finite or infinite. When there is a limit to the number of 
outcomes in an experiment, such as choosing a single 
card from a deck of cards, the sample space is finite. 
On the other hand, an infinite sample space occurs 
when there is no limit to the number of outcomes, 
such as when a dart is thrown at a target with a con- 
tinuum of points. 


While a sample space describes the set of every 
possible outcome for an experiment, an event is any 
subset of the sample space. When two dice are rolled, 
the set of outcomes for an event such as a sum of 4 on 
two dice is represented by E =. 


In some experiments, multiple events are eval- 
uated and set theory is needed to describe the relation- 
ship between them. Events can be compounded 
forming unions, intersections, and complements. The 
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union of two events A and B is an event which contains 
all of the outcomes contained in event A and B. It is 
mathematically represented as A U B. The intersection 
of the same two events is an event which contains 
only outcomes present in both A and B, and is denoted 
AMB. The complement of event A, represented by A’, 
is an event which contains all of the outcomes of the 
sample space not found in A. 


We can see how set theory is used to mathemati- 
cally describe the outcome of real world experiments. 
Suppose A represents the event in which a 4 is 
obtained on the first roll and B represents an event in 
which the total number on the dice is 5. 


A ={(4,1), (4,2), (4,3), (4,4), (4,5), (4.6)} and 
B = {(3,2), (2,3), (1.4)} 


The compound set AUB includes all of the outcomes 
from both sets, 


The compound set ANB includes only events com- 
mon to both sets,. Finally, the complement of event A 
would include all of the events in which a 4 was not 
rolled first. 


Rules of probability 


By assuming that every outcome in a sample space 
is equally likely, the probability of event A is then 
equal to the number of ways the event can occur, m, 
divided by the total number of outcomes that can 
occur, n. Symbolically, we denote the probability of 
event A as P(A) = m/n. An example of this is illus- 
trated by drawing from a deck of cards. To find the 
probability of an event such as getting an ace when 
drawing a single card from a deck of cards, we must 
know the number of aces and the total number 
of cards. Each of the 4 aces represent an occupance 
of an event while all of the 52 cards represent 
the sample space. The probability of this event is 
then 4/52 or 0.08. 


Using the characteristics of the sets of the sample 
space and an event, basic rules for probability can be 
created. First, since m is always equal to or less than n, 
the probability of any event will always be a number 
from 0 to 1. Second, if an event is certain to happen, its 
probability is 1. If it is certain not to occur, its proba- 
bility is 0. Third, if two events are mutually exclusive, 
that is they can not occur at the same time, then the 
probability that either will occur is equal to the sum of 
their probabilities. For instance, if event A represents 
rolling a 6 on a die and event B represents rolling a 4, 
the probability that either will occur is 1/6 + 1/6 = 2/6 
or 0.33. Finally, the sum of the probability that an 
event will occur and that it will not occur is 1. 
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The third rule above represents a special case of 
adding probabilities. In many cases, two events are not 
mutually exclusive. Suppose we wanted to know the 
probability of either picking a red card or a king. These 
events are not mutually exclusive because we could 
pick a red card that is also a king. The probability of 
either of these events in this case is equal to the sum of 
the individual probabilities minus the sum of the com- 
bined probabilities. In this example, the probability of 
getting a king is 4/52, the probability of getting a red 
card is 26/52, and the probability of getting a red king 
is 2/52. Therefore, the chances of drawing a red card or 
a king is 4/52 + 26/52 - 2/52 = 0.54. 


Often the probability of one event is dependant on 
the occupance of another event. If we choose a person 
at random, the probability that they own a yacht is 
low. However, if we find out this person is rich, the 
probability would certainly be higher. Events such as 
these in which the probability of one event is depend- 
ant on another are known as conditional probabilities. 
Mathematically, if event A is dependant on another 
event B, then the conditional probability is denoted as 
P(A|B) and equal to P(AMB)/P(B) when P(B)+4 0. 
Conditional probabilities are useful whenever we 
want to restrict our probability calculation to only 
those cases in which both event A and event B occur. 


Events are not always dependant on each other. 
These independent events have the same probability 
regardless of whether the other event occurs. For 
example, probability of passing a math test is not 
dependent on the probability that it will rain. 


Using the ideas of dependent and independent 
events, a rule for determining probabilities of multiple 
events can be developed. In general, given dependent 
events A and B, the probability that both events occur 
is P(ANB) = P(B) x P(AJB). If events A and B are 
independent, P(AMB) = P(A) x P(B). Suppose we ran 
an experiment in which we rolled a die and flipped a 
coin. These events are independent so the probability 
of getting a 6 and a tail would be (1/6) x 1/2 = 0.08. 


The theoretical approach to determining proba- 
bilities has certain advantages; probabilities can be 
calculated exactly, and experiments with numerous 
trials are not needed. However, it depends on the 
classical notion that all the events in a situation are 
equally possible, and there are many instances in 
which this is not true. Predicting the weather is an 
example of such a situation. On any given day, it will 
be sunny or cloudy. By assuming every possibility is 
equally likely, the probability of a sunny day would 
then be 1/2 and clearly, this is nonsense. 
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KEY TERMS 


Combination—A method of counting events in 
which order does not matter. 


Conditional probabilities—The chances of the occu- 
pance of an event given the occupance of a related 
second event. 


Empirical approach—A method for determining 
probabilities based on experimentation. 


Event—A set of occurrences which satisfy a desired 
condition. 


Independent probabilities—The chances of the 
occupance of one event is not affected by the occu- 
pance or non occupance of another event. 


Law of Large Numbers—A mathematical notion 
which states that as the number of trials of an empiri- 
cal experiment increases, the frequency of an event 


Empirical probability 


The empirical approach to determining probabil- 
ities relies on data from actual experiments to deter- 
mine approximate probabilities instead of the 
assumption of equal likeliness. Probabilities in these 
experiments are defined as the ratio of the frequency of 
the occupance of an event, f(E), to the number of trials 
in the experiment, n, written symbolically as P(E) = 
f(E)/n. If our experiment involves flipping a coin, the 
empirical probability of heads is the number of heads 
divided by the total number of flips. 


The relationship between these empirical proba- 
bilities and the theoretical probabilities is suggested by 
the Law of Large Numbers. It states that as the num- 
ber of trials of an experiment increases, the empirical 
probability approaches the theoretical probability. 
This makes sense as we would expect that if we roll a 
die numerous times, each number would come up 
approximately 1/6 of the time. The study of empirical 
probabilities is known as statistics. 


Using probabilities 


Probability theory was originally developed to 
help gamblers determine the best bet to make in a 
given situation. Suppose a gambler had a choice 
between two bets; she could either wager $4 on a 
coin toss in which she would make $8 if it came up 
heads or she could bet $4 on the roll of a die and make 
$8 if it lands on a 6. By using the idea of mathematical 
expectation she could determine which is the better 
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divided by the total number of trials approaches the 
theoretical probability. 

Mathematical expectation—The average outcome 
anticipated when an experiment, or bet, is repeated 
a large number of times. 

Mutually exclusive—Refers to events which can not 
happen at the same time. 


Outcomes—The result of a single experiment trial. 


Permutation—Any arrangement of objects in a def- 
inite order. 

Sample space—The set of all possible outcomes for 
any experiment. 


Theoretical approach—A method of determining 
probabilities by mathematically calculating the 
number of times an event can occur. 


bet. Mathematical expectation is defined as the aver- 
age outcome anticipated when an experiment, or bet, 
is repeated a large number of times. In its simplest 
form, it is equal to the product of the amount a player 
stands to win and the probability of the event. In our 
example, the gambler will expect to win $8 x 0.5 = $4 
on the coin flip and $8 x 0.17 = $1.33 on the roll of the 
die. Since the expectation is higher for the coin toss, 
this bet is better. 


When more than one winning combination is 
possible, the expectation is equal to the sum of the 
individual expectations. Consider the situation in 
which a person can purchase one of 500 lottery tickets 
where first prize is $1000 and second prize is $500. In 
this case, his or her expectation is $1000 x (1/500) + 
$500 x (1/500) = $3. This means that if the same 
lottery was repeated many times, one would expect 
to win an average of $3 on every ticket purchased. 
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l Proboscis monkey 


The proboscis monkey (Nasalis larvatus) of Borneo 
belongs to the primate family Cercopithecidae. It is 
grouped with the langurs, leaf-monkeys, and colobus 
monkeys in the subfamily Colobinae. The feature that 
gives this odd-looking monkey its common name is the 
large, tongue-shaped nose of the adult male. This nose 
can be as much as 4 in (10 cm) long. It sometimes hangs 
down over the mouth, but extends when the male 
makes a loud honking noise. In the female, the nose 
is slightly enlarged but not as pendulous as in the 
male; in young proboscis monkeys, the nostrils are 
upturned. 


The color of the proboscis monkey’s coat ranges 
from light to reddish brown, with underparts that are 
gray or cream. The facial skin is reddish in adults, and 
blue in infants. The average head and body length is 
21-30 in (53-76 cm), the weight is 16-53 lb (7-24 kg), 
and the tail is 21-30 in (53-76 cm). The male can be up 
to twice as large as the female. The preferred habitat of 
this species is mangrove or peat swamps and riverine 
forests. Proboscis monkeys move easily through the 
branches of trees and, because of their partially 
webbed hind feet, are good swimmers in or below the 
water. They feed during the day on fruit, flowers, 
leaves, seeds, and aquatic vegetation. 


Groups range in size from three to 30 individuals, 
usually based on one adult male and a number of adult 
females. These groups occupy a home range of less 
than 1 sq mi (2 sq km). Large troops often feed 
together, but individuals usually sleep alone in a tree 
in fairly close proximity to other troop members. 
Mating is probably possible at any time during the 
year, and a single young is born after a gestation 
period of about 166 days. 


The proboscis monkey is endemic to the island 
of Borneo. Because of its relatively inaccessible hab- 
itat, the species was safe for many years from human 
intrusion. As of 2006, however, mangrove swamps 
are being cleared and suitable monkey habitat is 
being reduced. As the species becomes more accessi- 
ble, it is vulnerable to hunting by local people who 
consider its meat a delicacy. The current population 
has dwindled significantly in the last 10 years. 
International conservation organizations (such as the 
IUCN—International Union for the Conservation of 
Nature and Natural Resources) consider this species 
to be endangered. 


Product of reaction see Chemical reactions 
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l Projective geometry 


Projective geometry is the study of geometric 
properties that are not changed by a projective trans- 
formation. A projective transformation is one that 
occurs when: points on one line are projected onto 
another line; points in a plane are projected onto 
another plane; or points in space are projected onto a 
plane, etc. Projections can be parallel or central. 


For example, the sun shining behind a person 
projects his or her shadow onto the ground. Since the 
sun’s rays are for all practical purposes parallel, it is a 
parallel projection. 


A slide projector projects a picture onto a screen. 
Since the rays of light pass through the slide, through 
the lens, and onto the screen, and since the lens acts 
like a point through which all the rays pass, it is a 
central projection. The lens is the center of the 
projection. 


Some of the things that are not changed by a 
projection are collinearity, intersection, and order. If 
three points lie on a line in the slide, they will lie on a 
line on the screen. If two lines intersect on the slide, 
they will intersect on the screen. If one person is 
between two others on the slide, he or she will be 
between them on the screen. 


Some of the things that are, or can be, changed by 
a projection are size and angles. One’s shadow is short 
in the middle of the day but very long toward sunrise 
and sunset. A pair of sticks that are crossed at 
right angles can cast shadows that are not at right 
angles. 


Desargues’ theorem 


Projective geometry began with Renaissance 
artists who wanted to portray a scene as someone 
actually on the scene might see it. A painting is a 
central projection of the points in the scene onto a 
canvas or wall, with the artist’s eye as the center of 
the projection (the fact that the rays are converging on 
the artist’s eye instead of emanating from it does not 
change the principles involved), but the scenes, usually 
Biblical, existed only in the artists’ imagination. The 
artists needed some principles of perspective to help 
them make their projections of these imagined scenes 
look real. 


Among those who sought such principles was 
French engineer and mathematician Gerard Desargues 
(1591-1661). One of the many things he discovered was 
the remarkable theorem that now bears his name: 
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Projective geometry 


Figure 1. (/llustration by Hans & Cassidy. Courtesy of Gale Group.) 


If two triangles ABC and A‘B’C’ are perspective 
from a point (i.e., if the lines drawn through the cor- 
responding vertices are concurrent at a point P), then 
the extensions of their corresponding sides will inter- 
sect in collinear points X, Y, and Z. 


The converse of this theorem is also true: If two 
triangles are drawn so that the extensions of their 
corresponding sides intersect in three collinear points, 
then the lines drawn through the corresponding verti- 
ces will be concurrent. 


It is not obvious what this theorem has to do with 
perspective drawing or with projections. If the two 
triangles were in separate planes, however, (in which 
case the theorem is not only true, it is easier to prove) 
one of the triangles could be a triangle on the ground 
and the other its projection on the artist’s canvas. 


If, in Figure 1, BC and B/C’ were parallel, they 
would not intersect. If one imagines a point at infinity, 
however, they would intersect and the theorem would 
hold true. German astronomer and mathematician 
Johannes Kepler (1571-1630) is credited with intro- 
ducing such an idea, but Desargues is credited with 
being the first to use it systematically. One of the 
characteristics of projective geometry is that two 
coplanar lines always intersect, but possibly at infinity. 


Another characteristic of projective geometry is 
the principle of duality. It is this principle that con- 
nects Desargues’ theorem with its converse, although 
the connection is not obvious. It is more apparent in 
the three postulates that American mathematician 
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Howard Whitley Eves (1911-2004) gives for projective 
geometry: 


I. There is one and only one line on every two 
distinct points, and there is one and only one point 
on every two distinct lines. 


II. There exist two points and two lines such that 
each of the points is on just one of the lines and each of 
the lines is on just one of the points. 


III. There exist two points and two lines, the 
points not on the lines, such that the point on the 
two lines is on the line on the two points. 


These postulates are not easy to read, and to really 
understand what they say, one should make drawings 
to illustrate them. Even without drawings, one can note 
that writing /ine in place of point and vice versa results 
in a postulate that says just what it said before. This is 
the principle of duality. One can also note that postu- 
late I guarantees that every two lines will intersect, even 
lines that in Euclidean geometry would be parallel. 


Coordinate projective geometry 


If one starts with an ordinary Euclidean plane in 
which points are addressed with Cartesian coordi- 
nates, (x,y), this plane can be converted to a projective 
plane by adding a line at infinity. This is accomplished 
by means of homogeneous coordinates, (X,, X2, X3) 
where x = x,/x3 and y = x 3/x3. One can go back 
and forth between Cartesian coordinates and homo- 
geneous coordinates quite easily. The point (7,3,5) 
becomes (1.4,0.6) and the point (4,1) becomes (4,1,1) 
or any multiple, such as (12,3,3) of (4,1,1). 


One creates a point at infinity by making the third 
coordinate zero, for instance (4,1,0). One cannot con- 
vert this to Cartesian coordinates because (4/0,1/0) is 
meaningless. Nevertheless, it is a perfectly good projec- 
tive point. It just happens to be “at infinity.” One can 
do the same thing with equations. In the Euclidean 
plane 3x - y + 4 = Oisa line. Written with homoge- 
neous coordinates 3x,/Xx3 - X2/x3 + 4 = Oitisstilla line. 
If one multiplies through by x3, the equation becomes 
3X, -X2 + 4x3 = 0. The point (1,7) satisfied the original 
equation; the point (1,7,1) satisfies the homogeneous 
equation. So do (0,4) and (0,4,1) and so on. 


In the Euclidean plane, the lines 3x - y + 4 = 0 
and 3x - y + 10 = 0 are parallel and have no point 
in common. In homogeneous coordinates, they do. In 
homogeneous coordinates the system 3x, - x2 + 4x3 = 
0 3x; - X2 + 10x3 = 0 does have a solution. It is (1,3,0) 
or any multiple of (1,3,0). Since the third coordinate 
is zero, however, this is a point at infinity. In the 
Euclidean plane, the lines are parallel and do not 
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Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


intersect. In the projective plane, they intersect at infin- 
ity. The equation for the x-axis is y = 0; for the y-axis, 
it is x = 0. The equation for the line at infinity is 
correspondingly x3 = 0. One can use this equation to 
find where a curve crosses the line at infinity. Solving 
the system 3x; - x» + 4x3 = 0 x3 = 0 yields (1,3,0) 
or any multiple as a solution. Therefore, 3x; - x. + 
4x3 = 0, or any line parallel to it, crosses at that point, 
as shown earlier. 


Conic sections can be thought of as central pro- 
jections of a circle. The vertex of the cone is the center 
of the projection and the generatrices of the cone are 
the rays along which the circle’s points are projected. 
One can ask where, if at all, the projection of a circle 
crosses the line at infinity. 


A typical ellipse is x7 + 4y* = 1. In homogeneous 
coordinates it is x;7 + 4x,” - x;* = 0. Solving this with 
x3 = Oyields x, ? + 4x,” = 0, which has no solution other 
than (0,0,0), which is not a point in the projective plane. 


A typical parabola is x* - y = 0. In homogeneous 
coordinates this becomes x, 7 - x9x3 = 0. Solving this 
with x3 = 0 yields x; = 0 and x. = any number. The 
parabola intersects the line at infinity at the single point 
(0,1,0). In other words it is tangent to the line at infinity. 


In a similar fashion, it can be shown that a hyper- 
bola such as x? - y* = 1 crosses the line at infinity at 
two points, in this case (1,1,0) and (1,-1,0). These 
points, incidentally, are where the hyperbola’s asymp- 
totes cross the line at infinity. 


Cross ratio 


Projections do not keep distances constant, nor do 
they enlarge or shrink them in an obvious way. in 
Figure 2, for instance, D'C’ is a little smaller than CD, 
but A’B’ is much larger than AB. There is, however, a 
rather obscure constancy about a projection’s effect on 
distance. It is known as the cross ratio. If A, B, C, and D 
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are points in order on a line and if they are projected 
through a point P into points A’, B’, C’, and D’ on 
another line, then the two expressions and are equal. 


Cross rations play an important part in many of 
projective geometry’s theorems. 


[ Prokaryote 


Prokaryotes are single-celled organisms such as bac- 
teria that have no distinct nucleus. In addition to the 
lack of a nucleus, prokaryotes lack many of the other 
small organelles found in the larger eukaryotic cells. 


A typical prokaryote is bound by a plasma mem- 
brane and a cell wall. Within this double boundary, 
the fluid material inside the cell (the cytoplasm) is 
studded with small, rounded bodies called ribosomes. 
The ribosomes are composed of nucleic acids and 
proteins, and function in protein synthesis. The chro- 
mosomes containing the hereditary material of pro- 
karyotes are concentrated within a region called the 
nucleoid. Because the nucleoid is not separated from 
the rest of the cytoplasm by a membrane, it is not 
considered a true nucleus. Dissolved in the cytoplasm 
of prokaryotes are the various chemicals needed by the 
cell to function. 


Prokaryotes were the first organisms to evolve on 
Earth, predating eukaryotes in the fossil record by 
about one billion years. Appearing on Earth 3.5 bil- 
lion years ago, the first prokaryotes were probably 
bacteria that performed photosynthesis (cyanobacte- 
ria), which is a process that produces carbohydrates 
from sunlight, water, and carbon dioxide. 


Eukaryotes are thought to have evolved when 
cells engulfed prokaryotic cells, and incorporated 
them into their cytoplasm. Some of the eukaryotic 
organelles, particularly mitochondria (the organelle 
that contains energy-producing enzymes) and chloro- 
plasts (the organelle that contains photosynthetic 
enzymes in photosynthetic cells) resemble individual 
free-living prokaryotic cells. Supporting this theory 
(called the endosymbiotic theory) is the fact that mito- 
chondria and chloroplasts have their own DNA 
sequences, as if they were once separate organisms in 
their own right. 


Prokaryotes are divided taxonomically into two 
large groups: the archaebacteria and the eubacteria. 
Archaebacteria are probably little changed from the 
organisms that first evolved billions of years ago. They 
are capable of living in extremely harsh environments, 
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Pronghorn 


ATYPICAL BLUE-GREEN ALGA 


Lipid granules 


Photosynthetic membranes 


Ribosomes 


Nucleoid: 
Hereditary material 
(filaments of DNA) 


Cell wall 


Pigments arranged on infoldings 
of the membrane make the alga cell 
seem more structured than the bacterium. 


ATYPICAL BACTERIAL CELL 


Pili 
Motile structure 


Cell wall 

Cell membrane 
Ribosomes 
Cytoplasm 
Nucleoid: 


Hereditary material 
(filaments of DNA) 


Two typical prokaryotic cells: a blue-green alga and a bacteria. (Hans & Cassidy. Courtesy of Gale Group.) 


such as salt marshes, hot springs, or even beneath the 
ice. Eubacteria evolved later. Some are photosynthetic 
bacteria; some are chemosynthetic bacteria, making 
carbohydrates from other chemicals besides carbon 
dioxide; and some are heterotrophic bacteria, deriving 
nutrients from the environment. Heterotrophic pro- 
karyotes include some pathogens, bacteria that cause 
diseases, such as pneumonia, food poisoning, and 
tuberculosis. 


The relative simplicity of prokaryotes, as com- 
pared to eukaryotes, extends to the genetic level. The 
prototypical bacterial species Escherichia coli contains 
approximately 5,000 genes. On average, about one in 
every 200 bacteria is likely to have a mutation in at 
least one of the genes. In a 100 milliliter culture con- 
taining one million bacteria per milliliter, this trans- 
lates to 500,000 mutant bacteria. This ability of 
prokaryotes to mutant and so quickly adapt to a 
changing environment is the principle reason for 
their success through time. 


The ecological distribution of the Prokaryotae is 
vast. Bacteria have adapted to live almost everywhere, 
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in environments as diverse as the thermal deep-sea 
vents to the boiling hot springs of Yellowstone 
National Park, from the soil to the intestinal tract of 
man and animals. The diversity of bacteria led to the 
design of a classification system just for them. David 
Hendricks Bergey spearheaded this classification 
scheme in the first half of the twentieth century. His 
efforts culminated in the publication (and ongoing 
revisions) of the Bergey’s Manual of Systematic 
Bacteriology. 


Promethium see Lanthanides 


l Pronghorn 


The pronghorn antelope (Antilocapra americana) is 
a species of ruminant that is the sole living representa- 
tive of its family, the Antilocapridae. This family was 
much more diverse during the Pliocene and early to 
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mid-Pleistocene periods. The Antilocapridae is an exclu- 
sively North American family, and pronghorns are not 
closely related to the true antelopes, which are members 
of the Bovidae, a family that also includes cows, water 
buffalo, sheep, and goats. Pronghorns occur in the prai- 
ries and semideserts of southwestern Canada, the west- 
ern United States, and northern Mexico. 


Pronghorns are similar in size to the smaller deer 
of the Americas, such as the white-tailed deer 
(Odocoileus virginianus). Pronghorns stand about 3 ft 
(1 m) tall at the shoulders, and mature animals typi- 
cally weigh between 88 and 132 Ib (40 and 60 kg). 
Males (bucks) are somewhat larger than females 
(does). Pronghorns have and a relatively long head, 
with large eyes and long ears. 


Pronghorns are ruminants, having a stomach div- 
ided into four chambers, each of which is concerned 
with a particular aspect of the digestion of the fibrous 
plant biomass that these herbivores feed upon. 
Rumination includes the rechewing of regurgitated 
food that has already spent some time fermenting in 
one of the fore pouches of the stomach. Pronghorns 
eat grasses and other herbaceous plants, as well as the 
tissues of woody plants. 


Pronghorns have relatively small, unbranched, 
divergent horns, which are persistent and not shed 
annually as are the antlers of deer. These antlers are 
outgrowths of the frontal bones of the skull, and they 
develop in both sexes, although those of females are 
smaller, and are sometimes missing. Although prong- 
horns retain their horns throughout their life, they are 
the only ungulate that renews the outer sheath of the 
horns each year. The sheath is shed at the end of each 
breeding season, after the new sheath has grown 
upward from the skull under the old sheath. 
Anatomically, the horn sheath is derived from fused 
hairs. 


Pronghorns have a polygamous breeding system. 
Male pronghorns fight among themselves during the 
summer breeding season, and they use a musky scent 
to mark their territory while attempting to round up as 
many females as possible into a harem. Most females 
give birth to twin young, known as kids. Although the 
kids are precocious and capable of standing and walk- 
ing within a short time of their birth, their mother 
keeps them hidden from predators in vegetation dur- 
ing the day. 


Pronghorns are the fastest land animals in the 
Americas, and are capable of running at a speed of 
50 mi/h (80 km/h) over a distance of 1 mi (1.5 km), or 
at a cruising speed of about 30 mi/h (50 km/h) for 
longer distances. When a pronghorn senses danger, it 
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KEY TERMS 


Polygamy—A breeding system in which individual 
males breed with numerous females. 


Ruminant—A cud-chewing animal with a four- 
chambered stomach and even-toed hooves. 


Rut—The period during which males challenge 
each other to acquire access to females. 


dashes off at high speed, while alerting other animals 
to the threat by raising a ruff of bright white hair on 
the rump, which can be seen glinting in the sun over a 
great distance. However, pronghorns are very curious 
animals, and they can be easily attracted by a person 
lying on the ground and waving a red flag, or waving 
their arms and legs about. Unfortunately, this curios- 
ity makes pronghorns an easy mark for hunters, 
because it is not difficult to lure these animals within 
the killing range of rifles. Interestingly, these tricks did 
not work well for the aboriginal plains Indians, 
because the pronghorns could rarely be lured close 
enough to be killed with a bow and arrow. 


Pronghorns are migratory animals, moving exten- 
sively between their winter and summer ranges, espe- 
cially in the northern parts of their range. Unfortunately, 
pronghorns are easily constrained by mesh or woven 
fences, because they will not jump vertically over a 
barrier. Pronghorns will, however, pass through the 
strands of barbed wire, as long as there is sufficient 
space between the strands, or between the lowest strand 
and the ground. If attention is given to this rather simple 
yet critical requirement of pronghorns, these animals 
can be rather easily sustained on fenced landscapes. 


Prior to the settlement of the Great Plains by 
European farmers and ranchers, the pronghorn was 
an enormously abundant animal. It may have main- 
tained a population of 40 million animals. At that 
time, only the American buffalo (Bison bison) was a 
more populous large animal in North America, with 
an estimated abundance of 60 million individuals. The 
ecological changes that accompanied the agricultural 
conversions of the prairies, coupled with rapacious 
market hunting during the late nineteenth century, 
caused a huge drop in the abundance of pronghorns. 
By the early twentieth century this species was dimin- 
ished to only about 20,000 individuals in its range 
north of Mexico. Fortunately, thanks to strong con- 
servation efforts the pronghorn now numbers more 
than 500,000 animals, and this species now supports 
a sport hunt over most of its range. 
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| Proof 


In mathematics, along with the sciences, a proof is 
a logical argument demonstrating that a specific state- 
ment, proposition, or mathematical formula is true. It 
consists of a set of assumptions, or premises, which are 
combined according to logical rules (called rules of 
logic), to establish a valid conclusion. This validation 
can be achieved by direct proof that verifies the con- 
clusion is true, or by indirect proof that establishes 
that it cannot be false. 


The term proof is derived from the Latin probare, 
meaning to test. Greek philosopher and mathemati- 
cian Thales Miletus (Turkey) (c.624—c. 547 BC) is said 
to have introduced the first proofs into mathematics 
about 600 BC. A more complete mathematical system 
of testing, or proving, the truth of statements was set 
forth by Greek mathematician Euclid of Alexandra 
(c. 325-c. 265 BC) in his geometry text, Elements, 
published around 300 BC. As proposed by Euclid, a 
proof is a valid argument from true premises to arrive 
at a conclusion. It consists of a set of assumptions 
(called axioms) linked by statements of deductive rea- 
soning (known as an argument) to derive the proposi- 
tion that is being proved (the conclusion). If the initial 
statement is agreed to be true, the final statement in 
the proof sequence establishes the truth of the 
theorem. 


Each proof begins with one or more axioms, 
which are statements that are accepted as facts. Also 
known as postulates, these facts may be well known 
mathematical formulae for which proofs have already 
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been established. They are followed by a sequence of 
true statements known as an argument. The argument 
is said to be valid if the conclusion is a logical conse- 
quence of the conjunction of its statements. If the 
argument does not support the conclusion, it is said 
to be a fallacy. These arguments may take several 
forms. One frequently used form can be generally 
stated as follows: If a statement of the form “if p 
then q” is assumed to be true, and if p is known to be 
true, then q must be true. This form follows the rule of 
detachment; in logic, it is called affirming the antece- 
dent; and the Latin term modus ponens can also be 
used. However, just because the conclusion is known 
to be true does not necessarily mean the argument is 
valid. For example, a mathematics student may 
attempt a problem, make mistakes or leave out steps, 
and still get the correct answer. Even though the con- 
clusion is true, the argument may not be valid. 


The two fundamental types of proofs are direct 
and indirect. Direct proofs begin with a basic axiom 
and reach their conclusion through a sequence of 
statements (arguments) such that each statement is a 
logical consequence of the preceding statements. In 
other words, the conclusion is proved through a step- 
by-step process based on a key set of initial statements 
that are known or assumed to be true. For example, 
given the true statement that “either John eats a pizza 
or John gets hungry” and that “John did not get 
hungry,” it may be proved that John ate a pizza. In 
this example, let p and q denote the propositions: 


p: John eats a pizza. 
q: John gets hungry. 


Using the symbols / for “intersection” and ~ for 
not,” the premise can be written as follows: p/ q: 
Either John eats a pizza or John gets hungry. and 
~q: John did not get hungry. (Where ~q denotes the 
opposite of q). 
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One of the fundamental laws of traditional logic, 
the law of contradiction, tells one that a statement must 
be true if its opposite is false. In this case, one is given 
~q: John did not get hungry. Therefore, its opposite (q: 
John did get hungry) must be false. But the first axiom 
tells us that either p or q is true; therefore, if q is false, p 
must be true: John did eat a pizza. 


In contrast, a statement may also be proven indi- 
rectly by invalidating its negation. This method is 
known as indirect proof, or proof by contradiction. 
This type of proof aims to directly validate a state- 
ment; instead, the premise is proven by showing that it 
cannot be false. Thus, by proving that the statement 
~p is false, one indirectly proves that p is true. For 
example, by invalidating the statement “cats do not 
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KEY TERMS 


Axiom—A basic statement of fact that is stipulated 
as true without being subject to proof. 


Direct proof—A type of proof in which the validity 
of the conclusion is directly established. 


Euclid—Greek mathematician who proposed the 
earliest form of geometry in his Elements, published 
circa 300 BC 


Hypothesis—In mathematics, usually a statement 
made merely as a starting point for logical argument. 


meow,” one can indirectly prove the statement “cats 
meow.” Proof by contradiction is also known as reduc- 
tio ad absurdum. A famous example of reductio ad 
absurdum is the proof, attributed to Pythagoras 
(582-500 BC), that the square root of 2 is an irrational 
number. 


Other methods of formal proof include proof by 
exhaustion (in which the conclusion is established by test- 
ing all possible cases). For example, if experience tells one 
that cats meow, then one will conclude that all cats meow. 
This is an example of inductive inference, whereby a con- 
clusion exceeds the information presented in the premises 
(there is no way of studying every individual cat). 
Inductive reasoning is widely used in science. Deductive 
reasoning, which is prominent in mathematical logic, is 
concerned with the formal relation between individual 
statements, and not with their content. In other words, 
the actual content of a statement is irrelevant. If the state- 
ment “if p then q” is true, q would be true if p is true, even if 
p and q stood for, respectively, “The moon is a philoso- 
pher” and “Triangles never snore.” 
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Proposition see Proof 


l Propyl group 


Propyl group is the name given to the portion of an 
organic molecule that is derived from propane and has 
the molecular structure -CH,CH3. A propyl group can 
be abbreviated -Pr. The propyl group is one of the alkyl 
groups defined by dropping the -ane ending from their 
parent compound and replacing it with -yl. The propyl 
group is derived from propane (HCH2CH»CHs3) by 
removing one of the end hydrogens. The parent com- 
pound consists of three carbonatoms connected by 
single bonds, each of which is connected to hydrogen 
atoms, resulting in each of the three carbon atoms 
having four bonds each. Propane is derived form the 
very old acid, propionic acid. Propionic acid 
(CH3;CH2CO>H) is the simplest organic acid which 
has a soapy or fat-like feel and was named from the 
Greek words proto for first and pion for fat. A very 
similar group to a propyl group is the isopropyl group, 
-CH(CH3)>, which derived by removing either of the 
hydrogen atoms attached to the central carbon atom of 
propane (CH3;CH>CHs3). 


Propane is a gas produced primarily from various 
refinery processes. It is often mixed with butane, a four 
carbon atomalkane, and sold as bottled gas or lique- 
fied petroleum gas, LPG. The bottled gas is used as an 
inexpensive fuel for cooking and heating homes not 
located near natural gas lines. Since liquefied petro- 
leum gas burns very cleanly, it is being used as an 
alternate fuel for cars, trucks, and buses. Many buses 
are using bottled gas for fuel in order to avoid pollut- 
ing the air and propane gas filling stations are being 
established in many cities. Propane is a gaseous active 
ingredient used for the dispersion of various products, 
such as deodorants or “fix-a-flat” rubbers from aero- 
sol cans. 

Propane is a simple organic compound that is 
used industrially to make ethylene (H.C =CH)2) and 
propylene (CH;CH =CH;). Ethylene and propylene 
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Isopropyl group—Has the molecular structure of 
-CH(CH3)9, and is derived from propane by remov- 
ing either of the hydrogen atoms attached to the 
central carbon atom (CH3CH2CH3). 


Propane—Has the molecular formula, CH3CH2CHs, 
and consists of three carbon atoms connected by 
single bonds, each of which is connected to enough 
hydrogen atoms to have four bonds each. 


Propyl group—The portion of an organic molecule 
that is derived from propane and has the molecular 
structure -CH»CH3. 


are produced by heating a mixture of propane and 
steam to a very high temperature. Ethylene is used to 
make many compounds that contain two carbon 
atoms or have a two carbon atom branch attached to 
a chain of carbon atoms. Propylene is polymerized to 
make polypropylene, a plastic, which is used for car 
battery cases, toys, kitchen utensils, and containers. It 
can be used in chemical reactions to attach a chain of 
three carbon atoms to benzene rings and other chem- 
icals. Propylene is used to make other chemicals that 
contain three carbon atoms, such as, the specialty 
solvent acrylonitrile and propylene oxide used in the 
manufacture of rubber. Isopropyl alcohol or rubbing 
alcohol is manufactured by reacting propylene with 
water. It is a good solvent and is found in many 
industrial and consumer products. Isopropyl alcohol 
is a primary ingredient of nail polish, after shave 
lotion, deodorant, and skin lotion. It is used to kill 
microorganisms that grow in hospitals as well as 
around the home with tincture of iodine and mercu- 
rophen being home medicinals which contain the 
active ingredient isopropyl alcohol. 


When a propyl group or a chain of three carbon 
atoms is added to a molecule’s structure, their addition 
gives the compound various properties that make it 
commercially important. The mosquito and fly repel- 
lents dipropyl isocinchomeronate and propyl N,N- 
diethylsuccinamate both contain the three carbon 
propyl chain. Valeric acid or pentanoic acid is a five 
carbon acid that is commercially used as a food flavor. 
When a propyl group is attached to the second carbon 
atom of this acid, 2-propylpentanoic acid or valproic 
acid is produced. Valproic acid is prescribed for the 
treatment of seizures and various types of epilepsy. The 
manufacturers of herbicides have known for years that 
the presence of a isopropyl group in a molecule results 
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in an increase in the efficiency of that compounds weed 
killing properties. Propham or isopropyl carbanilate 
has been used for this purpose since 1945. 
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[ Prosimians 


Prosimians are the most primitive of the living 
primates, which also include the monkeys and apes. 
The name prosimian means pre-monkey. The living 
prosimians are placed in the suborder Prosimii, 
which includes four families of lemurs, (the 
Lemuridae, the Cheirogaleidae, the Indriidae, and the 
Daubentoniidae), the bush babies, lorises and pottos 
(family Lorisidae), and the tarsiers (family Tarsiidae). 
Some authorities also include the tree shrews, though 
others separate the tree shrews into an order of their 
own. 


Prosimian are primarily tree-dwellers. They have a 
longer snout than the monkeys and apes, and the prosi- 
mian snout usually ends in a moist nose, indicating a 
well-developed sense of smell. A larger proportion of the 
brain of prosimians is devoted to the sense of smell than 
the sense of vision. Prosimians actively scent-mark their 
territories to warn other animals of their occupancy. The 
scent-marks are made with a strong-smelling fluid pro- 
duced by special glands, or with urine or feces. 


Prosimian eyes are large and are adapted for night 
vision, with a tapetal layer in the retina of the eye that 
reflects and reuses light. Prosimian eyes are not as well 
positioned for stereoscopic vision as are the eyes of 
other primates. 


Like all primates, prosimians have hands and feet 
that are capable of grasping tree limbs. The second toe 
of the hind foot of prosimians has a long claw which 
they use for grooming. The other toes, on both the 
hands and the feet, have flattened nails instead of 
curved claws. Lemurs, which walk along branches on 
all fours, have longer hind legs than front ones. 
Tarsiers, which are adapted for leaping between verti- 
cal tree trunks and then clinging to them, have short 
legs whose bones are fused together for strength. 
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KEY TERMS 


Dental comb—A group of lower incisor teeth on 
most prosimians that have moved together into a 
horizontal position to form a grooming tool. 


Scent-mark—To spread urine, feces, or special 
fluid from a body gland along a trail to let compet- 
itive animals know that the territory is taken. 


Simian—Any apelike animal. Simians include 
monkeys and apes. 


Tapetum lucidum—tThe special layer behind the 
retina of the eye of most nocturnal animals that 
reflects light in such a way as to amplify available 
light. 


Prosimians have inflexible faces compared to 
those of monkeys and apes. Most prosimians have 36 
teeth, while west simians generally have 32 teeth. The 
lower front teeth of prosimians lie horizontally and 
protrude, forming a grooming structure called a dental 
comb. The dental comb is used to comb fur and scrape 
nourishing gum from trees, after which it is cleaned 
with a hard structure located beneath the tongue. 


Prosimians spend much less time in infancy than 
simians do, perhaps only about 15% of their lifespan 
as opposed to 25-30% for monkeys and apes. 


The early primates were distributed throughout 
most of the world. Today, however, the majority of the 
living prosimians, the ones collectively called lemurs, live 
only on the large island of Madagascar, off Africa. After 
human beings arrived on Madagascar about 1,500 years 
ago, at least 14 species of lemurs have became extinct. 


The smallest living Madagascar prosimian are the 
mouse lemurs in genus Microcebus, while the largest 
lemur Is the indri (/ndri indri). Other prosimians, often 
described as those that do not live in Madagascar, fall 
into groups—the lorises, pottos, and galagos or bush- 
babies of Africa, India, and Southeast Asia, and the 
tarsiers of Southeast Asia. 
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| Prosthetics 


Prosthetics is a branch of surgery that is involved 
in devising and making artificial replacements for a 
missing or damaged body part. Each replacement is 
called a prosthesis. Put another way, a prosthesis is an 
artificial part used to restore some amount of normal 
body function. 


The classic example of a prosthesis is a false leg or 
arm to replace one that has been amputated. Recipients 
of such a prosthesis can lead a virtually normal life. 
A diseased heart valve can be removed and replaced by 
an artificial one, although even in 2006 heart transplant 
surgery is still a high-risk procedure. 


Artificial body joints have been designed to 
replace diseased or impaired ones, especially those 
that have been damaged by osteoarthritis, the most 
common form of arthritis causing degeneration of the 
main body joints. For example, each year in the 
United States, then of thousands of people receive 
artificial hips or knees. 


There are a wide range of prosthetic devices for 
different parts of the body and for internal and exter- 
nal use. Some prosthetic devices are used to improve a 
body function such as a hearing aid. Others, such as 
breast implants used after mastectomies, are mainly 
designed for cosmetic rather than functional purposes. 
Another example of a cosmetic prosthesis is a glass eye 
designed to replace an eye lost in surgery. Hip and 
knee replacements are examples of internal joint 
replacements with artificial parts. 


Prosthodontics is a branch of dentistry that pro- 
vides replacements of teeth and other related suppor- 
tive dental structures. The two main types of 
replacements are either partial or complete dentures 
and crowns and bridges, which are placed over exist- 
ing teeth. 


Orthotics is a branch of medicine, allied to pros- 
thetics, that designs devices, such as braces, to correct 
or control a bone deformity or other anatomical prob- 
lem that interferes with the correct performance of a 
part of the body such as the leg, arm, or wrist. An 
orthotic that fits in a shoe can adjust a faulty stride and 
provide relief to the kness and hips, for example. 


Arthroplasty is a branch of surgical orthopedics in 
which artificial joints or parts of joints are used to 
replace joints in the hip, knee, finger, shoulder, and 
elbow. 


Bionics is a field of science that combines mathe- 
matics, electronics, biochemistry, and biophysics with 
the study of living systems to develop innovations in 
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An artificial knee joint as used in replacement surgery (seen 
fitted to human bone samples). The replacement is made of 
plastic and consists of new contact surfaces, an artificial 
cartilage between the faces, and artificial tendons to limit flexion 
of the joint and prevent sideways movement. (Mike Devlin. 
National Audubon Society Collection/Photo Researchers, Inc.) 


both general and medical technology. It has been 
responsible for recent major developments in pros- 
thetics. With the application of bionic principles, new 
prostheses have allowed amputees and those who are 
paralyzed to walk with feeling by using electronic 
neuromuscular stimulation. Microprocessors are able 
to transmit a voltage charge to muscles triggering a 
reflex response. 


Artificial limbs 


While modern-day technology has made some 
prosthetics virtual mimicks of the real thing, the use 
of prosthetics dates back centuries. Artificial limbs 
have been used for more than 2,000 years. The earliest 
known artificial limb was a leg made of metal plates 
surrounding a wooden core. It was not, however, until 
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the World War II that the major developments in 
artificial limbs occurred. In this period, much progress 
was made by surgeons and prosthetic makers to help 
wounded soldiers adjust to civilian life with the help of 
newly designed and effective prostheses. 


Indeed, war has been the greatest impetus for 
advances in prosthetic design, since one consequence 
of warfare is the loss of limbs. For centuries, amputa- 
tion was the most common therapy for traumatic 
injuries to a soldier’s extremities. But until the middle 
of the nineteenth century, most patients died of infec- 
tion due to unsanitary surgical environment of the 
time, leaving little room for advances in prosthetic 
technology for the survivors. Amputated hands were 
often replaced by hooks, and amputated legs by 
wooden pegs topped with open saddle like sockets 
that supported the hip. Since World War II, improve- 
ments in low-weight, high-strength materials and tech- 
niques for fitting and shaping artificial limbs have 
made these types of prosthesis much more useful and 
comfortable for the patients. 


The process of preparing a patient for an artificial 
limb begins with the amputation. The surgeon consid- 
ers the best design for the stump or remaining part of 
the limb, and adjusts the surgery to produce the opti- 
mum result. After the wound has healed, a prosthetist 
chooses an artificial limb or prosthesis that will either 
have to be a weight-bearing replacement, or an arm 
and hand prosthesis that will have to manage a num- 
ber of different movements. 


There are several criteria of acceptability for limb 
prostheses. They must be able to approximate the func- 
tion of the lost limb. They should be light, comfortable 
to wear, and easy to put on and take off. Substitute 
limbs should also have a natural appearance. 


The prosthetist first makes a mold from the stump 
of the missing limb. This mold forms the basis for the 
artificial limb and holds the top of the prosthesis com- 
fortably on the stump. The socket can be constructed 
from various materials, such as leather, plastic, or wood 
and is attached to the stump by a variety of means. The 
leg prosthesis socket in which the residual limb fits is 
aligned with the feet, ankles, and knees for each individ- 
ual. Improvements have been made in foot design to 
make them more responsive and in designing comfort- 
able and flexible sockets. Materials such as carbon 
graphite, titanium, and flexible thermoplastics have per- 
mitted great advances in leg prostheses. Applications of 
electronic technology allows for a wider range of sensory 
feedback and control of artificial knee swing and stance. 


Extending from the socket is the strut, which is the 
artificial replacement of the thigh, lower leg, upper 
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Prosthetic legs showing different materials and coverings. 
(© Roger Ressmeyer/Corbis.) 


arm, or forearm. Different types of material can go 
into the making of the strut. The strut is covered by 
foam rubber pressed into the shape of the limb it is 
replacing. The outer covering for the finished prosthe- 
sis can be made from different types of materials, such 
as wood, leather, or metal. 


The aerospace industry has provided materials 
and electronic technology for developing prosthetic 
devices that can approximate movements of the 
muscles. Hand and arm replacements are usually oper- 
ated by voluntary muscle control from the opposite 
shoulder through cables that connect from the 
shoulder harness to the artificial hand or hook, called 
the terminal device. Arm prostheses may also be oper- 
ated by myoelectric control. (Myo means muscle.) The 
electrochemical activity of key arm muscles is received 
by electrodes in the prosthesis and is then transmitted 
to a motor that operates the prosthesis. Although this 
branch of prosthetics is still in its infancy, there is great 
hope that electronic controls will result in much more 
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articulate hand movement, and will eventually replace 
cables that can simply open or close a hook or artificial 
hand. 


Ironically, progress in prosthetic technology has 
been slowed by advanced surgical techniques, which 
have made amputation as a result of traumatic injury 
much more rare. Orthopedic surgeons can now repair 
limbs that would have once been routinely amputated. 
Severed limbs can even be re-attached in many cases. 


Arthroplasty 


Replacing all or part of diseased or degenerated 
joints through the use of prosthetic joint parts pro- 
vides the basis for a form of orthopedic surgery known 
as arthroplasty. Hip replacements were the first 
arthroplasty operations. They are still being per- 
formed with a high rate of success. Other routine 
joint replacement operations now also include knee 
joint replacement, finger joint replacement, and the 
replacement of the shoulder and elbow. 


Hip replacement 


Hip replacement surgery goes back to the 1930s. 
By the 1960s three substantial improvements in hip 
surgery made this procedure both popular and suc- 
cessful. The materials used for the hip prostheses were 
made from metals and plastics that were strong 
enough to support the weight brought on the hip and 
were also self-lubricating. Cements were developed to 
adhere well to the bone. Extremely antiseptic operat- 
ing rooms and clothes worn by the operating person- 
nel reduce the danger of infection that accompanies a 
hip replacement operation. 


The hip is the joint between the pelvis and upper 
end of the femur (thigh bone). It is an example of a 
ball-and-socket-joint that is subject to several major 
disorders. The most common disorder is osteoarthri- 
tis. Pain and stiffness accompany the movements of 
the hip. Other types of arthritic disorders can cause 
similar malfunction. Fracture of the hip often occurs 
with the elderly, who may be prone to falls. In the case 
of extreme trauma there may be a dislocation of the 
hip, which is rare but may occur in such mishaps as an 
automobile accident. 


Hip replacements are surgical procedures in which 
either part or all of the hip joint is replaced with 
artificial parts. In the operation, the hip joint is 
exposed from around the surrounding fat and muscle 
tissue. The femur and pelvis is prepared to accept the 
two component parts for the replacement to the natu- 
ral hip joint. The components consist of a metal shaft 
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and ball as one unit replacing the shaft of the thigh 
bone with its natural ball and a socket that is made 
either from metal or plastic. The new socket receives 
the shaft and ball after it is cemented into the pelvis. 
These parts are bound into place by a special cement 
into the surrounding bone. After the new ball is 
attached to the socket, the muscles and tendons are 
stitched back into place and the incision is closed. 


Knee joint replacement 


Large hinges were used in early examples of knee 
joint replacements. Operations for knee joint replace- 
ment, today, are implants within the joint using metal 
and plastic parts used to cover the worn parts of 
cartilage in the joint. The objective is to save as much 
of the joint as possible. This procedure is used mostly 
for elderly patients suffering from osteoarthritis or 
rheumatoid arthritis. Younger people are usually not 
advised to have a knee prosthesis because it reduces 
the range of movement for the knee and usually will 
not withstand the strains of vigorous use. 


In the operation to install the knee prosthesis the 
flat undersurfaces of the knee joint are exposed. The 
lower end of the femur is smoothed down to accept 
the prosthesis and then holes are drilled to fasten it. 
Likewise, the upper end of the tibia (leg bone) is pre- 
pared and the back part of the patella (knee cap) is 
prepared to accept the patellar component of the pros- 
thesis. The parts are then cemented and tested to see if 
the joint movements are proper. The knee prosthesis 
consists of the femoral component and the tibial com- 
ponent along with the patella component. 


The main purpose of the knee joint replacement 
procedure is to reduce pain and to restore some move- 
ment to the joint. The outcome of the operation lacks 
certainty and the duration of the prosthesis is limited. 
Research continues to find better cements and materi- 
als for the joints as well as designs that come closer to 
the actual joint. 


Breast implants 


Due to the prevalence of breast cancer in women, 
which necessitates the removal of one or more breasts, 
breast reconstruction surgery is a common procedure. 
This involves the implantation of a sac filled with 
silicone gel or saline. Breast augmentation is also prac- 
ticed as a purely cosmetic procedure by women who 
wish to enlarge their breasts. 


The use of silicone in this procedure has become 
controversial. Silicone is a polymer, that is, a silicon 
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compound united with organic compounds. While 
silicone rubbers have been used for many years, in 
1992 the FDA asked that the use of silicone for breast 
implants in cosmetic surgery be suspended in order to 
have time to study the complaints against silicone. 
There have been reports of autoimmune reactions 
caused by implanted silicone. Some cases showed per- 
manent sores and lumps arising after the implant. 
There was also a fear expressed by researchers of the 
possibility that silicone might migrate to the lungs, 
causing death. Although subsequent testing cast 
doubt on the actual negative side effects of silicone 
implants, they have been replaced in most cases by 
implants using saline solution. In 2006, Canadian 
health regulators once again gave approval for the 
use of silicone breast implants. 


Heart transplants 


Heart disease is one of the most common killers 
of middle-aged men and women. Artificial heart 
valves are now commonly transplanted into living 
hearts to replace malfunctioning valves. However, 
this procedure only treats one type of heart malfunc- 
tion. Many types of artificial heart have been tested, 
with the hope of replacing the entire organ with 
an electro-mechanical substitute. This technique 
attracted a great deal of publicity in the early 1980's, 
when a few patients received permanent mechanical 
replacement hearts. Unfortunately, these patients 
lived only a short time after receiving the transplants. 
Though research continues into smaller, more reliable 
devices that do not trigger rejection from the body’s 
auto-immune system, they are still as of 2006 consid- 
ered temporary expedients that allow a patient to 
remain alive until a suitable human heart is available 
for transplantation. Even then, artificial hearts and 
Vascular Aid Devices (VAD) are used in only the 
more desperate cases, since infection and rejection 
can cause further damage, which would reduce the 
chances of a successful human heart transplant, caus- 
ing the patient to be removed from the transplant list. 


Bionics 


The field of prosthetics has received a major impe- 
tus from the development of bionics. In bionics, engi- 
neering problems are solved by studying the properties 
of biological systems. For example, studying the swim- 
ming movements of fish and the flight of birds give the 
bionics engineer clues on how to solve problems in jet 
and rocket propulsion. Problems of conservation of 
energy in engineering are studied in relation to other 
biological examples. 
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KEY TERMS 


Autoimmune reactions—The use of certain sub- 
stances in prosthetic devices may trigger the pro- 
duction of antibodies from the immune system 
causing adverse effects. 


Ball and socket joint—A type of joint that allows 
the widest range of movement found in the hip and 
shoulder joint. 


Bionics—The combination of engineering and 
biology. 

FDA—The Unites States Federal Drug Administra- 
tion, which oversees and regulates the introduction 
of new drug products into the medical market- 
place. 


Femur—The thigh bone which is the site for the 
implantation of hip and knee prostheses. 


Myoelectric control—The electrical stimulation of 
prosthetic devices from the surrounding muscle 
tissue. 


Osteoarthritis—The most common form of arthritis 
which is responsible for the degeneration of the 
cartilage in bone joints. 

Socket—The part of a limb prosthesis that fits over 
the stump of the amputated limb. 

Tibia—The leg bone. 
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Protactinium see Actinides 


| Proteas 


Proteas are evergreen trees and shrubs belonging to 
the dicotyledonous plant family Proteaceae and, in par- 
ticular, to members of the genus Protea. They grow 
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mostly in dry regions of the southern hemisphere, espe- 
cially in Australia and South Africa. The family is div- 
ided into five subfamilies, 75 genera, and 1,350 species. 


The Proteaceae are distinguished from closely 
related families by having one stamen attached to the 
center of each of four petals, seeds attached to the wall 
of the fruit, and flowers often aggregated into heads 
and enveloped by large densely hairy or showy bracts. 
The flowers of many species are pollinated by birds, 
bats, and small marsupial mammals. 


The species of Proteaceae have two important 
adaptations to the dry habitats in which they grow. 
First, their leaves are thick and hard, a condition 
called sclerophylly. This prevents moisture loss and 
decreases damage should wilting occur. Second, their 
roots are clumped and very thin for efficient absorp- 
tion of water and mineral nutrients. These special 
roots, called proteoid roots, lack the symbiotic mycor- 
rhizal fungi found in the roots of most other plants. 


Because the Proteaceae occur naturally only in the 
southern hemisphere, it is believed that the family origi- 
nated on the ancient supercontinent of Gondwana. 
During the early Mesozoic Era, this continent was 
formed by the union of South America, Africa, 
Antarctica, India, and Australia-those continents where 
the family is found today. Until recently, these continents 
have been separate from the northern continents of 
North America, Europe, and Asia. For this reason, the 
family is not found naturally in the northern hemisphere. 


The Proteaceae contain several economically 
important species. The Macadamia nut (Macadamia 
integrifolia) is considered by many people to be the 
most delicious nut in the world and consequently is 
one of the most expensive. It is native to Australia but 
primarily cultivated in Hawaii and southern California. 
The showy flower clusters of many species of Proteas 
are sold in the florist trade. The most important species 
(Protea cynaroides) comes from South Africa and has 
long-lasting cut flowers with heads to 8 in (20 cm) 
across. The silk-oak (Grevillea robusta), native to east- 
ern Australia, is a commonly cultivated ornamental in 
California and the southern United States; it has 
become naturalized in waste places in Florida. 


| Protected area 


Protected areas are parks, ecological reserves, and 
other tracts set aside from intense development to 
conserve their natural ecological values. These areas 
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Protected area 


protect the habitat of endangered species, threatened 
ecological communities, or representative examples of 
widespread ecosystems, referred to as indigenous 
(native) biodiversity values. Some protected areas are 
intended to conserve places of scenic beauty, or sites of 
historical or cultural importance. Most protected 
areas are terrestrial, but since the late 1980s, increasing 
attention has been paid to marine areas as well. 
Human activities that do not severely threaten the 
ecological values being conserved take place in some 
protected areas. Examples of theses activities include, 
research, education, ecotourism, spiritual activities, 
even hunting, fishing, and timber harvesting. 


The need for protected areas 


The biodiversity of Earth is in a fragile state. An 
incredible number of plant and animalspecies are 
becoming endangered, while many others have 
recently become extinct. These devastating ecological 
changes result almost entirely from human activities. 
The primary cause of widespread endangerment and 
extinction of biodiversity is the conversion of natural 
ecosystems into city, industry, and agricultural land. 
The harvesting of species and ecosystems as natural 
resources, such as forestry, fisheries, and hunting, is 
also harmful. Global environmental changes may also 
prove devastating to biodiversity. Increasing concen- 
trations of greenhouse gases in the atmosphere, result- 
ing in a gradually warming climate, is an example of 
this type of change. 


One way of mitigating the biodiversity crisis is to 
establish protected areas of land and water. In these 
areas, native species and natural ecosystems are main- 
tained without exposure to severely threatening 
human influences. Protected areas are essential to con- 
serve the habitat of endangered species, and ensure the 
existence of rare ecosystems. 


Kinds of protected areas 


The International Union for the Conservation of 
Nature (IUCN) recognizes six categories of protected 
areas: 


- Category 1 is the highest level of protection. This 
category includes scientific reserves and wilderness 
areas. They are managed to maintain native species 
and natural ecosystems, although use for research 
may be allowed. These types of highly protected 
areas are often relatively small, and present in most 
USS. states. 


- Category 2 includes national parks and equivalent 
reserves. These are managed primarily to protect 
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species and ecosystems, although outdoor recreation 
and ecotourism is usually permitted. Two famous 
protected areas in the United States are Yellowstone 
and Yosemite National Parks. 


Category 3 includes national monuments and geo- 
logical phenomena. Sites of aesthetic or cultural 
importance are also included. 


Category 4 includes habitat- and species-management 
areas, intended to conserve conditions required in 
support of productive populations of hunted species. 


Category 5 includes protected landscapes and sea- 
scapes. It is intended to sustain recreational use of 
such areas by humans, while also accommodating 
the needs of most wild species and ecosystems. 


Category 6 includes managed-resource protected 
areas, which are primarily managed to yield a sus- 
tainable harvest of renewable natural resources (such 
as timber), while also accommodating the needs of 
native species and ecosystems. 


In 1997, there were about 10,400 protected areas 
covering a total of 2.1 billion acres (841 million hec- 
tares) worldwide (IUCN categories 1-5; World 
Resources Institute, 1998). Of this total area, about 
4,500 sites, amounting to 1.2 billion acres (499 million 
ha), were fully conserved (IUCN categories 1-3) and 
could be considered true protected areas. 


Systems of protected areas 


Ideally, the numbers and sizes of protected areas 
should be designed to sustain all native species and 
natural ecosystems occurring within a jurisdiction 
(a municipality, state, or entire country). This should 
include terrestrial, freshwater, and marine species and 
ecosystems, and the goal should be long-term protec- 
tion. To ensure there is adequate representation of all 
elements of indigenous biodiversity within a system of 
protected areas, the kinds of native species and eco- 
systems in the jurisdiction must be known. This 
knowledge makes it possible to accommodate all ele- 
ments of ecological heritage within a comprehensive 
system plan for a network of protected areas. 


The above criteria are for an ideal system of pro- 
tected areas. No country has yet managed to designate 
a comprehensive system of protected areas, in which 
all native species and natural ecosystems are repre- 
sented and sustained. An enormous amount of politi- 
cal will is required to set aside the amounts of land and 
water necessary to fully protect the native biodiversity 
of any region. Countries that have made the most 
progress in this regard are relatively wealthy, such as 
Australia, Canada, New Zealand, and the United 
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States. But even in these cases, the systems of pro- 
tected areas are highly incomplete. 


Most of the existing protected areas are relatively 
small, or threatened by degrading influences occurring 
within their boundaries or surrounding area. It is 
doubtful the smaller protected areas will be able to 
sustain their present ecological values over the longer 
term, in the face of disturbances and other environ- 
mental changes. In addition, scientists are often unfa- 
miliar with the ecological needs of endangered species 
and ecosystems, making proper management difficult. 


Design of protected areas 


The design of protected areas is an important field 
of research in conservation biology. The essential 
questions involve criteria for the size, shape, and posi- 
tioning of protected areas to optimize their ability to 
protect biodiversity, while using funding as efficiently 
as possible. Conservation biologists recommend that 
protected areas be as large and numerous as possible. 
Other design aspects, however, are more controver- 
sial. Controversy over the design of protected areas 
involves the following key elements: 


- Isit preferable to have one large reserve, or a number 
of smaller ones of the same total area? Conservation 
biologists identify this question with the acronym 
SLOSS, which stands for: single large, or several 
small. According to ecological theory, populations 
in larger protected areas should have a smaller risk of 
extinction, compared to those in smaller reserves. 
However, if there are populations in several different 
reserves, the redundancy might prevent extinction in 
the event of a catastrophic loss in one reserve. 


Reserves can also be designed to have less edge (or 
ecotone) habitat. This refers to transitions between 
ecosystem types, such as that between a forest and a 
field. Edge habitat is often penetrated by invasive 
species and predators, which can become important 
problems in some protected areas. In addition, many 
species require interior habitat for breeding; meaning 
they are intolerant of ecotones. Larger protected 
areas have proportionately more interior habitat, as 
do simple-shaped ones (a circle has the smallest ratio 
of edge to area). 


For many ecological functions to operate well, there 
must be connections among habitats. This is particu- 
larly true of the dispersal of plants and animals. This 
need can be accommodated if protected areas are 
linked by corridors of suitable habitat, or if they are 
clumped close together. However, corridors might 
also serve as conduits for invasive species and diseases. 
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Management of protected areas 


The conservation of biodiversity in protected 
areas also requires the monitoring of key ecological 
values, such as the populations of endangered species 
and the health of natural ecosystems. It may also be 
necessary to conduct research to determine the appro- 
priate kinds of management required, and to then 
implement that management. Management includes 
actions such as patrolling to prevent poaching of tim- 
ber and animals, altering habitats to maintain their 
suitability for threatened species, and captive breeding 
and release of endangered species. 


Greater protected areas 


Most protected areas are connected to surround- 
ing areas by movement of animals, the flow of water 
and nutrients, or by climatic influences. Protected 
areas are not isolated, rather, they are a part of a larger 
ecosystem. The protected area plus its immediate sur- 
rounding area, is referred to as a greater protected 
area, which is co-managed to sustain populations of 
native species and natural communities. In addition, 
the surrounding area may be managed to supply 
resources, such as timber, hunted animals, and mined 
minerals. 


Resources 
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| Proteins 


Proteins are chains comprised of units called 
amino acids. The amino acids are connected by chem- 
ical bonds between adjacent amino acids. These bonds 
are called peptide bonds, and chains of only a few 
amino acids are referred to as polypeptides rather 
than proteins. 


Many proteins have components other than amino 
acids. For example, some may have sugar molecules 
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chemically attached. Exactly which types of sugars are 
involved and where on the protein chain attachment 
occurs will vary with the specific protein. In a few cases, 
it may also vary between different people. The A, B, 
and O blood types, for example, differ in precisely 
which types of sugar are or are not added to a specific 
protein on the surface of red blood cells. 


Other proteins may have fatlike (lipid) molecules 
chemically bonded to them. These sugar and lipid 
molecules are always added after synthesis of the pro- 
tein’s amino acid chain is complete. These groups can 
affect the proteins’ functional properties as they can 
alter the three-dimensional shape of the molecule and 
can present areas to which other compounds can bind. 


Within our bodies and those of other living things, 
proteins serve many functions. They digest foods and 
turn them into energy; they move our bodies and move 
molecules about within our cells; they let some sub- 
stances pass through cell membranes while keeping 
others out; they turn light into chemical energy, mak- 
ing both vision and photosynthesis possible; they 
allow cells to detect and react to hormones and toxins 
in their surroundings; and, as antibodies, they protect 
our bodies against foreign invaders. 


Protein structure 


There are four categories of protein structure; pri- 
mary, secondary, tertiary, and quaternary. Primary 
structure is simply the linear sequence of amino acids 
in the peptide chain. Secondary and tertiary structures 
both refer to the three-dimensional shape into which a 
protein chain folds. The distinction is partly historical: 
secondary structure refers to certain highly regular 
arrangements of amino acids that scientists could 
detect as long ago as the 1950s, while tertiary structure 
refers to the complete three-dimensional shape. 


The tertiary structure of many proteins includes 
several compact regions known as domains, separated 
by short stretches where the protein chain assumes an 
extended, essentially random configuration. 


Quaternary structure refers to the way in which 
protein chains—either identical or different—associate 
with each other. For example, a complete molecule 
of the oxygen-carrying protein hemoglobin includes 
four protein chains of two slightly different types. 
Interaction between an antigen and its corresponding 
antibody represent another quaternary association. 


Primary structure: peptide-chain synthesis 


Proteins are made (synthesized) in living things 
according to directions encoded in deoxyribonucleic 
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acid (DNA) and carried out by ribonucleic acid 
(RNA) and proteins. The synthesized protein’s linear 
sequence of amino acids is ultimately determined by 
the linear sequence of DNA bases—or of base triplets 
known as codons—in the gene that codes for it. Each 
cell possesses elaborate machinery for producing pro- 
teins from these blueprints. 


The first step is copying the DNA blueprint, 
essentially fixed within the cell nucleus, into a more 
mobile form. This form is messenger ribonucleic acid 
(mRNA), a single-stranded nucleic acid carrying 
essentially the same sequence of bases as the DNA 
gene. The mRNA is free to move into the main part 
of the cell, the cytoplasm, where protein synthesis 
takes place. 


Besides mRNA, protein synthesis requires ribo- 
somes and transfer ribonucleic acid (tRNA). 
Ribosomes can be thought of as the actual factories 
where synthesis takes place, while tRNA molecules are 
the trucks that bring amino acids to the ribosome and 
ensure that they are incorporated at the right spot in 
the growing chain. 


Ribosomes are extremely complex assemblages. 
They comprise almost 70 different proteins and at 
least three different types of RNA, all organized into 
two different-sized subunits. As protein synthesis 
begins, the previously separate subunits come together 
at the beginning of the mRNA chain; all three compo- 
nents are essential for the synthetic process. 


Transfer RNA molecules are rather small, only 
about 80 nucleotides long. (Nucleotides are the funda- 
mental building blocks of nucleic acids, as amino acids 
are of proteins.) Each type of amino acid has at least 
one corresponding type of tRNA. This correspond- 
ence is enforced by the enzymes that attach amino 
acids to tRNA molecules, which recognize both the 
amino acid and the tRNA type and do not act unless 
both are correct. 


Transfer RNA molecules recognize the particular 
sequence of the mRNA to determine which amino acid 
belongs next. They then bring the proper amino acid 
to the spot where synthesis is taking place, and the 
ribosome couples it to the growing chain. The tRNA is 
then released and the ribosome then moves along the 
mRNA to the next codon—the next base triplet spec- 
ifying an amino acid. The process repeats until the 
stop signal on the mRNA is reached, upon which the 
ribosome releases both the mRNA and the completed 
protein chain and its subunits separate to seek out 
other mRNAs. 


The two major types of secondary structure of 
proteins are the alpha helix and the beta sheet. In an 
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alpha helix, the backbone atoms of the peptide 
chain—the carboxyl carbon atom, the alpha-carbon 
atom (to which the side chain is attached), and the 
amino nitrogen atom—take the form of a three- 
dimensional spiral. The helix is held together by 
hydrogen bonds between each nitrogen atom and 
the oxygen atom of the carboxyl group belonging to 
the fourth amino acid up the chain. This arrangement 
requires each turn of the helix to encompass 3.6 amino 
acids and forces the side chains to stick out from the 
central helical core like bristles on a brush. 


Since amino acids at the end of an alpha helix 
cannot form these regular hydrogen bonds, the helix 
tends to become more stable as it becomes longer— 
that is, as the proportion of unbonded “end” amino 
acids becomes smaller. However, recent research sug- 
gests that most alpha helices end with specific “cap- 
ping” sequences of amino acids. These sequences 
provide alternative hydrogen-bonding opportunities 
to replace those unavailable within the helix itself. 


Beta sheets feature several peptide chains lying 
next to each other in the same plane. The stabilizing 
hydrogen bonds are between nitrogen atoms on one 
chain and carboxyl-group oxygen atoms on the adja- 
cent chain. Since each amino acid has its amino group 
hydrogen-bonded to the chain on one side and its 
carboxyl group to the chain on the other side, sheets 
can grow indefinitely. Indeed, as with alpha helices, 
the sheet becomes more stable as it grows larger. 


The backbone chains in a beta sheet can all run in 
the same direction (parallel beta sheet) or alternate 
chains can run in opposite directions (antiparallel beta 
sheet). There is no significant difference in stability 
between the types, and some real-world beta sheets 
mix the two. In each case, side chains of alternate 
amino acids stick out from alternate sides of the sheet. 
The side chains of adjacent backbone chains are aligned, 
however, creating something of an accordion-fold effect. 


Within seconds to minutes of their synthesis on 
ribosomes, proteins fold up into an essentially com- 
pact three-dimensional shape—their tertiary struc- 
ture. Ordinary chemical forces fully determine both 
the steps in the folding pathway and the stability of 
the final shape. Some of these forces are hydrogen 
bonds between side chains of specific amino acids. 
Others involve electrical attraction between positively 
and negatively charged side chains. Perhaps most 
important, however, are what are called hydrophobic 
interactions—a scientific restatement of the observa- 
tion that oil and water do not mix. 


Some amino acid side chains are essentially oil- 
like (hydrophobic—literally, “water-fearing”). They 
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accordingly stabilize tertiary structures that place 
them in the interior, largely surrounded by other oil- 
like side chains. Conversely, some side chains are 
charged or can form hydrogen bonds. These are 
hydrophilic, or “water-loving,” side chains. Unless 
they form hydrogen or electrostatic bonds with other 
specific side chains, they will stabilize structures where 
they are on the exterior, interacting with water. 


The forces that govern a protein’s tertiary struc- 
ture are simple. With thousands or even tens of thou- 
sands of atoms involved, however, the interactions can 
be extremely complex. Today’s scientists are only 
beginning to discover ways to predict the shape a 
protein will assume and the folding process it will go 
through to reach that shape. 


Recent studies show that folding proceeds 
through a series of intermediate steps. Some of these 
steps may involve substructures not preserved in the 
final shape. Furthermore, the folding pathway is not 
necessarily the same for all molecules of a given pro- 
tein. Individual molecules may pass through any of 
several alternative intermediates, all of which ulti- 
mately collapse to the same final structure. 


The stability of a three-dimensional structure is 
not closely related to the speed with which it forms. 
Indeed, speed rather than stability is the main reason 
that egg white can never be “uncooked.” At room 
temperature or below, the most stable form of the 
major egg white protein is compact and soluble. At 
boiling-water temperatures, the most stable form is an 
extended chain. When the cooked egg is cooled, how- 
ever, the proteins do not have time to return to their 
normal compact structures. Instead, they collapse into 
an aggregated, tangled mass. And although this 
tangled mass is inherently less stable than the protein 
structures in the uncooked egg white, it would take 
millions of years—effectively forever—for the chains 
to untangle themselves and return to their soluble 
states. In scientific terminology, the cooked egg white 
is said to be metastable. 


Proteins may exhibit quaternary structure for a 
variety of reasons. Sometimes several proteins must 
come together to carry out a single function—or to 
perform it efficiently, without the substances on which 
they all act having to diffuse halfway across the cell. 
At other times the reasons are at least partially struc- 
tural; for example, several proteins may come together 
to form an ion channel long enough to reach across 
the cell membrane. The most interesting reason, how- 
ever, is that association allows changes to one mole- 
cule to affect the shape and activity of the others. 
Hemoglobin provides an intriguing example of this. 
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KEY TERMS 


Alpha helix—A type of secondary structure in which 
a single peptide chain arranges itself in a three- 
dimensional spiral. 


Beta sheet—A type of secondary structure in which 
several peptide chains arrange themselves alongside 
each other to form a sheet-like structure. 


Domain—A localized region of a protein. 


Messenger ribonucleic acid (mRNA)—A molecule 
of RNA that carries the genetic information for pro- 
ducing one or more proteins; mRNA is produced by 
copying one strand of DNA, but is able to move from 
the nucleus to the cytoplasm (where protein synthe- 
sis takes place). 


Peptide bond—A chemical bond between the car- 
boxyl group of one amino acid and the amino nitro- 
gen atom of another. 

Polypeptide—A group of amino acids joined by pep- 
tide bonds; proteins are large polypeptides, but no 


Hemoglobin, which makes up about a third of red 
blood cells’ weight, is the protein that transports oxy- 
gen from the lungs to the tissues where it is used. It 
would be a major oversimplification, but not entirely 
false, to say that the protein (globin) part of hemoglo- 
bin is simply a carrier for the associated heme group. 


Hemeis a large “ring of rings” comprising 33 carbon, 
four nitrogen, four oxygen, and 30 hydrogen atoms. In 
the center, bonded to the four nitrogen atoms, is an iron 
atom; attraction between this iron atom and a histidine 
side chain on the globin is one of several forces holding 
the heme in place. Another histidine side chain is located 
slightly further from the iron atom, allowing an oxygen 
molecule to insert itself reversibly into the gap. In similar 
proteins lacking this histidine, oxygen alters the iron’s 
oxidation state rather than attaching to it. 


Hemoglobin consists of two copies of each of two 
slightly different protein molecules. All four molecules 
are in intimate contact with each other; thus, it is easy to 
see how a change in the shape of one could encourage 
the others to change shape as well. In fact, that is exactly 
what happens. When oxygen binds to one hemoglobin 
molecule, it forces a slight change in that molecule’s 
shape. This change, in turn, alters the other molecules’ 
shape so that oxygen binding is more likely. The end 
result is that any given hemoglobin tetramer (four- 
molecule complex) almost always carries either four oxy- 
gen molecules or none. 
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agreement exists regarding how large they must be to 
justify the name. 


Primary structure—The linear sequence of amino 
acids making up a protein. 
Quaternary structure—The number and type of pro- 


tein chains normally associated with each other in 
the body. 


Ribosome—A protein composed of two subunits that 
functions in protein synthesis. 


Secondary structure—Certain highly regular three- 
dimensional arrangements of amino acids within a 
protein. 


Tertiary structure—A protein’s three dimensional 
shape. 


Transfer ribonucleic acid (tRNA)—A small RNA 
molecule, specific for a single amino acid, that trans- 
ports that amino acid to the proper spot on the ribo- 
some for assembly into the growing protein chain. 


Without cooperativity, hemoglobin would pick 
up less oxygen in the lungs and release less in the 
tissues. Overall oxygen transport would therefore be 
less efficient. 
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ll Proteomics 


Proteomics is a discipline of microbiology and 
molecular biology that arose from the gene sequencing 
efforts that culminated with the publication of the 
sequence of the human genome in 2001. In addition 
to the human genome, sequences of disease-causing 
bacteria and other microorganisms continue to be 
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deduced. Although fundamental, knowledge of the 
sequence of nucleotides that comprise deoxyribonu- 
cleic acid reveals only a portion of the protein struc- 
ture encoded by the DNA. Proteins are an essential 
element of bacterial structure and function; for exam- 
ple, a variety of protein enables a microorganism to 
establish and maintain an infection. Thus, knowledge 
of the three-dimensional structure and associations of 
proteins is vital for a full understanding of microor- 
ganism behavior and operation. Proteomics is an 
approach to unravel the structure and function of 
proteins. 


The word proteomics is derived from PROTEin 
complement to a genOME. Essentially, this is the 
spectrum of proteins that are produced from the tem- 
plate provided by an organism’s genetic material 
under a given set of conditions. Different proteins 
can be produced under different environmental con- 
ditions. Proteomics compares the protein profiles of 
proteomes under different conditions in order to 
unravel biological processes. 


The origin of proteomics dates back to the identi- 
fication of the double-stranded structure of DNA by 
Watson and Crick in 1953. More recently, the develop- 
ment of the techniques of protein sequencing and gel 
electrophoresis in the 1960s and 1970s provided the 
technical means to probe protein structure. In 1986, 
the first protein sequence database was created 
(SWISS-PROT, located at the University of Geneva). 
By the mid-1990s, the concept of the proteome and 
the discipline of proteomics were well established. The 
power of proteomics was manifest in March 2000, 
when the complete proteome of a whole organism 
was published, that of the bacterium Mycoplasma 
genitalium 


Proteomics research often involves the compari- 
son of the proteins produced by a bacterium (example, 
Escherichia coli) grown at different temperatures, or in 
the presence of different food sources, or a population 
grown in the lab versus a population recovered from 
an infection. Escherichia coli responds to changing 
environments by altering the proteins it produces. 
However, the full extent of the various alterations 
and their molecular bases are largely unknown. 
Proteomics research essentially attempts to provide a 
molecular explanation for bacterial behavior. 


Proteomics can be widely applied to research of 
diverse microbes. For example, the yeast Saccharomyces 
cerevisiae is being studied to reveal the proteins produced 
and their functional associations with one another. 


The task of sorting out all the proteins that can be 
produced by a bacterium or yeast cell is formidable. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Targeting of the research effort is essential. For exam- 
ple, the comparison of the protein profile of a bacte- 
rium obtained directly from an infection (in vivo) with 
populations of the same microbe grown under defined 
conditions in the lab (in vitro) could identify proteins 
that are unique to the infection. Some of these could 
become targets for diagnosis, therapy, or for preven- 
tion of the infection. 


The study of proteins is difficult. The amount of 
protein cannot be amplified as easily as can the 
amount of DNA, making the detection of minute 
amounts of protein challenging. The structure of pro- 
teins must be maintained, which can be difficult. For 
example, enzymes, heat, light, or the energy of mixing 
can break down some proteins. 


With the advent of DNA chips, the expression of 
thousands of genes can be monitored simultaneously. 
But DNA is static. It exists and is either expressed or 
not. Moreover, the expression of a protein does not 
necessarily mean that the protein is active. Also, pro- 
teins can be modified after being produced. Proteins 
can adopt different shapes, which can determine dif- 
ferent functions and levels of activity after they have 
been produced. These functions provide the structural 
and operational framework for the life of the bacte- 
rium. Proteomics represents the next step after gene 
expression analysis. 


Proteomics utilizes various techniques to probe 
protein expression and structure. The migration of 
proteins can depend on their net charge and on the 
size of the protein molecule. When these migrations 
are in two dimensions, as in 2-D polyacrylamide gel 
electrophoresis, thousands of proteins can be distin- 
guished in a single experiment. A technique called 
mass spectrometry analyzes a trait of proteins 
known as the mass-to-charge ratio, which essentially 
enables the sequence of amino acids comprising the 
protein to be determined. Techniques exist that detect 
modifications after protein manufacture, such as the 
addition of phosphate groups. Analogous to DNA 
chips, so-called protein microarrays have been devel- 
oped. In these, a solid support holds various mole- 
cules (antibodies and receptors, as two examples) 
that will specifically bind protein. The binding pat- 
tern of proteins to the support can help determine 
what proteins are being made and when they are 
synthesized. 


Proteomics typically operates in tandem with 
bioinformatics, which is an integration of mathemat- 
ical, statistical, and computational methods to unravel 
biological data. The vast amount of protein informa- 
tion emerging from a single experiment would be 
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KEY TERMS 


Chimeric protein—Protein containing at least two 
different parts derived from two separate genes, but 
expressed as a single protein. 

DNA-binding domain—Part of a protein that inter- 
acts with DNA. 


Electrophoresis—Separation of nucleic acid or 
protein molecules in an electric field. 
Peptides—Low molecular weight molecules formed 
from two or more amino acids linked together by a 
peptide bond. 

Polyacrylamide—Branched polymer of acryla- 
mide, used to make gels for electrophoresis. 


Reporter gene—Gene that encodes easily assay- 
able product (protein), for example luciferase, 
green fluorescent protein, or chloramphenical ace- 
tyltransferase (CAT). It is fused to a promoter region 
of gene that is being tested. 

Transcriptional activator—A protein that induces 
transcription of a gene if stimulated, contains a 
DNA-binding domain and an activator domain 


impossible to analyze by manual computation or anal- 
ysis. Accordingly, comparison of the data with other 
databases and the use of computer modeling pro- 
grams, such as those that calculate three-dimensional 
structures, are invaluable in proteomics. 
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The kingdom Protista is the most diverse of all of 
the eukaryotic kingdoms. It is certainly not monophy- 
letic and its members really only share the fact that 
they have a simple structure, without any obvious 
tissues or organs. There are more than 200,000 
known species of protists with many more yet to be 
discovered. Protists inhabit just about any area where 
water is found some or all of the time. They form the 
base of ecosystems as primary producers, as is the case 
with photosynthetic protists, or as low trophic level 
consumers that are in turn eaten by larger organisms. 
They range in size from microscopic, unicellular 
organisms to huge seaweeds that can grow up to 
300 ft (100 m) long. The word protist comes from the 
Greek word for the very first, which indicates that 
protists were the first eukaryotes. 


Background 


The German zoologist Ernst Haeckel (1834-1919) 
first proposed the kingdom Protista in 1866. This early 
classification included any microorganism that was not a 
plant or an animal. Biologists did not readily accept 
this kingdom, and even after the American botanist 
Herbert F. Copeland again tried to establish its use 
90 years later, there was not much support from 
the scientific community. Around 1960, R.Y. Stanier 
and C.B. Van Niel (1897-1985) proposed the division 
of all organisms into two groups, the prokaryotes and 
the eukaryotes. Eukaryotes are organisms that have 
membrane-bound organelles in which metabolic 
processes take place, while prokaryotes lack these struc- 
tures. In 1969, Robert Whittaker proposed the five-king- 
dom system of classification. The kingdom Protista was 
one of the five proposed kingdoms. At this time, only 
unicellular eukaryotic organisms were considered pro- 
tists. Since then, the kingdom has expanded to include 
multicellular organisms, although biologists still disagree 
about what exactly makes an organism a protist. 


Classification 


Protists are difficult to characterize because of the 
great diversity of the kingdom. These organisms vary 
in body form, nutrition, and reproduction. They may 
be unicellular, colonial, or multicellular. As eukaryotes, 
protists can have many different organelles, including 
a nucleus, mitochondria, contractile vacuoles, food 
vacuoles, eyespots, plastids, pellicles, and flagella. The 
nuclei of protists contain chromosomes, with DNA asso- 
ciated with proteins. Protists are also capable of sexual, 
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Marine plankton. (© Dougals P. Wilson/Corbis.) 


as well as asexual reproduction, meiosis, and mitosis. 
Protists can be free-living, or they may live symbiotically 
with another organism. This symbiosis can be mutualis- 
tic, where both partners benefit, or parasitic, where the 
protist uses its host as a source of food or shelter while 
providing no advantage to the other organism. 


Many protists are economically important and 
beneficial to humans, while others cause fatal diseases. 
Protists make up the majority of the plankton in aquatic 
systems, where they serve as the base of the food chain. 
Many protists are motile, using structures such as cilia, 
flagella, or pseudopodia (false feet) to move, while 
others are sessile. They may be autotrophs, producing 
their own food from sunlight, or heterotrophs, requir- 
ing an outside source of nutrition. Researchers are cur- 
rently comparing the RNA (ribonucleic acid) and DNA 
(deoxyribonucleic acid) sequences of the protists with 
those of plants and animals, but the evidence is incon- 
clusive. It is unknown whether protists were the precur- 
sors to plants, animals, or fungi. It is likely that several 
lines of protists evolved separately. Biologists consider 
the protists as a polyphyletic group, meaning they prob- 
ably do not share a common ancestor. 


Despite the great diversity evident in this king- 
dom, scientists classify the protests into three main 
categories: animal-like, plant-like, and fungus-like. 
Grouping into one of the three categories is based on 
an organism’s mode of reproduction, method of nutri- 
tion, and motility. The animal-like protists are known 
as the protozoa, the plant-like protists are the algae, 
and the fungus-like protists are the slime molds and 
water molds. 


Protozoa 


The protozoa are all unicellular heterotrophs. They 
obtain their nutrition by ingesting other organisms or 
dead organic material. The word protozoa comes from 
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the Latin word for first animals. Classification among 
protozoans is, to some extent, on modes of locomotion. 
Protozoans that use pseudopodia to move are known as 
amoebas, those that use flagella are called flagellates, 
those that use cilia are known as the ciliates, and those 
that do not move are called the sporozoans. Sporozoans 
are sessile and they are often parasitic, since they cannot 
actively capture food. They live in an area that has a 
constant food supply, such as the intestines or blood- 
stream of an animal host. 


Amoebas belong to the phylum Rhizopoda. They 
have no wall outside of their cell membrane, giving the 
cell flexibility and allowing it to change shape. The 
word amoeba, in fact, comes from the Greek word for 
change. Amoebas use extensions of their cell mem- 
brane, called pseudopodia, to move as well as to engulf 
food. When the pseudopodium traps a bit of food, the 
cell membrane closes around the meal. This encasement 
forms a food vacuole. Digestive enzymes are secreted 
into the food vacuole, which break down the food. The 
cell then absorbs the nutrients. Because amoebas live in 
water, dissolved nutrients from the environment can 
diffuse directly through their cell membranes. Most 
amoebas live in marine environments, although some 
freshwater species exist. Freshwater amoebas live in a 
hypotonic environment, so water is constantly moving 
into the cell by osmosis. To remedy this problem, these 
amoebas use contractile vacuoles to pump excess water 
out of the cell. Most amoebas reproduce asexually by 
pinching off a part of the cell membrane to form a new 
organism. Amoebas may form cysts when environmen- 
tal conditions become unfavorable. These cysts can 
survive conditions such as lack of water or nutrients. 
Two forms of amoebas have shells, the foraminiferans 
and the radiolarians. 


The foraminiferans have a hard shell made of 
calcium carbonate. These shells are called tests. 
Foraminiferans live in marine environments and are 
very abundant. When they die, their shells sink and 
become a part of the muddy ocean floor. Geologists 
use the fossilized shells to determine the ages of rocks 
and sediments. The shells at the ocean floor are grad- 
ually converted into chalky deposits, which can be 
uplifted to become a land formation, such as the 
white cliffs of Dover in England. Radiolarians have 
shells made of silica instead of calcium carbonate. 
Both organisms have many tiny holes in their shells, 
through which they extend their pseudopodia. The 
pseudopodia act as a sticky net, trapping bits of food. 


Flagellates, also called zooflagellates, may have 
one or more flagella and they belong to the phylum 
Zoomastigina. Flagellates whip their flagella from side 
to side in order to move through their aquatic 
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surroundings. Flagellates are mostly unicellular with a 
spherical or oblong shape. A few are also amoeboid. 
Many ingest their food through a primitive mouth, 
called the oral groove. While most are motile, one 
class of flagellates, called the Choanoflagellates, is 
mostly made up of sessile species. These organisms 
attach to a rock or other substrate by a stalk. 


The ciliates are members of the phylum Ciliophora. 
There are approximately 8,000 species of ciliates. These 
organisms move by the synchronized beating of the cilia 
covering their bodies. They can be found almost any- 
where in freshwater or marine environments. Probably 
the best-known ciliate is the organism Paramecium. 
Paramecia have many well-developed organelles. Food 
enters the cell through the oral groove (lined with cilia, 
to “sweep” the food into the cell), where it moves to the 
gullet, which packages the meal into a food vacuole. 
Enzymes released into the food vacuole break down 
the food, and the nutrients are absorbed into the cell. 
Wastes are removed from the cell through an anal pore. 
Contractile vacuoles pump out excess water, since para- 
mecia live in freshwater (hypotonic) surroundings. 


Paramecia have two nuclei, a macronucleus and a 
micronucleus. The larger macronucleus controls most of 
the metabolic functions of the cell. The smaller micro- 
nucleus controls much of the pathways involved in sex- 
ual reproduction. Thousands of cilia appear through the 
pellicle, a tough, protective covering surrounding the cell 
membrane. These cilia beat in a synchronized fashion to 
move the Paramecium in any direction. Underneath the 
pellicle are trichocysts, which discharge tiny spikes that 
help trap prey. Paramecia usually reproduce asexually, 
when the cell divides into two new organisms after all of 
the organelles have been duplicated. When conditions 
are unfavorable, however, the organism can reproduce 
sexually. This form of sexual reproduction is called con- 
jugation. During conjugation, two paramecia join at the 
oral groove, where they exchange genetic material. They 
then separate and divide asexually, although this divi- 
sion does not necessarily occur immediately following 
the exchange of genetic material. 


The sporozoans belong to the phylum Sporozoa. 
These organisms are sessile, so they cannot capture prey. 
Therefore, the sporozoans are all parasites. As their 
name suggests, many of these organisms produce spores, 
reproductive cells that can give rise to a new organism. 
Sporozoans typically have complex life cycles, as they 
usually live in more than one host in their lifetimes. 


Algae 


The plant-like protists, or algae, are photosyn- 
thetic autotrophs. These organisms form the base of 
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many food chains. Other creatures depend on these 
algae either directly for food or indirectly for the oxy- 
gen they produce. Algae are responsible for over half 
of the oxygen produced by photosynthesizing organ- 
isms. Many macroscopic forms of algae look like 
plants, but they differ in many ways. Algae do not 
have roots, stems, or leaves. They do not have the 
waxy cuticle plants have to prevent water loss. As a 
result, algae must live in areas where water is readily 
available. Algae also do not have multicellular game- 
tangia as the plants do. They contain chlorophyll 
along with other photosynthetic pigments. These pig- 
ments give the algae characteristic colors and are used 
to classify algae into various groups. Other character- 
istics used to classify algae are energy reserve storage 
and cell wall composition. 


Members of the phylum Euglenophyta are known 
as euglenoids. These organisms are both autotrophic 
and heterotrophic. There are hundreds of species of 
euglenoids. Euglenoids are unicellular and share prop- 
erties of both plants and animals. They are plant-like 
in that they contain chlorophyll and are capable of 
photosynthesis. They do not have a cell wall of cellu- 
lose, as do plants; instead, they have a pellicle made of 
protein. Euglenoids are like animals in that they are 
motile and responsive to outside stimuli. One partic- 
ular species, Euglena, has a structure called an eyespot. 
This is an area of red pigments that is sensitive to light. 
An Euglena can respond to its environment by moving 
towards areas of bright light, where photosynthesis 
best occurs. In conditions where light is not available 
for photosynthesis, euglenoids can be heterotrophic 
and ingest their food. Euglenoids store their energy 
as paramylon, a type of polysaccharide. 


Members of the phylum Bacillariophyta are called 
diatoms. Diatoms are unicellular organisms with silica 
shells. They are autotrophs and can live in marine or 
freshwater environments. They contain chlorophyll as 
well as pigments called carotenoids, which give them 
an orange-yellow color. Their shells resemble small 
boxes with lids. These shells are covered with grooves 
and pores, giving them a decorated appearance. 
Diatoms can be either radially or bilaterally symmet- 
rical. Diatoms reproduce asexually in a very unique 
manner. The two halves of the shell separate, each 
producing a new shell that fits inside the original 
half. Each new generation, therefore, produces off- 
spring that are smaller than the parent. As each gen- 
eration gets smaller and smaller, a lower limit is 
reached, approximately one quarter the original size. 
At this point, the diatom produces gametes that fuse 
with gametes from other diatoms to produce zygotes. 
The zygotes develop into full sized diatoms that can 
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begin asexual reproduction once more. When diatoms 
die, their shells fall to the bottom of the ocean and 
form deposits called diatomaceous earth. These 
deposits can be collected and used as abrasives, or 
used as an additive to give certain paints their sparkle. 
Diatoms store their energy as oils or carbohydrates. 


The dinoflagellates are members of the phylum 
Dinoflagellata. These organisms are unicellular auto- 
trophs. Their cell walls contain cellulose, creating 
thick, protective plates. These plates contain two 
grooves at right angles to each other, each groove 
containing one flagellum. When the two flagella beat 
together, they cause the organism to spin through the 
water. Most dinoflagellates are marine organisms, 
although some have been found in freshwater environ- 
ments. Dinoflagellates contain chlorophyll as well as 
carotenoids and red pigments. They can be free-living, 
or live in symbiotic relationships with jellyfish or cor- 
als. Some of the free-living dinoflagellates are biolu- 
minescent. Many dinoflagellates produce strong 
toxins. One species in particular, Gonyaulax catanella, 
produces a lethal nerve toxin. These organisms some- 
times reproduce in huge amounts in the summertime, 
causing a red tide. There are so many of these organ- 
isms present during a red tide that the ocean actually 
appears red. When this occurs, the toxins released by 
the dinoflagellates ca reach such high concentrations 
in the ocean that many fish are killed. Dinoflagellates 
store their energy as oils or polysaccharides. 


The phylum Rhodophyta includes the red algae. 
Nearly all of the 4,000 species in this phylum are 
multicellular and live in marine environments. Red 
algae are typically found in tropical waters and some- 
times along the coasts in cooler areas. They live 
attached to rocks by a structure called a holdfast. 
Their cell walls contain thick polysaccharides. Some 
species incorporate calcium carbonate from the ocean 
into their cell walls as well. Red algae contain chlor- 
ophyll as well as phycobilins, red and blue pigments 
involved in photosynthesis. The red pigment is called 
phycoerythrin and the blue pigment is called phyco- 
cyanin. Phycobilins absorb the green, violet, and blue 
light waves that can penetrate deep water. These pig- 
ments allow the red algae to photosynthesize in deep 
water with little light available. Reproduction in these 
organisms is a complex alternation between sexual and 
asexual phases. Red algae store their energy as flori- 
dean starch. 


The 1,500 species of brown algae are members of 
the phylum Phaeophyta. The majority of the brown 
algae live in marine environments, on rocks in cool 
waters. They contain chlorophyll as well as a yellow- 
brown carotenoid called fucoxanthin. The largest of 
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the brown algae are the kelp. The kelp use holdfasts to 
attach to rocks. The body of a kelp is called a thallus, 
which can grow as long as 180 ft (60 m). The thallus is 
composed of three sections, the holdfast, the stipe, and 
the blade. Some species of brown algae have an air 
bladder to keep the thallus floating at the surface of 
the water, where more light is available for photosyn- 
thesis. Brown algae store their energy as laminarin, 
a carbohydrate. 


The members of the phylum Chlorophyta are 
known as the green algae. This phylum is the most 
diverse of all the algae, with greater than 7,000 species. 
The green algae contain chlorophyll as their main pig- 
ment. Most live in fresh water, although some marine 
species exist. Their cell walls are composed of cellu- 
lose, which indicates the green algae may be the ances- 
tors of modern plants. Green algae can be unicellular, 
colonial, or multicellular. An example of a unicellular 
green alga is Chlamydomonas. The algae Volvox is a 
colonial chlorophyte. A Volvox colony is a hollow 
sphere of thousands of individual cells. Each cell has 
a single flagellum that faces the exterior of the sphere. 
The individual cells beat their flagella in a coordinated 
fashion, allowing the colony to move. Daughter colo- 
nies form inside the sphere, growing until they reach a 
certain size and are released when the parent colony 
breaks open. Spirogyra and Ulva are both examples of 
multicellular green algae. Reproduction in the green 
algae can be both sexual and asexual. Green algae 
store their energy as starch. 


Slime molds and water molds 


The fungus-like protists resemble the fungi during 
some part of their life cycle. The slime molds and the 
water molds are members of this group. They all 
obtain energy by decomposing organic materials, 
and as a result, are important for recycling nutrients. 
They can be brightly colored and live in cool, moist, 
dark habitats. The slime molds are classified as either 
plasmodial or cellular by their modes of reproduction. 
The plasmodial slime molds belong to the phylum 
Myxomycota, and the cellular slime molds belong to 
the phylum Acrasiomycota. 


The plasmodial slime molds form a structure called 
a plasmodium, a mass of cytoplasm that contains many 
nuclei but has no cell walls or membranes to separate 
individual cells. The plasmodium is the feeding stage of 
the slime mold. It moves much like an amoeba, slowly 
sneaking along decaying organic material. It moves at a 
rate of 1 in (2.5 cm) per hour, engulfing microorgan- 
isms. The reproductive structure of plasmodial slime 
molds occurs during unfavorable conditions when the 
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KEY TERMS 


Bilateral symmetry—Body plan in which the left and 
right halves of the animal are mirror images of each 
other. 


Bioluminescent—A flashing of light that emanates 
from an organism. 


Cilia—Short projections consisting of microtubules 
that cover the surface of some cells and provide for 
movement. 


Colonial—A member of a localized population of 
organisms. 


Contractile vacuole—In some protistans, a membra- 
nous chamber that takes up excess water in the cell 
body, then contracts, expelling the water outside the 
cell through a pore. 


Flagellum—Tail-like motile structure of many free- 
living eukaryotic cells. 


Food vacuole—A membranous chamber that engulfs 
food and secretes digestive enzymes to break down 
the food into nutrients. 


Gamete—Specialized cells capable of fusion in the 
sexual cycle; female gametes are termed egg cells; 
male gametes may be zoospores or sperm cells. 


Hypotonic—A solution with a lower salt concentra- 
tion than inside a cell. 


Meiosis—Two-stage nuclear division process that is 
the basis of gamete formation and of spore formation. 


plasmodium forms a stalked structure. This structure 
produces spores that can be released and travel large 
distances. The spores land and produce a zygote that 
grows into a new plasmodium. 


The cellular slime molds exist as individual cells 
during the feeding stage. These cells can move like an 
amoeba as well, engulfing food as they move. The 
feeding cells reproduce asexually through cell division. 
When conditions become unfavorable, the cells come 
together to form a large mass of cells resembling a 
plasmodium. This mass of cells can move as one 
organism and looks much like a garden slug. The 
mass eventually develops into a stalked structure 
capable of sexual reproduction. 


The water molds and downy mildews belong to 
the phylum Oomycota. They grow on the surface of 
dead organisms or plants, decomposing the organic 
material and absorbing nutrients. Most live in water 
or in moist areas. Water molds grow as a mass of fuzzy 
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Mitochondria—An organelle that specializes in ATP 
formation, the “powerhouse” of the cell. 


Mitosis—Type of nuclear division that maintains the 
parental chromosome number for daughter cells, the 
basis of bodily growth, and asexual reproduction. 


Motile—Able to move. 
Multicellular—More than one cell. 


Nucleus—A membrane-bound organelle that iso- 
lates and organizes the DNA. 


Organelle—An internal, membrane-bound sac or 
compartment that has a specific, specialized meta- 
bolic function. 


Osmosis—The diffusion of water from an area of 
high concentration to low concentration through a 
membrane. 


Plankton—Any community of floating organisms, 
mostly microscopic, living in freshwater and marine 
environments. 


Radial symmetry—An arrangement of the floral parts 
characterized by their radiation from the center of 
the flower, like spokes on a bicycle wheel. 


Unicellular—Single celled. 


Zygote—tThe cell resulting from the fusion of male 
sperm and the female egg. Normally the zygote has 
double the chromosome number of either gamete, 
and gives rise to a new embryo. 


white threads on dead material. The difference 
between these organisms and true fungi is the water 
molds form flagellated reproductive cells during their 
life cycles. 


Disease-causing protists 


Many protists can cause serious illness and disease. 
Malaria, for example, is caused by the protist 
Plasmodium. Plasmodia are sporozoans and are trans- 
ferred from person to person through female Anopheles 
mosquitoes. People who suffer from malaria experience 
symptoms such as shivering, sweating, high fevers, and 
delirium. African sleeping sickness, also known as 
African trypanosomiasis, is caused by another sporo- 
zoan, Trypanosoma. Trypanosoma is transmitted 
through the African tsetse fly. This organism causes 
high fever and swollen lymph nodes. Eventually the 
protist makes its way into the victim’s brain, where it 
causes a feeling of uncontrollable fatigue. Giardiasis is 
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another example of a disease caused by a protist. This 
illness is caused by Giardia, a sporozoan carried by 
muskrats and beavers. Giardiasis is characterized by 
fatigue, cramps, diarrhea, and weight loss. Amoebic 
dysentery occurs when a certain amoeba, Entamoeba 
histolytica, infects the large intestine of humans. It is 
spread through infected food and water. This organism 
causes bleeding, diarrhea, vomiting, and sometimes 
death. 


Beneficial protists 


Members of the kingdom Protista can also be very 
beneficial. Many species of red algae are edible and are 
popular foods in certain parts of the world. Red algae 
are rich in vitamins and minerals. Carageenan, a poly- 
saccharide extracted from red algae, is used as a thick- 
ening agent in ice cream and other foods. Giant kelp 
forests are rich ecosystems, providing food and shelter 
for many organisms. Trichonymphs are flagellates 
that live in the intestines of termites. These protozoans 
break down cellulose in wood into carbohydrates the 
termites can digest. 
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| Proton 


The proton is a positively charged subatomic par- 
ticle. Protons are one of the fundamental constituents 
of all atoms. Protons, in addition to neutrons, are 
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found in a very concentrated region of space within 
atoms referred to as the nucleus. The discovery of the 
proton, neutron, and electron revolutionized the way 
scientists viewed the atom. Recent research has shown 
that protons are themselves made up of even smaller 
particles called quarks and gluons. 


History and discovery 


Early atomic theory assumed that atoms were 
indivisible. However, when English physicist and 
chemist Michael Faraday (1791-1867) demonstrated, 
in 1834, that chemical elements were electrical in 
nature, scientists embarked on a series of experiments 
that challenged, and eventually demolished, the fun- 
damental assumptions of traditional atomic theory. 
For example, in 1878, British chemist and physicist 
Sir William Crookes (1832-1919), who predicted the 
discovery of isotopes, started experimenting with cath- 
ode rays, which occurred when electricity was dis- 
charged between two metal plates in a tube (later 
named a Crookes tube) with gas at an extremely low 
pressure. Crookes believed these rays were negatively 
charged electrons. In 1897, however, English physicist 
J. J. Thomson (1856-1940) identified them as subato- 
mic particles, eventually named electrons. Further 
experiments led to the discovery of protons. For exam- 
ple, when scientists drilled holes in the positively 
charged (anode) plate of the Crookes tube, they 
detected rays moving in the opposite direction (from 
the anode to the negatively charged cathode) of the 
cathode rays. Named canal rays, these rays were 
studied by German physicist Wilhelm Wien (1864— 
1928). In 1905, Wien identified some of these rays are 
hydrogen ions. Researchers later established that rays 
with the least mass were protons. 


In 1909, New Zealand-British physicist Ernest 
Rutherford (1871-1937) instructed his younger col- 
league German nuclear physicist Hans Geiger (1882- 
1945) and German physicist and inventor Ernst 
Marsden (1889-1970), who was still an undergraduate, 
to perform the gold foil experiment. The experimenters 
bombarded a thin gold foil with alpha particles (helium 
atoms without electrons). Since the current model of 
the atom was a positively charged sphere (pudding) 
with negative globs (p/ums) inserted throughout (the 
plum pudding model), they expected the alpha particles 
to penetrate the foil without resistance. Indeed, most of 
the alpha particles did, but a small number were 
strongly repelled. These results indicated that the gold 
atom had a positively charged nucleus. In 1919, 
Rutherford identified the proton as the fundamental 
unit of positive electrical charge in the atom. The neu- 
tron, the major particle constituting the atom’s nucleus 


3527 


u0}01d 


Protozoa 


KEY TERMS 


Atomic number—The number of protons in the 
nucleus of an atom. 


Gluons—Subatomic particles that help to keep 
quarks bound together. 


Quarks—Believed to be the most fundamental 
units of protons and neutrons. 


Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 


was discovered in 1932 by English physicist James 
Chadwick (1891-1974). Approximately equal to a pro- 
ton in mass, the neutron has no charge. 


Properties 


The proton’s mass and charge have both been 
determined. The mass is 1.673 x 107* g. The charge 
of a proton is positive, and is assigned a value of +1. 
The electron has a -1 charge, and is about 2,000 times 
lighter than a proton. In neutral atoms, the number of 
protons and electrons are equal. 


The number of protons (also referred to as the 
atomic number) determines the chemical identity of 
an atom. Each element in the periodic table has a 
unique number of protons in its nucleus. The chemical 
behavior of individual elements largely depends, how- 
ever, on the electrons in that element. Chemical reac- 
tions involve changes in the arrangements of electrons, 
not in the number of protons or neutrons. 


The processes involving changes in the number of 
protons are referred to as nuclear reactions. In essence, 
a nuclear reaction is the transformation of one element 
into another. Certain elements—both natural and 
artificially made—are by their nature unstable, and 
spontaneously break down into lighter elements, 
releasing energy in the process. This process is referred 
to as radioactivity. Nuclear power is generated by just 
such a process. 


Inner structure 


Research has shown the proton to be made up of 
even smaller constituent particles. A proton is found 
to consist of two up quarks, each with a + 2/3 electric 
charge, and one down quark, with a -1/3 electric 
charge. The individual quarks are held together by 
particles called gluons. The up and down quarks are 
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currently believed to be two of the three fundamental 
particles of all matter. Recent research has revealed 
the possibility of an even deeper substructure, and 
further work could lead to new theories that may 
overturn the current model of the proton’s structure. 
Scientists are continuing to use high-energy beams 
from within particle accelerators to discover more 
complex information about protons. 


See also Subatomic particles. 
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Proton donor/acceptor see Acids and bases 


| Protozoa 


Protozoa are a diverse group of single-celled 
organisms that include more than 50,000 species. The 
vast majority are microscopic, many measuring less 
than 1/200 mm, but some, such as the freshwater 
Spirostomun, may reach 0.17 in (3 mm) in length, 
large enough to be seen with the naked eye. Scientists 
have even discovered some fossil specimens that meas- 
ured 0.78 in (20 mm) in diameter. Many protozoans 
form complex, exquisite shapes and their beauty is 
often greatly overlooked on account of their diminu- 
tive size. 


All protozoans require water, but within this lim- 
itation they may live in oceans, rivers, lakes, stagnant 
ponds of water, moist soil and even decaying matter. 
Many are solitary but some are colonial; some are 
free-living others are sessile; and some are parasites 
of plants and animals—from other protozoans to 
humans. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Protozoa. (© Eric Grave/Science Source, National Audubon 
Society Collection/Photo Researchers, Inc.) 


The protozoan cell is often bounded by a thin 
pliable membrane, although some sessile forms may 
have a toughened outer layer formed of cellulose, or 
even distinct shells formed from a mixture of materi- 
als. The inside of the cell is filled with a fluidlike 
material called cytoplasm, in which a number of tiny 
organs are located. The most important of these is the 
nucleus, which is essential for growth and reproduc- 
tion. Also present are one or more contractile 
vacuoles, whose job it is to maintain the correct 
water balance of the cytoplasm. If too much water 
enters the cell, these vacuoles swell up, move towards 
the edge of the cell wall, and release the water through 
a tiny pore in the membrane. Protozoans living in 
saltwater do not require contractile vacuoles as the 
concentration of salts in the cytoplasm is similar to 
that of seawater and osmosis is negligible. Food 
vacuoles develop whenever food is ingested and shrink 
as digestion progresses. 


Some protozoans contain the green pigment 
chlorophyll more commonly associated with plants, 
and are able to manufacture their own carbohydrates 
in a similar manner to plants. Others feed by engulfing 
small particles of plant or animal matter. To assist 
with capturing prey, many protozoans have developed 
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the ability for locomotion. Some, such as Euglena and 
Trypanosoma are equipped with a long whiplike flag- 
ella which, when quickly moved back and forth, 
pushes the body through the surrounding water 
body. Other protozoans such as paramecium have 
developed large numbers of tiny cilia around the mem- 
brane; the rhythmic beat of these hairlike structures 
propel the cell along and also carry food, such as 
bacteria, towards the gullet. Still others are capable 
of changing the shape of their cell wall. The amoeba, 
for example, is capable of detecting chemicals given off 
by potential food particles such as diatoms, algae, 
bacteria, or other protozoa. As the cell wall has no 
definite shape, the cytoplasm can extrude to form 
pseudopodia (Greek: pseudes, false; pous, foot) in var- 
ious sizes and at any point of the cell surface. As the 
Amoeba approaches its prey, two pseudopodia extend 
out from the main cell and encircle and engulf the 
food, which is then slowly digested. 


Various forms of reproduction have evolved 
among the protozoa. One of the simplest involves a 
splitting of the cell in a process known as binary fission 
or asexual reproduction. In species like amoeba, this 
process takes place over a period of about one hour: 
the nucleus divides and the two sections drift apart to 
opposite ends of the cell. The cytoplasm also begins to 
divide and the cell changes shape to a dumbbell 
appearance. Eventually the cell splits giving rise to 
two identical “daughter” cells, which then resume 
moving and feeding. 


Some species may occasionally reproduce through 
sexual means, which involves the joining together, or 
fusion, of the nuclei from two different cells. In the case 
of paramecium, each individual has two nuclei: a larger 
macronucleus that is responsible for growth, and a 
much smaller micronucleus that controls reproduction. 
When paramecium reproduces sexually, two individu- 
als join together in the region of the oral groove—a 
shallow groove in the cell membrane that opens to the 
outside. When this has taken place, the macronuclei of 
each begins to disintegrate, while the micronucleus 
divides in four. Three of these then degenerate and 
the remaining nucleus divides once again to produce 
two micronuclei that are genetically identical. The two 
cells then exchange one of these nuclei, which, upon 
reaching the other individual’s micronucleus, fuses to 
form what is known as a “zygote nucleus.” Shortly 
afterwards, the two cells separate but within each cell 
a number of other cellular and cytoplasmic divisions 
will continue to take place, eventually resulting in the 
production of four daughter cells from each individual. 


Protozoans live in a great range of environmental 
conditions. When these conditions are unfavorable, 
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such as when food is scarce, most species are able to 
enter an inactive phase, where cells become non-motile 
and secrete a surrounding cyst that prevents desicca- 
tion and protects the cell from extreme temperatures. 
The cysts may also serve as a useful means of dispersal, 
with cells being borne on the wind or on the feet of 
animals. Once the cyst reaches a more favorable sit- 
uation, the outer wall breaks down and the cell 
resumes normal activity. 


Many species are of considerable interest to scien- 
tists, not least because of the medical problems that 
many cause. The Plasmodium protozoan, the cause of 
malaria in humans, is responsible for hundreds of 
millions of cases of illness each year, with many deaths 
occurring in poor countries. This parasite is trans- 
ferred from a malarial patient to a healthy person by 
the bite of female Anopheles mosquitoes. As the mos- 
quito feeds on a victims’ blood the parasite passed 
from its salivary glands into the open wound. From 
there, they make their way to the liver where they 
multiply and later enter directly into red blood cells. 
Here they multiply even further, eventually causing 
the blood cell to burst and release from three to 
36 infectious bodies into the blood plasma. A mos- 
quito feeding on such a patient’s blood may absorb 
some of these organisms, allowing the parasite to 
complete its life cycle and begin the process all over 
again. The shock of the release of so many parasites 
into the human blood stream results in a series of chills 
and fevers—typical symptoms of malaria. Acute cases 
of malaria may continue for some days or even weeks, 
and may subside if the body is able to develop an 
immunity to the disease. Relapses, however, are com- 
mon and malaria is still a major cause of death in the 
tropics. Although certain drugs have been developed 
to protect people from Plasmodium many forms of 
malaria have now developed, some of which are 
immune to the strongest medicines. 


Amoebic dysentery is caused by Entamoeba histo- 
lytica; African sleeping sickness, which is spread by the 
bite of the tse-tse fly, is caused by the flagellate proto- 
zoan Trypanosoma; a related species T. cruzi causes 
Chagas’ disease in South and Central America; 
Eimeria causes coccidiosis in rabbits and poultry; and 
Babesia, spread by ticks, causes red water fever in cattle. 


Some protozoan species form nondestructive rela- 
tionships with other species such as the protozoans 
found in the intestine of wood-eating termites. Living 
in the termites’ intestines the protozoans are provided 
with a place to live as they ingest the wood fibers for 
their own nutrition. In the process of doing so, they 
also release proteins which can be absorbed by the 
termite’s digestive system, which is otherwise unable 
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to break down the tough cellulose walls of the wood 
fibers. Through this mutualistic relationship, the ter- 
mites benefit from a nutritional source that they could 
otherwise not digest, while the protozoans receive a 
place to live and a steady supply of food. 


Protozoans are an important food source for a 
wide range of animals and are therefore essential for 
the ecological food webs. Many also play a role in 
medical research while others are used in industry, for 
example in the purification of filter and sewage beds. 


tl Psychiatry 


Psychiatry is the branch of medicine concerned 
with the study, diagnosis, and treatment of mental 
illnesses. The word, psychiatry, comes from two 
Greek words that mean mind healing. Those who 
practice psychiatry are called psychiatrists. In addition 
to their Doctor of Medicine degrees (MDs), these 
physicians have post-graduate education in the diag- 
nosis and treatment of behaviors that are considered 
abnormal. They tend to view mental disorders as dis- 
eases and, unlike psychologists, can prescribe medi- 
cine to treat mental illness. Other medical treatments 
occasionally used by psychiatrists include surgery and 
electroshock therapy. 


Many, but not all, psychiatrists use psychoanalysis, 
a system of talking therapy based on the theories of 
Austrian physiologist, medical doctor, psychologist 
Sigmund Freud (1856-1939), in order to treat patients. 
Psychoanalysis often involves frequent sessions lasting 
over many years. According to the American 
Psychiatric Association, well trained and proficient psy- 
chiatrists use a number of types of psychotherapy in 
addition to psychoanalysis and prescription medication 
to create a treatment plan that fits a patient’s needs. 


The field of psychiatry is thought to have begun in 
the 1700s by French physician Philippe Pinel (1745— 
1826) and English physician J. Connolly who advocated 
humane treatment for the mentally ill. Before the work 
of Pinel and Connolly, most people thought that mental 
illness was caused by demonic possession and could be 
cured by exorcism. Some physicians believed a theory 
put forth by Greek physician Hippocrates (460-377 BC 
According to this theory, people who were mentally ill 
had an imbalance of the elements: water, earth, air, and 
fire; and also of the humors: blood, phlegm, and bile. 


By the late 1800s, physicians started to take a more 
scientific approach to the study and treatment of 
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mental illness. German psychiatrist Emil Kraepelin 
(1856-1926) had begun to make detailed written obser- 
vations of how his patients’ mental disturbances had 
came into being as well as their family histories. Freud 
began developing his technique of using the psycho- 
analytic techniques of free association and dream inter- 
pretation to trace his patients’ behavior to repressed, or 
hidden drives. Others worked to classify types of 
abnormal behavior so that physicians could accurately 
diagnose patients. Today, psychiatry has become more 
specialized with psychiatrists who focus on treating 
specific groups of people, such as children and adoles- 
cents, criminals, women, and the elderly. 


Scientific researchers in the twentieth and twenty- 
first centuries have confirmed that many mental dis- 
orders have a biological basis and can be effectively 
treated with psychiatric drugs which fall into four 
categories: antipsychotics, antidepressants, mood sta- 
bilizers, and antianxiety medications. Because of this 
new insight, the confinement of people with severe 
mental illnesses and problems has steadily declined 
over the past fifty years. In addition, more money is 
being spent at the federal and state government levels, 
within the medical community, and in the private 
sector for the care and assistance of people with severe 
mental disabilities. 


See also Psychology. 


l Psychoanalysis 


Psychoanalysis is a form of psychotherapy used by 
qualified psychotherapists to treat patients who have a 
range of mild to moderate chronic life problems. It is 
related to a specific body of theories about the relation- 
ships between conscious and unconscious mental proc- 
esses. However, it should not be used as a synonym for 
psychotherapy in general. Psychoanalysis is done one- 
on-one with the patient and the analyst; it is not appro- 
priate for group work. The term psychoanalysis has 
three meanings: 1) a theory of personality with an 
emphasis on motivation, or why humans behave the 
way they do; 2) a method of treatment for various 
psychological problems; and 3) a group of techniques 
used to explore human nature or the mind. 


History 


Psychoanalysis is the most intensive form of an 
approach to treatment called psychodynamic therapy. 
Psychodynamic refers to a view of human personality 
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that comes about from interactions between conscious 
and unconscious factors. The purpose of all forms of 
psychodynamic treatment is to bring unconscious men- 
tal material and processes into full consciousness so that 
the patient can gain more control over his or her life. 


Classical psychoanalysis has become the least com- 
monly practiced form of psychodynamic therapy 
because of its demands on the patient’s time, as well 
as on his or her emotional and financial resources. It is, 
however, the oldest form of psychodynamic treatment. 


The theories that underlie psychoanalysis were 
worked out by Austrian physiologist, medical doctor, 
psychologist Sigmund Freud (1856-1939) during the 
early years of the twentieth century. Freud lived in an 
era rich with groundbreaking scientific discoveries in 
physics, biology, and medicine. He studied medicine 
with the goal of being a scientist and doing research, 
not of seeing patients, and as a medical student he 
performed laboratory research on the nervous system. 
For financial reasons Freud was forced to practice med- 
icine and see patients, and because of his research back- 
ground he began specializing in the treatment of nervous 
disorders or psychological problems. To improve his 
treatment skills he studied with French psychiatrist 
and neurologist Jean-Martin Charcot (1825-1893) who 
was using hypnosis as a treatment method. But, Freud 
felt hypnosis did not provide long term cures, and it did 
not get to the sources of his patients’ problems. Next, 
Freud tried a method being used by Josef Breuer (1842— 
1925), a Viennese physician, whereby patients’ symp- 
toms were cured by talking about them. It was through 
using the “talking cure” with his own modifications and 
revisions to it that Freud formed his theories of person- 
ality and psychoanalytic therapy. 


Personality theory 


Over Freud’s long life, his thinking evolved and he 
continually revised his theories. Since Freud’s death, 
psychoanalytic theory and therapy have been modi- 
fied by numerous psychoanalysts, psychologists, and 
psychiatrists. 


One of Freud’s most significant contributions to 
psychology and the world at large was his view of the 
unconscious. To Freud the unconscious is the seat of 
all of human impulses, instincts, wishes, and desires, 
which people are usually unaware, or not conscious of. 
It is irrational and yet it is just this part of human 
nature that controls most behavior. 


Personality organization 


Personality is composed of three interacting 
systems—id, ego, and superego. They are not 
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structures or things; they are simply names for differ- 
ent psychological processes, and in normal circum- 
stances they work together harmoniously. 


The id, present at birth, is the foundation of per- 
sonality containing all of the instincts and receiving 
its energy from bodily processes. Id operates accord- 
ing to the pleasure principle, meaning it avoids pain 
and seeks pleasure using two processes—reflex actions 
and primary process. Reflexes are inborn actions that 
reduce discomfort immediately, like a sneeze. Primary 
process is very simply forming a wish-fulfilling image 
of what is desired. For example, if one was hungry the 
person might start imagining a favorite meal. 
Imagining of course will not satisfy hunger, or most 
other needs, and the ego develops to deal with reality 
and satisfy the id’s demands because the id cannot tell 
the difference between what exists in reality and what 
is in the mind. 


The ego, on the other hand, can make that dis- 
tinction and it operates according to the reality prin- 
ciple, mediating between the desires of the id and the 
realities of the outside world. Ego tries to satisfy the 
id’s urges in the most appropriate and effective ways. 
For example, the id might urge the person to go to 
sleep immediately, no matter where they are. The ego 
would delay sleep until a convenient time and an 
appropriate place were found. 


The superego is the third and last system of per- 
sonality to develop. It represents traditional values of 
society as learned by the child through its parents. It is 
concerned with morals and tells us what is right and 
wrong, punishing people with guilt feelings if they do 
something that was taught to be wrong. Both the ego 
and superego derive their energy from the id. 


Personality development 


Freud believed human behavior and thought are 
ruled by numerous instincts that fall into two 
groups—those that further life and those that further 
death. Scientists know little about the death instincts, 
but aggression and destructiveness come from them. 
Life instincts further survival and reproduction. 
Sexual instincts are the main life instincts and they 
are very important in the psychoanalytic theory of 
development. Freud believed humans pass through 
five stages of psychosexual development: the oral, 
anal, phallic, latent, and genital. 


In the oral stage infants find pleasure in using 
their mouths to eat and suck. In the anal stage, from 
about age two to four years, pleasure is found in the 
tension reducing release of waste products. During the 
phallic stage children become preoccupied with their 
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genitals, and they begin to develop an attraction to 
their opposite sex parent, which is called the oedipus 
complex. How the child and his or her parents deal 
with the oedipus complex can have a great impact on 
the individual’s personality. During the latency 
period, roughly from ages five to 12 years, the sexual 
instincts are subdued until physiological changes in 
the reproductive system at puberty reawaken them. 
With puberty the genital stage begins, wherein the 
individual develops attraction to the opposite sex 
and becomes interested in forming a loving union 
with another. This is the longest of the stages, lasting 
from puberty until senility. It is characterized by 
socialization, vocational planning, and decisions 
about marriage and raising a family. 


Psychoanalytic therapy 


Freud believed the foundation of personality is 
formed during early childhood and mental illness 
occurs when unpleasant childhood experiences are 
repressed, or kept from consciousness, because they 
are painful. Psychoanalytic therapy tries to uncover 
these repressed thoughts; in this way the patient is 
cured. 


Freud’s primary method of treatment was free 
association, in which the patient is instructed to say 
anything and everything that comes to mind. Freud 
found that patients would eventually start talking 
about dreams and painful early childhood memories. 
Freud found dreams especially informative about the 
person’s unconscious wishes and desires. In fact, he 
called dreams the “royal road to the unconscious.” 
The patient and analyst then try to understand what 
these memories, feelings, and associations mean to the 
patient. 


Treatment styles 


People considered best suited to psychoanalytic 
treatment include those with depression, character 
disorders, neurotic conflicts, and chronic relationship 
problems. When the patient’s conflicts are long-stand- 
ing and deeply entrenched in his or her personality, 
psychoanalysis may be preferable to psychoanalytic 
psychotherapy, because of its greater depth. 


Psychoanalysis is not suitable for patients suffer- 
ing from severe depression or psychotic disorders such 
as schizophrenia. It is also not appropriate for people 
with addictions or substance dependency, disorders of 
aggression or impulse control, or acute crises; some of 
these people may benefit from psychoanalysis after the 
crisis has been resolved. 
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In both psychoanalysis and psychoanalytic psycho- 
therapy, the therapist does not tell the patient how to 
solve problems or offer moral judgments. The focus of 
treatment is exploration of the patient’s mind and habit- 
ual thought patterns. Such therapy is termed non- 
directed. It is also insight-oriented, meaning that the 
goal of treatment is increased understanding of the 
sources of one’s inner conflicts and emotional problems. 
The basic techniques of psychoanalytical treatment 
include: neutrality, free association, and transference. 


Neutrality means that the analyst does not take 
sides in the patient’s conflicts, express feelings about 
the patient, or talk about his or her own life. Therapist 
neutrality is intended to help the patient stay focused 
on issues rather than be concerned with the therapist’s 
reactions. In psychoanalysis, the patient lies on a 
couch facing away from the therapist. In psychody- 
namic psychotherapy, however, the patient and thera- 
pist usually sit in comfortable chairs facing each other. 


Free association means that the patient talks 
about whatever comes into mind without censoring 
or editing the flow of ideas or memories. Free associ- 
ation allows the patient to return to earlier or more 
childlike emotional states (regress). Regression is 
sometimes necessary in the formation of the therapeu- 
tic alliance. It also helps the analyst to understand the 
recurrent patterns of conflict in the patient’s life. 


Transference is the name that psychoanalysts use 
for the patient’s repetition of childlike ways of relating 
that were learned in early life. If the therapeutic alli- 
ance has been well established, the patient will begin to 
transfer thoughts and feelings connected with siblings, 
parents, or other influential figures to the therapist. 
Discussing the transference helps the patient gain 
insight into the ways in which he or she misreads or 
misperceives other people in present life. 


In psychoanalytic treatment, the analyst is silent 
as much as possible, in order to encourage the 
patient’s free association. However, the analyst offers 
judiciously timed interpretations, in the form of verbal 
comments about the material that emerges in the ses- 
sions. The therapist uses interpretations in order to 
uncover the patient’s resistance to treatment, to dis- 
cuss the patient’s transference feelings, or to confront 
the patient with inconsistencies. Interpretations may 
be either focused on present issues (dynamic) or 
intended to draw connections between the patient’s 
past and the present (genetic). The patient is also 
often encouraged to describe dreams and fantasies as 
sources of material for interpretation. 


Working through occupies most of the work in 
psychoanalytic treatment after the transference has 
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KEY TERMS 


Ego—Mental processes that deal with reality and 
try to mediate between the id and the environment. 


Free association—Method used in psychoanalytic 
therapy to bring unconscious memories to aware- 
ness. The patient tells the psychoanalyst everything 
he or she thinks of. 


Id—Unconscious mental processes containing 
instincts that dominate personality. 


Instincts—Mental representations of bodily needs 
that direct thought. 


Pleasure principle—The avoidance of pain and 
seeking of pleasure which the id performs. 


Primary process—Wish-fulfilling images formed 
by the id. 

Psychoanalysis—A theory of personality, method 
of psychotherapy, and approach to studying 
human nature, begun by Sigmund Freud. 


Psychosexual development—Five stages of devel- 
opment humans pass through: oral, anal, phallic, 
latent, and genital. 


Reality principle—Rational, realistic thinking the 
ego operates according to. 


Superego—Mental processes concerned with mor- 
ality as taught by parents. 


Unconscious—That which humans are unaware 
of. Ruler of behavior containing all instincts and 
thoughts people are unaware of. 


been formed and the patient has begun to acquire 
insights into his or her problems. Working through is 
a process in which the new awareness is repeatedly 
tested and “tried on for size” in other areas of the 
patient’s life. It allows the patient to understand the 
influence of the past on his or her present situation, to 
accept it emotionally as well as intellectually, and to 
use the new understanding to make changes in present 
life. Working through thus helps the patient to gain 
some measure of control over inner conflicts and to 
resolve them or minimize their power. 


Although psychoanalytic treatment is primarily 
verbal, medications are sometimes used to stabilize 
patients with severe anxiety, depression, or other 
mood disorders during the analysis. 


According to the American Psychoanalytic 
Association (APsaA), psychoanalysis is becoming 
more popular around the world, in spite of the 
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development of new anti-depression drugs and the 
growing sector of managed health care. Statistics 
show that the majority of patients in the United 
States take psychoanalysis for a little over five years, 
where most of the cost is passed to the patient. In 
Canada, with most of the expenses are covered with 
insurance, most patients take psychoanalysis for a 
little less than five years. Surveys researched by the 
APsaA show that 60 to 90% of the outcomes of psy- 
choanalysis are positive for the patient. In addition, 
over 80% of patients try psychoanalysis only after 
responding favorably to other forms of treatment. 
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I Psychology 


Psychology comes from the Greek words psyche, 
meaning mind or soul, and /ogos, meaning word. It is 
the scientific study of human and animal behavior and 
mental processes. Behavior refers here to easily 
observable activities such as walking, talking, or smil- 
ing. Mental processes, such as thinking, feeling, or 
remembering, often cannot be directly observed and 
must be inferred from observable behaviors. For 
example, one might infer someone is feeling happy 
when he or she smiles, or has remembered what he or 
she studied when doing well on an examination. 
Psychology is a very broad social science with approx- 
imately ten main fields The major unifying thread 
running throughout all of this diversity is use of the 
scientific method and the belief that psychological 
phenomena can be studied in a systematic, scientific 
way. Psychologists conduct research very much like 
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scientists in other fields, developing hypotheses or 
possible explanations of certain facts and testing 
them using various research methods. 


A brief history 


Psychology as a separate, scientific discipline has 
existed for just over 100 years, but since the dawn of 
time people have sought to understand human and 
animal nature. For many years psychology was a 
branch of philosophy until scientific findings in the 
nineteenth century allowed it to become a separate 
field of scientific study. 


In the mid-nineteenth century, a number of 
German scientists [Johannes Peter Muller (1801- 
1858), Hermann Ludwig Ferdinand von Helmholtz 
(1821-1894), and Gustav Theodor Fechner (1801— 
1887)] performed the first systematic studies of sensa- 
tion and perception demonstrating that mental proc- 
esses could be measured and studied scientifically. 


In 1879, Wilhelm Wundt (1832-1920), a German 
physiologist and philosopher, established the first formal 
laboratory of psychology at the University of Leipzig in 
Germany. Wundt’s work separated thought into simpler 
processes such as perception, sensation, emotion, and 
association. This approach looked at the structure of 
thought and came to be known as structuralism. 


In 1875, Wiliam James (1842-1910), an American 
physician well-versed in philosophy, began teaching psy- 
chology as a separate subject for the first time in the 
United States, and he and his students began doing 
laboratory experiments. In contrast to structuralists, 
James thought consciousness flowed continuously and 
could not be separated into simpler elements without 
losing its essential nature. For instance, when humans 
look at an apple, they see an apple, not a round, red, 
shiny object. James argued studying the structure of the 
mind was not as important as understanding how it 
functions in helping people to adapt to their surround- 
ings. This approach became known as functionalism. 


In 1913, American psychologist John Broadus 
Dotson Watson (1878-1958) argued that mental proc- 
esses could not be reliably located or measured, 
and that only observable, measurable behavior should 
be the focus of psychology. This approach, known 
as behaviorism, held that all behavior could be 
explained as responses to stimuli in the environment. 
Behaviorists tend to focus on the environment and 
how it shapes behavior. For instance, a strict behav- 
iorist trying to understand why a student studies hard 
might say it is because he/she is rewarded by the 
teacher for getting good grades. Behaviorists would 
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think possessing internal motivations such as a desire 
to succeed or a desire to learn is unnecessary. 


At about the same time behaviorism was gaining a 
hold in the United States, Gestalt psychology, 
founded by Max Wertheimer, Kurt Koffka, and 
Wolfgang Kohler, arose in Germany. Gestalt 
(a German word referring to wholeness) psychology 
focused on perception and, like William James, argued 
that perception and thought cannot be broken into 
smaller pieces without losing their wholeness or 
essence. They argued that humans actively organize 
information and that in perception the wholeness and 
pattern of things dominates. For instance, when peo- 
ple watch movies they perceive people and things in 
motion, yet the eye sees what movies really are, that is, 
individual still pictures shown at a constant rate. The 
common saying “the whole is greater than the sum of 
its parts” illustrates this important concept. 


Austrian physiologist, medical doctor, psychologist 
Sigmund Freud (1856-1939) began his career in the 
1890s and formulated psychoanalysis, which is both a 
theory of personality and a method of treating people 
with psychological difficulties. His most influential con- 
tribution to psychology was his concept of the uncon- 
scious. To Freud, human behavior is largely determined 
by thoughts, wishes, and memories of which people are 
unaware. Painful childhood memories are pushed out of 
consciousness and become part of the unconscious 
from where they can greatly influence behavior. 
Psychoanalysis as a method of treatment strives to 
bring these memories to awareness and free the individ- 
ual from his or her often negative influence. 


The 1950s saw the development of cognitive and 
humanistic psychologies. Humanistic psychology was 
largely created by American psychologist Abraham 
Maslow (1908-1970) who felt psychology had focused 
more on human weakness than strength, mental illness 
over mental health, and that it neglected free will. 
Humanistic psychology looks at how people achieve 
their own unique potential or self actualization. 


Cognitive psychology focuses on how people per- 
ceive, store, and interpret information, studying proc- 
esses like perception, reasoning, and problem solving. 
Unlike behaviorists, cognitive psychologists believe it 
is necessary to look at internal mental processes in 
order to understand behavior. Cognitive psychology 
has been extremely influential, and much contempo- 
rary research is cognitive in nature. 


Contemporary psychology 


New technologies allowing visualization of the 
human brain at work and advances in knowledge of 
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brain and nerve cellchemistry have influenced psy- 
chology tremendously. In one technique, called the 
deoxyglucose technique, a projected visual image of 
the brain shows where energy-producing glucose is 
being used by the brain at that moment. Researchers 
might ask subjects to solve different types of problems 
and look at which areas of the brain are most active. 
These new technologies have allowed psychologists to 
specify where exactly specific types of mental proc- 
esses occur. This emerging field has been labeled neu- 
ropsychology or neuroscience. 


Only behaviorism and psychoanalysis survive 
as separate schools of thought now. Modern psychol- 
ogists tend to be eclectic, drawing upon different 
theories and approaches depending on what they 
are studying. There has been tremendous growth in 
the topics studied by psychologists due in part to 
developments in computers and data analysis. The 
American Psychological Association currently has 45 
divisions, each representing areas of special interest to 
psychologists. 


Ten main fields of psychology 


Abnormal psychology studies maladaptive behav- 
ior patterns and psychopathology. 


Clinical psychology studies and applies therapeu- 
tic methods to the treatment of individuals experienc- 
ing problems in life. 


Comparative psychology studies similarities and 
differences in behavior of various animal species. 


Developmental psychology studies the stability 
and change of characteristics, such as intelligence or 
social skills, over the life span. 


Educational psychology studies teaching methods 
to improve learning in the classroom. 


Industrial/Organizational psychology studies work 
and working environments and applies findings to 
improve job satisfaction and productivity. 


Personality psychologists study individual differ- 
ences across a number of different personal attributes 
such as shyness, conscientiousness, etc. 


Physiological psychologists study biological bases 
of behavior, focusing on the nervous system. 


Social psychologists study behaviors of individu- 
als in groups and how people affect one another’s 
behavior. 


There are many disciplines within psychology. 
Some of them are: abnormal, applied, art, biological, 
clinical, comparative, cognitive, counseling, develop- 
mental, educational, forensic, health, human factors, 
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KEY TERMS 


Behaviorism—A_ highly influential school of 
thought in psychology, it holds that observable 
behaviors are the only appropriate subject matter 
for psychological research. 


Cognitive psychology—The study of mental 


processes. 
Functionalism—A_ school of psychology that 
focused on the functions or adaptive purposes of 
behavior. 


Gestalt psychology—A school of thought that 
focused on perception and how the mind actively 
organizes sensations. 

Humanistic psychology—A school of psychology 
emphasizing individuals’ uniqueness and _ their 
capacity for growth. 

Neuropsychology—The study of the brain and 
nervous system and their role in behavior and men- 
tal processes. 

Psychoanalysis—Theory of personality and method 
of psychotherapy founded by Sigmund Freud. 
Psychology—The study of behavior and mental 
processes. 

Social sciences—Fields studying society and its 
members, e.g., history, economics, psychology. 


industrial/organizational, personality, psychometric, 
research, school, and social. 


See also Psychiatry. 
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tl Psychometry 


Psychometry or psychometrics is a field of psy- 
chology which uses tests to quantify psychological 
aptitudes, reactions to stimuli, types of behavior, 
etc., in an effort to devlop reliable scientific models 
that can be applied to larger populations. 


Reliability 


Reliability refers to the consistency of a test, or the 
degree to which the test produces approximately the 
same results over time under similar conditions. 
Ultimately, reliability can be seen as a measure of a 
test’s precision. 


A number of different methods for estimating 
reliability can be used, depending on the types of 
items on the test, the characteristic(s) a test is intended 
to measure, and the test user’s needs. The most com- 
monly used methods to assess reliability are the test- 
retest, alternate form, and split-half methods. Each of 
these methods attempts to isolate particular sources 
and types of error. 


Error is defined as variation due to extraneous 
factors. Such factors may be related to the test-taker, 
if for instance he or she is tired or ill the day of the test 
and it affects the score. Error may also be due to 
environmental factors in the testing situation, such as 
an uncomfortable room temperature or distracting 
noise. 


Test-retest methods look at the stability of test 
scores over time by giving the same test to the same 
people after a reasonable time interval. These methods 
try to separate out the amount of error in a score 
related to the passing of time. In test-retest studies, 
scores from the first administration of a test are com- 
pared mathematically through correlation with later 
score(s). 
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Test-retest methods have some serious limita- 
tions, one of the most important being that the first 
test-taking experience may affect performance on the 
second test administration. For instance, the individ- 
ual may perform better at the second testing, having 
learned from the first experience. Moreover, tests 
rarely show perfect test-retest reliability because 
many factors unrelated to the tested characteristic 
may affect the test score. In addition, test-retest meth- 
ods are only suitable to use with tests of characteristics 
that are assumed to be stable over time, such as intel- 
ligence. They are unsuitable for tests of unstable char- 
acteristics like emotional states such as anger or 
anxiety. 


The alternate-form method of assessing reliability 
is very similar to test-retest reliability except that a 
different form of the test in question is administered 
the second time. Here two forms of a test are created to 
be as similar as possible so that individual test items 
should cover the same material at the same level of 
ease or difficulty. The tests are administered to a sam- 
ple and the scores on the two tests are correlated to 
yield a coefficient of equivalence. A high coefficient of 
equivalence indicates the overall test is reliable in that 
most or all of the items seem to be assessing the same 
characteristic. Low coefficients of equivalence indicate 
the two test forms are not assessing the same 
characteristic. 


Alternate form administration may be varied by 
the time interval between testing. Alternate form with 
immediate testing tries to assess error variance in 
scores due to various errors in content sampling. 
Alternate form with delayed administration tries to 
separate out error variance due to both the passage 
of time and to content sampling. Alternate-form reli- 
ability methods have many of the same limitations as 
test-retest methods. 


Split-half reliability methods consist of a number 
of methods used to assess a test’s internal consistency, 
or the degree to which all of the items are assessing the 
same characteristic. In split-half methods a test is 
divided into two forms and scores on the two forms 
are correlated with each other. This correlation coef- 
ficient is called the coefficient of reliability. The most 
common way to split the items is to correlate even- 
numbered items with odd-numbered items. 


Validity 


Validity refers to how well a test measures what it 
intends to, along with the degree to which a test vali- 
dates intended inferences. Thus a test of achievement 
motivation should assess what the researcher defines 
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as achievement motivation. In addition, results from 
the test should, ideally, support the psychologist’s 
insights into, for example, the individual’s level of 
achievement in school, if that is what the test construc- 
tors intended for the test. Most psychometric research 
on tests focuses on their validity. Because psycholo- 
gists use tests to make different types of inferences, 
there are a number of different types of validity. These 
include content validity, criterion-related validity, and 
construct validity. 


Content validity refers to how well a test covers 
the characteristic(s) it is intended to measure. Thus test 
items are assessed to see if they are: (a) tapping into the 
characteristic(s) being measured; (b) comprehensive in 
covering all relevant aspects; and (c) balanced in their 
coverage of the characteristic(s) being measured. 
Content validity is usually assessed by careful exami- 
nation of individual test items and their relation to the 
whole test by experts in the characteristic(s) being 
assessed. 


Content validity is a particularly important issue 
in tests of skills. Test items should tap into all of the 
relevant components of a skill in a balanced manner, 
and the number of items for various components of 
the skill should be proportional to how they make up 
the overall ability. Thus, for example, if it is thought 
that addition makes up a larger portion of mathemat- 
ical abilities than division, there should be more items 
assessing addition than division on a test of mathe- 
matical abilities. 


Criterion-related validity deals with the extent to 
which test scores can predict a certain behavior 
referred to as the criterion. Concurrent and predictive 
validity are two types of criterion related validity. 
Predictive validity looks at how well scores on a test 
predict certain behaviors such as achievement, or 
scores on other tests. For instance, to the extent that 
scholastic aptitude tests predict success in future edu- 
cation, they will have high predictive validity. 
Concurrent validity is essentially the same as predic- 
tive validity except that criterion data is collected at 
about the same time it is collected from the predictor 
test. The correlation between test scores and the 
researcher’s designated criterion variable indicates 
the degree of criterion-related validity. This correla- 
tion is called the validity coefficient. 


Construct validity deals with how well a test 
assesses the characteristic(s) it is intended to assess. 
Thus, for example, with a test intended to assess an 
individual’s sense of humor one would first ask “What 
are the qualities or constructs that comprise a sense of 
humor?” and then, “Do the test items seem to tap 
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KEY TERMS 


Coefficient—lIn statistics, a number that expresses the 
degree of relationship between variables. It is most 
commonly used with a qualifying term that further 
specifies its meaning as in “correlation coefficient.” 


Correlation—A statistical measure of the degree of 
relationship between two variables. 


Error variance—The amount of variability in a set of 
scores that cannot be assigned to controlled factors. 


Normative data—A set of data collected to establish 
values representative of a group such as the mean, 
range, and standard deviation of their scores. It is 
also used to get a sense of how a skill, or character- 
istic is distributed in a group. 

Norms—Values that are representative of a group 
and that may be used as a baseline against which 
subsequently collected data is compared. 


those qualities or constructs?” Issues of construct val- 
idity are central to any test’s worth and utility, and 
they usually play a large part in the early stage of 
constructing a test and initial item construction. 
There is no single method for assessing a test’s con- 
struct validity. It is assessed using many methods and 
the gradual accumulation of data from various stud- 
ies. In fact, estimates of construct validity change 
constantly with the accumulation of additional infor- 
mation about how the test and its underlying construct 
relate to other variables and constructs. 


In assessing construct validity, researchers often 
look at a test’s discriminant validity, which refers to 
the degree that scores on a test do not correlate very 
highly with factors that theoretically they should not 
correlate very highly with. For example, scores on a 
test designed to assess artistic ability might not be 
expected to correlate very highly with scores on a test 
of athletic ability. A test’s convergent validity refers to 
the degree that its scores do correlate with factors they 
theoretically would be expected to. Many different 
types of studies can be done to assess an instrument’s 
construct validity. 


Item analysis 


In constructing various tests, researchers perform 
numerous item analyses for different purposes. As men- 
tioned previously, at the initial stages of test construc- 
tion, construct validity is a major concern, so that items 
are analyzed to see if: (a) they tap the characteristic(s) in 
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Reliability—The consistency of a test, or the degree 
to which the test produces approximately the same 
results under similar conditions over time. 


Representative sample—Any group of individuals 
that accurately reflects the population from which 
it was drawn on some characteristic(s). 


Sample—Any group of people, animals, or things 
taken from a particular population. 


Validity—How well a test measures what it intends 
to, as well the degree to which a test validates sci- 
entific inferences. 


Variance—A measure of variability in a set of scores 
that may be due to many factors such as error. 


question, and (b) taken together, the times comprehen- 
sively capture qualities of the characteristic being tested. 
After the items have been designed and written, they 
will often be administered to a small sample to see if 
they are understood as the researcher intended, to 
examine if they can be administered with ease, and to 
see if any unexpected problems crop up. Often the test 
will need to be revised. 


Now the potentially revised and improved test is 
administered to the sample of interest, and the difficulty 
of the items is assessed by noting the number of incorrect 
and correct responses to individual items. Often the 
proportion of test takers correctly answering an item 
will be plotted in relation to their overall test scores. 
This provides an indication of item difficulty in relation 
to an individual’s ability, knowledge, or particular char- 
acteristics. Item analysis procedures are also used to see 
if any items are biased toward or against certain groups. 
This is done by identifying those items certain groups of 
people tend to answer incorrectly. 


It should be noted that in test construction, test 
refinement continues until validity and reliability are 
adequate for the test’s goals. Thus item analysis, val- 
idity, or reliability data may prompt the researcher to 
return to earlier stages of the test design process to 
further revise the test. 


Normative data 


When the researcher is satisfied with the individ- 
ual items of a test, and reliability and validity are 
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established at levels suitable to the intended purposes 
of the test, normative data is collected. Normative 
data is obtained by administering the test to a repre- 
sentative sample in order to establish norms. Norms 
are values that are representative of a group and that 
may be used as a baseline against which subsequently 
collected data is compared. Normative data helps get a 
sense of the distribution or prevalence of the charac- 
teristic being assessed in the larger population. By 
collecting normative data, various levels of test per- 
formance are established and raw scores from the test 
are translated into a common scale. 


Common scales are created by transforming raw 
test scores into a common scale using various mathe- 
matical methods. Common scales allow comparison 
between different sets of scores and increase the 
amount of information a score communicates. For 
example, intelligence tests typically use a common 
scale in which 100 is the average score and standard 
deviation units are 15 or 16. 


Current research/trends 


Currently many new psychometric theories and 
statistical models are being proposed that will prob- 
ably lead to changes in test construction. In addition, 
the use of computers to administer tests interactively is 
on the rise. Finally, studies of test bias and attempts to 
diminish it will likely increase in response to lawsuits 
challenging various occupational and school decisions 
based on test results. 
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i Psychosis 


A psychotic state is one in which a person suffer- 
ing from one of several mental illnesses loses touch 
with reality. People experiencing psychosis may 
be diagnosed as schizophrenic, manic-depressive, or 
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delusional. Psychosis can also be induced from drug or 
alcohol abuse, reaction to medication, from exposure 
to some toxic substance, or from trauma to the brain. 
Psychotic episodes have a duration that may last for a 
brief period or may last for weeks and months at a 
time. Since the 1950s new medications have been 
developed to effectively treat psychosis and allow the 
person suffering from delusions or hallucinations to 
regain a more accurate view of reality. 


There is significant evidence that the cause of 
psychosis lies within the limbic system, an area of the 
brain that lies deep within the lower, center portion of 
the brain and is believed to control the emotion, 
behavior, and perception of external and internal stim- 
ulation. The limbic system connects to all areas of the 
brain. It can be compared to a telephone network. If 
one line is down, communication cannot be made. 
Likewise, if an area within the limbic system is not 
functioning properly, appropriate signals cannot be 
sent or received, or inappropriate ones may be sent 
when the system is overloaded and working too hard. 


Forms of psychosis 


Before the careful classification of mental ill- 
nesses, anyone exhibiting psychotic behavior was 
thought to be schizophrenic, which is the mental ill- 
ness most frequently associated with psychosis. 
Schizophrenia is a mental illness that is characterized 
by delusions, hallucinations, thought disorders, disor- 
ganized speech and behavior, and sometimes catatonic 
behavior. Emotions tend to flatten out and it becomes 
increasingly more difficult for the person to function 
normally in society. It is estimated that 1% of the 
American population is currently affected by this ill- 
ness, which means there are about 1.5 million people 
who are ill from this disease. 


In certain states of manic-depressive illness, or 
bipolar disorder, a patient may also suffer psychotic 
symptoms of delusions, hallucinations, and thought 
disorder. Unlike schizophrenia, those who suffer from 
manic-depressive illness are involved in a mood disor- 
der, while schizophrenia is considered more of a 
thought disorder. In schizophrenia the mood is flat, 
but in manic-depression the mood can swing from 
great excitability to deep depression and feelings 
of hopelessness. In both phases of manic-depressive 
illness, many patients also experience delusions 
and hallucinations, which lead to misperceptions of 
reality. 


Other psychiatric illnesses that produce psychotic 
episodes are delusional disorders, brief psychotic dis- 
orders that may remit within a month, substance- 
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induced psychotic disorders, psychotic disorders due 
to a general medical condition, and a number of others 
given separate classification in the Diagnostic and 
Statistical Manual of Mental Disorders (DSM-IV), 
a publication that presents guidelines for the diagnosis 
of serious mental illnesses. Diagnosis is based both on 
the nature of the psychosis and its duration. 


Symptoms of psychosis 


Hallucinations are a major symptom of psychosis 
and can be defined as a misperception of reality. 
Auditory hallucinations are the most common form. 
Patients hear voices that may seem to be outside his or 
her head or inside. The voices may be argumentative 
or congratulatory. Patients who exhibit visual halluci- 
nations may have an organic problem, such as a brain 
lesion. Other types of hallucinations involve the sense 
of smell and touch. 


There are various types of delusions that psychia- 
trists classify when diagnosing a patient. Erotomanic 
delusions involve the conviction that someone is in 
love with the patient. Grandiose delusions have a 
theme of inflated importance, power, knowledge, or 
a special relationship with someone important, per- 
haps a political leader, God, or a famous person. In a 
jealous type of delusion, the person feels their sexual 
partner is unfaithful even when there is no evidence of 
the fact. The main theme of a persecution delusion is 
that the patient is being mistreated by someone. In 
somatic delusions, patients feel they have a disease or 
physical defect that is also not present. 


Medications for treatment 


Antipsychotic medications were first used after it 
was noticed that a newly synthesized anesthetic had 
unusual ability to sedate patients who did not become 
unconscious from its use. Dr. Henri Laborit, a French 
physician, encouraged his psychiatric colleagues to 
try the drug on their schizophrenic patients. They 
were so successful with this drug, chlorpromazine, 
that its use spread quickly throughout the world. 
This was in 1952. Since then, seven different types of 
antipsychotic medications have been developed. Some 
of the brand names include Thorazine, Trilafon, and 
Haldol. 


These medicines are administered by tablet or 
liquid, and under circumstances where the patient 
may be likely not to take the medicine, time-released 
injections are given. The psychiatric community 
approaches the prescribing of antipsychotic medicines, 
also called neuroleptics, somewhat on the basis of trial 
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KEY TERMS 


Delusions—Incorrect beliefs about reality that may 
involve one’s self-importance or the false belief that 
one is being persecuted when no such persecution 
is taking place. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 


Manic-depressive illness—Bipolar disorder, a men- 
tal illness in which psychosis may present as a 
symptom and where the patient exhibits both an 
excited state, called mania, and a depressed state. 


Neuroleptics—Medications that treat psychosis, 
also called antipsychotics. 


Schizophrenia—A mental illness characterized by 
thought disorder, distancing from reality, and 
sometimes delusions and hallucinations. 


and error. They have found that when one type of 
antipsychotic does not work, another type very well 
may reduce the symptoms of psychosis. It is sometimes 
helpful for them if another family member is suffering 
from the same illness. They have found responses 
within families to medicines to likely be the same. 
This suggests that there is a genetic factor involved in 
mental illness that leads to psychosis. 


Dosages 


Antipsychotic medicines vary widely in the 
amount of dosage needed to stabilize patients. One 
patient may need only 10 or 20 mg of an antipsychotic, 
while another will need hundreds of milligrams. The 
blood is monitored to determine the necessary dosage. 
A group of patients receiving the same medication can 
need widely differing amounts of the same medicine to 
achieve the desired effect. 


While medication is the foremost element of cur- 
rent treatment for most situations of psychosis, coun- 
seling for the patient and family is also considered an 
important part of treatment, both to help them under- 
stand the role of the medicine and how to deal with the 
illness. Before antipsychotic medication came into 
common use, many people suffering from psychosis 
had to be hospitalized. Today, with a careful diagnosis 
and treatment therapy, many lead relatively normal 
and socially useful lives. 


See also Antipsychotic drugs. 
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l Psychosurgery 


Psychosurgery is the alteration or destruction of 
brain matter in order to alleviate severe, long-lasting, 
and harmful psychiatric symptoms that do not 
respond to psychotherapy, behavioral, physical, or 
drug treatments. Psychosurgery involves opening up 
the skull or entering the brain through natural fissures 
such as the eye sockets, and injecting various tissue- 
altering solutions, removing or destroying brain tissue 
using various tools, or severing certain connections 
between different parts of the brain. Techniques used 
in this controversial and now rarely performed surgi- 
cal procedure have changed greatly since its beginning 
in the 1930s. 


History 


The use of psychosurgery has been traced back to 
approximately 2000 BC using archaeological evidence 
of skulls with relatively precise holes that seem to have 
been bored intentionally. It is unclear whether brain 
matter was directly manipulated in this process called 
trepanation. Its intended purpose may have been to 
relieve what was thought to be excess pressure in the 
skull. Some cultures seem to have performed trepana- 
tion in order to allow what they thought were bad 
spirits to escape. 


The first report of surgery on the brain to relieve 
psychiatric symptoms has been traced to the director of 
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a mental asylum in Switzerland, Gottlieb Burckhardt, 
who in 1890 removed parts of the cerebral cortex. He 
performed this procedure on six patients described as 
highly excitable. The procedure, however, did not seem 
to lessen the patients’ degree of excitability, and in fact 
seemed to lead to seizures. Burckhardt’s procedure met 
with great opposition and he was forced to stop per- 
forming the surgery. 


Modern psychosurgery can be traced to the 
Portuguese physician Egas Moniz (1875-1955) who 
performed the first prefrontal leukotomy in 1935. 
Apparently, Moniz had been influenced by a case involv- 
ing the unintentional damage of a patient’s prefrontal 
areas of the brain in which the patient, although suffering 
some personality change, continued to function. Moniz 
also seemed to be influenced by research at Yale report- 
ing that an agitated chimpanzee was greatly calmed after 
its frontal lobes had been severely damaged. 


Moniz’s first operation involved drilling two holes in 
the upper forehead area and injecting absolute alcohol 
directly into the frontal lobes of the brain. The absolute 
alcohol acted to destroy the brain tissue it came into 
contact with. In following operations, Moniz used an 
instrument called a leukotome, which consists of a nar- 
row rod with a retractable wire loop at one end. Moniz 
would insert the instrument through the drilled holes, 
extend the wire loop, and rotate it to destroy brain tissue 
located in the frontal lobes of the brain. Moniz reported 
some success in removing some of the patients’ more 
striking psychotic symptoms such as hallucinations and 
delusions. The accuracy of Moniz’s findings and the 
degree of his success, however, are now questioned. It 
seems that while it lessened a patient’s anxiety and 
aggression, it often produced marked personality 
changes and impaired intellectual performance. 


The practice of psychosurgery began to receive 
more attention after Moniz’s reports of success, and 
its study was taken up by a number of researchers, 
most notably the American physician Walter 
J. Freeman and neurosurgeon James W. Watts in the 
late 1930s. These two prominent physicians greatly 
publicized the prefrontal leukotomy, revised Moniz’s 
initial procedures, and changed the procedure’s name 
to lobotomy. 


Around this time, American neurosurgeon 
J.G. Lyerly developed a procedure that allowed visual- 
ization of the brain during surgery. This enabled more 
precise surgical intervention and seemed to lead to 
increased use of psychosurgery. Meanwhile, Freeman 
and Watts continued their research, and the publication 
of their widely acclaimed book Psychosurgery in 1942 led 
to increases in psychosurgical procedures worldwide. 
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During the mid-1940s, surgeons developed a number of 
different psychosurgical techniques intended to improve 
patient outcome following lobotomy, and the use of 
psychosurgery increased dramatically. 


In the 1950s chlorpromazine and a number of 
antipsychotic medications were introduced and the 
number of lobotomies declined rapidly. These drugs 
not only provided relief from some patients’ severe 
and harmful symptoms, but they were also simple and 
inexpensive compared to psychosurgery. Moreover, 
unlike psychosurgery, their effects were apparently 
reversible. It had become evident over time that lobot- 
omies were not as effective as previously thought, and 
that, in fact, they often resulted in brain damage. 


In order to understand the ease with which psy- 
chosurgical procedures were taken up by so many 
physicians it must be understood that most psychia- 
trists believed psychotic symptoms would not respond 
to psychotherapy, and up until the 1950s there were no 
effective drug treatments for serious mental disorders. 
Thus, psychosurgery was viewed as having the poten- 
tial to treat disorders that had been seen as untreat- 
able. Moreover, the treatment of the mentally ill at this 
time was largely custodial, and the number of severely 
disturbed individuals in mental health treatment cen- 
ters was too great to be treated with psychotherapy, 
which was just beginning to gain acceptance in the 
1940s and 1950s. In sum, psychosurgery appealed to 
many mental health professionals as a potentially 
effective and economical treatment for patients for 
whom there seemed to be no effective treatment. 


Contemporary psychosurgery 


Over time, psychosurgical procedures have been 
created that are more precise and restricted in terms of 
the amount of brain tissue affected. During the 1950s, 
a stereotaxic instrument was developed that held the 
patient’s head in a stable position and allowed the 
more precise manipulation of brain tissue by provid- 
ing a set of three-dimensional coordinates. Stereotaxic 
instruments generally consist of a rigid frame with an 
adjustable probe holder. The instrument is secured on 
the patient’s skull, and in modern psychosurgery is 
used in conjunction with images of the patient’s 
brain created with brain-imaging techniques. Brain- 
imaging techniques such as computed tomography 
and magnetic resonance imaging allow accurate visu- 
alization of the brain and precise location of a targeted 
brain area or lesion. Coordinates of the targeted visual 
area are then matched with points on the stereotaxic 
instrument’s frame, which has been included in the 
image. Using these measurements, the attached 
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probe holder’s position is adjusted so that the probe 
will reach the intended area in the brain. Because of 
individual anatomical differences, surgeons will often 
electrically stimulate the targeted area observing the 
effect on a conscious patient in order to verify accurate 
placement of the probe. 


Over the years, neurosurgeons have begun to use 
electrodes to deliver electric currents and radio fre- 
quency waves to specific sites in the brain rather than 
using various sharp instruments. Compared with the 
earlier lobotomies, relatively small areas of brain tis- 
sue are destroyed with these techniques. Other meth- 
ods of affecting brain tissue include using cryoprobes 
that freeze tissue at sites surrounding the probe, radio- 
active elements, and ultrasonic beams. The most com- 
monly used method today is radio frequency waves. 


The more modern restricted psychosurgical proce- 
dures usually target various parts of the brain’s limbic 
system. The limbic system is made up of a number of 
different brain structures that form an arc located in the 
forebrain. The limbic system seems highly involved in 
emotional and motivational behaviors. These techniques 
include destruction of small areas of the frontothalamus, 
orbital undercutting, cingulectomy, subcaudate tractot- 
omy, limbic leucotomy, anterior capsulotomy, and 
amygdalotomy. Cingulectomy involves severing fibers 
in the cingulum, a prominent brain structure that is 
part of the limbic system. Subcaudate tractotomy was 
developed in 1964 in Great Britain and uses radioactive 
yttrium-90 implants to interrupt the signals transmitted 
in the white matter of the brain. This type of psychosur- 
gery involves a smaller lesion and decreased side effects. 


The limbic leucotomy was developed in 1973 and 
combines the subcaudate tractotomy and the cingu- 
lectomy. In this surgery, two lesions are created and 
brain material is destroyed using a cryoprobe or elec- 
trode. An anterior capsulotomy interrupts connec- 
tions in the frontothalamus with electrodes. There 
seems to be marked side effects associated with this 
procedure. Amygdalotomy is a type of psychosurgery 
in which fibers of the amygdala are severed. The amyg- 
dala is a small brain structure that is part of the 
temporal lobe and is classified as being a part of the 
limbic system. Cingulectomies are now the most com- 
mon type of psychosurgery procedure used. 


Psychosurgery was initially widely accepted without 
much evidence as to its efficacy and side effects and it 
has generated a great deal of controversy for many rea- 
sons. These include the fact that it involves the destruc- 
tion of seemingly healthy brain tissue, it is irreversible, 
and, at least in its earliest procedures, frequently seemed 
to cause some very harmful side effects. The National 
Commission for the Protection of Human Subjects of 
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Antipsychotic drugs—These drugs, also called neu- 
roleptics, seem to block the uptake of dopamine in 
the brain. They help to reduce psychotic symptoms 
across a number of mental illnesses. 


Computed tomography—A technique for visualiz- 
ing a plane of the body using a number of x rays that 
are converted into one image by computer. 


Cortex—tThe outer layer of the brain. 


Delusions—Fixed, false beliefs that are resistant to 
reason or factual disproof. 


Dopamine—A neurotransmitter that acts to decrease 
the activity of certain nerve cells in the brain, it 
seems to be involved in schizophrenia. 


Hallucinations—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 


Leukotomy—A rarely used psychosurgical proce- 
dure in which tissue in the frontal lobes of the brain 
is destroyed. 


Biomedical and Behavioral Research was created in 
the mid-1970s to examine research procedures that 
appeared questionable in the United States. The com- 
mission sponsored a number of studies looking at 
the risks and benefits of psychosurgery. Basically, the 
Commission concluded that psychosurgery can be highly 
beneficial for certain types of disorders, but that every 
procedure should be screened by an institutional review 
board before it is allowed. 


In a review of psychosurgery procedures per- 
formed between 1976 and 1977, Elliot Valenstein, in 
a report for the Commission, concluded that approx- 
imately 60-90% of the patients showed a marked 
reduction in their more severe symptoms, and a very 
low risk of some of the permanent negative side effects 
seen in earlier lobotomy procedures. Valenstein pri- 
marily looked at more restricted frontal lobe opera- 
tions and cingulectomy. 


Currently, psychosurgery is only performed as a last 
resort. Most of the psychiatric disorders that were orig- 
inally treated with psychosurgery, such as schizophrenia 
and severe depression with psychotic symptoms, are 
now treated in a more satisfactory manner by drugs. 
Even current psychosurgical procedures appear benefi- 
cial for only a very limited number of patients. It seems 
that patients suffering severe major depression with 
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Limbic system—A part of the brain made up of a 
number of different structures, it forms an arc and is 
located in the forebrain. The limbic system seems 
highly involved in emotional and motivational 
behaviors. 

Magnetic resonance imaging—A technique using 
radio frequency pulses that creates images which 
show various size, density and spatial qualities of 
the targeted body area, e.g. the brain. 


Neuroimaging techniques—High technology meth- 
ods that enable visualization of the brain without 
surgery such as computed tomography and magnetic 
resonance imaging. 

Psychotherapy—A broad term that usually refers to 
interpersonal verbal treatment of disease or disorder 
that addresses psychological and social factors. 


Stereotaxic instrument—Generally, a rigid frame 
with an adjustable probe holder that is secured on 
patient’s skull for psychosurgery, it enables more 
accurate brain tissue manipulation. 


physiological symptoms and obsessive tendencies along 
with agitation and marked tension are most likely to 
benefit, providing there has been a reasonably stable 
personality before the onset of symptoms. In rare 
cases, psychosurgery is performed in patients that 
show severe violent outbursts and who may cause 
harm to themselves or others. Used cautiously, these 
procedures can reduce some of a patient’s more disturb- 
ing symptoms without producing irreversible negative 
effects on personality and intellectual functioning. 


Patient selection 


Because the positive effects of psychosurgery are 
limited to only a few types of psychiatric conditions, 
diagnosis and thorough evaluation of the patient is 
crucial. The mental health professional must first 
establish that the patient’s condition is chronic or 
long-lasting, having been present continuously for a 
minimum of three years. In addition, the patient’s 
symptoms must be observed to not respond to psycho- 
therapy, behavioral, physical, or drug treatments. 


Postoperative care 
Most current psychosurgeries require the patient 


to spend only a few days in the hospital. Physical 
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complications following the more limited psychosur- 
geries are relatively rare but hemorrhage may occur 
following surgery and epilepsy sometimes develops 
even a number of months following the surgical pro- 
cedure. In general, the effects of the surgery on the 
patient usually take some time before they can be 
observed and it is essential that the patient receive 
thorough postoperative care and return for follow-up 
assessment. 


In order to increase the benefit of psychosurgery, 
most professionals involved in psychosurgery strongly 
recommend intense postoperative psychiatric care. It 
seems that some patients benefit more from various 
drug, behavioral, and psychotherapy treatments fol- 
lowing a procedure than they did prior to it. 


Current status 


Psychosurgery has gone through periods of wide- 
spread, relatively uncritical acceptance, and periods 
of great disfavor in the medical community. In the 
early years of its use there were no well-conducted, 
detailed, rigorous studies of outcome or differences in 
procedure. The development of various diagnostic and 
psychological assessment measures has enabled more 
rigorous follow-up studies of patients assessing the 
relationship between different procedures, a patient’s 
characteristics, and their long-term outcome. 


As stated previously, psychosurgical procedures 
have changed dramatically since their beginning. 
Psychosurgery is still rarely used today, despite a 
recent resurgence in the procedure. It is most likely 
to benefit patients with particular symptom patterns 
seen in some patients with chronic major depression or 
obsessive-compulsive disorder. These include compul- 
sions, obsessions, and long-lasting, high levels of anxi- 
ety (often seen as agitation). These patients often 
respond well to psychosurgery. Moreover, because 
they are usually coherent and rational, consent can 
be obtained from the patient and their family. 
Psychosurgery has benefited greatly from improve- 
ments in technology such as magnetic resonance imag- 
ing, probe techniques, and stereotaxic instruments. 
Future technological developments and increased 
understanding of the brain, particularly the limbic 
system, show potential for increasing the safety effi- 
cacy of psychosurgical techniques. 
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Marie Doorey 


l Puberty 


Puberty is the period of sexual maturity when 
sexual organs mature and secondary sexual character- 
istics develop. Puberty is also the second major growth 
period of life—the first being infancy. A number of 
hormones under the control of the hypothalamus, 
pituitary, ovaries, and testes regulate this period of 
sexual growth, which begins for most boys and girls 
between the ages of nine and 15 years. The initial 
obvious sign of female puberty is the beginning of 
breast development, whereas the initial obvious sign 
in males is testicular enlargement. Since early signs of 
female puberty are more noticeable, it is sometimes 
assumed that female puberty precedes male puberty by 
quite a bit. However, males usually start puberty just a 
few months after females, on average. In males, pub- 
erty is marked by testicle and penile enlargement, 
larynx enlargement, pubic hair growth, and consider- 
able growth in body height and weight. In females, 
puberty is marked by hip and breast development, 
uterine development, pubic hair growth, menstrua- 
tion, and increases in body height and weight. 
Because of the extensive growth that occurs at this 
time, a balanced, nutritious diet with sufficient calo- 
ries is important for optimal growth. Although pub- 
erty was originally used to classify the initial phase of 
early fertility, the term is also used to include the 
development and growth which culminates in fertility. 
In this sense, puberty usually lasts two to five years 
and is accompanied by the psychological and emo- 
tional characteristics called adolescence. 


Physical maturity 


Puberty marks the physical transition from child- 
hood to adulthood. While the changes that accom- 
pany this time are significant, their onset, rate, and 
duration vary from person to person. In general, these 
changes are either sexual or growth related. The 
pubertal growth spurt is characteristic of primates. 
Although other mammals may have increased 
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reproductive organ growth, their overall size does not 
increase as dramatically. The major control center for 
human pubertal development is the hypothalamus for 
both sexes, but puberty is accompanied by additional 
growth of the adrenal glands, as well. The added adre- 
nal tissue secretes the sex hormones, androgens or 
estrogens, at low levels. The adrenal sex hormones 
are thought to initiate the growth of pubic and axillary 
(under-arm) hair. This adrenal maturation is called 
adrenarche. 


It is not known exactly what triggers puberty to 
begin. However, the hypothalamus sends out gonado- 
tropin hormones responsible for sperm and egg matu- 
ration. One theory holds that normal brain growth 
towards the end of childhood includes significant 
hypothalamic changes. Hypothalamic receptors are 
thought to become more sensitive to low levels of 
circulating sex steroids. These changes enable the neu- 
roendocrine system to initiate spermarche (sperm 
maturation) and menstruation in puberty. However, 
these early hormonal fluctuations begin at night and 
remain a nocturnal pulse for some time before they are 
detectable while awake. Some behavioral changes are 
related to pubertal hormonal changes, as well. The 
increase in testosterone is associated with more aggres- 
sive behavior in males. And libido (sex drive) increases 
occur for some teenagers in association with estrogen 
and testosterone increases. These effects are also car- 
ried out through sex hormone receptors on the 
hypothalamus. 


Male puberty 


Major pubertal hormones secreted by the hypo- 
thalamus include gonadotropin releasing hormone 
(GRH) and growth hormone releasing hormone 
(GHRH). Both target the anterior pituitary gland, 
which in turn releases gonadotropins and growth hor- 
mone (also known as somatotropin). GRH is released 
in a pulsative fashion. This pulsation triggers release 
of the gonadotropins, luteinizing hormone (LH) and 
follicle stimulating hormone (FSH). LH stimulates 
testosterone release by the testes, and FSH is required 
for early stages of sperm maturation. GHRH is 
released on a daily basis throughout life, but growth 
hormones have an enhanced effect during puberty 
when they are combined with sex hormones. 


The age of onset of puberty varies but can be between 
the ages of nine and 14 years in boys. However, individ- 
uals can mature as late as 20 years of age. When all of a 
male’s organs and endocrine functions are normal but 
testicular development never occurs, he is said to display 
eunuchoidism. This name originates from China where 
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servile classes of eunuchs were created by removing 
their testicles. Because of their lack of testosterone, they 
were less aggressive. Puberty that begins before the age of 
eight years is called precocious. Precocious puberty can 
result from neurological disorders of the posterior hypo- 
thalamus or pituitary disorders such as tumors or infec- 
tions. Precocious puberty requires measurement of the 
several hormones involved to determine which are lack- 
ing or which are in excess. There are blood tests for each 
one. If a tumor is suspected, imaging of the suspect organ 
needs to be done with x rays, computed tomography 
scans (CT scans), or magnetic resonance imaging (MRI) 


The initial sign of male puberty is testicular 
enlargement. The testes secrete testosterone, which 
stimulates many primary and secondary sexual charac- 
teristics. Testosterone causes the prostate gland and 
seminal vesicles to mature. The seminal vesicles begin 
to secrete fructose which is the primary nutrient sperm 
require. During puberty, primitive male germ cells 
begin to mature into primary spermatocytes. This 
early step in sperm maturation is testosterone- 
independent. However, the final stage of sperm matu- 
ration into spermatozoa is testosterone-dependent. 
Testicular size may double or quadruple at the start 
of puberty, but the rate of testicular growth is greatest 
in the middle of puberty. By the end, they will have 
doubled in size again. There is great variability in the 
final testicular size from different men, but this differ- 
ence has no affect on sexual ability. 


The general progression of male genital area 
development is the onset of testicular enlargement, 
onset of penile enlargement, and the appearance of 
pubic hair (pubarche). The scrotal skin also becomes 
darker and more wrinkled. Penile enlargement usually 
begins about a year after testicular growth begins. The 
penis first becomes longer, and then becomes broader. 
Initial ejaculations usually occur later during sleep. 
Sperm count is low, at first. 


Facial hair growth and a deepening voice are two 
secondary sexual characteristics that develop about 
two years after pubic hair appears in males. Facial 
hair begins on the upper lip, becomes more confluent, 
extends to side-burns, and then grows on the chin. 
Hair also begins to appear on a pubertal boy’s chest 
and abdomen. The voice deepens by dropping in pitch 
due to enlargement of the vocal cords in the larynx, 
voice box. In addition, other body hair grows, and the 
areola (pigmented ring around the nipple) enlarges. 


Boys grow considerably in both height and mass 
during puberty. On average, boys will grow about 
3.7 in/year (9.5 cm/year) at the peak year of their 
growth spurt. Boys average 4 ft 7 in (1.4 m) in height 
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prior to the onset of puberty and grow an additional 
15 in (38 cm) taller during their pubertal growth spurt. 
At the end of puberty, the average male height is 5 ft 10 
in (1.8 m). The initial growth occurs in the leg bones 
increasing leg length. Then the torso lengthens causing 
an increase in sitting height. Between leg growth 
and torso growth, the arms, shoulders, and hips of 
boys grow considerably, as well. Muscle mass also 
increases-particularly in the shoulders. A temporary 
drop in subcutaneous fat occurs in the arms during 
this time with fat levels returning to normal at the end 
of puberty. 


Female puberty 


At the beginning of puberty, a girl’s face rounds 
out, her hips widen, and her breasts begin to develop. 
Breast development can occur as early as eight but 
starts between 10 and 14 years for most girls. Full 
breast development may take two to five years. Pubic 
hair begins to grow shortly afterwards, followed by the 
first menstrual period, or menarche. Like male pub- 
erty, female puberty is initiated by hypothalamic hor- 
mones. GRH secreted from the hypothalamus triggers 
LH and FSH release from the anterior pituitary. The 
LH and FSH, in turn, stimulate ova maturation. 
GHRH is also released from the hypothalamus and 
stimulates growth hormone secretion from the 
pituitary. 


Breast development is called thelarche and can be 
measured in stages. The initial accumulation of tissue 
pads the underside of the areola around the nipple. 
Before puberty, the areola is usually about 0.5 in 
(1.2 cm) in diameter. By the end of puberty, it can be 
about 1.5 in (3.8 cm) in diameter. The breast enlarges 
developing a smooth curve. Then a secondary mound of 
tissue grows under the areola. Usually by age 18 years, a 
girl’s breasts have reabsorbed the secondary mound giv- 
ing a rounded contour to the now adult shape. 


Breast budding is followed by menarche between 
12 and 14 years for most girls. However, normal 
menarche may occur between 10 and 16 years. 
Menstruation occurs as part of the menstrual cycle 
which lasts about 28 days. The initial hormonal cycles 
associated with the menstrual period usually begin 
months before menarche, so for a while a girl usually 
has hormonal cycles without menstruation. The men- 
strual cycle is divided into two halves, the follicular 
and the luteal phases. During the follicular phase, an 
immature egg follicle ripens and estrogen levels rise. 
On around day 14, LH and FSH trigger the egg to 
travel into the adjacent fallopian tube. During the 
luteal phase, high progesterone and estrogen levels 
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prevent another egg from beginning another cycle. 
After about eight days, if the egg is not fertilized, 
then the uterine lining is shed as menstrual blood. 
Menstruation can last one to eight days but usually 
lasts three to five days. The amount of blood lost 
varies from slight to 2.7 oz (80 ml) with the average 
being | 0z (30 ml) lost for the whole period. 


A number of factors affect when menstruation 
begins. Normal menarche is associated with good 
nutrition and health. Girls who are malnourished or 
ill may have later menarche. In addition, girls who are 
particularly athletic or involved in strenuous physical 
activities such as ballet often start menstruating later. 
Once menarche occurs, cycles are usually irregular for 
up to two years. Because of this irregularity, girls may 
be less likely to conceive during this time. However, it 
is possible to conceive and therefore they should use 
contraception if they are sexually active and wish to 
prevent pregnancy. 


The pubertal growth spurt, of height and weight, 
in girls usually occurs a year or two before boys, on 
average. Increases in height and weight are followed 
by the increases in hip size, breast size, and body fat 
percentage. The peak growth rate during this time is 
3.2 in (8 cm) per year, on average. The average female 
is 4 ft 3 in (1.3 m) tall at the beginning of puberty and 
gains 13.5 in (34 cm) total during her pubertal growth 
spurt. At the end of puberty, the average female height 
is 5 ft 4.5 in (1.6 m) tall. Girls also increase body fat at 
the hips, stomach, and thighs. 


Related topics 


Around the world, entry into adulthood is often 
marked ceremoniously in males and females. A rite of 
passage ceremony is held to honor this transition. This 
type of ceremony is usually held in less-industrialized 
countries where boys and girls are expected to assume 
adult roles at the end of puberty. The Arapesh of New 
Guinea build the young woman a menstrual hut at the 
home of her husband-to-be. Her girlish ornaments 
are removed, and the girl acquires womanly markings 
and jewelry. The ceremony marks the beginning of 
her fertility. Young Mano men of Liberia go through 
a ceremonial death at puberty. These young men used 
to be stabbed with a spear and thrown over a cliff to 
symbolize death and rebirth into adulthood. Actually, 
a protective padding kept the spear from penetrating 
them, and a sack of chicken blood was tied over the 
spot to appear as though the boy had been stuck. He 
was not tossed over the cliff, but a heavy object was 
thrown over instead to sound like he had been thrown. 
Pubertal Apache girls are sometimes showered with 
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golden cattail pollen (considered holy) as part of a 
four-day ritual. Boys and girls in Bali, Indonesia, for- 
mally come of age when a priest files their six top teeth 
even so they will not appear fanged. 


By comparison, industrialized countries seldom 
have pubertal rites of passage. In fact, puberty may 
not be discussed often. Instead, these teenagers are 
usually expected to continue their education for some 
time before they can settle down and have a family. 
The changes that accompany puberty often bring on 
new feelings, however. Adolescents begin to contem- 
plate independence from their parents and assume 
more adult roles in their family. In addition, puberty 
is a time when some boys and girls begin to think 
about their sexuality and sexual activity. Because the 
human body undergoes such significant and seemingly 
rapid changes in puberty, it can be a frightening time if 
a boy or girl does not understand what they are expe- 
riencing. Studies have shown that boys and girls who 
have been told about pubertal changes are less fright- 
ened and have fewer emotional problems related to 
puberty than children who have not been informed 
about what to expect. 


With sexual maturation comes fertility. Many 
people do not become sexually active during puberty, 
but those who do have the additional adult responsi- 
bility to respect the possibility of pregnancy. For teen- 
agers who begin having intercourse, contraceptive 
options exist to prevent pregnancy. Another serious 
consideration is the possibility of contracting a sexu- 
ally transmittable disease (STD). Not all STDs are 
curable. Some are debilitating, and others are fatal. 
The key is protection. Most contraceptives do not 
protect against both pregnancy and STDs. 


Adolescence is not a good time to play Russian 
roulette with a poor diet either. A diet of potato chips 
and ice cream or celery and water will not optimize 
healthy growth. They will both hinder it. Loading up 
on junk food or slimming down by fasting are both 
dangerous. During puberty, a lot of body mass is 
constructed, and the right nutritional building blocks 
are essential. Calcium, protein, carbohydrates, miner- 
als, and vitamins are all important. And enough calo- 
ries to fuel development is also needed. During 
puberty, adolescents need about 2,000 to 2,500 calo- 
ries a day. Some girls become self-conscious of their 
developing bodies and try to minimize fatty tissue 
growth by fasting or making themselves throw up 
food they have eaten. Both of these mechanisms to 
stay thin are extremely dangerous, can have long-term 
detrimental effects on health, and should be avoided. 
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KEY TERMS 


Adolescence—The psychological and emotional 
changes that accompany puberty. 


Adrenarche—Maturation of the adrenal glands to 
secrete low levels of sex hormones. 


Androgens—Male sex hormones including testos- 
terone and androstenedione. 


Contraceptive—Any substance or device used to 
prevent the fertilization of an egg by a sperm during 
sexual intercourse. 


Fertility—The ability to reproduce. 
Menarche—The beginning of menstruation. 


Menstruation—The cyclic shedding of the endo- 
metrial lining of the uterus in fertile women who do 
not become pregnant. 


Neuroendocrine—The interaction between the 
endocrine system (hormones) and the nervous sys- 
tem (brain) to modulate physiological events. 


Sex hormones—Estrogen and testosterone. 


Adolescents who can turn to a trustworthy adult with 
their questions or concerns about puberty may find 
this transition easier. 


See also Adrenals; Endocrine system; Reproductive 
system. 
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| Puffbirds 


Puffbirds are 32 species of birds that make up the 
family Bucconidae. This family is in the order 
Piciformes, which also contains the woodpeckers, tou- 
cans, barbets, jacamars, and honey-guides. Puffbirds 
are native to lowland tropical forests from southern 
Mexico, through to Paraguay and northern Argentina 
in South America. Most species occur in Amazonia 
(the region that includes the basin of the Amazon 
River in South America). 


Puffbirds are short, squat birds, with a large head, 
a stout, often hooked beak, and a short tail. The puff- 
ball effect is further heightened by the habit these birds 
have of frequently raising their feathers. However, as 
soon as they sense an intrusion, they immediately 
flatten their feathers, to become less conspicuous. 
The plumage of puffbirds is a rather subdued gray, 
brown, or white. 


Puffbirds sit patiently at vantage places on a tree 
branch, scanning for potential prey. When they spy a 
small lizard, frog, or large insect, they sally forth and 
attempt to seize it. Insects are sometimes snared from 
the air. 


Puffbirds nest in cavities dug into termite nests, or 
in burrows excavated vertically or on a steep incline 
into the ground, with a chamber at the bottom. They 
lay two to three eggs that are incubated by both 
parents, which also share in the rearing of the chicks. 
During the day, the chicks wait to be fed near the 
burrow entrance, but at night they retire to the lower 
chamber, often camouflaging the entrance with leaves 
as they descend. 


The white-necked puffbird (Notharchus macro- 
rhynchus) is one of the more common species, occur- 
ring widely in Central and South America. 


Bill Freedman 


| Puffer fish 


Puffer fish or globe fish (family Tetraodontidae) 
are a group of tropical- and warm-temperate-dwelling 
species that are almost exclusively marine in their 
habits. A few freshwater species occur in tropical 
Africa and Asia. Most are typically found in shallow 
waters, often on coral reefs, in beds of sea grass, and 
in estuaries, swimming and feeding during daylight. 
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A few species are oceanic. Their closest relatives are 
the similar-looking porcupine fishes (Diodontidae) 
and the very much larger sun fishes (Molidae). Most 
puffer fish are recognized by their short, stout, almost 
bloated appearance, their small fins, and their large 
eyes. These fish swim by side-to-side sculling move- 
ments of the dorsal and anal fins, while the pectoral 
fins assist with balance and direction. 


In addition to their characteristic body shape, 
puffer fishes can be distinguished from most other 
species by the fact that their bodies are virtually cov- 
ered with large numbers of spines of unequal length. 
These are frequently denser on the lower parts of the 
body. Normally these spines, which are modified 
scales, lie flat against the body. When the fish is threat- 
ened, however, it inflates its body by a sudden intake 
of a large volume of water or air, erecting its spines in 
the process. In this inflated stance, few larger species 
would be tempted to attack it and risk almost certain 
injury. Although puffer fish are unable to swim effec- 
tively in this position, the strategy is a deliberate anti- 
predator action; instead of swimming, the fish drifts 
with the ocean current. In addition to this impressive 
defensive tactic, most puffer fish also contain a wide 
range of body toxins, particularly in the liver, gonads, 
skin, and intestine. They are widely thought of as the 
most poisonous of all marine animals. The various 
toxins attack the nervous system of species that eat 
them and may kill the animal unless it has the ability to 
detoxify the lethal products. Most puffer fish are 
brightly colored—a system often employed in the ani- 
mal kingdom to warn potential attackers that their 
flesh is at best unpalatable and at worst lethal. 


Puffer fish feed on a wide range of items. Some 
prefer to feed almost exclusively on plankton, but 
many species also prey heavily on large invertebrates 
such as mollusks, crustaceans, echinoderms, crabs, 
and worms using their sharp, beak like teeth and 
powerful jaws to crush and sift through the defensive 
body armor that these other animals use in an attempt 
to protect themselves from predators. The teeth of 
most species of puffer fish are joined to form two 
sharp-edged plates in each jaw. 


When resting, puffer fish generally seek out a 
concealed part of a coral reef or similar abode and 
hide away in a crevice. Some bottom-dwelling species 
nestle into the substrate; by altering the main colors of 
the skin, many are able to effectively camouflage 
themselves from the watchful eye of predators. 


Although puffer fishes have an impressive arsenal 
of defensive tactics, some species may be threatened as 
a result of overfishing for resale to meet the demands 
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of the tourist industry. On many coral reefs, puffer fish 
are caught and dried in their inflated position for sale 
to tourists. Also, despite their lethal concoction of 
body toxins, the flesh of puffer fish is widely sought 
after as a culinary delight in some countries, especially 
in Japan, where the dish is known as fugu. Needless to 
say, the preparation of this meal is a delicate process if 
one is to avoid lethal poisoning. Some restaurants 
have been known to retain specially trained staff to 
prepare such dishes. 


David Stone 


| Pulsar 


A pulsar is a celestial object that emits radiation 
pulses (bursts) of very short (one to a few milliseconds, 
or thousandths of a second) duration at very regular 
intervals from a fraction of a second to ten seconds. 


The first pulsar was discovered in 1967 by British 
astrophysicist Jocelyn Bell Burnell (1943-—) and British 
radio astronomer Antony Hewish (1924-) at 
Cambridge, England, with radio telescopes equipped 
to study the twinkling (scintillation) of radio stars. 
They soon discovered a radio source producing short 
(0.016 sec) radio pulses separated by a constant 1.3373 
second interval. The pulses were so regular that an 
artificial terrestrial source was suspected for them, 
but careful, extended radio observations showed that 
their source rose and set about four minutes earlier 
each day, which demonstrated that the source was a 
celestial object (radio star). It received the designation 
CP (Cambridge Pulsar) 1919. Three more pulsars 
were found soon after this discovery. Their regular 
patterns caused some scientists to speculate that the 
pulsars were part of a beacon system installed by an 
advanced extraterrestrial civilization to aid interstellar 
travel. 


Other scientists suggested several other more 
plausible hypotheses about the nature of pulsars. 
Among them was Austrian astrophysicist Thomas 
Gold’s (1920-2004) hypothesis that pulsars were pro- 
duced by neutron stars. Neutron stars had never been 
observed, but their possible existence had been sug- 
gested by American physicist J. Robert Oppenheimer 
(1904-1967) and George M. Volkoff in 1939 as a final 
remnant of a supernova explosion, where a massive 
star explodes and ejects most or nearly all of its mass. 
If the star’s final remnant has a mass less than 1.4 solar 
masses, then a white dwarf star usually will result. 
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However, if the remnant’s mass is more than 1.4 
solar masses, its gravity will cause the remnant to 
collapse beyond the white dwarf stage, forcing free 
electrons into atomic nuclei and forcing them to com- 
bine with protons to form neutrons. The collapse is 
finally stopped by the rigidity of nuclear matter; here 
about 1.5 solar masses is squeezed into a body with 
about a 6.2 mi (10 km) radius. 


Support for Gold’s neutron star model for pulsars 
came in 1968 when a very fast pulsar (which emits 
pulses every 0.33 second) was discovered in the Crab 
Nebula, the gaseous ejecta from a supernova observed 
by Chinese scientists in 1054. Subsequent observations 
showed that this pulsar emits pulses at wavelengths 
from gamma rays through visible light to radio waves. 
Gold’s model has the neutron star rotating very fast, 
with its rotation period equal to the interval between 
pulses; only a neutron star could withstand such rapid 
rotation without disruption. Pulses are thought to be 
produced by radiation beamed towards the solar sys- 
tem from charged particles moving in a strongly com- 
pressed magnetic field near the pulsar. 


Developments through 1995 


Additional support for the neutron star model 
came in 1987 at the start of the observed outburst of 
Supernova 1987 in the Large Megellanic Cloud, when 
bursts of neutrinos were detected simultaneously at 
two widely separated underground observatories 
(in Japan and Ohio, United States). The theory of 
supernovae predicts that most of the gravitational 
energy released during the collapse of a supernova 
remnant to form a neutron star will be converted to 
neutrinos. The observed supernova bursts support this 
theory. 


Extremely fast pulsars, which emit pulses at inter- 
vals from one to several milliseconds, were discovered 
in the 1980s. Several of them were found to be mem- 
bers of binary star systems with very short periods of 
revolution. 


This has led to speculation that millisecond pul- 
sars are formed by the merging of a neutron star and 
another star in a binary system, where the transfer of 
mass and angular momentum onto the neutron star 
“spins it up.” The distances to most pulsars are uncer- 
tain. The nearest estimated distance for a pulsar, is 
about 280 light-years. All other pulsars seem to be 
considerably more distant. The Crab Nebula pulsar 
and the 17 pulsars that have been found in 11 globular 
clusters have somewhat more reliable distance esti- 
mates, but there are thousands and even tens of thou- 
sands of light-years from the solar system. 
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Developments from 1995 to 2006 


Over one thousands pulsars are now known. 
More than 500 pulsars have been discovered in the 
Milky Way galaxy. In addition, many pulsars have 
been found in nearby galaxies such as the Magellanic 
Clouds. 


As of 2005, dozens of pulsars found in globular 
clusters have been found to be members of binary 
systems. Estimates of pulsar (neutron star) masses 
from their orbits so far indicate masses from 1.3 to 
1.6 solar masses for neutron stars. Pulsars in very close 
binary systems are being studied in an effort to detect 
relativistic effects in their strong gravitational fields, 
which can be used to check the predictions of the 
general theory of relativity. The discovery of binary 
pulsars has increased efforts to detect the gravitational 
waves predicted by this theory. Finally, the three most 
reliably established extrasolar planets have been dis- 
covered orbiting the pulsar-neutron star PSR 
1257+12. This occurred in 2002, when PSR 
B1257+12 was found about 980 light-years from 
Earth. It rotates about 161 times per second, but its 
pulses are not evenly spaced. Observations made with 
the giant Arecibo radio telescope showed that some 
pulses arrive slightly too soon, others just a bit too 
late. This means something is tugging the pulsar back 
and forth slightly. Careful measurements showed that 
the planets orbiting the pulsar are responsible for its 
irregular pulses. 


On November 10, 2004, American astronomer Jason 
W.T. Hessels discovered pulsar PSR J1748-2446ad. Its 
discovery was confirmed on January 8, 2005. It is the 
fastest known spinning pulsar—at 716 Hz, with a period 
of 0.013959482 seconds. In 2003, PSR J0737-3039 was 
discovered as a binary pulsar system. It became the first 
known double pulsar. The largest burst of energy in the 
galaxy every recorded was done on December 27, 2004 
when magnetar SGR 1806-20 was observed about 14.5 
kiloparsecs (50,000 light-years) from Earth in the constel- 
lation Sagittarius. (A magnetar is a new type of neutron 
star that has a magnetic field, which is about one hundred 
times greater than a typical neutron star. They were first 
discovered in the late 1990s. Magnetars have magnetic 
fields that are trillions of times larger than the magnetic 
field surrounding Earth.) 


Contributions to science 


Since their discovery in 1967, pulsars have con- 
tributed greatly to fields of astronomy, cosmology, 
and astrophysics as diverse as stellar structure and 
evolution, the theory of relativity, and extrasolar plan- 
ets. Pulsar research continues. 
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Pumpkin see Gourd family (Cucurbitaceae) 


[ Punctuated equilibrium 


Punctuated equilibrium is a theory about how 
new species evolve that was first advanced by 
American paleontologists Niles Eldredge (1943-—) and 
Stephen Jay Gould (1941-2002) in 1972. Although 
controversial, punctuated equilibrium has stimulated 
fruitful debate about speciation (the birth of new spe- 
cies) and the fossil record and has won at least partial 
acceptance among most evolutionary biologists. 


Before punctuated equilibrium, most scientists 
assumed that evolutionary change occurs slowly and 
continuously in almost all species, and that new species 
originate either by slow divergence from parental stock 
of sub-populations or by slow evolutionary transfor- 
mation of the parental stock itself. Punctuated equili- 
brium proposes that most species originate relatively 
suddenly (i.e., over tens of thousands or hundreds of 
thousands of years, rather than the millions of years 
assumed by traditional theory) and then do not evolve 
significantly for the rest of their time on Earth. Most 
species thus have a sudden or punctuated origin and 
then remain in stasis or equilibrium until extinction. 


Eldredge and Gould proposed punctuated equili- 
brium to explain one of the most notable features of 
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the fossil record: most species seem to appear sud- 
denly, already clearly differentiated from the earlier, 
similar species from which they presumably evolved, 
and then remain unchanged until becoming extinct. 
(Most species become extinct a few million years after 
appearing; a few last for tens of millions of years or 
longer.) Traditional evolutionary theory, beginning 
with the Origin of Species (1859) by English naturalist 
Charles Darwin (1809-1882), proposed that gradual 
evolutionary changes are rarely observed in the fossil 
record because that record is radically incomplete. 
Fossils form only under certain special conditions, 
fossil-bearing rocks are eroded as well as deposited, 
and our knowledge even of those fossils that have been 
formed is fragmentary. It follows that in the fossil 
record we glimpse only a few isolated frames cut at 
long intervals from a long, slow-moving film. 
As Darwin himself put it, “I look at the natural geo- 
logical record, as a history of the world imperfectly 
kept ... of this history we possess the last volume 
alone, relating only to two or three countries. Of this 
volume, only here and there a short chapter has been 
preserved; and of each page, only here and there a 
few lines.” 


Eldredge and Gould agree that the fossil record is 
incomplete, but contend that it could not be incom- 
plete enough to account for the near-complete absence 
of gradualistic change from the fossil record. Rather, 
they propose, species normally originate too quickly 
for normal geological processes to record the event; a 
single bedding plane (minimal layer of sedimentary 
rock) often compresses tens of thousands of years 
into a thin slice. Furthermore, according to standard 
evolutionary theory of 1972, speciation usually occurs 
when small populations cut off from interbreeding 
with related groups—say, by loss of a watercourse 
connecting two lakes, or by colonization of an 
island—evolve rapidly in isolation. Because there are 
fewer individuals in such an isolated population, 
favorable mutations can spread more readily. A 
small, isolated, rapidly-evolving population may 
become extinct without leaving any trace at all in the 
fossil record. Eldredge and Gould argued that if it 
does eventually break out of its isolation and spread 
over a wider area, it is likely to be observed in the fossil 
record as making a sudden or punctuational appear- 
ance, fully formed. They also proposed that the 
appearance of stasis or unchanging form manifested 
by most species in the fossil record is not an artifact 
produced by gross imperfections in the fossil record, 
but a raw fact. Evolutionary change in living forms, 
the two scientists argued, occurs mostly during speci- 
ation events and hardly otherwise. 
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It is important to note that by the standards of 
recorded human history, which covers only about 
7,000 years, speciation is still a very gradual process 
under punctuated equilibrium theory. Punctuated 
equilibrium argues for much faster speciation than 
traditional evolutionary theory, but does not involve 
the proposition that new species appear in a genera- 
tion or two. It is an evolutionary theory according 
to which hundreds or thousands of generations are 
needed for speciation, and natural selection must 
favor (or at least permit) all changes at every step. 
The novelty of punctuated equilibrium lies in its two 
proposals about rates of evolutionary change: 
(1) change happens rapidly, by geological standards, 
during speciation, and (2) change happens slowly or 
not at all after speciation. 


A growing body of evidence indicates that both 
gradualistic and punctuational speciation have often 
occurred in the history of life, and that morphological 
stasis (long-term stability of form)—the “equilibrium” 
of “punctuated equilibrium”—is, as Eldredge and 
Gould claimed, often real, rather than an artifact of 
dropout in the fossil record. Several unusually perfect 
series of fossils have been discovered that have allowed 
paleontologists (fossil specialists) to trace the detailed 
history of entire groups of related organisms. In most 
such cases, paleontologists have observed gradualistic 
speciation, punctuational speciation, and morpholog- 
ical stasis, all in a single series of rocks, with punctua- 
tional speciation occurring about 10 times more 
frequently than gradualistic speciation. Observing 
gradualistic speciation and punctuational speciation 
in a single series of fossils proves both gradualism by 
direct observation, and punctuated equilibrium by dis- 
proof of the alternative possibility that gaps are 
responsible for the relatively sudden appearance of 
species in this case. 


Evolutionary biologists continue to debate the 
question of relative frequency, that is, which happens 
more frequently in the history of life: gradualistic 
evolution or punctuated equilibrium? Although scien- 
tists who support punctuated equilibrium claim that 
the evidence shows a much greater relative frequency 
for punctuated equilibrium, debate continues. In 2006, 
a group of researchers announced in the journal 
Science that they had discovered strong genetic evi- 
dence for a high frequency of punctuational speciation 
versus gradual speciation. 


See also Biodiversity; Evolution, convergent; 
Evolution, divergent; Evolution, evidence of; 
Evolution, parallel; Evolutionary change, rate of; 
Evolutionary mechanisms. 
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[ Pyramid 


A pyramid is an artificially made geometric solid 
of the shape made famous by the royal tombs of 
ancient Egypt. It is a solid with a base of a three- 
sided or four-sided polygon (trilateral or quadrilat- 
eral, respectively) and whose lateral faces are triangles 
(trilateral sides) with a common vertex (the vertex of 
the pyramid). The measurements of these triangles 
classify the shape as usually isosceles but sometimes 
as equilateral. In the case of the Egyptian pyramid of 
Cheops, the base is an almost perfect square 755 ft 
(230 m) on an edge, and the faces of triangles that are 
approximately equilateral. 


Some Egyptian ancient pyramids are the Pyramid 
of Khufu (Great Pyramid) at Giza, the Pyramid of 
Neferirkare Kakai at Abu Sir, and the Step Pyramid 
of Djozer at Saqqara. Other ancient pyramids are 
located in China, France, South America, Mexico, 
the Ukraine, Sudan, and Bosnia-Herzegovina. 


The base of a pyramid can be any polygon of three 
or more edges, and pyramids are named according to 
the number of edges in the base. When the base is a 
triangle, the pyramid is a triangular pyramid. It is also 
known as a tetrahedron since, including the base, it 
has four faces. When these faces are equilateral trian- 
gles, it is a square pyramid, having a square as its base. 
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The pyramids most commonly encountered are 
regular pyramids. These pyramids have a regular pol- 
ygon for a base and isosceles triangles for lateral faces. 
Not all pyramids are regular, however. 


The height of a pyramid can be measured in two 
ways, from the vertex along a line perpendicular to the 
base and from the vertex along a line perpendicular to 
one of the edges of the base. This latter measure is called 
the slant height. Unless the lateral faces are congruent 
triangles, however, the slant height can vary from face to 
face and will have little meaning for the pyramid as a 
whole. Unless the word slant is included, the term height 
(or altitude) refers to the height. 


If in addition to being congruent, the lateral faces 
are isosceles, the pyramid will be regular. In a regular 
pyramid, right triangles are to be found in abundance. 
Suppose one has a regular pyramid whose altitude is 
VC and slant height VD. Here the triangles VCD, 
VDE, VCE, and CDE are all right triangles. If in any 
of these triangles one knows two of the sides, one can 
use the Pythagorean theorem (whose equation form is: 
a’ + a* = c*, where c is the length of the hypotenuse 
and a and b are the lengths of the other two sides) to 
figure out the third. This, in turn, can be used in other 
triangles to figure out still other unknown sides. For 
example, if a regular square pyramid has a slant height 
of two units and a base of two units on an edge, the 
lateral edges have to be 5 units and the altitude 3 
units. 


There are formulas for computing the lateral area 
and the total area of certain special pyramids, but in 
most instances it is easier to compute the areas of the 
various faces and add them up. 


Volume is another matter. Figuring volume with- 
out a formula can be very difficult. Fortunately, there 
is a rather remarkable formula dating back at least 
2,300 years. 


In Proposition 7 of Book XII of his Elements, 
Greek mathematician Euclid of Alexandra (c. 325- 
c. 265 BC showed that “Any prism which has a trian- 
gular base is divided into three pyramids equal to one 
another which have triangular bases.” This means that 
each of the three pyramids into which the prism has 
been divided has one-third the prism’s volume. Since 
the volume of the prism is the area, B, of its base times 
its altitude, h: the volume of the pyramid is one third 
that, or Bh/3. 


Pyramids whose bases are polygons of more than 
three sides can be divided into triangular pyramids and 
Euclid’s formula applied to each. Then if B is the sum 
of the areas of the triangles into which the polygon has 
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The pyramids near Giza, Egypt. (© Jose Fuste Raga/Corbis.) 


Altitude—The distance from the vertex, perpendic- 
ular to the base. 

Pyramid—A solid with a polygonal base and trian- 
gular lateral faces. 

Slant height—The distance form the vertex, per- 
pendicular to the edge of the base. 


been divided, the total volume of the pyramid will 
again be Bh/3. 


If one slices the top off a pyramid, one truncates it. 
If the slice is parallel to the base, the truncated pyra- 
mid is called a frustum. The volume of a frustum is 
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given by the curious formula (B + B’ + /BB’)h/3, 
where B and B’ are the areas of the upper and lower 
bases, and h is the perpendicular distance between 
them. 
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Pyrethrum see Composite family 
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Pythagorean theorem 


A green tree python. (JLM Visuals.) 


! Pythagorean theorem 


One of the most famous theorems in all mathe- 
matics, often attributed to Pythagoras of Samos 
(Greece) in the sixth century BC, states the sides a, b, 
and c of a right triangle satisfy the relation c” = a” + b’, 
where c is the length of the hypotenuse of the triangle 
and a and b are the lengths of the other two sides. 


This theorem was known earlier to the 
Babylonians, Chinese, and Egyptians. Pythagoras is 
said to have traveled to Babylon as a young man, 
where he could have learned the famous theorem. 
Nevertheless, Pythagoras (or some member of his 
school) is credited with the first proof of the theorem. 


The converse of the Pythagorean theorem is 
also true. That is if a triangle with sides a, b, and c has 
a’ = b” + c*, we know that the triangle is a right triangle. 


A special form of the theorem was used by the 
Egyptians for making square corners when they resur- 
veyed land adjacent to the Nile river after the annual 
flood. They used a rope loop with 12 knots tied at 
equal intervals along the rope. Three of the knots were 


3554 


used as the vertices of a triangle. Since 3° + 4° = 5° we 
know, by the converse of the Pythagorean theorem, 
that we have a right triangle. 


[ Pythons 


Pythons are nonvenomous constricting snakes in 
the family Pythonidae that are found only in the Old 
World. Like the boas, pythons retain lizard like features 
such as paired lungs and the remnants of the hind limbs. 
Pythons are egg-laying snakes, which distinguishes them 
from boas and sandboas that typically bear live young. 
Fossil species of pythons are known from Cretaceous 
period, some 200 million years ago, the separation of the 
old world pythons from the South American boas hav- 
ing taken place some 80 million years ago. 


Constricting snakes do not crush their prey as 
commonly supposed, but coil tightly around the 
chest of the prey animal. When the animal exhales, 
the snake tightens its grip, and after two or three 
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breaths the animal dies from suffocation or from the 
pressure on its heart, which causes it to stop beating. 


The 32 species of pythons are found in Australia, 
New Guinea, the Philippines, Indonesia, south and 
Southeast Asia, and sub-Saharan Africa. 


The large pythons in Australia and New Guinea 
include species of Liasis and Morelia that commonly 
exceed 10 ft (3 m) in length. The largest python in this 
region is the amethystine python (Morelia amethis- 
tina), which often exceeds 11 ft (3.5 m) but can grow 
up to 28 ft (8.5 m). 


Australia also has the smallest pythons. Some spe- 
cies in the genus Liasis seldom exceed a yard (1 m) in 
length and have a slender body. The green tree python 
(Morelia viridis) of New Guinea and northern Australia 
attains a length of about 7 ft (2 m), and has well- 
developed labial pits on the scales around the mouth 
which serve as heat receptors, allowing the snake to 
locate warm-blooded birds and mammals at night. 


The largest known python is the Asian reticulated 
python (Python reticulatus) which has been reported 
to attain a length of 38 ft (11.6 m), and commonly 
reaches more than 25 ft (7.6 m). Reticulated pythons 
are longest of all snakes, while the green anaconda 
(Eunectes murinus), an aquatic boa of tropical 
America, is probably the heaviest. 


All pythons coil around their clutch of eggs to 
protect them, but the female Asian rock python 
(Python molurus) incubates its eggs on cool nights by 
violently contracting her muscles several times a 
minute thus producing body heat. The female Asian 
rock python does not eat during the entire 60-90 day 
incubation period, and may lose almost half her nor- 
mal weight due to this activity. Most Asian rock 
pythons have a gentle non-aggressive nature, and are 
a favorite of snake-handlers. 


The Malayan blood python (Python curtus) is an 
(8-ft; 2.7-m) heavy-bodied snake, so named because of 
the blood-red color of some individuals, not because it 
sucks blood. Because of its size and bright coloration, 
blood pythons are popular pets. 


The African rock python (Python sebae) grows to a 
length of more than 20 ft (6 m) and is able to eat animals 
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KEY TERMS 


Arboreal—Living in trees. 


Constriction—The activity of wrapping around an 
object and squeezing it. Snakes that subdue their 
prey in this way are called “constrictors.” 


Genus (plural, genera)—A group of related spe- 
cies; the next higher level of classification above 
the species level. 


Labial pits—Sensitive heat-receptors embedded in 
the scales around the mouth in boas and pythons. 


Terrestrial—Of or pertaining to Earth and _ its 
inhabitants. 


as large as pigs and small antelope. Rock pythons have 
even been reported to (rarely) eat children. A large 
individual may take a food animal that weighs up to 
perhaps 100 Ib (45 kg). The royal or ball python (Python 
regius) and the Angola python (Python anchietae) rarely 
exceed five ft (1.5 m) in length. The ball python gets its 
name from its habit of curling up into a tight ball with its 
head in the center; in this position the python can be 
rolled along the ground like a ball. 
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QED see Quantum electrodynamics (QED) 


Quadrant see Sextant 


ll Quadrilateral 


A quadrilateral, in the mathematical area of 
geometry, is a closed figure formed by four line seg- 
ments. It can also be defined as a polygon (many-sided 
geometric figure) with four straight sides and four 
vertices (points on a geometrical figure). The word 
quadrilateral comes from the Latin word quadrilate- 
rus, meaning four-sided. 


Geometrically, it can be defined as four points, 
such as W, X, Y, and Z, that all are contained in the 
same plane, where no three of the points are in the same 
line (collinear). Thus, when the four segments, WX, 
XY, YZ, and ZW, intersect only at their end-points 
the resulting union is called a quadrilateral. Special 
cases of a quadrilateral are: (1) A trapezium—A quad- 
rilateral with no pairs of opposite sides parallel (Figure 
A). (2) A trapezoid—A quadrilateral with one pair of 
sides parallel (Figure B). (3) A parallelogram—A quad- 
rilateral with two pairs of sides parallel (Figure C). (4) 
A rectangle—A parallelogram with all angles right 
angles (Figure D). (5) A square—A rectangle having 
all sides of the same length (Figure E). A complete 
quadrilateral is a plane figure in projective geometry 
consisting of lines a, b, c, and d (no two of them con- 
current) and their points of intersection (Figure F). 


Other cases of quadrilaterals are: isosceles trape- 
zoid (where two of the opposite sides are parallel and 
the remaining two sides are equal; while the two ends 
of the two parallel sides have equal angles); rhombus 
(where its four sides have sides of equal length and two 
axes of symmetry); rhomboid (where the adjacent 
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Figure F 


(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure A Figure B 
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Figure C Figure D Figure E 


(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


sides have unequal lengths and the angles are not 
right angles [oblique]); and kite (where two adjacent 
sides have equal lengths, and the other two sides also 
have equal lengths). 


See also Polygons. 
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Quail 


I Quail 


Quail are relatively small species of fowl that have 
traditionally been included in the family Phasianidae, 
which also includes pheasants, partridges, peafowl, 
turkeys, guineafowl, and francolins. Recent DNA 
(deoxyribonucleic acid) evidence suggests that New 
World quail are not particularly closely related to the 
Old World quail or pheasants of the Phasianidae, 
and the 32 species of New World quail (the genera 
Oreortyx, Philortyx, Dactylortyx, Rhynchortyx, Den- 
drortyx, Callipepla, Colinus, Cyrtonyx, and Odonto- 
phorus) are now usually placed in a separate family, 
Odontophoridae. 


Like other members of their family, quail have a 
chunky body with short, rounded wings, and a short, 
thick, hooked bill, in which the tip of the upper man- 
dible hangs slightly over that of the lower. The legs and 
feet are stout, and are used for running as well as for 
scratching in the ground surface for their foods of 
seeds and invertebrates. Compared with other birds 
in the Phasianidae, quails are relatively small, short- 
necked birds, with a short tail, a serrated edge of the 
beak, and lacking spurs on the legs. 


Quail are nonmigratory, terrestrial birds, inhabit- 
ing semi-deserts, grasslands, open woodlands, and 
forest edges. Quail eat berries, seeds, buds, and leaves, 
as well as insects and other types of invertebrates that 
they encounter, especially as they scratch through dirt 
and debris on the ground. Young quail feed especially 
heavily on invertebrates, because they are growing 
rapidly and therefore need a diet rich in proteins. 


Male quail are relatively brightly patterned and 
are often ornamented with unusual structures that are 
intended to impress the female—for example, a long 
plume of feathers on the head. In addition, male quail 
have strutting behavioral repertoires that are designed 
to excite potential mates. 


These structures and behaviors are not adaptive in 
the conventional sense, in fact, they likely make male 
quail more vulnerable to being killed by predators. 
These special characteristics of male quail have 
evolved as a result of sexual selection, a force that 
favors individuals that are most pleasing to the 
females in an aesthetic sense. Other members of the 
Phasianidae, such as pheasants and peafowl, have 
evolved even more unusual reproduction-enhancing 
characteristics than the quail. 


Most species of quail have a monogamous breed- 
ing system, in which male and female birds pair off 
and cooperate in breeding. This is different from 
many other groups in the Phasianidae, which are 


3558 


A Gambel’s quail (Lophortyx gambelii) in the Arizona Sonora 
Desert Museum, Arizona. (Robert J. Huffman. Field Mark 
Publications.) 


polygynous. Quail nest on the ground, usually beneath 
a shrub or in other protective cover. In some species of 
quail, both the female and the male brood the eggs, 
and both cooperate in raising the chicks. Quail chicks 
are precocious and can leave the nest soon after birth, 
following their parents and feeding themselves, mostly 
on insects. 


Species of quail 


Species of quail occur in the Americas, Africa, 
Eurasia, and Australasia. Six native species of quail 
occur in North America, mostly in the west. In 
addition, various species of quail have been widely 
introduced as game birds beyond their natural range, 
including the common quail, bobwhite, and California 
quail. Other species are commonly kept in zoos and 
private aviaries around the world. 


The bobwhite quail (Colinus virginianus) is the 
most familiar species of quail in southeastern 
Canada, the eastern and central United States, and 
south to Guatemala. This species has also been widely 
introduced as a game bird. There is a relatively large, 
introduced population in the Pacific Northwest of the 
United States. This bird is named after its whistled 
calls of “bob-bob-white.” The California quail 
(Lophortyx californica) occurs in open woodlands 
and parks of all of the Pacific states. Gambel’s quail 
(L. gambelii) occurs in the southwestern states and 
northern Mexico. The males of both of these species 
have a long, black plume that stands erect on the top 
of their head. The plumes of females are shorter. 


The mountain quail (Oreortyx pictus) occurs in 
woodlands and chaparral at relatively high elevation 
in the western states. This species also has a head 
plume, similarly sized in both sexes. 
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KEY TERMS 


Monogamy—A system in which a male and female 
form a pair that cooperates in breeding. 


Polygyny—A breeding system in which a male will 
attempt to breed with as many females as possible. 
In birds, the female of a polygynous species usually 
incubates the eggs and raises the babies unaided by 
the male. 


Sexual selection—This is a type of natural selection 
in which anatomical or behavioral traits may be 
favored because they confer some advantage in 
courtship or another aspect of breeding. For exam- 
ple, the bright coloration, long tail, and elaborate 
displays of male pheasants have resulted from sex- 
ual selection by females, who apparently favor 
extreme expressions of these traits in their mates. 


The scaled quail (Callipepla squamata) and harle- 
quin quail (Cyrtonyx montezumae) occur in the south- 
western states and Central America. 


The only species of quail in Europe is the common 
quail (Coturnix coturnix), which also ranges widely 
into Asia and Africa. Northern populations of this 
robin-sized species are migratory. Numerous attempts 
have been made to introduce the common quail as a 
game bird in North America, but none of these have 
established breeding populations. 


Quail and people 


Most species of quail are economically important 
as game birds and are hunted for sport or as source of 
wild meat. However, quail are easily over-hunted, so it 
is important to conserve their populations. 


Quail are also kept in captivity in zoos, parks, and 
private aviaries, although this is somewhat less com- 
mon than with pheasants and peafowl, which are 
larger, more colorful birds. 


Unfortunately, some species of quail are becom- 
ing endangered in their native habitats. This is partly 
due to excessive hunting, but more important in many 
cases are losses of the natural habitat of these birds. 
These ecological changes are largely due to agricul- 
tural conversions of natural habitats that quail 
require, and to other human influences. 
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[ Qualitative analysis 


Qualitative analysis refers to analysis that exam- 
ines aspects of a sample that do not have a numerical 
value. This type of analysis is more subjective. 


Various techniques have been devised to permit 
the analysis of the structure and function of micro- 
organisms. Some techniques are qualitative in their 
intent. That is, they provide a “yes or no” answer. 
Other techniques are quantitative, and so provide 
numerical information about a sample. 


Assessing the growth of a bacterial sample provides 
examples of both types of analysis techniques. An 
example of a qualitative technique would be the growth 
of a bacterial sample on a solid growth medium, in 
order to solely assess whether the bacteria in the sample 
are living or dead. An example of a quantitative techni- 
que is the use of that solid growth media to calculate the 
actual number of living bacteria in a sample. 


Microscopic observation of microorganisms can 
reveal a wealth of qualitative information. The observa- 
tion of a suspension of bacteria on a microscope slide 
(the wet mount) reveals whether the bacteria are capable 
of self-propelled motion. Microorganisms, particularly 
bacteria, can be applied to a slide as a so-called smear, 
which is then allowed to dry on the slide. The dried 
bacteria can be stained to reveal, for example, whether 
they retain the primary stain in the Gram stain protocol 
(Gram positive) or whether that stain is washed out of 
the bacteria and a secondary stain retained (Gram neg- 
ative). Examination of such smears will also reveal the 
shape, size, and arrangement (singly, in pairs, in chains, 
in clusters) of the bacteria. These qualitative attributes 
are important in categorizing bacteria. 


Microscopy can be extended to provide qualitative 
information. The incorporation of antibodies to spe- 
cific components of the sample can be used to calculate 
the proportion of the samples in a population that 
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KEY TERMS 


Electromagnetic radiation—The energy of pho- 
tons, having properties of both particles and 
waves. The major wavelength bands are, from 
short to long: cosmic, ultraviolet, visible or 
“light,” infrared, and radio. 


Functional group—A particular arrangement of 
atoms in an organic compound that determines 
the dominate characteristics of that compound. 
An alcohol, for example, contains the grouping 
R-OH,where R represents a collection of carbon 
and hydrogen atoms and -OH identifies the com- 
pound as an alcohol. 


Reagent—A chemical added to a suspect material 
to produce a known reaction response. If the reac- 
tion response is observed as expected the identity 
of the material is assumed to be known. 


Spectroscopy—That branch of science in which a 
varying perturbing energy (electromagnetic, mag- 
netic, etc.) is directed on a sample. The magnitude 
of the response as the energy varies is plotted and 
the resulting spectrum characteristic of the arrange- 
ment of atoms within the molecules of the sample is 
noted. 


possess the target of interest. Fluorescent-labeled anti- 
bodies, or antibodies combined with a dark appearing 
molecule such as ferritin, are useful in such studies. The 
scanning confocal microscope is proving to be tremen- 
dously useful in this regard. The optics of the micro- 
scope allows visual data to be obtained at various 
depths through a sample (typically the sample is an 
adherent population of microorganisms). These optical 
thin sections can be reconstructed via computer imag- 
ing to produce a three-dimensional image of the speci- 
men. The use of fluorescent-tagged antibodies allows 
the location of protein within the living biofilm to be 
assessed. 


Bacterial growth is another area that can yield 
qualitative or quantitative information. Water analy- 
sis for the bacterium Escherichia coli provides an 
example. A specialized growth medium allows the 
growth of only £. coli. Another constituent of the 
growth medium is utilized by the growing bacteria to 
produce a by-product that fluoresces when exposed to 
ultraviolet light. If the medium is dispensed in bottles, 
the presence of growing £. coli can be detected by the 
development of fluorescence. However, if the medium 
is dispensed in smaller volumes in a grid-like pattern, 
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then the number of areas of the grid that are positive 
for growth can be related to a mathematical formula 
to produce a most probable number of living E. coliin 
the water sample. Viable bacterial counts can be deter- 
mined for many other bacteria by several other means. 


Chemical tests are widely used for qualitative anal- 
ysis. If an unknown produces the same results when 
reacted with a certain chemical reagent as does a mate- 
rial of known composition, they may be identical. To be 
absolutely sure more then one confirmatory test is 
made, for although reagent A may, when added to 
both a known and an unknown substance, produce 
identical responses, reagent B when used for testing 
might react only with the known and not with the 
unknown. The analytical chemist who performs these 
tests must be knowledgeable both in selecting the proper 
test reagents and in knowing the expected results. 


The tentative identification was correct if the melt- 
ing point of the mixture is identical to the literature 
value melting point for the pure substance but incorrect 
if a substantially lower melting point is observed. 
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l Quantitative analysis 


Quantitative analysis is a form of analysis 
performed in a variety of scientific disciplines to find 
the amount of each component present in a material, 
or to numerically define a system being examined. 
Incontrast to qualitative analysis, it is not subjective. 
Rather, experimental findings provide actual numbers. 


A quantitative investigation means that the 
amount (quantity) or relative amount of each compo- 
nent present is determined. In a pure substance, the 
entire mass is composed of a single component. In 
materials composed of two or more substances, a quan- 
titative investigation would determine the mass or 
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Instrumental techniques 


Method 


Response 


Potentiometry 

Coulometry 

Conductimetry 

Voltammetry 

Ultraviolet, visible, infrared, and 
x-ray spectometry 
Thermogravimetry 

Nuclear magnetic resonance 


Nuclear activation analysis 


Mass spectrometry 


Many chemical reactions produce electric energy, a battery for example. The amount of chemical to 
produce a measured potential is calculated. 


The amount of electrical current and the duration over which it flows is a measure of the amount of 
chemical substance producing the current. 


The number of charged chemical components in a solution determine the resistance or conductance 
of a solution to the passage of electrical current. 


The magnitude of electric potential necessary to cause the breakdown of a chemical substance and 
the current resulting from that breakdown are related to the amount of chemical present. 


The extent to which these rays are absorbed by a sample depends upon the amount of sample present. 


The loss in weight of a substance as it decomposes upon heating is proportional to the amount of 
substance initially present. 


For chemicals showing magnetic properties the strength of the magnetism is related to the amount 
of substance present. 


The amount of radioactivity produced by a substance is proportional to the amount of material emitting 
radiation. 


The intensity of each component fraction present as a chemical is broken apart relates to the amount 


initially present. 


Table 1. Instrumental Techniques of Quantitative Analysis. (Thomson Gale.) 


relative mass present for each component within the 
sample, or for the compounds of most interest. 


Classical methods, employed since the beginning 
of modern chemistry in the nineteenth century, use 
balances and calibrated glass containers to directly 
measure the amounts of chemicals combined with an 
unknown substance. A classical gravimetric analysis 
utilizes an appropriate chemical reagent to combine 
with the analyte in a sample solution to form an insolu- 
ble substance, a precipitate. The precipitate is filtered, 
washed, dried and weighed. From the weight of the 
precipitate and sample and from the known chemical 
composition of the precipitate, the analyst calculates 
the percent of analyte in the sample. 


A classical titrimetric, or volumetric, analysis uses 
titration, a procedure in which a solution of exactly 
known concentration reacts with the analyte in a sam- 
ple solution. A chemical solution of known concentra- 
tion, the titrant, is placed in a buret, a long calibrated 
tube with a valve at one end capable of dispensing 
variable known volumes of liquid. An indicator solu- 
tion, a colored dye, is added to the unknown sample. 
Titrant is then delivered slowly from the buret. The 
indicator dye is chosen so that a color change occurs 
when exactly the proper amount of titrant to combine 
with the unknown has been added. This amount is 
called the equivalent point volume. From the strength 
of the titrant solution, the equivalent point volume, and 
the volume of unknown sample in the titration flask, 
the amount or percent of an analyte can be calculated. 
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KEY TERMS 


Analyte—The component within a sample that is to 
be measured. 


Classical analysis—Those procedures in which the 
desired component is reacted with a suitable chem- 
ical reagent, either by precipitate formation or 
titration. 


Gravimetric analysis—A classical quantitative 
technique in which an added chemical forms an 
insoluble precipitate with the desired component. 
The precipitate is collected and weighed. 


Instrumental analysis—A modern quantitative 
technique in which some property of the desired 
component (electrical, optical, thermal, etc.) is 
measured and related to the amount present. 


Titrimetric analysis—A classical quantitative tech- 
nique in which a solution of known concentration 
is reacted exactly with the desired component and 
a calculation preformed to find the amount present. 


The presence of many chemical substances can 
often be found by their response to some external 
signal. The magnitude of this response is proportional 
to the amount of substance present. Because electronic 
equipment is often necessary to generate the external 
signal and/or to detect the chemical response, these 
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Quantum computing 


methods of quantitative analysis are called instrumen- 
tal methods. The type of instrumental method used for 
quantitative analysis varies with the nature of the 
substance being analyzed and with the amount of the 
target compound thought to be present. 


Quantitative analysis is also a fundamentally 
important part of the biological and microbiological 
sciences. For example, determining the number of 
bacteria growing on solid nutrient or charting the 
speed at which a bacteria can move through a solution 
are quantitative measurments. 
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I Quantum computing 


The computers of today are smaller, faster, and 
more powerful than their predecessors from the 1940s. 
The underlying philosophy of the ancient computers 
and their modern cousins, however, is exactly the 
same. The task remains the identical: to manipulate 
and interpret information that is expressed as either a 
number 0 or a number 1. This packaging of informa- 
tion is referred to as the binary bit. Binary bit com- 
puters operate according to the laws of classical 
physics. The quantum computer utilizes the concepts 
of quantum physics to produce a computer that 
operates differently from the computers now avail- 
able. The concept of quantum computers arose and 
was explored in the 1970s and 1980s. American phys- 
icist Richard Feynman (1918-1988) observed that the 
simulation of quantum systems should be performed 
with quantum computers. As computer chips became 
smaller, with more circuitry packed onto a chip, it 
became apparent to some physicists and computer 
scientists that this trend of decreasing size would ulti- 
mately approach atomic dimensions. At such small 
sizes, the laws of classical physics do not operate. 
Thus, a computer based on classical physics could 
not function. 
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Quantum computing refers to the current theoret- 
ical use of quantum physics in the processing and 
memory functions of computing. Certain properties 
of atoms or nuclei could allow the processing and 
memory functions to cooperatively function. These 
quantum bits, or qubits, would be the computer’s 
processor and memory. The operating speed of qubits 
is much faster than current technologies permit. 
Quantum computing is well suited for tasks like cryp- 
tography, modeling of data, and the indexing of very 
large databases. It is, however, not suitable for tasks 
like word processing and electronic mail (e-mail). 


Qubits operate differently from the current binary 
system of computing. Now, the binary bit, or 0 and 1, 
method of information storage assigns a value to one 
set of number at a time. For example, a 0 has only one 
value and must be read before the next piece of infor- 
mation. In contrast, quantum computers encode 
information according to quantum mechanical states. 
These states concern the spin of electrons and the 
position in space of photons. Rather than having a 
discrete value, a point of information in the quantum 
computer could exist as 0 or 1, as both at the same 
time, or as something in between 0 and 1. Thus, 
instead of being one information point, the event can 
contain many pieces of information at the same time. 
This phenomenon is referred to as superposition. A 
binary computer is not capable of operation in a 
superpositional manner. 


Put another way, a quantum computer would be 
capable of doing a computation on many different 
numbers at once, then using these results to arrive at 
a single answer. This property makes a quantum com- 
puter potentially much faster and more powerful than a 
classical computer of equivalent size. For example, in a 
code-breaking function like cryptography, factoring a 
number having 400 digits—which could be necessary to 
break a security code—would take a fast modern day 
supercomputer millions of years. A quantum com- 
puter, however, could complete the process in about 
one year. Another advantage of a quantum computer 
has to do with the space required to house the machine. 
For example, while today’s supercomputers occupy a 
large room and require specially cooled and isolated 
rooms, scientists have calculated that a quantum com- 
puter capable of the same or greater computational 
power would theoretically be no larger, and might 
actually resemble, an average coffee cup. 


The orientation of the photons in a qubit also 
may serve another function. Scientists, including 
German-American physicist Albert Einstein (1879- 
1955), noticed that if the pattern of light emission of 
one photon is measured, the light emission state of 
another photon behaves similarly, no matter how far 


GALE ENCYCLOPEDIA OF SCIENCE 4 


away the second photon is from the first. The phe- 
nomenon is called entanglement. Entanglement effec- 
tively wires qubits together, even though no wires 
are physically present, and makes the electric transfer 
of information transfer from one qubit to another 
conceivable. Entanglement is not yet practically use- 
able. However, such information transfer has been 
demonstrated in the laboratory. 


The potential of entanglement also imposes a 
great limitation on quantum computing. How qubits 
can be isolated so as not to be affected by stray exter- 
nal atoms is not yet known. The inner workings of a 
quantum computer must somehow be separated from 
its surroundings, while at the same time being acces- 
sible to operations like loading of information, execu- 
tion of information, and reading-out of information. 
Currently, the best approach involves the exposure of 
liquids to magnetic fields, much like the technique of 
nuclear magnetic resonance. Atoms in the liquid can 
orient themselves in the field, producing the entangle- 
ment behavior. Between 2005 and 2006, University of 
Michigan researchers built semiconductor chips that 
hold ions within a vacuum with the use of an electro- 
magnetic field, what is called an ion trap. Such devices 
may lead scientists in the future to developing quan- 
tum computers. Research is being performed in sev- 
eral countries, including the United States, at both the 
government and military levels. 


See also Abacus; Nanotechnology. 
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fl Quantum electrodynamics 
(QED) 


Quantum electrodynamics (QED) is a complex 
and highly mathematical theory regarding the inter- 
action of electromagnetic radiation with matter. The 
development of QED theory was essential in the 
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verification and development of quantum field theory 
and it allows physicists to predict how subatomic par- 
ticles are created or destroyed. QED is a fundamen- 
tally important scientific theory that accounts for all 
observed physical phenomena except those phenom- 
ena associated with aspects of general relativity theory 
and radioactive decay. QED is compatible with special 
relativity theory and special relativity equations are 
incorporated into QED equations. QED is also termed 
a gauge-invariant theory because its predictions are 
not affected by variations in space or time. 


The practical value of QED theory is that it allows 
physicists to make calculations regarding the absorp- 
tion and emission of light by atoms. In addition, QED 
provides very accurate predictions regarding the inter- 
actions between photons and charged atomic particles 
such as electrons. 


During the first half of the twentieth century phys- 
icists struggled to reconcile Scottish physicist James 
Clerk Maxwell’s (1831-1879) equations regarding 
electromagnetism with the emerging quantum and rel- 
ativistic theories advanced by German physicist 
Maxwell Planck (1858-1947), Danish physicist Niels 
Bohr (1885-1962), German-American physicist Albert 
Einstein (1879-1955) and others. Prior to World 
War II, English physicist P-A.M. Dirac (1902-1984), 
German physicist Werner Heisenberg (1901-1976), and 
Austrian-born American physicist Wolfgang Pauli 
(1900-1958) made significant independent contribu- 
tions to the mathematical foundations related to 
QED. Working with QED theory initially proved diffi- 
cult, however, because of infinite values in the mathe- 
matical calculations (e.g., for emission rates or 
determinations of mass). Early QED predictions often 
failed to match experimental data. Subsequently, QED 
calculations were made more reliable by a process 
termed renormalization (allowing positive infinities to 
cancel out negative infinities) and other advances devel- 
oped independently by American physicists Richard 
Feynman (1918-1988) and Julian Schwinger (1918— 
1994), and Japanese physicist Shin’ichir’ Tomonga 
(1906-1979). 


The use of renormalization initially allowed QED 
theorists to use measured values of mass and charge 
in QED calculations. The result made QED a highly 
reliable theory with regard to its ability to predict 
and reflect the observed interactions of electrons 
and photons. QED theory was, however, revolution- 
ary in theoretical physics because of the nature 
and methodology of its predictions. QED reflected a 
growing awareness of limitations on the ability to 
make predictions regarding behavior of subatomic 
particles. Instead of making predictions resulting 
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from mechanistic cause-and-effect interactions, QED 
relies on an understanding of the probabilities associ- 
ated with the quantum properties and behavior of 
subatomic particles to allow the calculation of proba- 
bilities regarding outcomes of subatomic interactions. 


As quarks, gluons, and other subatomic particles 
became known, QED became an increasingly impor- 
tant in explaining the structure, properties and reac- 
tions of these particles. QED, also known as the 
quantum theory of light, eventually became one of 
the most precise, accurate, and well tested theories in 
science. QED predictions of the mass of some subato- 
mic particles, for example, offer results accurate to six 
significant figures or more. 


QED describes the phenomena of light in ways 
that are counter-intuitive (not typical of everyday 
experience) because QED treats the quantum proper- 
ties of light (properties that are conserved and that 
occur in discrete amounts called quanta). According 
to QED theory, light exists in a particle and wave-like 
dualities (i.e., the electromagnetic wave has both par- 
ticle and wave-like properties). Electromagnetism 
results from the quantum properties of the photon, 
the fundamental particle responsible for the transmis- 
sion or propagation of electromagnetic radiation. 
Unlike the particles of everyday experience, photons, 
can also exist as virtual particles that are constantly 
exchanged between charged particles and the forces of 
electricity and magnetism arise from the exchange of 
these virtual photons between charged particles. 


The most accurate and complete definitions of 
virtual particles (e.g., virtual photons) are mathemat- 
ical. Most non-mathematical descriptions, however, 
usually describe virtual photons as wave-like (i.e., 
existing in form like a wave on the surface of water 
after it is touched). According to QED theory, virtual 
photons are passed back and forth between the 
charged particles somewhat like basketball players 
passing a ball between them as run down the court. 
Only in their cloaked or hidden state do photons act 
as mediators of force between particles. The force 
caused by the exchange of virtual photons results 
from changes charged particles change their velocity 
(speed and/or direction of travel) as they absorb or 
emit virtual photons. 


As virtual particles, photons are cloaked from 
observation and measurement. Accordingly, as virtual 
particles, virtual photons can only be detected by their 
effects. The naked transformation of a virtual particle 
to a real particle would violate the laws of physics 
specifying the conservation of energy and momentum. 
Photons themselves are electrically neutral and only 
under special circumstances and as a result of specific 
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interactions do virtual photons become real photons 
observable as light. 


QED theory accounts, for example, for the inter- 
actions of electrons, positrons (the positively charged 
antiparticle to the electron), and photons. In electron- 
positron fields, electron-positron pairs come into exis- 
tence as photons interact with these fields. According 
to QED theory, the process also operates in reverse to 
allow photons to create a particle and its antiparticle 
(e.g., an electron and a positron). 


QED mathematically describes a force similar to 
gravity in that it becomes weaker as the distance 
between charged particles increases. Like gravity, the 
force reduces in strength as the inverse square of the 
distance between charged particles. Moreover, the con- 
cept of forces such as electromagnetism arising from 
the exchange of virtual particles may carry profound 
implications regarding the advancement of theories 
relating to the strong, electroweak, and gravitational 
forces. Some physicists assert that if a unified theory 
can be found, it will rest on the foundations and meth- 
odologies established during the development of QED 
theory. 


See also Atomic models; Atomic spectroscopy; 
Bohr model; Electromagnetic field; Electromagnetic 
spectrum; Quantum mechanics. 
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I Quantum mechanics 


Quantum mechanics is a fundamental part of 
theoretical physics that involves the theory used to 
provide an understanding of the behavior of micro- 
scopic particles such as electrons and atoms. More 
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Figure 1. (Hans & Cassidy. Courtesy of Gale Group.) 


importantly, quantum mechanics describes the rela- 
tionships between energy and matter on atomic and 
subatomic scales. Thus, it replaces classical mechanics 
and electromagnetism when dealing with these very 
small scales. Quantum mechanics is used in such sci- 
entific fields as computational chemistry, condensed 
matter, molecular physics, nuclear physics, particle 
physics, and quantum chemistry. 


At the beginning of the twentieth century, 
German physicist Maxwell Planck (1858-1947) pro- 
posed that atoms absorb or emit electromagnetic radi- 
ation in bundles of energy termed quanta. This 
quantum concept seemed counter-intuitive to well- 
established Newtonian physics. Ultimately, advance- 
ments associated with quantum mechanics (e.g., the 
uncertainty principle) also had profound implications 
with regard to the philosophical scientific arguments 
regarding the limitations of human knowledge. 


Planck proposed that atoms absorb or emit electro- 
magnetic radiation in defined and discrete units 
(quanta). Planck’s quantum theory also asserted that 
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the energy of light was directly proportional to its fre- 
quency, and this proved a powerful observation that 
accounted for a wide range of physical phenomena. 


Planck’s constant relates the energy of a photon 
with the frequency of light. Along with the constant for 
the speed of light (c), Planck’s constant (h = 6.626 x 
10-*4 joule-second) is a fundamental constant of nature. 


Prior to Planck’s work, electromagnetic radiation 
(light) was thought to travel in waves with an infinite 
number of available frequencies and wavelengths. 
Planck’s work focused on attempting to explain the 
limited spectrum of light emitted by hot objects and to 
explain the absence of what was termed the violet 
catastrophe predicted by nineteenth century theories 
developed by Prussian physicist Wilhelm Wien (1864— 
1928) and English physicist Baron (John William 
Strutt) Rayleigh (1842-1919). 


Danish physicist Niels Bohr (1885-1962) studied 
Planck’s quantum theory of radiation and worked in 
England with physicists J. J. Thomson (1856-1940), 
and Ernest Rutherford (1871-1937) improving their 
classical models of the atom by incorporating quan- 
tum theory. During this time, Bohr developed his 
model of atomic structure. To account for the 
observed properties of hydrogen, Bohr proposed that 
electrons existed only in certain orbits and that, 
instead of traveling between orbits, electrons made 
instantaneous quantum leaps or jumps between 
allowed orbits. According to the Bohr model, when 
an electron is excited by energy it jumps from its 
ground state to an excited state (i.e., a higher energy 
orbital). The excited atom can then emit energy only in 
certain (quantized) amounts as its electrons jump back 
to lower energy orbits located closer to the nucleus. 
This excess energy is emitted in quanta of electromag- 
netic radiation (photons of light) that have exactly the 
same energy as the difference in energy between the 
orbits jumped by the electron. 


The electron quantum leaps between orbits pro- 
posed by the Bohr model accounted for Plank’s obser- 
vations that atoms emit or absorb electromagnetic 
radiation in quanta. Bohr’s model also explained 
many important properties of the photoelectric effect 
described by German-American mathematician and 
physicist Albert Einstein (1879-1955). 


Using probability theory, and allowing for a 
wave-particle duality, quantum mechanics also 
replaced classical mechanics as the method by which 
to describe interactions between subatomic particles. 
Quantum mechanics replaced electron orbitals of clas- 
sical atomic models with allowable values for angular 
momentum (angular velocity multiplied by mass) and 
depicted electrons position in terms of probability 
clouds and regions. 
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In the 1920s, the concept of quantization and 
its application to physical phenomena was further 
advanced by more mathematically complex models 
based on the work of French physicist Louis Victor de 
Broglie (1892-1987) and Austrian physicist Erwin 
Schrédinger (1887-1961) that depicted the particle and 
wave nature of electrons. De Broglie showed that the 
electron was not merely a particle but a waveform. This 
proposal led Schrodinger to publish his wave equation in 
1926. Schrédinger’s work described electrons as a stand- 
ing wave surrounding the nucleus and his system of 
quantum mechanics is called wave mechanics. German 
physicist Max Born (1882-1970) and English physicist 
P.A.M Dirac (1902-1984) made further advances in 
defining the subatomic particles (principally the elec- 
tron) as a wave rather than as a particle and in reconcil- 
ing portions of quantum theory with relativity theory. 


Working at about the same time, German phys- 
icist Werner Heisenberg (1901-1976) formulated the 
first complete and self-consistent theory of quantum 
mechanics. Matrixmathematics was well-established 
by the 1920s, and Heisenberg applied this powerful 
tool to quantum mechanics. In 1926, Heisenberg put 
forward his uncertainty principle that states that two 
complementary properties of a system, such as posi- 
tion and momentum, can never both be known 
exactly. This proposition helped cement the dual 
nature of particles (e.g., light can be described as hav- 
ing both wave and_ particle characteristics). 
Electromagnetic radiation (one region of the spectrum 
of which comprises visible light) is now understood as 
having both particle and wave-like properties. 


In 1925, Austrian-born physicist Wolfgang Pauli 
(1900-1958) published the Pauli exclusion principle 
that states that no two electrons in an atom can 
simultaneously occupy the same quantum state (i.e., 
energy state). Pauli’s specification of spin (+1/2 or 
—1/2) on an electron gave the two electrons in any 
suborbital differing quantum numbers (a system used 
to describe the quantum state) and made completely 
understandable the structure of the periodic table in 
terms of electron configurations (i.e., the energy related 
arrangement of electrons in energy shells and suborbi- 
tals). In 1931, American chemist Linus Pauling (1901— 
1994)published a paper that used quantum mechanics 
to explain how two electrons, from two different atoms, 
are shared to make a covalent bond between the two 
atoms. Pauling’s work provided the connection needed 
in order to fully apply the new quantum theory to 
chemical reactions. 


Quantum mechanics posed profound questions 
for scientists and philosophers. The concept that par- 
ticles such as electrons making quantum leaps from 


3566 


one orbit to another, as opposed to simply moving 
between orbits, seems counter-intuitive, that is, out- 
side the human experience with nature. Like much of 
quantum theory, the proofs of how nature works at 
the atomic level are mathematical. Bohr himself 
remarked, “Anyone who is not shocked by quantum 
theory has not understood it.” 


Quantum results 


Quantum mechanics requires advanced mathe- 
matics to give numerical predictions for the outcome 
of measurements. However, one can understand many 
significant results of the theory from the basic proper- 
ties of the probability waves. An important example is 
the behavior of electrons within atoms. Since such 
electrons are confined in some manner, scientists 
expect that they must be represented by standing 
waves that correspond to a set of allowed frequencies. 
Quantum mechanics states that for this new type of 
wave, its frequency is proportional to the energy asso- 
ciated with the microscopic particle. Thus, one reaches 
the conclusion that electrons within atoms can only 
exist in certain states, each of which corresponds to 
only one possible amount of energy. The energy of an 
electron in an atom is an example of an observable 
which is quantized, that is it comes in certain allowed 
amounts, called quanta (like quantities). 


When an atom contains more than one electron, 
quantum mechanics predicts that two of the electrons 
both exist in the state with the lowest energy, called the 
ground state. The next eight electrons are in the state of 
the next highest energy, and so on following a specific 
relationship. This is the origin of the idea of electron 
shells, or orbits, although these are just convenient 
ways of talking about the states. The first shell is filled 
by two electrons, the second shell is filled by another 
eight, etc. This explains why some atoms try to com- 
bine with other atoms in chemical reactions. 


This idea of electron states also explains why dif- 
ferent atoms emit different colors of light when they 
are heated. Heating an object gives extra energy to the 
atoms inside it and this can transform an electron 
within an atom from one state to another of higher 
energy. The atom eventually loses the energy when the 
electron transforms back to the lower-energy state. 
Usually the extra energy is carried away in the form 
of light which is said was produced by the electron 
making a transition, or a change of its state. The differ- 
ence in energy between the two states of the electron 
(before and after the transition) is the same for all 
atoms of the same kind. Thus, those atoms will always 
give off a wavelength and frequency of light (i.e., 
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KEY TERMS 


Classical mechanics—A collection of theories, all 
derived from a few basic principles, that can be 
used to describe the motion of macroscopic objects. 


Macroscopic—This term describes large-scale 
objects like those humans directly interact with on 
an everyday basis. 


Microscopic—This term describes extremely small- 
scale objects such as electrons and atoms with which 
humans seldom interact on an individual basis as 
humans do with macroscopic objects. 
Observable—A physical quantity, like position, 
velocity or energy, which can be determined by a 
measurement. 


Planck’s constant—A constant written as h, which 
was introduced by Max Planck in his quantum 
theory and that appears in every formula of quan- 
tum mechanics. 


Probability—The likelihood that a certain event 
will occur. If something happens half of the time, 
its probability is 1/2 = 0.5 = 50%. 

Quantum—The amount of radiant energy in the 
different orbits of an electron around the nucleus 
of an atom. 


Wave—A motion, in which energy and momentum 
is carried away from some source, which repeats 
itself in space and time with little or no change. 


color) that corresponds to that energy. Another ele- 
ment’s atomic structure contains electron states with 
different energies (since the electron is confined differ- 
ently) and so the differing energy levels produce light 
in other regions of the electromagnetic spectrum. 
Using this principle, scientists can determine which 
elements are present in stars by measuring the exact 
colors in the emitted light. 


Quantum mechanics theory has been extremely 
successful in explaining a wide range of phenomena, 
including a description of how electrons move in mate- 
rials (e.g., through chips in a personal computer). 
Quantum mechanics is also used to understand super- 
conductivity, the decay of nuclei, and how lasers work. 


Theoretical implications of quantum 
mechanics 


The standard model of quantum physics offers 
an theoretically and mathematically sound model of 
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particle behavior that serves as an empirically vali- 
dated middle-ground between the need for undiscov- 
ered hidden variables that determine particle beha- 
vior, and a mystical anthropocentric universe where 
it is the observations of humans that determine reality. 
Although the implications of the latter can be easily 
dismissed, the debate over the existence of hidden 
variables in quantum theory remained a subject of 
serious scientific debate during the twentieth century 
and, now, early into the twenty-first century. Based 
upon everyday experience, well explained by the deter- 
ministic concepts of classical physics, it is intuitive that 
there be hidden variables to determine quantum states. 
Nature is not, however, obliged to act in accord with 
what is convenient or easy to understand. Although 
the existence and understanding of heretofore hidden 
variables might seemingly explain Einstein’s “spooky” 
forces, the existence of such variables would simply 
provide the need to determine whether they, too, 
included their own hidden variables. 


Quantum theory breaks this never-ending chain 
of causality by asserting (with substantial empirical 
evidence) that there are no hidden variables. 
Moreover, quantum theory replaces the need for a 
deterministic evaluation of natural phenomena with 
an understanding of particles and particle behavior 
based upon statistical probabilities. Although some 
philosophers and metaphysicists would like to keep 
the hidden variable argument alive, the experimental 
evidence is persuasive, compelling, and conclusive that 
such hidden variables do not exist. 


See also Quantum number. 


Resources 


BOOKS 

Bohr, Niels. The Unity of Knowledge. New York: Doubleday 
& Co., 1955. 

Duck, Ian. /00 Years of Planck’s Quantum. Singapore and 
River Edge, NJ: World Scientific, 2001. 

Feynman, Richard P. QED: The Strange Theory of Light 
and Matter. New Jersey: Princeton University 
Press, 1985. 

. The Character of Physical Law. MIT Press, 1985. 

Huang, Fannie, ed. Quantum Physics: An Anthology of 
Current Thought. New York: Rosen Publishing Group, 
2006. 

Lewin, Roger. Making Waves: Irving Darkik and his 
Superwave Principle. Emmaus, PA: Rodale, 2005. 
Liboff, Richard L. Introductory Quantum Mechanics,4th ed. 

Addison-Wesley Publishing, 2002. 
Mehra, Jagdish. The Golden Age of Theoretical Physics. 
Singapore and River Edge, NJ: World Scientific, 2000. 
Phillips, A.C. Introduction to Quantum Mechanics. New 
York: John Wiley & Sons, 2003. 


K. Lee Lerner 


3567 


soiueydoUWl uinjuengd) 
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| Quantum number 


A quantum number is a number that specifies the 
particular state of motion of an atom or molecule. 
Consequently, it describes the energies of electrons in 
atoms because of that motion of an elementary par- 
ticle or system. Each quantum number describes the 
value (as integers or half integers) of a conserved 
quantity in the quantum system. 


By 1900, several phenomena were recognized that 
could not be explained by accepted scientific theories. 
One such phenomenon was the behavior of light itself. 
In 1900, however, German physicist Maxwell Planck 
(1858-1947) developed a new theory that successfully 
described the nature of light. Part of this theory 
required that light having a certain frequency also 
had to have a certain specific energy. One way to 
state this is that the energy of a certain frequency of 
light was quantized. Light was considered as acting as 
a particle of energy, later called a photon. 


Some of the unexplainable phenomena were related 
to atoms and molecules and, between 1925 and 1927, 
German physicist Werner Heisenberg (1901-1976) and 
Austrian physicist Erwin Schrédinger (1887-1961) 
considered that subatomic particles like electrons can 
act as waves (just like light waves can act as particles) 
and simultaneously developed quantum mechanics. 
They used different ways to describe their theories math- 
ematically, and today most scientists use Schrédinger’s 
way. Since Schrédinger used wave equations to describe 
the behavior of electrons in atoms and molecules, quan- 
tum mechanics is sometimes also referred to as wave 
mechanics. 


Schrédinger’s wave mechanics assumed that the 
motions of electrons, which are the basis of almost all 
chemistry, can also be described mathematically as 
waves, and so the idea of the wave function was estab- 
lished. A wave function is an equation that describes 
the motion of an electron. An electron whose motion 
can be described by a particular wave function is said 
to be in a particular state. 


One of the more unusual (but useful) parts of 
Schrédinger’s wave functions is that an electron having 
a particular state has a certain, specific quantity of 
energy. That is, wave mechanics predicts that the 
energy of electrons is quantized. In almost all of the 
wave functions, a whole number (i.e., either 1, 2, 3, 
4,...) is part of the wave equation. This whole number 
is a quantum number and, for electrons in atoms, it is 
called the principle quantum number. The value of 
the energy associated with that wave function depends 
on the quantum number. Therefore, the quantum 
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number ultimately predicts what value of energy an 
electron in a state will have. Other quantum numbers 
are related to other properties of an electron. In partic- 
ular, the value of the angular momentum of an electron 
(that is, the momentum that the electron has as it circles 
about the nucleus in an atom) is also quantized, and it 
is related to a whole-number quantum number called 
the angular momentum quantum number. There is also 
a magnetic quantum number for electrons in atoms, 
which is related to how much an electron in an atom 
interacts with a magnetic field. The amounts of such 
interactions are also quantized, that is, they can have 
only certain values and no others. 


Molecules have other types of motions that are 
associated with certain values of energy. For example, 
the atoms in molecules vibrate back and forth. 
Molecules in the gas phase can also rotate. For each 
of these kinds of motions, quantum mechanics predicts 
that the motions can be expressed using a wave func- 
tion. Quantum mechanics further predicts that each 
wave function will have a certain quantized value of 
energy, and that this energy can be expressed by a 
quantum number. Hence, vibrational and rotational 
motions also have quantum numbers associated with 
them. These quantum numbers are also whole numbers. 


Quantum mechanics predicts a previously un- 
known property of subatomic particles that is called 
spin. All electrons, for example, have spin. So do pro- 
tons and neutrons. However, quantum mechanics pre- 
dicts that the quantum number associated with spin 
does not necessarily have to be a whole number; it can 
also be a half-integer number. For electrons, the quan- 
tum number for spin is 2. Since it can spin in either 
one of two directions—that is, an electron can behave 
as if it is spinning either clockwise or counterclock- 
wise—electrons are labeled as having spin quantum 
numbers of either +’ or —'4. The curious thing 
about the spin quantum number is that it cannot 
have any value other than for an electron. Other 
subatomic particles have their own characteristic spin 
quantum numbers. Including spin, electrons in atoms 
can be assigned four separate quantum numbers: a 
principle quantum number, an angular momentum 
quantum number, a magnetic quantum number, and 
a spin quantum number. Stating the values of these 
four numbers expresses the complete energy state of 
an electron in an atom. 


The principal quantum number (n) can have val- 
ues of n = 1, 2, 3,.... The angular momentum quan- 
tum number (1) has values of | = 0, 1, ..., n-l. 
The magnetic quantum number (m)) has values 
m, = -l,-l + 1,...,0,...,1- 1, 1. The spin quantum 
number (m,) has values m, = -' or + ‘A. 
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KEY TERMS 


Wave function—A useful mathematical construct 
commonly employed in quantum mechanics to 
represent both a particle’s wavelike characteristics 
and its uncertainty in location. 


See also Spin of subatomic particles. 
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l Quarks 


Quarks are, according to the modern theory of 
subatomic particles, one of the three basic building 
blocks of all matter. The others are the leptons 
(which include the electron and the three types of 
neutrinos) and the intermediate vector bosons (which 
mediate the forces that bind other particles together). 
The stable particles of which ordinary matter is mostly 
composed—protons and neutrons—consist of quarks 
bound together by a type of intermediate vector boson 
termed the gluon. Quarks, as fundamental particles, 
are the only particles that are affected by all four of 
the fundamental forces (strong, electromagnetic, 
weak, gravity). 


One of the triumphs of modern science is its con- 
firmation and clarification of an idea first proposed 
by Greek philosophers over 2,000 years ago: that all 
forms of matter, despite their diverse properties, are 
ultimately built up from a small number of fundamen- 
tal particles or units. The Greeks called these units 
atoms, after their word meaning uncuttable. Today, 
the word atom is reserved for the smallest possible 
units of an element (e.g., hydrogen, iron, calcium), 
while the term fundamental particle is used to denote 
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the truly indivisible and ultimate building blocks of all 
matter. The modern hierarchy of material structure, 
thus, has several more levels than the Greeks first 
defined. 


Water, for example, consists of molecules that are 
made up of atoms of the elements hydrogen and oxy- 
gen. In turn, these atoms are made of electrons, pro- 
tons, and neutrons, which in the early twentieth 
century were thought to be truly fundamental or indi- 
visible; however, it is now known that this is not true. 
Electrons are indeed fundamental, but protons and 
neutrons are made of quarks and gluons. 


The subatomic zoo 


By the 1960s, physicists had discovered a large 
number of subatomic particles that, like the proton 
and neutron, attract one another through the nuclear 
force (also termed the strong force). Classification of 
all these particles, including pions, kaons, and others 
only seen after collisions of cosmic rays (powerful 
photons originating in outer space) with Earthly mat- 
ter, produced results reminiscent of the chemists’ clas- 
sification of elements into the periodic table. In both 
cases, grouping entities by their observed properties 
revealed something about their fundamental 
structure. 


American physicist Murray Gell-Mann (1929-), 
together with Israeli physicist Yuval Ne’eman (1925— 
2006) and, independently, American physicist George 
Zweig (1937—), introduced the idea of three basic 
building blocks for all particles that felt the nuclear 
force. Proving that physicists are not without a sense 
of humor, Gell-Mann called them quarks, after the 
line in the James Joyce novel Finnegan’s Wake, 
“Three quarks for Muster Mark!” (No one knows 
what Joyce meant by the made-up word, if anything.) 
Gell-Mann and his colleagues introduced three quarks 
and dubbed them “up,” “down,” and “strange”— 
these whimsical names being labels for each quark 
type’s flavor (a property common to all quarks). 
They found that they were able to describe all baryons 
(e.g., protons and neutrons) as combinations of three 
quarks apiece and all mesons (e.g., pions and kaons) as 
combinations of two quarks apiece. 


Quarks had to have a fractional electric charge 
(i.e., a fraction of the electron charge, the minimal 
charge unit previously conceived of) for this scheme 
to work—a somewhat radical idea. The up quark 
was proposed to have a charge of +(2/3)e (where e 
is the charge on the electron), the down quark —(1/3)e, 
and the strange quark —(1/3)e. Then, the proton could 
be built from two up quarks and one down quark, 
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(up + up + down), and the neutron by a complemen- 
tary set opposite (down + down + up). All the ordi- 
nary matter that people see around Earth is made of 
up and down quarks (plus electrons). Quarks also 
have their associated antiparticles: the anti-up quark, 
the anti-down, and the anti-strange. The pion is an up 
+ anti — down. Quarks also have the quantum- 
mechanical property of spin, equal to ‘4. 


As a model this scheme could describe baryons and 
mesons. However, did quarks actually exist? Using 
particle accelerators, Maurice Jacob and Peter 
Lanshoff smashed high-energy electrons into protons 
in 1980. They found that some electrons bounced off at 
large angles, a few even backwards—more than would 
be expected if the proton’s charge was uniformly 
spread across its volume. Their results were consistent 
with the idea that the proton was in fact composed of 
three sub-particles. This and other experiments after- 
ward established the physical reality of quarks. 


Questions about quarks 


Two questions remained for physicists to answer. 
The first was: If quarks had spin — '4, and were there- 
fore subject to the Pauli exclusion principle (which 
says that two identical spin-— 2 particles cannot coex- 
ist in a quantum system), how then could two up 
quarks be inside the proton at the same time? 
Physicists solved this problem with the introduction 
of the property of “color” (again, the term is fanciful, 
not literal). Each quark could also have one of three 
colors, which were given the names red, green, and 
blue. If the two up quarks in a proton were different 
colors, Pauli’s exclusion principle would be satisfied 
and the quark model could go on. However, with the 
rule that all combinations of quarks had to be overall 
colorless: for example, red + green + blue (which, in 
actual color, combine to make up white light). 


The second question was perhaps more puzzling. 
Physicists found that no matter how much energy they 
used—no matter how hard they smashed things into 
protons or protons into things—they never found a 
quark on its own, that is, isolated. Quarks seemed to 
travel only in well-hidden packs, only inside baryons 
and mesons. 


This problem was solved with the introduction of 
a sophisticated mathematical treatment of quarks 
termed quantum chromodynamics (QCD). QCD gave 
reality to the idea of color, considering it akin to elec- 
tric charge: quarks were attracted to one another 
through their color charges. Whereas electrons attract 
and repel other electric charges by exchanging a pho- 
ton, quarks do so by a new particle called the gluon 
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(which acts like glue). Unlike photons, which have no 
electric charge, gluons have a color charge, or rather, 
combinations of color charges. A red quark can emit a 
gluon and turn into a green quark. The emitted gluon 
will have the color combination red + anti-green. 
There are eight different gluons. 


Putting this all together in the QCD theory, phys- 
icists found that because gluons have color, they will 
attract one another. The result is that quarks do not 
like to be separated—they prefer to remain near one 
another, that is, within the diameter of the proton 
(about 107'° m). However, if one tries to separate 
them, they emit more and more gluons until every- 
thing breaks apart into new combinations of quarks, 
anti-quarks, and gluons—not individual quarks or 
gluons. This strange property is called asymptotic free- 
dom. Unlike the force between electric charges, which 
decreases with distance, the force between color 
charges increases (sharply) with distance. 


What are the masses of the quarks? This is a 
difficult question, since because of asymptotic free- 
dom they have never been seen alone. The up and 
down quarks appear to have masses of about one- 
third that of the proton, and the strange quark about 
half that of the proton. Quantum chromodynamics 
and its predictions has been well established by many 
different experiments, and it is the accepted theory of 
the nuclear force. 


More particles, more quarks 


As elementary particle physics progressed through 
the 1970s and 1980s, physicists found more and more 
exotic particles, such as the psi meson, whose mass is 
about three times that of the proton (discovered in 
1974). An accurate description of its observed proper- 
ties required the addition of a fourth quark, the charm 
quark, with an electric charge of +(2/3)e. In 1977, 
discovery of the upsilon meson (ten times the proton 
mass) required the introduction of the bottom quark, 
with charge —(1/3)e. A sixth quark, the top quark, was 
found in 1994 at the Fermilab National Accelerator in 
Illinois, with a charge of +(2/3)e and a mass of about 
180 times the proton mass, which is equivalent to 
that of a gold atom. All of these three heavier quarks 
decay quickly into other particles (including other 
quarks). 


As of 2006, scientists now assume there are only 
six quarks, and that quarks themselves have no inter- 
nal particles—that quarks are point particles like 
electrons, and truly fundamental. Together with elec- 
trons and the other leptons, they accurately describe 
the world as it is known at this time. 
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| Quasar 


Quasi-stellar radio sources (quasars) are the most 
distant cosmic objects observed by astronomers. 
Although not visible to the naked eye, quasars are 
also among the most energetic of cosmic phenomena. 
The word quasar was first used by Chinese-American 
astrophysicist Hong-Yee Chiu in 1964 while describ- 
ing some interestingly bright objects in interstellar 
space. 


Although some quasars may be physically smaller 
in size than Earth’s solar system, some quasars are 
calculated to be brighter than hundreds of galaxies 
combined. Quasars and active galaxies appear to be 
related phenomena, each associated with massive 
rotating black holes in their central region. As a type 
of active galaxy, the enormous energy output of qua- 
sars can be explained using the theory of general 
relativity. 


The great distance of quasars means that the light 
observed coming from them was produced when the 
universe was very young. Because of the finite speed 
of light, large cosmic distances translate to looking 
back in time. The observation of quasars at large 
distances and of their nearby scarcity argues that 
quasars were much more common in the early uni- 
verse. Correspondingly, quasars may also represent 
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Hubble Space Telescope (HST) views of the distant quasar 
120+101 indicate that its image has been split by gravitational 
lensing, aphenomenon by which the pull of a massive object, 
such as a galaxy, can bend the light of another object when 
the light passes near or through the massive object. 


(©Science Source, National Audubon Society Collection/Photo 
Researchers, Inc.) 


the earliest stages of galactic evolution. This change 
in the universe over time (e.g., specifically the rate of 
quasar formation) contradicted steady-state cosmo- 
logical models that relied on a universe that was the 
same in all directions (when averaged over a large span 
of space) and at all times. Along with the discovery of 
ubiquitous cosmic background radiation, the discov- 
ery of quasars and tilted the cosmological argument in 
favor of the Big Bang based cosmological models. 


The discovery of quasars 


In 1932, American engineer Karl Janskey (1905— 
1945) discovered existence of radio waves emanating 
from beyond the solar system. By the mid-1950s, an 
increasing number of astronomers using radio tele- 
scopes sought explanations for mysterious radio emis- 
sions from optically dim stellar sources. 


In 1962, British radio astronomer Cyril Hazard 
used Earth’s Moon as an occultive shield to discover 
strong radio emissions traceable to the constellation 
Virgo. Optical telescopes pinpointed a faint star-like 
object (subsequently designated quasar 3C273—3rd 
Cambridge Catalog, 273rd radio source) as the source 
of the emissions. Of greater interest was an unusual 
emissionspectrum found associated with 3C273. 
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American astronomer Allan Rex Sandage (1926-) first 
reported several faint star-like objects as optical coun- 
terparts to radio sources in 1960. In 1963, Dutch- 
American astronomer Maarten Schmidt (1929-) 
explained the abnormal spectrum from 3C273 as evi- 
dence of a highly redshifted spectrum. Redshift 
describes the Doppler-like shift of spectral emission 
lines toward longer (hence, redder) wavelengths in 
objects moving away from an observer. Observers 
measure the light coming from objects moving away 
from them as redshifted (i.e., at longer wavelengths 
and at a lower frequency when the light was emitted). 
Conversely, observers measure the light coming from 
objects moving toward them as blueshifted (i.e., at 
shorter wavelengths and at a higher frequency when 
the light was emitted). Most importantly, the determi- 
nation of the amount of an object’s redshift allows the 
calculation of a recession velocity. Moreover, because 
the recession rate increases with distance, the recession 
velocity is a function (known as the Hubble relation) 
of the distance to the receding object. After 3C273, 
many other quasars were discovered with similarly 
redshifted spectra. 


Schmidt’s calculation of the redshift of the 3C273 
spectrum meant that 3C273 was approximately three 
billion light-years away from the Earth. It became 
immediately apparent that, if 3C273 was so distant, 
it had to be many thousands of times more luminous 
than a normal galaxy for the light to appear as bright 
as it did from such a great distance. Refined calcula- 
tions involving the luminosity of 3C273 indicate that, 
although dim to optical astronomers, the quasar is 
actually two trillion times as bright as the Sun. The 
high redshift of 3C273 also implied a great velocity of 
recession measuring one-tenth the speed of light. As of 
2006, the observed redshifts of quasars have ranged 
from 0.06 to 6.4 


Modern observation and interpretation of 
quasars 


Astronomers now assert that quasars represent a 
class of galaxies with extremely energetic centers. 
Large radio emissions seem most likely associated 
with large black holes with large amounts of matter 
available to enter the accretion disk. In fact, prior to 
more direct observations late in the twentieth century, 
the discovery of quasars provided at least tacit proof 
of the existence of black holes. Black holes form 
around a singularity (the remnant of a collapsed mas- 
sive stars) with a gravitational field so intense that not 
even light can escape. Located outside the black hole is 
the accretion disk, an area of intense radiation emitted 


3572 


as matter heats and accelerates toward the black hole’s 
event horizon. Further, as electrons in the accretion 
disk are accelerated to near light speed, they are influ- 
enced by a strong magnetic field to emit quasar-like 
radio waves in a process termed synchrotron radia- 
tion. Electromagnetic waves similar to the electromag- 
netic waves emanating from quasars are observed on 
Earth when physicists pass high-energy electrons 
through synchrotron particle accelerators. Studies of 
Quasar 3C273 and other quasars identified jets of 
radiation blasting tens of thousands of light-years 
into space. 


In addition to radio and visible light emissions, 
some quasars emit light in other regions of the electro- 
magnetic spectrum including ultraviolet, infrared, x 
ray, and gamma-ray regions. In 1979, an x-ray quasar 
was found to have a redshift of 3.2, indicating a reces- 
sion velocity equaling 97% the speed of light. As of the 
2000s, the maximum redshift is at 6.4. 


Not all quasars or active galaxies are alike. 
Although they seem optically similar to energetic qua- 
sars, at least 90% of active galaxies appear to be radio 
quiet. Accordingly, Seyfert galaxies or quasi-stellar 
objects (QSO) may be radio silent or emit electromag- 
netic radiation at greatly reduced levels. More than 
1,500 quasars have now been identified as distant 
QSO, while over 100,000 quasars have been identified 
as of 2006. One hypothesis accounts for these quiet 
quasars by linking them to smaller black holes, or to 
black holes in regions of space with less matter avail- 
able for consumption. 


Observations have shown that quasars are extra- 
galactic, but many questions about their distances and 
nature stirred great interest among astronomers in the 
latter half of the twentieth century and now into the 
twenty-first century. In fact, as late as the 1990s, 
scientists were not even sure about their origins. 
Assuming that modern astronomical theory holds 
true for these bodies, quasars are the most distant, 
and from their brightness as seen from Earth, also, 
the most luminous objects known. The most luminous 
ones are thousands of times more energetic than 
larger, luminous galaxies such as the Milky Way and 
Messier 31. In spite of this, quasar brightnesses are 
quite variable, changing in times of hours and some- 
times doubling their luminosities in as short a time- 
span as a week. This means that the main source or 
sources of their luminosity must be situated in a vol- 
ume of space not much larger than a solar system, 
which light can cross in 12 hours. This is an enormous 
power source (luminosity) to fit into such a relatively 
small volume. 
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Astrophysics supplies two possible sources for 
such enormous energy from such small regions. They 
are: 


- Matter falling into an enormous black hole with a 
mass on the order of 10!° solar masses or more, 
where much of the gravitational energy released dur- 
ing the matter’s infall towards the black hole is con- 
verted into light and other radiation in an accretion 
disk of matter surrounding the black hole. 


- The annihilation of ordinary matter (electrons, pro- 
tons, etc.) and antimatter (positrons, etc.) as they 
collide at enormous rates. 


The first of those is favored today by most astron- 
omers, because there is independent evidence for the 
existence of such massive black holes in galaxies. The 
second possibility would produce enormous intensities 
of gamma radiation at definite energies (wavelengths); 
these have not been observed by the Compton Gamma 
Ray Observatory (CGRO) spacecraft that NASA 
(National Aeronautics and Space Administration) 
launched into orbit around Earth in 1991. 


Blazars are optically violently variable quasars 
and BL Lacertae objects that comprise a subgroup 
of quasars. The spectra of BL Lacertae objects make 
it difficult to determine the nature of these objects. 
BL Lacertae was found to be at the center of a giant 
elliptical galaxy, which Joseph Miller at Lick Obser- 
vatory found in 1978. 


Another interesting phenomenon has been the 
detection of double and multiple quasars that are 
very close together. The symmetric patterns of these 
multiple quasars are most readily explained by grav- 
itational lensing of a very distant quasar’s light by a 
galaxy that is too distant to be detected visually but is, 
nevertheless, between the quasar and the Milky Way 
galaxy. The lensing is caused by the bending of light in 
a strong gravitational field (as predicted by the 
General Theory of Relativity). Among the most recent 
examples is the Cloverleaf Quasar, where presumably 
an unseen galaxy between a quasar and the Milky Way 
has formed four images of the quasar. 


Another example of gravitationally lensing is the 
quasar APM 08279 +5255, which was discovered in 
1998. The Hubble Space Telescope placed its absolute 
magnitude at -32.2. However, the Keck Telescope 
later saw that the quasar was gravitationally lensed 
by a factor of about ten. Thus, its absolute magnitude 
is now thought to be about -30.3, however, even that 
value is known to have been affected by lensing. 


The detection of galaxies associated with blazars 
and of multiple images of quasars presumably formed 
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by gravitational lensing by galaxies too distant to the 
be detected otherwise has favored the hypothesis that 
the quasars are similar to distant galaxies. This idea 
conforms to Hubble’s law, and represent a phenom- 
enon that was more common in earlier stages of the 
development of the universe than it is at present. 


The Big bang theory is driving the search for 
closer, later quasars, in order to fill in the gap in the 
evolution of the universe between the most distant 
(hence earliest) quasars now known, and the back- 
ground remnant radiation from the primeval fireball 
of the early universe, which comes to Earth from the 
time when matter and radiation decoupled in the early 
evolution of the universe. 


In January 2003, the Hubble Space Telescope 
imaged the relatively nearby quasar, 3C273. By utiliz- 
ing techniques that blocked the quasar’s light, astron- 
omers were able to observe significantly more details 
of the quasar’s host galaxy. Accordingly, in addition 
to identifying and studying quasars, in some cases 
astronomers are now able to see into regions of the 
cosmos these powerful beacons normally mask. As 
of 2006, all identified quasars lie from 780 million 
light-years to 13 billion light-years away from Earth. 
The furthest away quasar now known, with a redshift 
of 6.4, is seen by scientists on Earth when the universe 
was only about 800 million years old, since this light 
has been traveling for about 13 billion years. 


See also Stellar evolution. 
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I Quetzal 


The quetzal (Pharomachrus mocinno), also known 
as the resplendent quetzal or magnificent quetzal, is an 
astonishingly beautiful bird of tropical forests. It is a 
member of the trogon family (Trogonidae). 


The quetzal has a body length of 14 in (36 cm); in 
addition, the male has impressive tail streamers as long 
as 25 in (64 cm). The mature male has a shining green 
body color, with a crimson belly, white under the tail, 
and two long, green tail-streamers. The male also has a 
laterally compressed, green “helmet” that extends for- 
ward over the face to the base of its bill. The female 
and young are a duller-green color, with a gray-green 
belly, a red patch and black-and-white barring under 
the tail. They lack the tail-streamers and crest found 
on the male. 


The quetzal inhabits humid, montane cloud- 
forest, occurring in the tree canopy and along stand 
edges. It occurs over an altitudinal range of about 
4,000 to 10,000 ft (1,200-3,000 m). These birds exist 
either in pairs or solitude, but may be present in small 
groups when feeding on a fruit-laden tree or during the 
non-breeding season. The quetzal feeds on fruits, 
insects and other invertebrates, small frogs, and liz- 
ards. It has a melodious territorial song, and several 
sharp call notes. The quetzal breeds from March to 
June, laying two eggs in a tree-cavity nest, and some- 
times rearing two broods in a season. 


The quetzal ranges widely over tropical Central 
America, occurring in Costa Rica, El Salvador, 
Guatemala, Honduras, southern Mexico, Nicaragua, 
and Panama. Much of its original habitat has been lost 
through deforestation to develop agricultural land, or 
damaged through timber harvesting. Quetzals are 
somewhat tolerant of disturbances to their habitat, 
as long as remnants of woodland remain, and there 
are sufficient fruit-bearing and cavity-containing trees 
for feeding and breeding. The quetzal is listed as a near 
threatened species by the IUCN (International Union 
for the Conservation of Nature); it is not as abundant 
overall as it once was. 


The quetzal held great cultural and religious sig- 
nificance to the Maya, Aztecs, and other indigenous 
peoples of Central America. It was a prominent, 
sacred image in artwork and legends. To harm these 
beautiful birds was forbidden. The quetzal is the 
national bird of Guatemala, and the name of 
Guatemalan currency. 


Additional species of quetzals from South 
America include: the crested quetzal (Pharomachrus 
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antisianus), the golden-headed quetzal (P. auriceps), 
the pavonine quetzal (P. pavoninus), and the white- 
tipped quetzal (P. fulgidus). 


Bill Freedman 


Quince see Rose family (Rosaceae) 


[ Quinine 


Quinine is an alkaloid obtained from the bark of 
several species of the cinchona tree. Until the develop- 
ment of synthetic drugs, quinine was used as the pri- 
mary treatment of malaria, a disease that kills over 100 
million people a year. The cinchona tree is native to 
the eastern slopes of the Andes Mountains in South 
America. Today, the tree is cultivated throughout 
Central and South America, Indonesia, India, and 
some areas in Africa. The cinchona tree contains 
more than 20 alkaloids of which quinine and quinidine 
are the most important. Quinidine is used to treat 
cardiac arrhythmias. 


History 


South American Indians have been using cinchona 
bark to treat fevers for many centuries. Spanish con- 
querors learned of quinine’s medicinal uses in Peru, at 
the beginning of the seventeenth century. Use of the 
powdered “Peruvian bark” was first recorded in reli- 
gious writings by the Jesuits in 1633. The Jesuit fathers 
were the primary exporters and importers of quinine 
during this time and the bark became known as “Jesuit 
bark.” The cinchona tree was named for the wife of 
the Spanish viceroy to Peru, Countess Anna del 
Chinchon. A popular story is that the Countess was 
cured of the ague (a name for malaria the time) in 
1638. The use of quinine for fevers was included in 
medical literature in 1643. Quinine did not gain wide 
acceptance in the medical community until Charles I 
was cured of the ague by a London apothecary at the 
end of the seventeenth century. Quinine was officially 
recognized in an edition of the London Pharmacopoeia 
as “Cortex Peruanus” in 1677. Thus began the quest for 
quinine. In 1735, Joseph de Jussieu, a French botanist, 
accompanied the first non-Spanish expedition to South 
America and collected detailed information about the 
cinchona trees. Unfortunately, as Jussieu was preparing 
to return to France, after 30 years of research, someone 
stole all his work. Charles Marie de la Condamine, 
leader of Jussieu’s expedition, tried unsuccessfully to 
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transfer seedlings to Europe. Information about the 
cinchona tree and its medicinal bark was slow to reach 
Europe. Scientific studies about quinine were first pub- 
lished by Alexander von Humboldt and Aimé Bonpland 
in the first part of the 18th century. The quinine alkaloid 
was separated from the powdered bark and named 
“quinine” in 1820 by two French doctors. The name 
quinine comes from the Amerindian word for the cin- 
chona tree, quinaquina, which means “bark of barks.” 
As European countries continued extensive coloniza- 
tion in Africa, India, and South America, the need for 
quinine was great, because of malaria. The Dutch and 
British cultivated cinchona trees in their East Indian 
colonies but the quinine content was very low in those 
species. A British collector, Charles Ledger, obtained 
some seeds of a relatively potent Bolivian species, 
Cinchona ledgeriana. England, reluctant to purchase 
more trees that were possibly low in quinine content, 
refused to buy the seeds. The Dutch bought the seeds 
from Ledger, planted them in Java, and came to monop- 
olize the world’s supply of quinine for close to 100 years. 
During World War II, the Japanese took control of 
Java. The Dutch took seeds out of Java but had no 
time to grow new trees to supply troops stationed in 
the tropics with quinine. The United States sent a group 
of botanists to Columbia to obtain enough quinine to 
use throughout the war. In 1944, synthetic quinine was 
developed by American scientists. Synthetic quinine 
proved to be very effective against malaria and had 
fewer side effects, and the need for natural quinine sub- 
sided. Over the years, the causative malarial parasite 
became resistant to synthetic quinine preparations. 
Interestingly, the parasites have not developed a full 
resistance to natural quinine. 


Uses and manufacture 


The chemical composition of quinine is 
C,0H>4N,0,°H30. Quinine is derived from cinchona 
bark, and mixed with lime. The bark and lime mixture 
is extracted with hot paraffin oil, filtered, and shaken 
with sulfuric acid. This solution is neutralized with 
sodium carbonate. As the solution cools, quinine sul- 
fate crystallizes out. To obtain pure quinine, the qui- 
nine sulfate is treated with ammonia. Crystalline 
quinine is a white, extremely bitter powder. The pow- 
dered bark can also be treated with solvents, such as 
toluene, or amyl alcohol to extract the quinine. 
Current biotechnology has developed a method to 
produce quinine by culturing plant cells. Grown in 
test tubes that contain a special medium that contains 
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absorbent resins, the cells can be manipulated to 
release quinine, which is absorbed by the resin and 
then extracted. This method has high yields but is 
extremely expensive and fragile. 


Medicinally, quinine is best known for its treat- 
ment of malaria. Quinine does not cure the disease, but 
treats the fever and other related symptoms. 
Pharmacologically, quinine is toxic to many bacteria 
and one-celled organisms, such as yeast and plasmo- 
dia. It also has antipyretic (fever-reducing), analgesic 
(pain-relieving), and local anesthetic properties. 
Quinine concentrates in the red blood cells and is 
thought to interfere with the protein and glucose syn- 
thesis of the malaria parasite. With treatment, the 
parasites disappear from the blood stream. Many 
malarial victims have a recurrence of the disease 
because quinine does not kill the parasites living out- 
side the red blood cells. Eventually, the parasites make 
their way into the blood stream, and the victim has a 
relapse. Quinine is also used to treat myotonic dys- 
trophy (muscle weakness, usually facial) and muscle 
cramps associated with early kidney failure. The toxic 
side effects of quinine, called Cinchonism, include 
dizziness, tinnitus (ringing in ears), vision disturban- 
ces, nausea, and vomiting. Extreme effects of excessive 
quinine use include blindness and deafness. 


Quinine also has nonmedicinal uses, such as in 
preparations for the treatment of sunburn. It is also 
used in liqueurs, bitters, and condiments. The best 
known nonmedicinal use is its addition to tonic 
water and soft drinks. The addition of quinine to 
water dates from the days of British rule in India- 
quinine was added to water as a prevention against 
malaria. About 40% of the quinine produced is used 
by the food and drug industry, the rest is used medic- 
inally. In the United States, beverages made with qui- 
nine may contain not more than 83 parts per million 
cinchona alkaloids. 
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Rabbits see Lagomorphs 


| Rabies 


Rabies is a viral disease that is almost always fatal 
in humans and animals. The disease, which typically 
spreads to humans from animals through a scratch or 
a bite, causes inflammation of the brain. The disease is 
also called hydrophobia (meaning fear of water) 
because it causes painful muscle spasms in the throat 
that prevent swallowing. In fact, this is often what 
leads to fatalities in untreated cases: victims become 
dehydrated and die. Carriers of rabies include dogs, 
cats, bats, skunks, raccoons, and foxes; rodents are 
not likely to be infected. About 70% of rabies cases 
develop from wild animal bites that break the skin. 
Though a vaccine used first in 1885 is widely used, 
fatalities still occur due to rabies. Most fatalities take 
place in Africa and Asia, but some also occur in the 
United States. The cost of efforts to prevent rabies in 
the United States may be as high as $1 billion per year. 


From animal to man 


While many animal diseases cannot be passed 
from animal to man, rabies has long been known as 
an easy traveler from one species to the next. The 
disease was known among ancient people. The very 
name rabies, Latin for “rage” or “madness,” suggests 
the fear with which early men and women must have 
viewed the disease. 


Rabies is described in medical writings dating 
from 300 BC, but the method of transmission or con- 
tagion was not recognized until 1804. In 1884, the 
French bacteriologist Louis Pasteur developed a pre- 
ventive vaccine against rabies, and modifications of 
Pasteur’s methods are still used in rabies therapy 
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today. The Pasteur program, or variations of it, has 
greatly reduced the fatalities in humans from rabies. 
Modern treatment (known as post-exposure prophy- 
laxis, or PEP) following a bite by a rabid or presumed 
rabid animal consists of immediate and thorough 
cleansing of the wound and injection into the wound 
and elsewhere of immunoglobulin, along with five 
doses of rabies vaccine over a twenty-eight day period. 
With the widespread use of vaccine, rabies cases in the 
United States declined to fewer than five per year. 


The transmission of rabies is almost invariably 
through the bite of an infected animal. The fact that 
the virus is eliminated in the saliva is of great signifi- 
cance, and unless saliva is introduced beneath the skin, 
the disease is seldom transmitted. The virus has been 
demonstrated in the saliva of dogs from three to eight 
days before the onset of symptoms. However, it has 
also been reported that only about 50-60% of the 
infected dogs shed the virus in the saliva. Rare cases 
of rabies have been reported where only clawing and 
scratching occurred, or where the skin was contami- 
nated with saliva. The virus is most concentrated in the 
central nervous system and saliva, but it has also been 
demonstrated in various organs of the body and milk 
from infected animals. 


In humans, the rabies virus, in addition to enter- 
ing the body by the usual route through skin broken 
by a bite or scratch, can enter the body through intact 
mucous membranes, can be inhaled as an aerosol 
(rarely, this occurred in a bat cave) and can be trans- 
planted in infected donor organs. Vertical transmis- 
sion from mother to fetus and from lactating mother 
to suckling young has been described in nonhuman 
mammals. 


The incubation period in natural cases of rabies is 
variable. In general, the greater the quantity of virus 
introduced into the wound is correlated with the 
length of incubation before symptoms occur. In 
dogs, the minimum period is ten days, the average is 
from 21 to 60 days, but may be as long as six months. 
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Rabies 


An engraving showing antirabies vaccination at the Pasteur Institute in Paris. Louis Pasteur (1822-1895) developed a rabies 
virus that was milder and had a shorter incubation period than the wild virus. A person bitten by a rabid animal would be 
inoculated with the Pasteur virus and rapidly develop immunity to the wild strain. The first human patient was successfully 
treated in 1885. (National Audubon Society Collection/Photo Researchers, Inc.) 


In humans, the incubation period is usually one to 
three months, with a minimum of ten days. 


Rabies is caused by a number of different viruses 
that vary depending on geographic area and species. 
While the viruses are different, the disease they cause is 
singular in its course. The bullet-shaped virus is spread 
when it breaks through skin or has contact with a 
mucous membrane. The virus begins to reproduce 
itself initially in muscle cells near the place of first 
contact. At this point, within the first five days or so, 
treatment by vaccination has a high rate of success. 


Once the rabies virus passes to the nervous system, 
immunization is no longer effective. The virus passes to 
the central nervous system, where it replicates itself in 
the system and moves to other tissues such as the heart, 
the lung, the liver, and the salivary glands. Symptoms 
appear when the virus reaches the spinal cord. 


A bite from a rabid animal does not guarantee 
that one will get rabies; only about 50% of people who 
are bitten and do not receive treatment ever develop 
the disease. But it is best not to take any chances. 
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If one is bitten by or has had any exposure to an 
animal that may have rabies, medical intervention 
should be sought immediately. Any delay could diminish 
the treatment’s effectiveness. 


In humans and in animals, rabies may be manifest 
in one of two forms: the furious (agitated) type or the 
paralytic (dumb) type. Furious rabies in animals, espe- 
cially in the dog, is characterized by altered behavior 
such as restlessness, hiding, depraved appetite, excite- 
ment, unprovoked biting, aimless wandering, exces- 
sive salivation, altered voice, pharyngeal paralysis, 
staggering, general paralysis, and finally death. 
Death usually occurs within three to four days after 
the onset of symptoms. Animals with the paralytic 
form of rabies usually show a short period of excite- 
ment followed by uncoordination, ataxia, paralysis, 
dehydration, and death. 


In humans, “furious” rabies patients typically 
show bizarre behavior, ranging from episodes of severe 
agitation to periods of depression. Confusion becomes 
more and more extreme as the disease progresses, and 
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the patient can become very aggressive. Hydrophobia 
is always seen with this type of disease, until the patient 
becomes comatose. Inspiratory spasms also occur. This 
type of rabies is also characterized by hypersalivation, 
from 1 to 1.6 qt (1 to 1.5 1) of saliva in 24 hours, and 
excessive sweating. 


The paralytic form of rabies in humans is often 
indistinguishable from that of most viral encephalitis, 
except for the fact that a patient suffering from rabies 
often remains conscious during most of the course of 
the disease. Paralysis usually begins at the extremity 
exposed to the bite and gradually involves other 
extremities finally affecting the pharyngeal and respi- 
ratory muscles. 


Dogs, cats, raccoons, and bats 


The dog is an important animal as a disseminator 
of rabies virus, not only to man but also to other 
animals. Wild carnivores may also be infected and 
transmit the disease. In the United States, foxes, 
skunks, bats, and raccoons are the most commonly 
involved. These animals are sometimes responsible for 
infecting domestic farm animals. 


The disease in wildlife has become more prevalent 
in recent years, accounting for approximately 85% of 
all reported cases of animal rabies every year since 
1976. Wildlife now constitute the most important 
potential source of infection for both human and 
domestic animals in the United States. Rabies among 
animals is present throughout the United States with 
the exception of Hawaii, which has remained consis- 
tently rabies-free. The likelihood of different animals 
contracting rabies varies from one location to the next. 
Dogs are a good example. In areas where public health 
efforts to control rabies have been aggressive, dogs 
make up less than 5% of rabies cases in animals. 
These areas include the United States, most 
European countries, and Canada. 


However, dogs are the most common source of 
rabies in many countries. They make up at least 90% 
of reported cases of rabies in most developing coun- 
tries of Africa and Asia (especially India) and many 
parts of Latin America. In these countries, public 
health efforts to control rabies have not been as 
aggressive. Other key carriers of rabies include the 
fox in Europe and Canada, the jackal in Africa, and 
the vampire bat in Latin America. 


In the United States, 7,369 cases of rabies were 
reported in animals in 2000 and five cases were 
reported in humans. Over one third of all wildlife 
cases in 2000 were among raccoons. The high number 
of cases in raccoons reflects an animal epidemic, or, 
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more properly, an epizootic. The epizootic began 
when diseased raccoons were carried from further 
south to Virginia and West Virginia. Since then, rabies 
in raccoons has spread up the eastern seaboard of the 
United States. Concentrations of animals with rabies 
include coyotes in southern Texas (although oral vac- 
cines in bait have recently reduced the coyote disease 
rate), skunks in California and in Southern and North 
Central states, and gray foxes in southeastern 
Arizona. Bats throughout the United States also 
develop rabies. When rabies first enters a species, 
large numbers of animals die. When it has been 
around for a long time, the species adapts, and smaller 
numbers of animals die. 


Rabies in humans 


There are few deaths from rabies in the United 
States. Between 1980 and the middle of 1994, a total of 
19 people in the United States died of rabies, far fewer 
than the 200 Americans killed by lightning, to give one 
example. Eight of these cases were acquired outside 
the United States. Eight of the 11 cases contracted in 
the United States stemmed from bat-transmitted 
strains of rabies. 


Medical history was made in 2004, when 15-year- 
old Jeanna Giese from Fon-du-Lac, Wisconsin, 
became the first known human to survive rabies with- 
out receiving the vaccine treatment. Giese contracted 
rabies after she was bitten on the finger by a bat and 
did not seek PEP. When she developed tremors and 
trouble walking a little more than one month after the 
bat bite, physicians diagnosed rabies. After her con- 
dition quickly deteriorated, her parents consented to 
an experimental treatment involving administering 
antiviral drugs while she was put into a drug-induced 
coma. Giese survived, and with extensive rehabilita- 
tion, resumed her normal activities within a year. The 
experimental treatment protocol was later attempted 
in four other persons with rabies, but without success. 


Internationally, more than 33,000 people die annu- 
ally from rabies, according to the World Health 
Association. A great majority of cases internationally 
stem from dog bites. Different countries employ differ- 
ent strategies in the fight against rabies. The United 
States depends primarily on vaccination of domestic 
animals and on immunization following exposure to 
possibly rabid animals. Other countries employ a lengthy 
quarantine for all domestic animals entering the country. 


Continental Europe, which has a long history of 
rabies, developed an aggressive program in the 1990s 
of airdropping a new vaccine for wild animals. The 
vaccine is mixed with pellets of food for red foxes, the 
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Raccoons 


KEY TERMS 


Central nervous system—The brain and spinal 
cord components of the nervous system that control 
the activities of internal organs, movements, per- 
ceptions, thoughts, and emotions. 


Epizootic—The abnormally high occurrence of a 
specific disease in animals in a particular area, 
similar to a human epidemic. 


Vaccine—A substance given to ward off an infec- 
tion. Usually made of attenuated (weakened) or 
killed viruses or bacteria, the vaccine causes the 
body to produce antibodies against the disease. 


Virus—Agent of infection which does not have its 
own metabolism and reproduces only in the living 
cells of other hosts. Viruses can live on bacteria, 
animals, or plants, and range in appearance from 
rod-shaped to tadpole-shaped, among other forms. 


primary carrier there. Public health officials have 
announced that fox rabies was greatly reduced from 
Western Europe by the year 2000. In fact, Belgium, 
France, Luxembourg, and Switzerland are now con- 
sidered free of rabies. The World Health Organization 
is also planning to use the vaccine in parts of Africa. 


Though the United States has been largely suc- 
cessful in controlling rabies in humans, the disease 
remains present in the animal population, a constant 
reminder of the serious threat rabies could become 
without continuing successful prevention efforts. 
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f Raccoons 


Raccoons are foxlike carnivores of North and 
South America that belong to the same family 
(Procyonidae) as the coatis, kinkajou, and the lesser 
panda. The most common species is the northern rac- 
coon (Procyon lotor), which has numerous subspecies, 
all with the famous black mask on their faces and rings 
of dark color on their tails. They are found throughout 
the United States, in central Canada, and south into 
Central America. Because of their long, warm, useful 
fur, they have also been introduced into other coun- 
tries, notably Russia in 1936. Several other species of 
raccoon are found on various islands in the 
Caribbean. 


An adult raccoon can be fairly large, with a head 
and body length of 2 ft (61 cm), plus a very fluffy tail 
up to 15 in (40 cm) long. A northern animal may weigh 
up to 30 lb (13.6 kg), while a raccoon in the Florida 
Keys may weigh only 6 lb (2.7 kg). Although it has a 
soft undercoat of uniformly tannish color, a raccoon’s 
coarse guard hairs are striped light and dark (often 
brown and yellow), giving the animal a grizzled 
appearance. Raccoons live in just about any habitat, 
from marsh to prairie, to forest, to suburb. The dark- 
ness of their coloring depends on their habitat. 
Animals of arid regions are lightest, those of damp 
forests are darkest. Starting in late winter, they molt 
all their fur, starting at the top of the head. It is 
autumn before the new fur coat is complete. 
Raccoons have fairly large, pointed ears, about 2 in 
(5 cm) long with white edges and a white tip. 


Raccoons have “hands” rather than paws on their 
front feet. The five long, narrow, flexible fingers are 
quite sensitive and able to make delicate manipula- 
tions. The palms of the hands (as well as the soles of 
the feet) are hairless. A major part of the animal’s 
brain is directed toward sensing things with its 
hands. The name raccoon comes from an Algonquin 
word meaning “he scratches with his hands.” 
Raccoons are omnivorous, and feed primarily at 
night. They have acute senses of smell and hearing 
that direct them to food. They are drawn to crayfish, 
fruit, birds’ eggs, nuts, young grass shoots, small rep- 
tiles, mollusks, poultry, insects, and the garbage from 
any can they manage to tip over. Raccoons use their 
sensitive hands to investigate whatever they find. This 
probably plays an important role in their curiosity. 
They enjoy manipulating whatever they come across, 
and that often turns them into puzzle solvers. They can 
easily open latches, garbage can lids, and whatever else 
they want to concentrate on. 
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A raccoon in a northern climate can weigh up to 30 Ib 
(13.6 kg). (Photodisc, Inc.) 


The /otor in the raccoon’s scientific name means 
“washer.” Tradition has it that raccoons wash their 
food in water before eating. This myth arose because 
captive raccoons have been observed dunking their 
food in water. In the wild, raccoons find much of 
their food in the water, and scientists now think that 
captive raccoons are acting the same way they would 
in the wild by “finding” their food in the water. 


In the northern part of their range, raccoons eat 
during the summer and then sleep away much of the 
winter. However, this dormancy, which may last four 
months, is not true hibernation. Their metabolism 
does not slow, their body temperature does not fall, 
and they will emerge from their dens during periods of 
relatively warm weather. During this winter sleep, 
raccoons live off fat reserves accumulated the previous 
summer and may lose as much as 50% of their body 
weight. In the southern parts of their range raccoons 
are active throughout the year. Raccoons are solitary 
animals, and try to avoid one another. In places where 
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food is plentiful, several raccoons may feed together, 
but they still tend to keep their distance from one 
another. 


Late in the winter, raccoons find mates. A male 
will mate with several females but a female will mate 
with only one male. After a gestation of 54-65 days, 
the female gives birth to two to seven cubs (usually 
three or four) in a den, often a hole in a hollow tree. 
Each cub is about 4 in (10 cm) long and weighs about 2 
oz (62 g). They nurse for several weeks, as the mother 
gradually spends more and more time away from the 
den. Soon the mother moves the babies to a den on the 
ground, and they begin to explore their new world. 
Before winter, the young raccoons have dispersed to 
their own homes. Young females can produce their 
first litter when they are about a year old; males first 
mate when they are about two years old. 


The crab-eating raccoon (Procyon cancrivorous) is 
a semi-aquatic species found in Central and northern 
South America. It has wiry red fur, with the familiar 
black mask and tail rings. It feeds on fish and land 
crabs, and willingly leaves the water to climb trees. 


A close relative of the raccoon is the ringtail 
(Bassariscus astutus), or cacomistle, which lives in the 
western United States and down into central Mexico. 
Smaller than the raccoon, it has a white mask instead 
of black. Its tail is distinctly marked with bands of 
black and white. Before domestic cats were brought 
to the New World, cacomistles were often kept as pets. 


Raccoons are intelligent and adaptable. They 
have been able to take most changes in their habitats 
in stride. However, the five island raccoon species are 
endangered, as are many island mammals worldwide. 
The Barbados raccoon (P. gloveralleni) may already 
be extinct. 


In recent years, common raccoons have been hard 
hit with rabies. Because people regard them as cute 
and may try to touch them, the rabies may be spread 
from raccoons to people. Since 1992, an antirabies 
vaccine that can be distributed through food has 
been available for use in areas with many raccoons. 
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| Radar 


Radar (a word derived from RA dio D etection A 
nd R anging) is an electronic means of measuring 
distance and/or velocity of remote objects by sending 
out a radio signal and detecting echoes. In principle, it 
can pierce fog, darkness, or any atmospheric disturb- 
ance all the way to the horizon. Depending on its 
particular characteristics, a radar unit may show its 
users clouds, landmasses, or objects such as ships, air- 
planes, or spacecraft. Radar can measure distance or 
range to a target object, and aircraft can use radar to 
determine altitude. Speed detection is another com- 
mon application. Radar can be used to land and guide 
aircraft, probe through ice or soil for geological infor- 
mation, and map the three-dimensional characteristics 
of oceans and landmasses precisely from orbit. 
Military applications include weapons detection 
(e.g., detection of missiles) and detection of enemy 
vessels (e.g., ships,planes, etc.). 


Unlike water waves, electromagnetic waves do 
not require a medium to travel through. They can 
propagate through air, vacuum, and certain materials. 
Light waves, radio waves, microwaves, and radar 
waves are all examples of electromagnetic waves. Just 
as light reflects off of some surfaces and travels 
through others, radar waves bounce off some objects 
and travel through others. 


Basic radar operation 


The simplest mode of radar operation is range- 
finding, performed by time-of-flight calculation. The 
unit transmits a radar signal, 1.e., sends radar waves 
out toward the target. The waves hit the target and are 
reflected back in the same way that water waves are 
reflected from the end of a bathtub. The returning 
wave is received by the radar unit, and the travel 
time is registered. Basic physics tells us that distance 
is equal to rate of travel multiplied by the time of 
travel. All electromagnetic waves travel at the same 
speed in a vacuum—the speed of light, which is 3.0 x 
10° m/s. This speed is reduced by some small amount 
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when the waves are traveling in a medium such as air, 
but this can be calculated. If the radar system sends a 
pulse out toward a target and records the amount of 
time until the return pulse is received, the target distance 
can be determined by the simple equation d = ct /2, 
where dis distance to the target, c is the speed of light, 
and ¢ is the time between transmission of the outgoing 
pulse and the detection of the echo. 


A basic radar unit consists of: a frequency gener- 
ator and timing control unit; a transmitter with a 
modulator to generate a signal; an antenna with a 
parabolic reflector to transmit the signal; a duplexer 
to switch between transmission and reception mode; 
an antenna to gather the reflected signal; a receiver to 
detect and amplify this return; and signal processing, 
data processing, and data display units. If the trans- 
mitter and receiver are connected to the same antenna 
or to antennas in the same location, the unit is called 
monostatic. If the transmitter and receiver antennas 
are in very different locations, the unit is known as 
bistatic. The frequency generator/timing unit is the 
master coordinator of the radar unit. In a monostatic 
system, the unit must switch between sending out a 
signal and listening for the return reflected from the 
target; the timing unit controls the duplexer that per- 
forms the switching. The transmitter generates a radio 
signal that is modulated, or varied, to form either a 
series of pulses or a continuously varying signal. This 
signal is reflected from the target, gathered by the 
antenna, and amplified and filtered by the receiver. 
the signal processing unit further cleans up the signal, 
and the data processing unit decodes it. Finally, the 
data is presented to the user on the display. 


Before target range can be determined, the target 
must be detected, an operation more complicated than 
it would seem. Consider radar operation again. 
A pulse is transmitted in the direction that the antenna 
is facing. When it encounters a material that is differ- 
ent from the surrounding medium (e.g., fish in water 
or an airplane in the air), a portion of the pulse will be 
reflected back toward the receiver antenna. This 
antenna in turn collects only part of the reflected 
pulse and sends it to the receiver and the processing 
units where the most critical operations take place. 
Because only a small amount of the transmitted pulse 
is ever detected by the receiving antenna, the signal 
amplitude is dramatically reduced from its initial 
value. At the same time, spurious reflections from 
non-target surfaces or electronic noise from the radar 
system itself act to clutter up the signal, making it 
difficult to isolate. Various filtering and amplification 
operations help to increase the signal-to-noise ratio 
(SNR), making it easier to lock on to the actual signal. 
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A computer generated 3D-perspective view of Death Valley, California, constructed from radar data from the Shuttle Imaging 
Radar-C (SIR-C) combined with a digital elevation map. The brightness range seen here is determined by the radar reflectivity of 
the surface. Large, bright areas on the valley floor are alluvial fans covering the smoother sand of the valley. SIR-C was carried 
by the space shuttle in April 1994. (© NASA/Science Photo Library, National Audubon Society Collection/Photo Researchers, Inc.) 


If the noise is too high, the processing parameters 
incorrect, or the reflected signal amplitude too small, 
it is difficult for the system to determine whether a 
target exists or not. Real signals of very low amplitude 
can be swamped by interference, or “lost in the noise.” 
In military applications, interference can also be gen- 
erated by reflections from friendly radar systems, or 
from enemy electronic countermeasures that make the 
radar system detect high levels of noise, false targets, 
or clones of the legitimate target. No matter what the 
source, interference and signal quality are serious con- 
cerns for radar system designers and operators. 


Radar tracking systems 


Radar systems can send out thousands of pulses 
per second. Using a rapid sequence of pulses, a radar 
system can not only determine the range of a target, but 
it can also track target motion. Ranging can be per- 
formed with an omnidirectional antenna, but target 
location and tracking require a more sophisticated sys- 
tem with knowledge of the antenna elevation (vertical) 
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angle and azimuthal (horizontal) angle with respect to 
some fixed coordinate system. Land-based systems 
generally define true north as the azimuthal reference 
and the local horizontal as the elevation reference. The 
azimuthal reference for air and sea systems is the bow 
of the ship, but elevation reference varies depending on 
the pitch and roll stabilization of the ship or plane. 
When you are driving a car down the street, you 
might characterize other cars as to your left, to your 
right, or behind you; you define the location of the cars 
in terms of your own coordinate system. Similarly, 
when a radar system receives the reflection from a 
target, it checks the orientation of the receiving antenna 
with respect to the coordinate axes to determine the 
object location. Moreover, just as you can use a road- 
map to determine the absolute location of an object, so 
a radar system can be used to locate a target in terms of 
longitude and latitude. Multiple pulses are required to 
track the motion of a target. The pulses must be spaced 
far enough apart that a pulse can be sent out and return 
before the next pulse is sent, but this is quite feasible 
when you consider that a radar pulse can travel 100 mi 
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(161 km), strike a target, and return in less than 1/1000 
of a second. 


Air Traffic Control uses radar to track and direct 
the courses of the many planes in civilian airspace. 
Civilian and military craft generally carry a beacon, 
or transponder, known as the Air Traffic Control 
Radar Beacon System (ATCRBS). An Air Traffic 
Control interrogator system sends a signal to the 
transponder that prompts it to reply with identifica- 
tion and altitude information. In this way, air traffic 
controllers can monitor the courses of planes in their 
region. A military version of the beacon, known as 
identification, Friend or Foe (IFF) uses coded signals 
to identify aircraft. 


Doppler radar 


A specialized type of radar uses the Doppler effect 
to detect the speed of a target. You have probably 
observed the Doppler effect hundreds of times without 
realizing it. The change in pitch as a_ vehicle 
approaches, then drives past you is an example of the 
Doppler frequency shift. The sound waves shift to a 
higher frequency as the vehicle comes toward you, 
raising the pitch, then as the vehicle pulls away the 
frequency of the sound is lowered, dropping the pitch. 
Doppler theory tells us that: 

fa=2VR/c 

where f, is the Doppler frequency shift, Vz is the radial 
velocity of the target (i.e., velocity along the line-of- 
sight), and c is the speed of propagation of the radar 
pulse, known for pulses traveling in air. Doppler fre- 
quency shift is the difference between the frequency of 
the pulse transmitted to the target and the frequency of 
the return pulse. If this can be measured, then the radial 
speed, or speed along the line-of-sight can be deter- 
mined. Note, however, that target velocity at right 
angles to the radar system line-of-sight does not cause 
Doppler shift. In such a case, the speed detector would 
register a target speed of zero. Similarly, if a target is 
moving at some angle to the direct line-of-sight, the 
system would only detect the radial component of its 
velocity. A cosine term can be added to the basic equa- 
tion to account for non-radial motion. More sophisti- 
cated radar systems include this compensation, but 
typical law enforcement speed detectors do not, with 
the result that the measured velocity of the target is 
somewhat lower than the actual velocity. 


A Doppler radar system consists of a continu- 
ously transmitting source, a mixer, and data and signal 
processing elements. The signal is sent out to the target 
continuously. When the return is received, it is 
“mixed” with a sample of the transmitted signal, and 
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KEY TERMS 


Bistatic—A radar system with transmitting and 
receiving antennas in separate locations. 


Duplexer—In a monostatic system, the device that 
switches system operation between transmit and 
receive mode. 


Modulation—Variation, as in modulation of an 
electrical signal. 


Monostatic—A radar system in which a single 
antenna both transmits and receives; a system in 
which transmitting and receiving antennas are at 
the same location. 


Transponder—A beacon. In the case of an Air Traffic 
Control radar beacon system, a device that is capable 
of transmitting certain information when queried. 


the frequency of the resultant output is the Doppler 
frequency shift caused by the radial velocity of the 
target. The Doppler shift is averaged over several 
samples and processed to yield target speed. 


Effective operating range of a radar system is 
limited by antenna efficiency, transmitted power, the 
sensitivity of the detector, and the size of the target or 
energy it reflects. Reflection of electromagnetic waves 
from surfaces is fundamental to radar. All objects do 
not reflect radar waves equally well—the strength of 
the wave reflection depends on the size, shape, and 
composition of the object. Metal objects are the best 
reflectors, while wood and plastic produce weaker 
reflections. So-called stealth airplanes are based on 
this concept and are built from materials that produce 
a minimal reflection. 


In recent years laser radar systems have been 
developed. Laser radar systems operate on essentially 
the same principle as conventional radar, but the sig- 
nificantly shorter wavelengths of visible light allow 
much higher resolution. Laser radar systems can be 
used for imaging and for measurement of reflectivity. 
They are used for vibration detection in automotive 
manufacturing and for mapping power lines. Because 
they are more difficult to detect than conventional 
radar systems, laser radar speed guns are increasingly 
being adopted by law enforcement agencies. 


Radar has undergone considerable development 
since its introduction in the 1930s. It was used by the 
Magellan robotic spacecraft from 1989 to 1994 to map 
the surface of the planet Venus through its thick cloud 
layer and has been used, starting in 2004, to map the 
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surface of Saturn’s giant moon Titan (larger than the 
planet Mercury) through its nearly opaque layer of 
organic smog. As of 2006, exploratory scientific radars 
were in orbit around Saturn and Mars. The sHARAD 
(shallow subsurface radar) unit aboard NASA’s Mars 
Reconnaissance orbiter, which began orbiting Mars in 
2006, is designed to look for ice and water under the 
Martian soil to a depth of several hundred feet. 
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Radar and weather see Atmosphere 
observation 


l Radial keratotomy 


Radial keratotomy (RK) is a surgical procedure that 
reduces myopia (nearsightedness), or astigmatism 
(diminished focus) by changing the shape of the cornea— 
the outermost part of the eyeball. The procedure is 
particularly attractive to individuals who want to avoid 
wearing glasses or wish to be rid of the inconvenience of 
contact lenses. RK is a quick, relatively painless proce- 
dure that takes less than 30 minutes to perform; it is done 
on an outpatient basis. But while vision can improve 
immediately, the results may change, sometimes for the 
worse, over the following several months or years. 


First performed in Japan in 1955 by Dr. Tsutomu 
Sato of Juntendo University, Tokyo, Soviet ophthal- 
mologist Svyatoslav Fyodorov developed the proce- 
dure in the 1970s after removing glass splinters from a 
patient whose vision actually improved once the eye 
healed. The procedure was brought to the United 
States in 1977 and further refined. It was first per- 
formed in the United States in 1978. Although once 
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Radial keratotomy scars on the cornea of an eye. (Bob Masini. 
Phototake NYC.) 


considered a risky procedure—and there are still risks 
involved—more than one million people worldwide 
have undergone treatment. In most instances, RK 
can improve myopic vision to 20/40 or better, even 
though some cases the patient still needs lenses due to 
under-correction and in others because of over-correction 
which causes far-sightedness. 


The cornea, the clear cover of the eye, and the lens 
work together to focus light rays entering the pupil 
onto the retina, the light sensitive tissue at the back of 
the eye. The cornea has a natural curve, and the greater 
the curvature, the greater its refractive power, that is, 
its ability to bend light so it focuses on the retina. 


Normally, pressure inside the eyeball pushes the 
edges of the cornea forward slightly, flattening the 
central few millimeters of the cornea and reducing 
the amount of curvature. Candidates for RK have 
either excess curvature of the cornea or elongated eye- 
balls, both of which cause light rays to focus in front of 
the retina causing myopia. This makes objects at a 
distance appear blurry. 


Astigmatism occurs when the surface of the cor- 
nea is not spherical in shape, but has an irregular 
contour. This makes it difficult to focus clearly on an 
object, causes a doubling, or ghosting, effect. 


Keratotomy, which refers to cutting the cornea, 
corrects both of these problems by reducing the natu- 
ral curve of the cornea and slightly flattening it. The 
reshaped cornea focuses light rays directly on, or very 
near, the retina, producing a sharper image. 


System of precise predictable 
keratorefractive surgery 


American ophthalmologists refined RK and devel- 
oped newer instruments and techniques to improve 


3585 


Awi0}0}e19y [eIPeY 


Radial keratotomy 


results. This refined procedure, called the system of 
precise predictable keratorefractive surgery, is the 
standard for this type of surgery. Prospective RK 
patients must have healthy corneas and be deemed 
suitable candidates after a pre-surgical examination of 
the eye. The surgeon measures the curvature of the 
cornea in order to obtain a baseline from which to 
determine the amount of flattening that is required. 
Therefore, patients who wear hard contact lenses 
must remove them for three weeks before their preop- 
erative eye examination, because the lenses can mold 
the cornea and change its natural curvature. Patients 
who wear soft lenses must remove them at least three 
days before the examination. 


On the day of the examination, patients are gen- 
erally given a sedative to help them relax during the 
operation, but the surgery itself is painless, and is not 
done under anesthesia. While on the operating table, 
the area around the patient’s eye is cleaned, and top- 
ical anesthetic drops are administered to the eye. 


The surgeon places an ultrasound probe over the 
eye to measure the thickness of the cornea in several 
spots. This measurement is critical, because each inci- 
sion must penetrate to at least 75% of the depth of the 
cornea, which is about 0.02 in (0.5 mm) deep, in order 
to obtain the greatest flattening effect without pene- 
trating the vitreous fluid underneath. 


A diamond blade secured within a slot on the 
handle of the cutting instrument is then adjusted to 
within a hundredth of a millimeter of the thinnest spot 
on the cornea. The surgeon then places dark lines on 
the cornea to guide the blade. Under high magnifica- 
tion with an operating microscope, the surgeon pushes 
the blade into the cornea with enough force to produce 
a slight indentation. With the blade adjusted to pre- 
vent it from being inserted too deeply, the surgeon 
then makes a number of incisions in the cornea that 
radiate from the pupil like the spokes of a wheel, 
leaving a central clear zone. The patient wears a 
patch after the operation, and recovery takes about 
one to two days. When RK is to be done on both eyes, 
they are operated on during separate visits at least 
several months apart. 


Correcting astigmatism 


Astigmatic keratotomy is similar to RK, and is 
performed to correct astigmatism along with near- 
sightedness, or when there is only astigmatism. Two 
incisions are made at the time of RK to flatten the 
astigmatic part of the cornea. 


Although RK has been refined over the years, the 
results are not perfect in every patient. The ability of 
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surgeons to alter the shape of the cornea is not yet as 
precise as the ability of lens makers to make a pair of 
glasses or contact lenses that almost perfectly match 
the requirements of the wearer. 


In addition, the cornea heals slowly after RK, 
usually becoming flatter as it does so. Thus, some 
surgeons attempt to compensate for this by undercor- 
recting the cornea during the operation. Then, as the 
cornea flattens further during healing, the patient’s 
eyes may approach emmetropia, or perfect vision. 


Possible side effects 


If the patient’s vision is overcorrected during sur- 
gery, post-surgical flattening causes progressive loss of 
refractive power (ability to bend and focus light rays). 
Consequently, instead of being myopic (light rays are 
focused in front of the retina), the eye becomes hyper- 
opic, or farsighted (i.e., light rays are focused in back 
of the retina). 


As the number of RK patients increased, surgeons 
encountered an increasing number of potential side 
effects. Some patients complained of discomfort 
when in bright light, persistent glare, or disorienting 
star-like bursts of light when approaching a light at 
night (e.g., an oncoming vehicle’s headlights). More- 
over, some patients also lost their best correct visual 
acuity; 1.e., their vision was not able to be corrected as 
well as before RK with properly prescribed glasses or 
contact lenses. Others suffered infections from micro- 
organisms that infected the incisions. 


A National Eye Institute study, called Prospective 
Evaluation of Radial Keratotomy (PERK), evaluated 
693 patients 10 years after RK procedures were per- 
formed in 1982 and 1983 to reduce nearsightedness. 
Seventy percent did not require corrective lenses for 
long distance; 85% were corrected to 20/40 or better; 
53% to 20/20 or better; and 43% continued to change 
toward farsightedness; and a significant decrease in 
vision, even with glasses, occurred in 3% of patients. 


In the 1990s, a newer technique, called photoreac- 
tive keratectomy (PKR) utilized a type of laser called 
an excimer laser to decrease nearsightedness. This 
laser removes a very precise amount of tissue off the 
center of the cornea using a cold ultraviolet laser, 
changing the corneal shape to bring the focal point 
closer to the retina. By the late 1990s, a third correc- 
tional device, called the LASIK (LAser in SlItu 
Keratomileusis), was being used. It combines the excimer 
laser and a microkeratome to also reduce nearsighted- 
ness. Although approved by the U.S. Food and Drug 
Administration (FDA) independently, their combined 
use is not yet approved. However, in this procedure, 
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the eye is anesthetized and a suction ring centered 
over the cornea to stabilize the eye. This ring also 
and provides ‘guide tracks’ for the microkeratome, a 
very precise instrument that shaves a micro-thin par- 
tial flap off the center of the cornea, leaving it attached 
at one side like a hinge while exposing the middle 
portion of the cornea. The excimer laser is then used 
to remove tissue and reshape the center of the cornea. 
The flap is replaced and conforms to the flatter, 
reshaped cornea. 


RK surgeries are less frequent in the 2000s due to 
newer alternatives such as LASIK and PRK that have 
less complications. 


See also Vision disorders. 


Marc Kusinitz 


[ Radiation 


The word “radiation” comes from the Latin for 
“ray of light” and is used in a general sense to cover all 
forms of energy that travel through space as “rays.” 
Radiation may consist of a spray of subatomic par- 
ticles, like miniature bullets from a machine gun, or of 
electromagnetic waves, which include light, radio 
waves, x rays, and several other types. 


“Radiation” is also sometimes used to describe the 
transfer of heat from a hot object to a cooler one that it 
is not touching; a hot object is said to radiate heat. You 
can feel radiant heat on your face when standing near a 
red-hot furnace, even if there is no movement of hot air 
between the furnace and you. What you are feeling is 
infrared radiation, a form of electromagnetic energy 
that makes molecules move faster, and therefore 
behave hotter, when it strikes them. 


When many people think of radiation, they think 
of the radiations that come from radioactive materials. 
These radiations, some of which are particles and 
some of which are electromagnetic waves, are harmful 
because they are of such high energy that they damage 
materials through which they pass. This is in contrast 
to light, for example, which has no lasting effect on, 
say, a pane of glass through which it passes. 


The higher energies of radiation are called ionizing 
radiations because when they tear apart atoms they leave 
behind a trail of ions, or atoms that have had some of 
their electrons removed. Ionizing radiations include 
x rays, alpha particles, beta particles, and gamma rays. 


Many kinds of lower-energy radiations are quite 
common and are harmless in reasonable amounts. 
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They include all colors of visible light, ultraviolet and 
infrared light, microwaves and radio waves, including 
radar, TV and FM, short wave and AM. All of these 
radiations are electromagnetic radiations. 


Electromagnetic radiation 


Electromagnetic energy travels in the form of 
waves, moving in straight lines at a speed of 3 x 10° 
meters per second, or 186,400 mi (299,918 km) per 
second. That speed is usually referred to as the speed 
of light in a vacuum, because light is the most familiar 
kind of electromagnetic radiation and because light 
slows down a little bit when it enters a transparent 
substance such as glass, water, or air. The speed of 
light in a vacuum, the velocity of electromagnetic 
waves, is a fundamental constant of nature. 


Electromagnetic radiation can have a variety of 
energies. Because it travels in the form of waves, the 
energies are often expressed in terms of wavelengths. 
The higher the energy of a wave, the shorter its wave- 
length. The wavelengths of known electromagnetic 
radiation range from less than 10~'° centimeter for 
the highest energies up to millions of centimeters 
(tens of miles) for the lowest energies. 


The energy of a wave can also be expressed by 
stating its frequency: the number of vibrations or 
cycles per second. Scientists call one cycle per second 
a hertz (1 Hz). Electromagnetic radiations range in 
frequency from a few Hz for the lowest energies up 
to more than 10°? Hz for the highest. 


Particulate radiation 


Sprays or streams of invisibly small particles are 
often referred to as particulate radiation because they 
carry energy along with them as they fly through 
space. They may be produced deliberately in machines 
such as particle accelerators, or they may be emitted 
spontaneously from radioactive materials. Alpha par- 
ticles and beta particles are emitted by radioactive 
materials, while beams of electrons, protons, mesons, 
neutrons, ions, and even whole atoms and molecules 
can be produced in accelerators, nuclear reactors, and 
other kinds of laboratory apparatus. 


The only particulate radiations that might be 
encountered outside of a laboratory are the alpha 
and beta particles that are emitted by radioactive 
materials. These are charged subatomic particles: the 
alpha particle has an electric charge of +2 and the beta 
particle has a charge of +1 or —1. Because of their 
electric charges, these particles attract or repel elec- 
trons in the atoms of any material through which they 
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Radiation detectors 


pass, thereby ionizing those atoms. If enough of these 
ionized atoms happen to be parts of essential mole- 
cules in a human body, the body’s chemistry can be 
altered, with unhealthful consequences such as illness, 
cancer, or death. 


Radiation and health 


Even small doses of ionizing radiation can harm 
health. However, large doses of any form of radiation, 
ionizing or not, can be dangerous. Too much sunlight, 
for example, can be blinding or can cause burns or skin 
cancer. Lasers can deliver such intense beams of light 
that they can burn through metal. High levels of 
microwaves in ovens can cook meats and vegetables. 


See also Electromagnetic field; Ionizing radiation; 
Nuclear medicine; Radioactive pollution; Radioactive 
waste. 


Robert L. Wolke 


| Radiation detectors 


Radiation detectors are devices that sense infor- 
mation about ionizing radiation. Although light and 
radio waves are technically forms of electromagnetic 
radiation, devices that detect them are not considered 
“radiation” detectors. 


Though the term “radiation detectors” may bring 
to mind images of nuclear power plants, these devices 
have found homes in such fields as medicine, geology, 
physics, and biology. The term radiation refers to high- 
energy electromagnetic waves or particles given off by 
radioactive matter or other sources. Most commonly, 
radiation takes the form of alpha particles (fast helium 
nuclei), beta particles (fast electrons), neutrons, gamma 
rays, and x rays. Some of these are more easily detected 
than others, but all are invisible to the human eye. 
Since people cannot sense radiation, they need mechan- 
ical devices to observe and understand it. 


People are always subjected to a certain amount of 
radiation because Earth contains radioactive minerals 
and cosmic rays bombard Earth from space. These 
omnipresent sources of radiation are called back- 
ground radiation, and all radiation detectors have to 
cope with it, which they often do by shielding it out. 
Some detector applications subtract off the back- 
ground signals, leaving only the signals of local radio- 
active sources. 
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A handheld Geiger counter. (Hank Morgan. National Audubon 
Society Collection/Photo Researchers, Inc.) 


In general, radiation detectors do not witness the 
radiation itself. The detectors look for footprints that 
it leaves behind. Each type of radiation leaves specific 
clues; physicists often refer to these clues as signatures. 
The goal in detector design is to create an environment 
in which the signature may be clearly written. 


For example, if someone wants to study nocturnal 
animals, it might be wise to consider the ground cover- 
ing. Looking at a layer of pine needles by day, one 
finds few, if any, tracks or markings. However, one 
can choose to study a region of soft soil and find many 
more animal prints. The best choice yet is fresh snow. 
In this case, one can clearly see the tracks of every 
animal that moved during the night. Moreover, the 
behavior of an animal can be documented. Where the 
little prints of a fox are deep and far apart, it was 
probably running, and where its prints are more shal- 
low and more closely spaced, it was probably walking. 
Designing a radiation detector presents a similar sit- 
uation. Radiation can leave its mark clearly, but only 
in special circumstances. 


Clues are created when radiation passes too close 
to, (or even collides with), another object—commonly, 
an atom. What detectors eventually find is the atom’s 
reaction to such an encounter. Scientists often refer to a 
single encounter between radiation and the detector as 
an event. Given a material which is sensitive to radia- 
tion, there are two main ways to tell that radiation has 
passed through it: optical signals, in which the material 
reacts in a visible way; and electrical signals, in which it 
reacts with a small, but measurable voltage. 


Optical detectors 


One type of optical detector is the film detector. 
This is the oldest, most simple type and one that closely 
resembles the analogy of tracks in snow. The film detec- 
tor works much like everyday photographic film, which 
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is sensitive to visible light. A film detector changes its 
appearance in spots where it encounters radiation. For 
instance, a film detector may be white in its pure form 
and subsequently turn black when hit by beta particles. 
Each beta particle which passes through the film will 
leave a black spot. Later, a person can count the spots 
(using a microscope), and the total number reveals the 
level of beta radiation for that environment. 


Since film detectors are good at determining radi- 
ation levels, they are commonly used for radiation 
safety. People who work near radioactive materials 
can wear pieces of film appropriate for the type of 
radiation. By regularly examining the film, they can 
monitor their exposure to radiation and stay within 
safety guidelines. The science of determining how 
much radiation a person has absorbed is called dosim- 
etry. Film detectors do have limitations. Someone 
studying the film cannot tell exactly when the radia- 
tion passed or how energetic it was. 


An optical radiation detector more useful for 
experiments is a scintillation detector. These devices 
are all based on materials called scintillators, which 
give off bursts of light when bombarded by radiation. 
In principle, an observer can sit and watch a scintilla- 
tor until it flashes. In practice, however, light bursts 
come in little packages called photons, and the human 
eye has a hard time detecting them individually. Most 
scintillator detectors make use of a photo multiplier, 
which turns visible light (i.e., optical photons) into 
measurable electrical signals. The signals can then be 
recorded by a computer. If the incoming radiation has 
a lot of energy, then the scintillator releases more light, 
and a larger signal is recorded. Hence, scintillation 
detectors can record both the energy of the radiation 
and the time it arrived. 


Materials used in scintillation detectors include 
certain liquids, plastics, organic crystals, (such as 
anthracene), and inorganic crystals. Most scintillating 
materials show a preference for which type of radiation 
they will find. Sodium iodide is a commonly used inor- 
ganic crystal that is especially good at finding x rays and 
gamma rays. In recent years, sodium iodide has received 
increasing competition from barium fluoride, which is 
much better at determining the exact time of an event. 


Electrical detectors 


Electrical detectors wait for radiation to ionize 
part of the detector. Ionization occurs when incoming 
radiation separates a molecule or atom into a negative 
piece (one or more electrons) and a positive piece (i.e., 
the ion, the remaining molecule, or atom with a “plus” 
electrical charge). When a material has some of its 
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atoms ionized, its electrical characteristics change 
and, with a clever design, a detecting device can sense 
this change. 


Many radiation detectors employ an ionization 
chamber. Fundamentally, such a chamber is simply a 
container of gas that is subjected to a voltage. This 
voltage can be created by placing an electrically pos- 
itive plate and an electrically negative plate within the 
chamber. When radiation encounters a molecule of 
gas and ionizes it, the resulting electron moves toward 
the positive plate and the positive ion moves toward 
the negative plate. If enough voltage has been applied 
to the gas, the ionized parts move very quickly. In their 
haste, they bump into and ionize other gas molecules. 
The radiation has set off a chain reaction that results in 
a large electrical signal, called a pulse, on the plates. 
This pulse can be measured and recorded as data. The 
principles of the ionization chamber form the basis for 
both the Geiger-Miiller detector and the proportional 
detector, two of the most common and useful radia- 
tion-sensing devices. 


A Geiger-Miiller counter in its basic form is a 
cylinder with a wire running through the inside from 
top to bottom. It is usually filled with a noble gas, like 
neon. The outside of the metal cylinder is given a 
negative charge, while the wire is given a positive 
charge. In this geometry, the wire and the cylinder 
function as the two plates of an ionization chamber. 
When electrons are knocked from the gas by radia- 
tion, they move to the wire, which can then relay the 
electrical pulse to counting equipment. The voltage 
applied to a Geiger-Miiller detector is quite high and 
each ionization creates a large chain reaction. In this 
way, it gives the same-sized pulse regardless of the 
radiation’s original speed or energy. 


One version of the Geiger-Miiller detector, the 
Geiger counter, channels the electrical pulses to a 
crude speaker which then makes a popping noise 
each time it detects an event. This is the most familiar 
of radiation detectors, particularly in films which 
depict radioactivity. When the detector nears a radio- 
active source, it finds more events and gives off a 
correspondingly greater number of popping sounds. 
Even in a more normal setting, such as the average 
street corner, it will pop once every few seconds 
because of background radiation. 


A proportional detector is very similar to the 
Geiger-Miiller detector, but a lower voltage is applied 
to the ionization chamber, and this allows the detector 
to find radiation energies. More energetic radiation 
ionizes more of the gas than less energetic radiation 
does; the proportional detector can sense the 
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KEY TERMS 


Background radiation—The ambient level of radi- 
ation measured in an otherwise non-radioactive 
setting. 

Dosimetry—The science of determining the amount 
of radiation that an individual has encountered. 


Event—A detected interaction between radiation 
and the detector material. 


lonization chamber—A detector in which incom- 
ing radiation reacts with the detector material, 
splitting individual atoms or molecules into electri- 
cally negative and positive components. 


Scintillation—A burst of light given off by special 
materials when bombarded by radiation. 


Signature—The distinctive set of characteristics 
that help identify an event. 


difference, and the sizes of its pulses are directly 
related to the radiation energies. A large pulse corre- 
sponds to highly energetic radiation, while a small 
pulse likewise corresponds to more lethargic events. 
Since it can record more information, the proportional 
counter is more commonly found in scientific experi- 
ments than the Geiger-Mtiller detector, which, like the 
film detector, is primarily used for radiation safety. 


Physicists who search for rare subatomic particles 
have utilized the principles of ionization chambers. They 
have developed many types of exotic detectors that 
combine ionization chambers with optical detection. 


Resources 
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Brandon R. Brown 


I Radiation exposure 


Radiation exposure occurs any time that energy in 
the form of electromagnetic rays or fast-moving par- 
ticles interacts with living tissue. Ionizing radiation is 
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particularly damaging to tissue; examples include 
x rays, gamma radiation, and fast-moving subatomic 
particles such as neutrons. Biological damage caused 
by exposure to ionizing ranges from mild tissue burns 
to cancer, genetic damage, and ultimately, death. 
However, there are potential benefits of controlled 
exposures to certain kinds of radiation, which can be 
used for the detection, diagnosis, and treatment of 
certain diseases. 


Exposure to many types of radiation is routinely 
monitored using sensitive devices, such as film badges 
and dosimeters. 


The discovery of radiation 


In the mid-1880s, James Maxwell (1831-1879) 
published a mathematical description of the wave 
motion of heat and light, the only forms of radiation 
known at the time. As scientists discovered other 
forms of radiation (such as x rays, radio waves, micro- 
waves, and gamma rays) they found that their physical 
behavior could also be described by Maxwell’s equa- 
tions, and that they were all part of the same, contin- 
uous, electromagnetic spectrum. 


In 1895, the French physicist Henri Becquerel 
(1852-1909) began experimenting with the rare metal, 
uranium. He eventually discovered that uranium emit- 
ted a previously unknown form of radiation. Soon 
after, Pierre (1859-1906) and Marie Curie (1867— 
1934) discovered radium and polonium, which are 
also radioactive. These discoveries led to better under- 
standing of the structure of the atom, and it became 
clear that there was another kind of radiation: ionizing 
radiation produced by radioactive substances. This 
type of radiation consists of extremely high-energy 
particles, which are released from the nuclei of radio- 
active atoms as they spontaneously undergo fission 
(i.e., break into smaller nuclei, forming different atomic 
elements). (Gamma rays, a form of electromagnetic 
radiation, are also released by some radioactive ele- 
ments.) Because there are many kinds of radiation, it 
is subject to different classifications. Radiation can be 
described as electromagnetic or particulate (i.e., radio- 
active). These are further classified as being either ion- 
izing or non-ionizing, depending on their energy level. 


Radiation comes in many forms 


The word radiation refers to two closely related 
things. First, it refers to forms of radiant energy, par- 
ticularly that represented by subatomic particles 
(for example, the type of radiation released during a 
nuclear explosion), and by electromagnetism (for 
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example, the type of radiation emitted by a light bulb, 
and by the sun). Sound is also considered a type of 
radiation. 


The word radiation can also refer to the release 
and propagation through space of the energy itself. 
For example, a block of uranium releases radiation in 
the form of radioactive particles. Both the release of 
the particles, and the particles themselves, are called 
radiation. However, not all radiation is radioactive. 
The particle radiation released from uranium is radio- 
active, but the electromagnetic radiation emitted by a 
light bulb is not. Radioactivity is a form of radiation 
which involves the release of alpha particles, neutrons, 
electrons, and gamma rays, emitted by radioactive 
elements and substances. 


Most of the radiation on Earth’s surface is electro- 
magnetic radiation, which travels in waves of different 
frequency. (Frequency is the number of waves passing 
a point each second; it is the inverse of wavelength.) 
From the lowest to highest frequency, the spectrum of 
electromagnetic radiation is divided into the following 
ranges: radio waves, microwaves, visible light, ultra- 
violet light, x rays, and gamma rays. Visible light can 
be detected by the human eye, and is divided into the 
following color ranges: red, orange, yellow, green, blue, 
violet (arranged from lowest to highest frequency). 


Sound, or acoustic radiation is also classified 
according to its frequency. In increasing order of fre- 
quency, sound radiation is classified as infrasonic, 
sonic, and ultrasonic. 


Measuring exposure to radiation 


The first commonly used unit for measuring the 
biological effects of x-ray exposure was the roentgen. It 
was named after the German physicist Wilhelm 
Roentgen (1845-1923), who discovered x rays in 1895. 
A roentgen is the amount of radiation that produces a set 
number of charged ions in a certain amount of air under 
standard conditions. This unit is not, however, particu- 
larly useful for describing the potential effects of radia- 
tion on human or animal tissues. The rad unit is slightly 
better in this regard. It is a measure of the radiation dose 
absorbed by one gram of something. A rad is equal to a 
defined amount of energy (100 ergs) absorbed per gram. 


The problem with rads as a unit of measurement 
for human radiation exposure is that a dose of one rad 
of radiation from plutonium produces a different 
effect on living tissue than one rad of a less harmful 
type of radiation. Consequently, scientists introduced 
the rem, which stands for “roentgen equivalent man.” 
A rem is the dose of any radiation that produces the 
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same biological effect, or dose equivalent, in humans 
as one rad of x rays. 


Scientists continue to use these units, which were 
introduced earlier in the century, even as they become 
used to newer units for certain applications. the roent- 
gen will still be the unit used to measure exposure to 
ionizing radiation, but the rad is being replaced with the 
“gray” as a measure of absorbed dose. One gray equals 
100 rads. The sievert is replacing the rem as a measure 
of dose equivalent. One sievert equals 100 rems. 


Sources of radiation 


Exposure to ionizing radiation can be divided into 
two categories: natural and anthropogenic (1.e., associ- 
ated with human activity). Background radiation is 
mostly due to solar radiation in the form of cosmic 
rays, and also radioactivity from rocks. Exposure to 
background radiation is continuous, although its inten- 
sity varies. The sun is also the main source of ultraviolet 
radiation. Each person in the United States receives an 
average radiation dose per year of about one millisie- 
vert (one-thousandth sievert; this is the same as 0.1 
rem). About one-half of this exposure is due to radon, 
a natural radioactive gas released from rocks. 


Radon is a breakdown product of uranium. 
Radon itself breaks down rapidly; its half-life is less 
than four days (this is the time for one-half of an initial 
quantity to decay through radioactivity). Unfortu- 
nately, radon decays into polonium-218, polonium-214, 
and polonium-220, which emit alpha particles. Alpha 
particles are heavy, charged particles that have 
trouble penetrating matter but can be dangerous if 
taken into the body, where they are in close contact 
with tissues and biochemicals (such as DNA) that are 
sensitive to suffering damage by ionization. Radon 
may be responsible for one-tenth of all deaths by 
lung cancer. 


The actual and potential sources of anthropogenic 
radiation include: x rays and other types of radiation 
used in medicine, radioactive waste generated by 
nuclear power stations and scientific research centers, 
and radioactive fallout from nuclear weapons testing. 
Fallout is radioactive contamination of air, water, and 
land following the explosion of nuclear weapons or 
accidents at nuclear power stations. 


Electromagnetic radiation from television sets 
and microwave ovens has been lowered to insignifi- 
cant levels in recent years, thanks to federal regula- 
tions and improved designs. Some people consider 
high-voltage transmission lines a radiation threat, 
but scientific studies have not demonstrated a signifi- 
cant threat from this source. 
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Radiation exposure 


Effects of radiation exposure 


How energy from radiation is transferred to the 
body depends on the type of radiation. Visible light 
and infrared radiation, for example, transfer their 
energy to entire molecules. The absorbed energy 
causes greater molecular vibration, which can be 
measured as heat (or thermal energy). 


With many forms of ionizing radiation, energy is 
transferred to electrons that surround atomic nuclei. 
Atoms affected by x rays usually absorb enough 
energy to lose some of their electrons, and so become 
ionized. (An atom is ionized when it gains or loses 
electrons and acquires a net electric charge.) 
Ultraviolet radiation causes electrons to absorb 
energy and jump to a higher energy orbit around the 
atomic nucleus. The sun and sunlamps emit enough 
ultraviolet radiation to cause sunburn, premature 
aging of the skin, and skin cancers. Exposure of 
humans and animals to ultraviolet radiation also 
results in the production of vitamin D, a biochemical 
necessary for good health. 


Radiation that consists of charged particles can 
knock electrons out of their orbit around atoms. This 
also creates ions. Such radiation can also cause atoms 
to enter an exited state, if the electrons are bumped 
into higher-energy orbits. These changes result in 
atoms and molecules (including biochemicals) that 
are chemically reactive. Seeking to become stable, 
they interact with unaffected atoms and molecules, 
which may be damaged (i.e., changed) in the process, 
and are then unable to perform their usual metabolic 
functions. For example, nuclear material such as 
DNA molecules may be damaged to the degree that 
they can no longer be accurately copied. This may lead 
to impaired cell function, cell death, or genetic 
abnormalities. 


Neutral particles of radiation, such as neutrons, 
transfer their energy to nuclei rather than to electrons. 
Often, neutrons strike a single proton, like that in a 
hydrogen nucleus, causing it to “recoil” and in the 
process be separated from its electrons, leaving a sin- 
gle, positively charged proton (this is also an ioniza- 
tion reaction). The neutron is then less energetic, and is 
captured by another nucleus, which releases charged 
particles in turn. 


The specific effects of radiation on living beings 
depends on the type of radiation, the dose, the length 
of exposure, and the type of tissue exposed to the 
radiation. Damage caused by exposure to high levels 
of radiation is divided into two categories: somatic 
and genetic. Somatic refers to effects on the physio- 
logical functioning of the body; genetic refers to 
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damage caused to reproductive cells, including herit- 
able effects that can affect offspring. 


Genetic damage can include mutations or broken 
chromosomes, the structures in cell nuclei that house 
DNA, and all the genetic information of an organism. 
Many mutations, or changes in genes, are harmful. 
Mutations caused by radiation are fundamentally the 
same as mutations caused by any other influence. 


Somatic damage from high doses of ionizing radi- 
ation is indicated by burns and radiation sickness, 
with symptoms of nausea, vomiting, and diarrhea. 
long-term effects can include cancers such as leuke- 
mia. Cells are killed outright if a high dose of ionizing 
radiation is delivered in a short amount of time. 
Symptoms may appear within hours or days. The 
same dose delivered over a long time will not produce 
the same symptoms, because the body has time to 
repair some of the damage caused during a long-term 
exposure. However, some cells may experience genetic 
damage that causes some forms of cancer to develop 
years later (this is called a latent effect). 


Exposure to intense doses of high-energy electro- 
magnetic radiation, of the kind occurring close to 
radar towers or large radio transmitters, is less com- 
mon than exposure to radioactivity. However, when it 
does occur it can cause cataracts, organ damage, hear- 
ing loss, and other disorders to develop. The health 
consequences of exposure to low doses of electromag- 
netic radiation are the subject of much controversy. 
Significant health effects have so far been difficult to 
detect. 


Future developments 


The public is increasingly becoming aware of the 
dangers of radiation exposure. Less than a generation 
ago, many people considered a dark suntan to be a 
sign of health and vigor. Today, health experts are 
working hard to convince people that excessive expo- 
sure to solar ultraviolet radiation, and to similar ultra- 
violet emitted by lamps in tanning salons, increases the 
risk of skin cancers and premature aging of the skin. It 
is risky to expose skin to full sunlight, especially for a 
reason as trivial as the esthetics of a suntan. Education 
campaigns are also being mounted to make home 
owners aware of the risks posed by radon, which can 
accumulate in well-insulated homes with certain kinds 
of concrete-walled or rock-floored basements. 


Technological improvements are resulting in 
much smaller exposures to radiation during medical 
diagnostic procedures. Efforts are also being made to 
reduce and better focus the radiation exposures used 
for therapeutic purposes (for example, to treat some 
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KEY TERMS 


Cosmic rays—lonizing radiation from the sun or 
other sources in outer space, consisting of atomic 
particles and electrons. 


Electromagnetic spectrum—tThe range of electro- 
magnetic radiation that includes radio waves, x 
rays, Visible light, ultraviolet light, infrared radiation, 
gamma rays, and other forms of radiation. 


lonization—The production of atoms or molecules 
that have lost or gained electrons, and therefore have 
gained a net electric charge. 


Nuclear reactor—A device that generates energy 
by controlling nuclear fission, or splitting of the 
atom. The heat produced is used to heat water, 
which drives an electrical generator. Radioactive 


kinds of cancers). Sophisticated developments, such as 
the three-dimensional x-ray images produced by CAT 
scanners, allow health care workers to obtain more 
information with less exposure to radiation. 


Steps are also being taken to prevent exposure 
resulting from anthropogenic sources of radiation in 
the environment. In 1986, a catastrophic accident at a 
nuclear reactor at Chernobyl in the Ukraine resulted 
in a huge emission of radioactive contaminants into 
the atmosphere, affecting much of Europe. After this 
disaster, networks of monitors were erected in many 
countries to detect future radiation leaks and warn 
threatened populations. The largest monitoring sys- 
tem is in Germany, which has installed several thou- 
sand radiation sensors. These systems will be able to 
detect radiation leaks coming from domestic or for- 
eign sources shortly after nuclear accidents occur, 
allowing residents to seek shelter if necessary. 


Most nations that do not already possess nuclear 
weapons, have signed a pact to not develop them, and 
nations that already have them have agreed not to test 
them above ground (which leads to particularly intense 
emissions of radioactivity into the atmosphere). 


Some evidence exists that very low exposures to 
radiation may actual benefit cells, a hypothetical effect 
known as hormesis. However, the 2006 report of the 
prestigious U.S. National Academies of Science on the 
biological effects of low-level ionizing radiation con- 
cluded that there was insufficient evidence for horm- 
esis in human beings and that the best available model 
for judging radiation risk is to extrapolate a linear 
relationship down to zero—that is, halved radiation 


GALE ENCYCLOPEDIA OF SCIENCE 4 


byproducts of the fission process are used for medi- 
cal, scientific, and military purposes, or are disposed 
as nuclear waste. 


Nuclear weapon—A bomb or other explosive that 
derives its explosive force from the release of nuclear 
energy, either from fission or fusion reactions. 


Radiation—Energy in the form of waves, or particles. 


Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 


Uranium—A heavy element found in nature. More 
than 99% of natural uranium is in the isotopic form 
of U-238. Only the less-common U-235 readily 
undergoes fission. 


exposure results in halved risk, all the way down to 
zero radiation and zero risk. 


See also Mutation; Radioactive pollution. 
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| Radical (atomic) 


A radical is an uncharged atom or molecule that 
has an unpaired, or “free,” electron. Radicals are 
formed when a covalent bond in an atom or molecule 
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Radical (atomic) 


is split apart and the remaining pieces retain one elec- 
tron of the original shared pair. These reaction prod- 
ucts, called free radicals, are highly reactive entities 
that can participate in a variety of reactions. In chem- 
ical notation, radicals are indicated by the chemical 
symbol of the parent compound followed by a dot (-). 


Background 


Radicals are formed by the cleavage of an atom or 
molecule and can be grouped into three categories 
depending on their source. They can come from 
atoms, (e.g., H, F, Cl), inorganic molecules (e.g., 
such as OH, CN NO), or organic molecules (e.g., 
CH; or C, Hs). In some areas of chemistry the term 
radical is used to indicate a reaction intermediate, 
which exists in nature for very short periods of time. 
However, the term is more commonly used to describe 
chemical species that persist long enough to react with 
other molecules to form more radicals in a cascading 
effect. This cascade effect can create sustained reac- 
tions in chemical and biological systems. 


History 


Avogadro and others postulated the existence 
of radicals early in the nineteenth century. Unfortu- 
nately, they did not fully understand how radicals 
could exist in nature and therefore they incorrectly 
proposed structures and mechanisms of formation. 
Due to this lack of understanding, at the end of the 
century it was fairly well established that radicals could 
not exist. Chemists did not have real evidence of the 
existence of radicals until the early twentieth century 
when Moses Gomberg discovered the triphenyl methyl 
radical. He proved this radical could exist with evi- 
dence based on reaction characteristics including 
color changes, molecular weight determination, and 
the specie’s reactivity toward iodine, oxygen and nitric 
oxide. Still, his discovery was initially met with skepti- 
cism from his peers. Additional evidence was uncov- 
ered by F. Paneth in 1929 when he found experimental 
proof that tetramethyllead (Pb(CH3)4) generates radi- 
cals as well. Eventually enough evidence was collected 
that convinced chemists that free radicals do exist and 
that they do participate in reactions. 


Mode of formation 


Today it is known that radicals are formed when a 
stable molecule is disrupted and split into two por- 
tions, each with an unpaired electrons. A variety of 
effects can generate this disruption including thermal 
decomposition, electric or microwave discharge, 
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photochemical decomposition, electrolysis, and gamma 
or x-ray exposure. The free radical process involves 
three steps: initiation where the free radical is formed; 
propagation in which the radicals react with other 
molecules to form additional free radicals; and termi- 
nation where the radicals react with each other to form 
non-radical products. 


Chemical and biological effects 


Free radical reactions are useful in certain benefi- 
cial chemical processes, such as those used in the pro- 
duction of rubber and plastics. In these processes the 
free radicals react quickly to form long chains of 
chemicals known as polymers. However, in biological 
systems these reactions can cause harm. For example, 
radicals known as superoxides are formed when oxy- 
gen molecules are split apart. While these radicals can 
participate in the destruction of invading organisms 
by white blood cells, they can injure or kill cells when 
natural enzyme controls fail. Unchecked they can 
attack lipids, proteins, and nucleic acids. Therefore, 
free radicals in the body can contribute to cancer, 
heart attacks, strokes, and emphysema and may even 
play a role in arthritis and Alzheimer’s disease. 


Detection 


Free radicals were originally detected using simple 
analytical techniques that were based on the experi- 
ments by Paneth. Modern detection methods include a 
variety of spectral methods. For example, absorption 
spectroscopy is relatively simple way to detect radicals 
in the gas phase. A another method is based on spec- 
trometry. This technique works by measuring ioniza- 
tion energy of the free radicals and can be used to 
quantitatively measure radical concentration. The 
best technique is considered to be electron paramag- 
netic resonance spectroscopy which can characterize 
radicals in liquids, solids, or gases. Furthermore, this 
method is very sensitive and can be used to gain infor- 
mation on the structure of the detected radicals. 


Quenching 


Free radicals can be quenched by antioxidants, 
chemicals that are capable of absorbing their extra 
electron. Antioxidants are free radical scavengers 
that can dampen the propagation reactions which cre- 
ate further radicals. They are important dietary sup- 
plement and find some use in topical skin care 
applications. Many of these radical scavengers, like 
vitamin E from green tea and polyphenols from red 
wine, are naturally occurring compounds. 
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KEY TERMS 


Antioxidant—An_ organic chemical compound 
capable of retarding the deterioration of other 
chemicals that occurs because of contact with oxy- 
gen or other oxidizing agents. 


Initiation—The chemical or physical event which 
causes the formation of free radicals. 


Quenching—The process by which antioxidant 
materials can absorb free radicals, thus halting 
potentially damaging reactions. 


Superoxide—A chemical compound containing 
the O, ion. 

Termination—The final step in a free radical chain 
reaction. Termination occurs when two radical 
combine to form a nonradical product. 
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| Radical (math) 


A radical is a symbol for the indicated root of a 
number, for example a square root or cube root; the 
term is also synonymous for the root itself. 


The word radical has both Latin and Greek ori- 
gins. From Latin raidix, radicis means root and in 
Greek raidix is the analog word for branch. The con- 
cept of a radical—the root of a number—can best be 
understood by first tackling the idea of exponentia- 
tion, or raising a number to a given power. 
Mathematicians indicate a number raised to the n th 
power by writing x”. This expression indicates that one 
is multiplying x by itself number of times. For exam- 
ple, 37 =3 x 3=9,and24*=2x2x2x2=16. 
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Just as division is the inverse of multiplication, 
taking the root of a number is the inverse of raising a 
number to a power. For example, if one is seeking the 
square root of x, which equals x x x, then one is 
seeking the variable that, when multiplied by itself, is 
equal to x°—namely, x. That is to say, J/9 = 3? =3x 
3. Similarly, if one is looking for the fourth root of x . 
then one is looking for the variable that multiplied by 
itself four times equals x. For example, [fourth root of 
16])x=24*=2x2x2x2. 


The radical [nth root] Vis the symbol that calls 
for the root operation; the number or variable under 
the radical sign is called the radicand. It is common 
parlance to speak of the radicand as being under the 
radical. It is also common to, simply, use the term 
radical to indicate the root itself, as when one speaks 
of solving algebraic equations by radicals. 


The expression [nthroot] VR = P is called the 
radical expression, where n is the indicated root 
index, R is a real number, and P is the n th root of 
number R such that P” = R. 


Types of radical operations 


The most commonly encountered radicals are the 
square root and the cube root. The square root has 
already been discussed. A bare radical sign with no 
indicated root index shown is understood to indicate 
the square root. 


The cube root is the number P that solves the 
equation P” = R. For example, the cube root of 8, is 2. 


The effect of nand R on P 


Both the radicand R and the order of the root n 
have an effect on the root(s) P. For example, because a 
negative number multiplied by a negative number is 
a positive number, the even roots (n = 2, 4, 6,8,...) ofa 
positive number are both negative and positive: /9 = 
+3, [fourth root of 16] = +2. 


Because the root P of [nth root]R must be multi- 
plied an odd number of times to generate the radicand 
R, it should be clear that the odd roots (n = 3, 5, 7,9,...) 
of a positive number are positive, and the odd roots of a 
negative number are negative. For example, [cube root 
of 8] =2(23=2x2x2=4 x 2= 8), but [cube root 
of —8] = —2 (-2? = -2 x -2 x -2=4 x —2 = -8). 


Taking an even root of a negative number is a 
trickier business altogether. As discussed above, 
the product of an even number of negative values 
is a positive number. The even root of a negative 
number is imaginary. That is, we define the imaginary 
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KEY TERMS 


Imaginary number—A number multiplied by the 
imaginary unit i, which is equal to V—1. 
Index—Order of the root. For example, the index of 
a cube root is 3. 

Radicand—The number under the radical sign. 


Root sign—A symbol that indicates the radical or 
root operation. 


unit i= V—1 or 2i=—1. Then, V9 = V9 x V—1= 433. 
The imaginary unit is a very useful concept in certain 
types of calculus and complex analysis. 


Operations, simplification of radicals 
Multiplication of radicals 


The product of two radicals with same index n can be 
found by multiplying the radicands and placing the result 
under the same radical. For example, /9 x /25 = 
J/(9 x 25) = 225 = 15, which is equal to 3 x 5= 
V9 x \/25. Similarly, radicals with the same index 
sign can be divided by placing the quotient of the radi- 
cands under the same radical, then taking the appropri- 
ate root. 


The radical of a radical can be calculated by multi- 
plying the indexes, and placing the radicand under the 
appropriate radical sign. For instance, [cube root of 
the square root of 64] = [sixth root of 64] = 2. 


Kristin Lewotsky 


| Radio 


Radio is the transmission and reception of long- 
wavelength electromagnetic waves. Radio makes it 
possible to establish wireless one-way or two-way 
communication between transmitters and receivers. 
Radio signals can carry speech, music, telemetry, or 
digitally-encoded entertainment. They also occur 
naturally throughout the universe. Cordless tele- 
phones and wireless computer components use low- 
power radio transmitters and receivers to connect 
without wires. Cellular telephones use a network of 
computer-controlled low power radio transmitters to 
enable users to place telephone calls away from phone 
lines. 


3596 


Large microwave antennas transmit communications for the 
Kennedy Space Center in Florida. (Stuart Westmorland/Corbis.) 


The history of radio 


In the nineteenth century, in Scotland, James 
Clerk Maxwell (1831-1879) described the theoretical 
basis for radio transmissions with a set of four equa- 
tions known ever since as Maxwell’s field equations. 
Maxwell was the first scientist to use mechanical anal- 
ogies and powerful mathematical modeling to create a 
successful description of the physical basis of the elec- 
tromagnetic spectrum. His analysis provided the first 
insight into the phenomena that would eventually 
become radio. He deduced correctly that the changing 
magnetic field created by accelerating charge would 
generate a corresponding changing electric field. The 
resulting changing electric field would, he predicted, 
regenerate a changing magnetic field in turn, and so 
on. Maxwell showed that these interdependent chang- 
ing electric and magnetic fields would together be a 
part of a self-sufficient phenomenon required to travel 
at the speed of light. 
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Not long after Maxwell’s remarkable revelation 
about electromagnetic radiation, Heinrich Hertz 
(1857-1894) demonstrated the existence of radio 
waves by transmitting and receiving a microwave 
radio signal over a considerable distance. Hertz’s 
apparatus was crude by modern standards but it was 
important because it provided experimental evidence 
in support of Maxwell’s theory. 


Guglielmo Marconi (1874-1937) was awarded the 
Nobel Prize in physics in 1909 to commemorate his 
development of wireless telegraphy after he was able to 
send a long-wave radio signal across the Atlantic Ocean. 


The first radio transmitters to send messages, 
Marconi’s equipment included, used high-voltage 
spark discharges to produce the charge acceleration 
needed to generate powerful radio signals. Spark 
transmitters could not carry speech or music informa- 
tion. They could only send coded messages by turning 
the signal on and off using a telegraphy code similar to 
the land-line Morse code. 


Spark transmitters were limited to the generation 
of radio signals with very-long wavelengths, much 
longer than those used for the present AM-broadcast 
band in the United States. The signals produced by a 
spark transmitter were very broad with each signal 
spread across a large share of the usable radio spec- 
trum. Only a few radio stations could operate at the 
same time without interfering with each other. 
Mechanical generators operating at a higher fre- 
quency than those used to produce electrical power 
were used in an attempt to improve on the signals 
developed by spark transmitters. 


A technological innovation enabling the generation 
of cleaner, narrower signals was needed. Electron tubes 
provided that breakthrough, making it possible to gen- 
erate stable radio frequency signals that could carry 
speech and music. Broadcast radio quickly became 
established as a source of news and entertainment. 


Continual improvements to radio transmitting 
and receiving equipment opened up the use of succes- 
sively higher and higher radio frequencies. Short 
waves, as signals with wavelengths less than 200m 
are often called, were found to be able to reach distant 
continents. International broadcasting on shortwave 
frequencies followed, allowing listeners to hear pro- 
gramming from around the world. 


The newer frequency-modulation system, FM, 
was inaugurated in the late 1930s. For more than 25 
years it struggled for acceptance, but it eventually 
became the most important method of domestic 
broadcast. FM offers many technical advantages 
over AM, including almost complete immunity to the 
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lightning-caused static that plagues AM broadcasts. 
The FM system improved the sound quality of broad- 
casts, far exceeding the fidelity of the AM radio sta- 
tions of the time. The FM system was the creation of 
E. H. Armstrong, perhaps the most prolific inventor 
among all those who made radio possible. 


In the late 1950s, stereo capabilities were added to 
FM broadcasts along with the ability to transmit addi- 
tional programs on each station that could not be 
heard without a special receiver. A very high percent- 
age of FM broadcast stations today carry these hidden 
programs that serve special audiences or markets. This 
extra program capability, called SCA for Subsidiary 
Communications Authorization, can be used for stock 
market data, pager services, or background music for 
stores and restaurants. 


Radio and the electromagnetic spectrum 


Radio utilizes a small part of the electromagnetic 
spectrum, the set of related wave-based phenomena 
that includes radio along with infrared light, visible 
light, ultraviolet light, x rays, and gamma rays. Picture 
the electromagnetic spectrum as a piano keyboard: 
radio will be located where the piano keys produce 
the low frequency musical notes. Radio waves have 
lengths from many miles down to a fraction of a foot. 


Radio waves travel at the velocity of electromag- 
netic radiation. A radio signal moves fast enough to 
complete a trip around the earth in about 1/7 second. 


How radio signals are created 


Jiggle a collection of electrons up and down one 
million times a second and a 1-megahertz radio signal 
will be created. Change the vibration frequency and 
the frequency of the radio signal will change. 


Radio transmitters are alternating voltage gener- 
ators. The constantly changing voltage from the trans- 
mitter creates a changing electric field within the 
antenna. This alternating field pushes and pulls on 
the conduction electrons in the wire that are free to 
move. The resulting charge acceleration produces the 
radio signal that moves away from the antenna. The 
radio signal causes smaller sympathetic radio fre- 
quency currents in any distant electrical conductor 
that can act as a receiving antenna. 


Modulation 


A radio signal by itself is like a mail truck without 
letters. A radio signal alone, without superimposed 
information, is called a carrier wave. An unmodulated 
radio signal conveys only the information that there 


3597 


Radio 


was once a source for the signal picked up by the 
receiver. Adding information to a carrier signal is a 
process called modulation. To modulate a radio car- 
rier means that it is changed in some way to corre- 
spond to the speech, music, or data it is to carry. 


The simplest modulation method is also the first 
used to transmit messages. The signal is turned on and 
off to transmit the characters of an agreed code. Text 
messages can be carried by the signal modulated in this 
way. unique patterns stand for letters of the alphabet, 
numerals, and punctuation marks. 


The least complicated modulation method capa- 
ble of transmitting speech or music varies the carrier 
signal’s instantaneous power. The result is called 
amplitude modulation, or AM. Another common sys- 
tem varies the signal’s instantaneous frequency at an 
informational rate. The result is frequency modula- 
tion, FM. 


If radio is to transmit speech and music, informa- 
tion must be carried that mimics the pattern of chang- 
ing air pressure the ear would experience hearing the 
original sound. To transmit sounds these air-pressure 
changes are converted into electrical signals, amplified 
electronically, then used to modulate the carrier. 


Amplitude modulation was the first process to 
have the capability of transmitting speech and varied 
the radio signal’s instantaneous power at a rate that 
matched the original sound vibrations in the air. 
A better modulation technology followed that varied 
the instantaneous frequency of the radio signal but not 
the amplitude. Frequency modulation, or FM, has 
advantages compared to AM but both AM and FM 
are still in use. 


Sound can be converted to digital data, transmit- 
ted, then used to reconstruct the original waveform in 
the receiver. It seems likely that a form of digital mod- 
ulation will eventually supplant both FM and AM. 


Demodulation 


Radio receivers recover modulation information 
in a process called demodulation or detection. The 
radio carrier is discarded after it is no longer needed. 
The radio carrier’s cargo of information is converted 
to sound using a loudspeaker or headphones or proc- 
essed as data. 


Wavelengths, frequencies, and antennas 


Each radio signal has a characteristic wavelength 
just as is the case for a sound wave. The higher the 
frequency of the signal, the shorter will be the 
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wavelength. Antennas for low- frequency radio signals 
are long. Antennas for higher frequencies are shorter, 
to match the length of the waves they will send or 
receive. 


It is a characteristic of all waves, not just radio 
signals, that there is greater interaction between waves 
and objects when the length of the wave is comparable 
to the object’s size. Just as only selected sound wave- 
lengths fit easily into the air column inside a bugle, 
only chosen frequencies will be accepted by a given 
antenna length. Antennas, particularly transmitting 
antennas, function poorly unless they have a size that 
matches the wavelength of the signal presented to 
them. The radio signal must be able to fit on the 
antenna as a standing wave. This condition of com- 
patibility is called resonance. If a transmitter is to be 
able to “feed” energy into an antenna, the antenna 
must be resonant or it will not “take power” from 
the transmitter. A receiver antenna is less critical, 
since inefficiency can be compensated by signal ampli- 
fication in the receiver, but there is improvement in 
reception when receiving antennas are tuned to 
resonance. 


If an antenna’s physical length is inappropriate, 
capacitors or inductors may be used to make it appear 
electrically shorter or longer to achieve resonance. 


Near 100 MHz, near the center of the FM broad- 
cast band in most of the world, signals have a wave- 
length of approximately three meters. At 1 MHz, near 
the center of the U.S. AM broadcast band, the signal’s 
wavelength is 327 yards (300 m), about three times the 
length of a football field. One wavelength is about 1 ft 
(0.3 m) at the ultra-high frequency used by cellular 
telephones. 


Radio signals and energy 


Energy is required to create a radio signal. Radio 
signals use the energy from the transmitter that accel- 
erates electric charge in the transmitting antenna. 
A radio signal carries this energy from the transmitting 
antenna to the receiving antenna. Only a small frac- 
tion of the transmitter’s power is normally intercepted 
by any one receiving antenna, but even a vanishingly- 
small received signal can be amplified electronically 
millions of times as required. 


Radio signal propagation 


Radio signals with very short wavelengths gener- 
ally follow straight line paths much as do beams of 
light, traveling from transmitter to receiver as a direct 
wave. Radio signals with very long wavelengths follow 
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the curvature of Earth, staying close to the surface as 
signals called ground waves. 


Radio signals with intermediate wavelengths 
often reflect from layers of electrically-charged par- 
ticles high above Earth’s surface. These signals are 
known as skywaves. The layers of electrically-charged 
particles found between 25-200 mi (40-322 km) above 
Earth are collectively known as the ionosphere. The 
ionosphere is renewed each day when the sun’s radia- 
tion ionizes atoms in the rarefied air at this height. At 
higher altitudes the distance between ions causes the 
ionization to persist even after the sun sets. 


A good way to become familiar with radio prop- 
agation is to listen for distant AM-broadcast radio at 
various times of the day. A car radio works well for 
this experiment because they often have better sensi- 
tivity and selectivity than simpler personal radios. 


During the daylight hours, on the standard- 
broadcast band, only local stations will normally be 
heard. It is unlikely that you will hear stations from 
more than 150 mi (241 km). As the sun sets you will 
begin to hear signals from greater distances. 


AM-broadcast reception is generally limited to 
ground-wave radio signals when the sun is high in the 
sky. There is a very dense layer of the ionosphere at a 
height of approximately 25 mi (40 km) that is continu- 
ally created when the sun is high in the sky. This D 
layer, as it is called, absorbs medium wavelength radio 
signals so that skywave signals cannot reflect back to 
earth. The D layer dissipates quickly as the sun sets 
because the sun’s rays are needed to refresh the ioniza- 
tion of this daytime-only feature of the ionosphere. 
After dark, when the D layer has disappeared, you 
will hear strong signals from far away cities. 


After the D layer has disappeared, skywave sig- 
nals reflect from a much higher layer of the ionosphere 
called the F layer. The F layer acts as a radio mirror, 
bouncing skywaves back to earth far from their 
source. The F layer degrades in darkness as does the 
D layer, but since the ions are separated more widely 
at higher altitude, the F layer functions as a significant 
radio mirror until dawn. Toward morning stations at 
intermediate distances fade, leaving only skywave sig- 
nals that reflect from the thinning ionosphere at a very 
shallow angle. 


Signal absorption by the D layer is less at shorter 
wavelengths. Stations using higher frequencies can use 
skywave in the daytime. High frequencies pass 
through the D layer. Skywave radio circuits are usu- 
ally best in the daytime for higher frequencies, just at 
the time that the standard-broadcast band is limited to 
groundwave propagation. 
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Forecasting long distance radio signal propaga- 
tion conditions depends upon predicting conditions 
on the sun. It is the changing radiation from the sun 
that affects long distance radio circuits when the iono- 
sphere changes as Earth rotates. On the sunlit side of 
Earth the ionosphere is most strongly ionized. On the 
night side of Earth the radio ionosphere begins to 
dissipate at sunset until it is almost insignificant as a 
radio mirror in the early morning hours. When the 
ionosphere is at its best as a reflector it can support 
communication between any locations on Earth. 


When the ionosphere is more densely ionized it 
will reflect radio signals with a shorter wavelength 
than when the ionization is weaker. At any one time, 
between any two distant locations on Earth, there is a 
limiting upper frequency that can be used for radio 
communication. Signals higher in frequency than this 
maximum-usable frequency, F layer called the MUF, 
pass through the ionosphere without returning to 
earth. Slightly lower than the MUF, signals are 
reflected with remarkable efficiency. A radio signal 
using less power than a flashlight can be heard on the 
opposite side of Earth just below the MUF. The MUF 
tends to be highest when the sun is above the midpoint 
between two sites in radio communication. 


The 11-year solar sunspot cycle has a profound 
effect on radio propagation. When the average num- 
ber of sunspots is large, the sun is more effective in 
building the radio ionosphere. When the sun’s surface 
is quiet the maximum-usable frequency is usually very 
low, peaking at less than half the MUF expected when 
the sun surface is covered with sunspots. 


From time to time, the sun bombards Earth with 
charged particles that disrupt radio transmissions. 
When solar flares are aimed toward Earth, the earth’s 
magnetic field is disturbed in a way that can cause an 
almost complete loss of skywave radio propagation. 
Microwave radio signals are not significantly dis- 
turbed by the magnetic storms since microwaves do 
not depend upon ionospheric reflection. 


FM-broadcast signals are seldom heard reliably 
further than the distance to the horizon. This is 
because the frequencies assigned to these services 
were deliberately chosen to be too high to expect the 
ionosphere to reflect them back to earth. FM signals 
are received as direct waves, not skywaves. The lim- 
ited range of FM stations is an advantage because 
frequency assignments can be duplicated in cities 
that are in fairly close proximity without encountering 
unacceptable interference. This protection is much 
harder to achieve where skywave propagation may 
permit an interfering signal to be heard at a great 
distance. 


3599 


o1pey 


Radio 


KEY TERMS 


Antenna—An electrical conductor used to send out 
or receive radio waves. 


Capacitor—Electrical component that cancels mag- 
netic property of wire. 

D Layer—Arbitrary designation for the lowest layer 
of the ionosphere. 


Electric field—The concept used to describe how 
one electric charge exerts force on another, distant 
electric charge. 


Electron tube—Active device based on control of 
electrons with electric fields. 


F layer—Arbitrary designation for the highest layer of 
the ionosphere. 


Gamma _ ray—Electromagnetic radiation with the 
shortest wavelengths. 


Inductor—Electrical component that adds magnetic 
property to wire. 


Infrared light—Light with wavelengths longer than 
those of visible light. 


lonized—Missing one or more electrons, resulting in 
a charged atom. 


Magnetic field—Effect in space resulting from the 
motion of electric charge. 


Shortwave radio 


Shortwave radio services may change frequency 
often as the ionosphere’s reflectivity varies. Unlike 
domestic broadcast stations that stay on a single 
assigned frequency, shortwave broadcast stations 
move frequency to take advantage of hour-to-hour 
and season-to-season changes in the ionosphere. As 
the 11-year sunspot cycle waxes and wanes, shortwave 
stations throughout the world move to shorter wave- 
lengths when there are more sunspots and to longer 
wavelength bands when sunspots are minimal. 


Listening to shortwave radio requires more effort 
than listening to local domestic radio. The best fre- 
quencies to search change from one hour to the next 
throughout the day. Due to the effect of the sun, 
shortwave signals sometimes may disappear for days 
at a time, then reappear with astounding strength. 
Many shortwave stations do not broadcast at all 
hours of the day. In addition, a station must be target- 
ing your part of the world specifically; otherwise the 
signal will probably be weak. 
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MegaHertz—One million cycles per second; MHz.SI 
abbreviation for MegaHertz. 


Morse code—Dot and dash code used to send mes- 
sages over telegraph wires. 


Resonance—The enhancement of the response of a 
system to a force, when that force is applied at a 
particular frequency known as the resonant 
frequency. 


Selectivity—Receiver property enabling reception 
of only wanted signals. 


Sensitivity—Receiver property enabling reception of 
weak signals. 


Standing wave—A stationary pattern of activity 
resulting from interference. 


Sunspot—Cooler and darker areas on the surface 
of the Sun. They appear dark only because they 
are cooler than the surrounding surface. Sunspots 
appear and disappear in cycles of approximately 
11 years. 


Telemetry—Engineering and scientific measure- 
ments transmitted by radio. 


X ray—Electromagnetic radiation of very short 
wavelength, and very high energy. 


Regulation of radio transmissions 


The part of the electromagnetic spectrum that can 
be used for radio communication cannot accommo- 
date everyone who might wish to use this resource. 
Access is controlled and technical standards are 
enforced by law. With few exceptions, radio transmis- 
sions are permitted only as authorized by licenses. 


Since 1934 in the United States, licensing and 
equipment approval has been the responsibility of 
the Federal Communications Commission. Similar 
regulation is the rule in other countries. Technical 
standards are required by radio regulation. Just as 
traffic laws improve highway safety, laws and regula- 
tions that encourage the fair use of the limited radio 
spectrum help to avoid conflicts between users. 


The future of radio 


Radio broadcasting now includes a digital system 
known as DAB (digital audio broadcasting) that an 
achieve compact-disc quality in radio reception. Recent 
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innovations in satellite radio systems allow radio pro- 
gramming to be beamed into space where it is processed 
by orbiting satellites that then widely disseminate a 
return signal toward the ground. Users of special 
receivers that can decode the satellite systems can thus 
enjoy programming thousands of miles from the source 
(ground broadcasting stations are also used to ensure 
quality reception in urban areas where building might 
inhibit reception of signal from the satellite. The digi- 
tized audio signal is so much lower in power than the 
“main” programming that it is inaudible to listeners with 
standard analog receivers. 
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j Radio astronomy 


Radio astronomy is the field of science in which 
information about the solar system and outer space is 
collected by using radio waves rather than visible light 
waves. In their broadest principles, radio astronomy 
and traditional optical astronomy are quite similar. 
Both visible radiation and radio waves are forms of 
electromagnetic radiation, the primary difference 
between them being the wavelength and frequency of 
the waves in each case. Visible light has wavelengths in 
the range between about 4,000 and 7,000 angstroms 
and frequencies in the range from about 10’ to 10!° 
cycles per second. (An angstrom is a unit of measure- 
ment equal to io centimeter.) In contrast, radio 
waves have wavelengths greater than 1 meter and 
frequencies of less than 10” cycles per second. 


Origins of radio astronomy 


No one individual can be given complete credit for 
the development of radio astronomy. However, an 
important pioneer in the field was American engineer 
Karl Janskey (1905-1945), a scientist employed at the 
Bell Telephone Laboratories in Murray Hill, New 
Jersey. In the early 1930s, Jansky was working on the 
problem of noise sources that might interfere with the 
transmission of short-wave radio signals. During his 
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research, Jansky made the surprising discovery that 
his instruments picked up static every day at about the 
same time and in about the same part of the sky. It was 
later discovered that the source of this static was the 
center of the Milky Way galaxy. 


Radio vs. optical astronomy 


The presence of radio sources in outer space was 
an important breakthrough for astronomers. Prior to 
the 1930s, astronomers had to rely almost entirely on 
visible light for the information they obtained about 
the solar system and outer space. Sometimes that light 
was collected directly by the human eye, and others 
time by means of telescopes. But in either case, astron- 
omers had at their disposal only a small fraction of all 
the electromagnetic radiation produced by stars, plan- 
ets, and interstellar matter. 


If an observer is restricted only to the visible 
region of the electromagnetic spectrum, she or he 
obtains only a small fraction of the information that 
is actually emitted by an astronomical object. Jansky’s 
discovery meant that astronomers were now able to 
make use of another large portion of the electromag- 
netic spectrum—radio waves—to use in studying 
astronomical objects. 


In some respects, radio waves are an even better 
tool for astronomical observation than are light 
waves. Light waves are blocked out by clouds, dust, 
and other materials in Earth’s atmosphere. Light 
waves from distant objects are also invisible during 
daylight because light from the Sun is so intense that 
the less intense light waves from more distant objects 
cannot be seen. Such is not the case with radio waves, 
however, which can be detected as easily during the 
day as they can at night. 


Radio telescopes 


Radio telescopes and optical telescopes have some 
features in common. Both instruments, for example, 
are designed to collect, focus, and record the presence 
of a certain type of electromagnetic radiation—radio 
waves in one case and light waves in the other. 
However, the details of each kind of telescope are 
quite different from one other. 


One reason for these differences is that the human 
eye cannot detect radio waves as it can light waves. 
Therefore, an astronomer cannot look into a radio 
telescope the way he or she can look into an optical 
telescope. Also, radio waves have insufficient energy 
to expose a photographic plate, so an astronomer 
cannot make a picture of a radio source in outer 
space as she or he can of an optical source. 


3601 


AwiOuo.}se oipey 


Radio astronomy 


The first difference between an optical telescope 
and a radio telescope is in the shape and construction 
of the collecting apparatus—the mirror in the case of 
the optical telescope and the dish in the case of the 
radio telescope. Because the wavelength of visible light 
is so small, the mirror in an optical telescope has to be 
shaped very precisely and smoothly. Even slight dis- 
tortions in the mirror’s surface can cause serious dis- 
tortions of the images it produces. 


In a radio telescope, however, the mirror does not 
have to be so finely honed. The wavelength of radio 
waves is so long that they do not recognize small 
irregularities in the mirror. (The word mirror is used 
as a synonym for the collecting surface of the radio 
telescope because in effect it acts like one, although it 
looks nothing like a mirror.) In fact, it can be made of 
wire mesh, wire rods, or any other kind of material off 
which radio waves can be reflected. 


For many years, the largest radio telescope in the 
world was located in a natural bowl in a mountain 
outside Arecibo, Puerto Rico. The bowl, which is 
1,000 ft (305 m) wide and occupies 20 acres (8 ha), 
was lined with wire mesh, off which radio waves were 
reflected to a wire antenna at the focus of the tele- 
scope. The radio waves collected along the antenna 
were then converted to an electrical signal, which was 
used to operate an automatic recording device that 
traced the pattern of radio waves received on the 
wire mesh. 


Increasing resolution in a radio telescope 


A major drawback of the radio telescope is that it 
resolves images less accurately than does an optical 
telescope. The resolving power of a telescope is its 
ability to separate two objects close to each other in 
the sky. The resolving power of early radio telescopes 
was often no better than about a degree of arc com- 
pared to a second of arc that is typical for optical 
telescopes. 


Since the resolving power of a telescope is inver- 
sely proportional to the wavelengths of radiation it 
receives, the only way to increase the resolving power 
of a radio telescope is to increase the diameter of its 
dish. Fortunately, it is much easier to make a very 
large dish constructed of metal wire than to make a 
similar mirror made of glass or plastic. The Arecibo 
radio telescope was an example of a telescope that was 
made very large in order to improve its resolving 
power. 


One could, in theory, continue to make radio tele- 
scopes larger and larger in order to improve their 
resolving power. However, another possibility exists. 
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Instead of making just one telescope with a dish that is 
many miles in diameter, it should be possible to con- 
struct a series of telescopes whose diameters can be 
combined to give the same dimensions. 


The radio telescope at the National Radio 
Astronomy Observatory near Socorro, New Mexico, 
is an example of such an instrument. The telescope 
consists of 27 separate dishes, each 85 ft (26 m) in 
diameter. The dishes are arranged in a Y-shaped pat- 
tern that covers an area 17 mi (27 km) in diameter at its 
greatest width. Each dish is mounted on a railroad car 
that travels along the Y-shaped track, allowing a large 
variety of configurations of the total observing system. 
The system is widely known by its more common 
name of the Very Large Array, or VLA. 


Discoveries made in radio astronomy 


The availability of radio telescopes has made pos- 
sible a number of exciting discoveries about the solar 
system, about galaxies, about star-like objects, and 
about the interstellar medium. The solar system dis- 
coveries are based on the fact that the planets and their 
satellites do not emit visible light themselves (they only 
reflect visible light), although they do emit radio 
waves. Thus, astronomers can collect information 
about the planets using radio telescopes that was 
unavailable to them with optical telescopes. 


As an example, astronomers at the Naval 
Research Laboratory decided in 1955 to look for 
radio waves in the direction of the planet Venus. 
They discovered the presence of such waves and 
found them considerably more intense than had been 
predicted earlier. The intensity of the radio waves 
emitted by the planet allowed astronomers to make 
an estimate of its surface temperature, in excess of 
600°F (316°C). 


At about the same time as the Venus studies were 
being carried out, radio waves from the planet Jupiter 
were also discovered. Astronomers found that the 
planet emits different types of radio radiation, some 
consisting of short wavelengths produced continu- 
ously from the planet’s surface and some consisting 
of longer wavelengths emitted in short bursts from the 
surface. 


Radio studies of the Milky Way 


Some of the earliest research in radio astronomy 
focused on the structure of the Milky Way galaxy. 
Studying Earth’s own galaxy with light waves is extra- 
ordinarily difficult because the solar system is buried 
within the galaxy, and much of the light emitted by 
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stars that make up the galaxy is blocked out by inter- 
stellar dust and gas. 


Radio astronomy is better able to solve this prob- 
lem because radio waves can travel through interven- 
ing dust and gas and provide images of the structures 
of which the galaxy is made. Of special importance 
in such studies is a particular line in the radio spec- 
trum, the 8-inch (21-cm) line emitted by hydrogena- 
toms. When hydrogen atoms are excited, they emit 
energy with characteristic wavelengths in both the 
visual and the radio regions of the electromagnetic 
spectrum. The most intense of these lines in the radio 
region is the 8-inch line. Since hydrogen is by far the 
most abundant element in the universe, that line is 
widely used in the study of interstellar matter. 


The 8-inch line can be used to measure the distri- 
bution of interstellar gas and dust within the galaxy. 
Since the galaxy is rotating around a common center, 
the motion of interstellar matter with respect to the 
solar system (and consequently with respect to the 
galactic center) can often be determined. Because of 
studies such as these, astronomers have concluded that 
the Milky Way probably has spiral arms, similar to 
those observed for other galaxies. One major differ- 
ence, however, is that the spiral arms in the Milky Way 
galaxy appear to be narrower and more numerous 
than those observed in other galaxies. 


Radio emission from molecules in the interstellar 
gas provides radio astronomers with another impor- 
tant tool for probing the structure of Earth’s galaxy. 
Gases such as carbon monoxide (CO) emit at specific 
radio wavelengths, and are found in dark clouds of 
interstellar gas and dust. Because stars form in these 
regions, radio astronomy yields unique information 
on star births and on young stars. 


Radio galaxies 


One of the earliest discoveries made in radio 
astronomy was the existence of unusual objects now 
known as radio galaxies. The first of these, a strong 
radio source named Cygnus A, was detected by 
American radio operator Grote Reber (1911-2002) 
in 1940 using a homemade antenna in his backyard. 
(Reber built the first radio telescope in 1937 in 
Wheaton, Illinois.) Cygnus A emits about one million 
times as much energy in the radio region of the electro- 
magnetic spectrum as does the Milky Way galaxy in all 
regions of the spectrum. Powerful radio-emitting sour- 
ces like Cygnus A are now known as radio galaxies. 


Radio galaxies also emit optical (visible) light, but 
they tend to look quite different from the more famil- 
iar optical galaxies with which astronomers had long 
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been familiar. For example, Cygnus A looks as if two 
galaxies are colliding with each other, an explanation 
that had been adopted by some astronomers before 
Reber’s discovery. Another radio galaxy, Centaurus 
A, looks as if it has a dark band running almost 
completely through its center. Still another radio gal- 
axy, known as M87, seems to have a large jet explod- 
ing from one side of its central body. 


In most cases, the radio image of a radio galaxy is 
very different from the optical image. In the case of 
Cygnus A, for example, the radio image consists of 
two large lobe-shaped structures extending to very 
large distances on either side of the central optical 
image. Studies have shown that these radio-emitting 
segments are very much younger (about 3 million 
years old) compared with the central optical structures 
(about 10 billion years old). 


Quasars and pulsars 


Some of the most interesting objects in the sky 
have been discovered by using the techniques of 
radio astronomy. Included among these are the qua- 
sars and pulsars. When quasars were first discovered 
in 1960, they startled astronomers because they 
appeared to be stars that emitted both visible and 
radio radiation in very large amounts. Yet there was 
no way to explain how stars could produce radio 
waves in such significant amounts. 


Eventually, astronomers came to the conclusion 
that these objects were actually star-like objects they 
named quasi-stellar objects (QSOs), or quasars (quasi- 
stellar radio sources), rather than actual stars. An 
important breakthrough in the study of quasars 
occurred when astronomers measured the redshift of 
the light they produced. That redshift was very great 
indeed, placing some at distances of about 12 billion 
light-years from the Earth. At that distance, quasars 
may well be among the oldest objects in the sky. It is 
possible, therefore, that they may be able to provide 
information about the earliest stages of the universe’s 
history. It is now thought that quasars are the very 
bright centers of some distant galaxies, and so ener- 
getic probably because there is a supermassive black 
hole at many of the galaxies’ centers. 


Another valuable discovery made with radio 
telescopes was that of pulsars. In 1967, British astrophys- 
icist Jocelyn Bell Burnell (1943—) noticed a twinkling-like 
set of radio signals that reappeared every evening in 
exactly the same location of the sky. Bell finally con- 
cluded that the twinkling effect was actually caused 
by an object in the sky that was giving off pulses of 
energy in the radio portion of the electromagnetic 
spectrum at very precise intervals, with a period of 
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Radio waves 


KEY TERMS 


Frequency—The number of times per second that a 
wave passes a given point. 


Optical astronomy—A field of astronomy that uses 
visible light as its source of data. 


Radio galaxy—A galaxy that emits strongly in the 
radio region of the electromagnetic spectrum. 


Radio waves—A portion of the electromagnetic 
spectrum with wavelengths greater than 1 meter 
and frequencies of less than 10° cycles per second. 


Resolving power—The ability of a telescope to 
recognize two objects that are very close to each 
other in the sky. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


1.3373011 seconds. She later found three more such 
objects with periods of 0.253065, 1.187911, and 
1.2737635 seconds. Those objects were soon given the 
name of pulsars (for pu/ sating s tars). Evidence appears 
to suggest that pulsars are rotating with very precise 
periods, and they are now believed to be rotating neu- 
tron stars that emit a narrow beam of radio waves. 
Because the star is rotating, the beam sweeps across 
Earth’s sky with a precise period. 


Radio astronomy is a relatively new field when 
compared to other fields involved with astronomical 
study and research. Besides Earth-based telescopes, 
space-based telescope satellites are now being used to 
study radio sources. For example, HALCA (Highly 
Advanced Laboratory for Communications and 
Astronomy) is an 9-yd (8 m) diameter radio telescope 
that was launched in February 1997 to an apogee/peri- 
gee altitude of 13,297 miles by 348 miles (21,400 km by 
560 km), respectively. Its completed mission ended in 
November 2005. In addition, ASTRO-G is a radio tele- 
scope satellite being built by the Japanese Aerospace 
Exploration Agency (JAXA). It is scheduled to be 
launched in 2011 into an elliptic orbit about Earth. 


See also Galaxy; Pulsar; Quasar. 
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I Radio waves 


Radio waves are a form of electromagnetic radia- 
tion with relatively long wavelengths and low frequen- 
cies. The radio section of the electromagnetic 
spectrum includes waves with frequencies ranging 
from about 10 kilohertz (thousands of cycles per sec- 
ond) to about 60,000 megahertz. This frequency range 
corresponds to wavelengths between 98,000 ft, or 
30,000 m, and 0.2 in, or 0.5 cm. The commercial 
value of radio waves as a means of transmitting sounds 
was first appreciated by the Italian inventor 
Guglielmo Marconi in the 1890s. Marconi’s invention 
led to the wireless telegraph, the radio, and eventually 
to such variations as the AM radio, FM radio, and CB 
(citizen’s band) radio. 


Propagation of radio waves 


Radio waves travel by three different routes from 
their point of propagation to their point of detection. 
These three routes are through the troposphere, 
through the ground, and by reflection off the iono- 
sphere. The first of these routes is the most direct. 
A radio wave generated and transmitted from point 
A may travel in a relatively straight line through the 
lower atmosphere to a second point, B, where its pres- 
ence can be detected by a receiver. This “line of sight” 
propagation is similar to the transmission of a beam of 
light from one point to another on Earth’s surface. 
And, as with light, this form of radio wave propaga- 
tion is limited by the curvature of Earth’s surface. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


This description is, however, overly simplified. 
Radio waves are deflected in a number of ways as 
they move through the troposphere. For example, 
they may be reflected, refracted, or diffracted by air 
molecules through which they pass. As a consequence, 
radio waves can actually pass beyond Earth’s optical 
horizon and, to an extent, follow Earth’s curvature. 


Line-of-sight transmission has taken on a new 
dimension with the invention of communications sat- 
ellites. Today a radio wave can be aimed at an orbiting 
satellite traveling in the upper part of the atmosphere. 
That satellite can then retransmit the signal back to 
Earth’s surface, where it can be picked up by a number 
of receiving stations. Communications satellites can be 
of two types. One, a passive satellite, simply provides a 
surface off which the radio wave can be reflected. The 
other type, an active satellite, picks up the signal 
received from Earth’s surface, amplifies it, and then 
retransmits it to ground-based receiving stations. 


Since radio waves are propagated in all directions 
from a transmitting antenna, some may reflect off the 
ground to the receiving antenna, where they can be 
detected. Such waves can also be transmitted along 
Earth’s surface in a form known as surface waves. 
Radio waves whose transmission takes place in con- 
nection with Earth’s surface may be modified because 
of changing ground conditions, such as irregularities 
in the surface or the amount of moisture in the ground. 


Finally, radio waves can be transmitted by reflec- 
tion from the ionosphere. When waves of frequencies 
up to about 25 megahertz (sometimes higher) are pro- 
jected into the sky, they bounce off a region of the 
ionosphere known as the E layer. The E layer is a region 
of high electrondensity located about 50 mi (80 km) 
above earth’s surface. Some reflection occurs off the 
F layer of the ionosphere also, located about 120 mi 
(200 km) above Earth’s surface. Radio waves reflected 
by the ionosphere are also known as sky waves. 


Transmission of radio waves 


The radio wave that leaves a transmitting antenna 
originates as a sound spoken into a microphone. A 
microphone is a device for converting sound energy 
into electrical energy. A microphone accomplishes this 
transformation by any one of a number of mecha- 
nisms. In a carbon microphone, for example, sound 
waves entering the device cause a box containing car- 
bon granules to vibrate. The vibrating carbon gran- 
ules, in turn, cause a change in electrical resistance 
within the carbon box to vary, resulting in the produc- 
tion of an electrical current of varying strength. 


A crystal microphone makes use of the piezoelec- 
tric effect, the production of a tiny electric current 
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caused by the deformation of the crystal in the micro- 
phone. The magnitude of the current produced corre- 
sponds to the magnitude of the sound wave entering 
the microphone. 


The electric current produced within the micro- 
phone then passes into an amplifier where the current 
strength is greatly increased. The current is then trans- 
mitted to an antenna, where the varying electrical field 
associated with the current initiates an electromag- 
netic wave in the air around the antenna. It is this 
radio wave that is then propagated through space by 
one of the mechanisms described above. 


A radio wave can be detected by a mechanism that 
is essentially the reverse of the process described here. 
The wave is intercepted by the antenna, which con- 
verts the wave into an electrical signal that is trans- 
mitted to a radio or television set. Within the radio or 
television set, the electrical signal is converted to a 
sound wave that can be broadcast through speakers. 


Modulating a sound wave 


The simple transmission scheme outlined above 
cannot be used for commercial broadcasting. If a 
dozen stations all transmitted sounds by the mecha- 
nism described above, a receiving station would pick 
up a garbled combination of all transmissions. To pre- 
vent interference from a number of transmitting sta- 
tions, all broadcast radio waves are first modulated. 


Modulation is the process by which a sound wave 
is added to a basic radio wave known as the carrier 
wave. For example, an audio signal can be electroni- 
cally added to a carrier signal to produce a new signal 
that has undergone amplitude modulation (AM). 
Amplitude modulation means that the amplitude (or 
size) of the wave of the original sound wave has been 
changed by adding it to the carrier wave. 


Sound waves can also be modulated in such a way 
that their frequency is altered. For example, a sound 
wave can be added to a carrier signal to produce a 
signal with the same amplitude, but a different fre- 
quency. The sound wave has, in this case, undergone 
frequency modulation (FM). 


Both AM and FM signals must be decoded at the 
receiving station. In either case, the carrier wave is 
electronically subtracted from the radio wave that is 
picked up by the receiving antenna. What remains 
after this process is the original sound wave, encoded, 
of course, as an electrical signal. 


All broadcasting stations are assigned character- 
istic carrier frequencies by the United States Federal 
Communications Commission. This system allows a 
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Radioactive dating 


KEY TERMS 


Antenna—An electrical conductor used to send out 
or receive radio waves. 


Carrier wave—A radio wave with an assigned 
characteristic frequency for a given station to 
which is added a sound-generated electrical wave 
that carries a message. 


Electromagnetic spectrum—tThe range of electro- 
magnetic radiation that includes radio waves, x 
rays, visible light, ultraviolet light, infrared radia- 
tion, gamma rays, and other forms of radiation. 


Frequency—The number of vibrations, cycles, or 
waves that pass a certain point per second. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Modulation—The addition of a sound-generated 
electrical wave to a carrier wave. 


Piezoelectricity—A small electrical current pro- 
duced when a crystal is deformed. 


Propagation—The spreading of a wave from a com- 
mon origin. 

Troposphere—The layer of air up to 15 mi (24 km) 
above the surface of Earth, also known as the lower 
atmosphere. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


number of stations to operate in the same area without 
overlapping. Thus, two stations a few miles apart 
could both be sending out exactly the same program, 
but they would sound different (and have different 
electric signals) because each had been overlaid on a 
different carrier signal. 


Receiving stations can detect the difference 
between these two transmissions because they can 
tune their equipment to pick up only one or the other 
carrier frequency. When you turn the tuning knob on 
your own radio, for example, you are adjusting the 
receiver to pick up carrier waves from station A, sta- 
tion B, or some other station. Your radio then decodes 
the signal it has received by subtracting the carrier 
wave and converting the remaining electric signal to 
a sound wave. 


The identifying characteristics by which you rec- 
ognize a radio station reflect its two important trans- 
mitting features. The frequency, such as 101.5 
megahertz (or simply “101.5 on your dial”) identifies 
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the carrier wave frequency, as described above. The 
power rating (“operating with 50,000 watts of power”) 
describes the power available to transmit its signal. 
The higher the power of the station, the greater the 
distance at which its signal can be picked up. 


See also Wave motion. 
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E Radioactive dating 


In the nineteenth century, prominent scientists 
such as Charles Lyell, Charles Darwin, Sir William 
Thomson (Lord Kelvin), and Thomas Huxley, were 
in continual debate about the age of the earth. The 
discovery of the radioactive properties of uranium in 
1896 by Henri Becquerel subsequently revolutionized 
the way scientists measured the age of artifacts and 
supported the theory that Earth was considerably 
older than what some scientists believed. 


There are several methods of determining the 
actual or relative age of Earth’s crust: examination of 
fossil remains of plants and animals, relating the mag- 
netic field of ancient days to the current magnetic field 
of Earth, and examination of artifacts from past civi- 
lizations. However, one of the most widely used and 
accepted method is radioactive dating. All radioactive 
dating is based on the fact that a radioactive sub- 
stance, through its characteristic disintegration, even- 
tually transmutes into a stable nuclide. When the rate 
of decay of a radioactive substance is known, the age 
of a specimen can be determined from the relative 
proportions of the remaining radioactive material 
and the product of its decay. 


In 1907, the American chemist Bertram Boltwood 
demonstrated that he could determine the age of a 
rock containing uranium-238 and thereby proved to 
the scientific community that radioactive dating was a 
reliable method. Uranium-238, whose half-life is 
4.5 billion years, transmutes into lead-206, a stable 
end-product. Boltwood explained that by studying a 
rock containing uranium-238, one can determine the 
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age of the rock by measuring the remaining amount 
of uranium-238 and the relative amount of lead-206. 
The more lead the rock contains, the older it is. 


The long half-life of uranium-238 makes it possi- 
ble to date only the oldest rocks. This method is not 
reliable for measuring the age of rocks less than 
10 million years old because so little of the uranium 
will have decayed within that period of time. This 
method is also very limited because uranium is not 
found in every old rock. It is rarely found in sedimen- 
tary or metamorphic rocks, and is not found in all 
igneous rocks. Another method for dating the rocks 
of Earth’s crust is the rubidium-87/strontium-87 
method. Although the half-life of rubidium-87 is 
even longer than uranium-238 (49 billion years or 10 
times the age of Earth), it is useful because it can be 
found in almost all igneous rocks. Perhaps the best 
method for dating rocks is the potassium-40/argon-40 
method. Potassium is a very common mineral and is 
found in sedimentary, metamorphic, and igneous 
rock. Also, the half-life of potassium-40 is only 1.3 
billion years, so it can be used to date rocks as young 
as 50,000 years old. 


In 1947, a radioactive dating method for deter- 
mining the age of organic materials, was developed by 
Willard Frank Libby, who received the Nobel Prize in 
chemistry in 1960 for his radiocarbon research. All 
living plants and animals contain carbon, and while 
most of the total carbon is carbon-12, a very small 
amount of the total carbon is radioactive carbon-14. 
Libby found that the amount of carbon-14 remains 
constant in a living plant or animal and is in equili- 
brium with the environment, however once the organ- 
ism dies, the carbon-14 within it diminishes according 
to its rate of decay. This is because living organisms 
utilize carbon from the environment for metabolism. 
Libby, and his team of researchers, measured the 
amount of carbon-14 in a piece of acacia wood from 
an Egyptian tomb dating 2700-2600 Bc. Based on the 
half-life of carbon-14 (5,568 years), Libby predicted 
that the concentration of carbon-14 would be about 
50% of that found in a living tree. His prediction was 
correct. 


Radioactive dating is also used to study the effects 
of pollution on an environment. Scientists are able to 
study recent climactic events by measuring the amount 
of a specific radioactive nuclide that is known to have 
attached itself to certain particles that have been incor- 
porated into Earth’s surface. For example, during the 
1960s, when many above-ground tests of nuclear 
weapons occurred, Earth was littered by cesium-137 
(half-life of 30.17 years) particle fallout from the 
nuclear weapons. By collecting samples of sediment, 
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scientists are able to obtain various types of kinetic 
information based on the concentration of cesium-137 
found in the samples. Lead-210, a naturally occurring 
radionuclide with a half-life of 21.4 years, is also used 
to obtain kinetic information about Earth. Radium-226, 
a grandparent of lead-210, decays to radon-222, the 
radioactive gas that can be found in some basements. 
Because it is a gas, radon-222 exists in the atmosphere. 
Radon-222 decays to polonium-218, which attaches 
to particles in the atmosphere and is consequently 
rained out—falling into and traveling through streams, 
rivers, and lakes. 


Radioactive dating has proved to be an invaluable 
toolin many scientific fields, including geology, arche- 
ology, paleoclimatology, atmospheric science, ocean- 
ography, hydrology, and biomedicine. This method of 
dating has also been used to study artifacts that have 
received a great deal of public attention, such as the 
Shroud of Turin (with highly controversial and dis- 
puted results), the Dead Sea Scrolls, Egyptian tombs, 
and Stonehenge. Since the discovery of radioactive 
dating, there have been several improvements in the 
equipment used to measure radioactive residuals in 
samples. For example, with the invention of acceler- 
ator mass spectometry, scientists have been able to 
date samples very accurately. 


See also Radioactive decay. 


l Radioactive decay 


The nucleus of each atom has a fixed number of 
protons and neutrons and is either stable or unstable, 
depending on several factors. In general, the most 
stable atoms are those that have an equal number of 
protons and neutrons and do not have too large a 
number of protons and neutrons together. (Very 
large nuclei are unstable even if they contain equal 
numbers of neutrons and protons.) Atoms whose 
nuclei are unstable are radioactive, and an atom that 
is radioactive can also be called a radionuclide. Of the 
known nuclides (approximately 2,000), only 264 are 
stable, and of the known radionuclides (approxi- 
mately 1,700), only 70 occur in nature; the rest are 
man-made. Unstable atoms undergo a process called 
radioactive decay to reach a more stable state. 


While a radionuclide is going through the process 
of decay, energy is released from the atom in one of 
three modes: alpha, beta, or gamma radiation. These 
modes may take several steps, involving only the 
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Radioactive fallout 


nucleus or the entire atom. Each radionuclide has one 
or more characteristic modes of decay. The particular 
mode of decay determines the type of energy, or radi- 
ation, released from the atom, and consists of either 
subatomic particles, photons, or both. 


Radionuclides are unstable to varying degrees. 
The more unstable a radionuclide is the faster it decays. 
The quantity of a radioactive substance is expressed 
as disintegrations per second, in units of Curies (Ci) 
named for Marie Curie (1867-1934), or if Systeme 
International is used, Becquerels (Bq) named for 
Henri Becquerel (1852-1909). The rate at which a 
radionuclide decays depends upon its half-life, the 
expected time required for half of the nuclei to decay 
to a stable state. The half-life is typically not affected by 
temperature, pressure, or gravitational, magnetic, or 
electrical fields. 


When radioactivity was first discovered, it was 
thought that all the energy given off by the radionuclide 
was basically the same, with differences only in pene- 
trating power. However, research conducted by 
Becquerel and Pierre Curie (1859-1906) proved that 
there were three distinct modes of radioactive decay, 
which differed not only in their ability to penetrate, 
but also in their velocity, as well as their susceptibility 
to magnetic fields. 


Alpha and beta radioemissions are actually par- 
ticulate matter that is thrown out from the nucleus. An 
alpha particle is two protons and two neutrons, or in 
other words, it is a helium atom without the electrons. 
After an alpha particle is emitted, the atomic mass 
decreases by four, and the number of protons and 
neutrons decrease by two. Alpha decay occurs in 
radionuclides with an atomic number greater than 
83 and a mass number greater than 209. Alpha par- 
ticles interact with negatively charged electrons in the 
environment, which consequently use up the energy in 
the particle, slowing it down and greatly diminishing 
its penetrating power. Even a sheet of paper can stop 
an alpha particle. The direction of an alpha particle is 
only slightly affected by a magnetic field because the 
particle has a balanced change. When a radionuclide 
decays by alpha radiation, it does not just disappear. 
Instead, the radionuclide transmutes into another 
radionuclide or nuclide. For example, uranium-238 
transmutes into several other radionuclides, including 
radium-226 and radon-222, before ending up as 
lead-206, a stable nuclide. 


Beta radiation, which also involves particulate 
emissions, can either be negatively charged or posi- 
tively charged. Beta particles are actually created in 
the nucleus by either a proton changing into a neutron 
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(positron emission) or a neutron changing into a pro- 
ton (negatron emission). A beta particle has a higher 
velocity than an alpha particle, and its path is mark- 
edly deflected by a magnetic field. When a negatron is 
emitted from an atom, the atomic mass of the atom is 
unchanged, the number of protons increases by one, 
and the number of neutrons decreases by one. The 
mass remains unchanged when a positron is emitted, 
the number of neutrons increases by one, and the 
number of protons decreases by one. 


An atom usually becomes excited from either 
of the above-mentioned decay processes and sheds 
excess energy in the form of a gamma ray photon. 
With gamma emissions, the atomic mass, number of 
protons (atomic number), or the number of neutrons, 
remains unchanged. Since a gamma ray is an electro- 
magnetic wave, its velocity is that of light or any 
other electromagnetic wave, such as an x ray. Electro- 
magnetic waves are not diverted by electric 
or magnetic fields. 


| Radioactive fallout 


Radioactive fallout is radioactive material pro- 
duced by a nuclear explosion or a nuclear reactor 
accident that enters the atmosphere and eventually 
falls to Earth. This fallout consists of minute, radio- 
active particles of dust, soil, and other debris. While 
some fallout results from natural sources, the term is 
usually used in reference to radioactive particles that 
were released into the atmosphere by a nuclear explo- 
sion or reactor accident. Fallout refers to material that 
has fallen to Earth, and also to material that is still 
suspended in the atmosphere. 


Sources of radioactive fallout 


Radioactive fallout from nuclear weapons first 
appeared in 1945, when the United States tested the 
world’s first atomic bomb in New Mexico. Atomic 
bombs create devastating explosions through nuclear 
fission. The powerful blast of an atomic bomb is the 
result of energy released when the nuclei of unstable 
heavy elements are split, such as uranium-235 and 
plutonium-239. Nuclear fission also generates unstable 
atoms that release subatomic particles and electromag- 
netic radiation, known as radioactivity. In some cases, 
neutrons released during fission can interact with 
nearby materials to create new radioactive elements. 
Another class of weapons, fusion weapons or hydrogen 
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bombs, uses a fission weapon as a trigger for a fusion 
process, in which atoms are forced to merge rather than 
being split apart. Fusion weapons are more powerful 
than fission weapons and also generate fallout. 


Also in 1945, the United States exploded atomic 
bombs over the cities of Hiroshima and Nagasaki in 
Japan. There are the only nuclear weapons to have 
ever been used as an act of war. Since the end of World 
War II (1939-1945), the United States, the former 
Soviet Union, the United Kingdom, France, and 
China have test-exploded nuclear weapons above 
ground, and thereby contributed to worldwide fallout. 
Nuclear weapons testing was most intense between 
1954 and 1961. (All of these countries have also under- 
taken thousands of below-ground tests of nuclear 
weapons, as have India, Pakistan, North Korea, and 
Pakistan. Below-ground testing carries less risk of 
causing atmospheric radioactive fallout.) 


Another source of radioactive fallout is nuclear 
reactors. Like an atomic bomb, a nuclear reactor gen- 
erates nuclear energy by splitting atoms. However, 
instead of releasing all of the energy in an instant, a 
reactor releases it slowly, in a controlled fashion. The 
heat generated by the carefully controlled nuclear 
reactions is used to make steam, which drives a gen- 
erator that produces electricity. 


After a cooling system failed at the Three Mile 
Island Nuclear power plant in Pennsylvania in 1979, a 
small amount of radioactive material was released into 
the atmosphere. Enormously larger amounts of dan- 
gerous radioactive materials were released in 1986, 
following a catastrophic accident at a poorly designed 
nuclear plant at Chernobyl in the Ukraine. After that 
catastrophe, significant amounts of fallout was depos- 
ited over 52,000 square miles (135,000 sq km) in 
Belarus, Scandinavia, and elsewhere in Europe. 


Types of fallout 


Particles that make up radioactive fallout can be 
as small as the invisible droplets produced by an aero- 
sol spray can, or as large as ash that falls close to a 
wood fire. The type of radioactivity in fallout depends 
on the nature of the nuclear reaction that emitted the 
particles into the atmosphere. More than 60 different 
types of radioactive substances may initially be present 
in fallout. Some of these decay into non-radioactive 
products in seconds, while others take centuries or 
longer to become non-radioactive. It takes 28 years, 
for example, for a sample of strontium-90 to lose one- 
half of its initial radioactivity. Strontium-90 is one of 
the most dangerous elements in fallout because it is 
treated by the metabolism of humans in the same 
manner as calcium, an important component of 
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bone. If animals or humans eat food contaminated 
with strontium-90, it will accumulate in their bodies. 
Other particularly harmful products in fallout include 
cesium-134, cesium-137, and iodine-131. 


Radiation damages and kills cells in the body. 
Large doses of radiation can result in burns, vomiting, 
and damage to the nervous system, digestive system, 
and bone marrow. Smaller doses can cause genetic 
mutations and cancer years after exposure. 


Fallout from a nuclear explosion can be local, 
tropospheric, or stratospheric. Heavy objects caught 
in the wind fall to Earth before lighter objects. Under 
the same wind conditions, a large cinder will travel less 
distance than a small one. The same principle applies 
to fallout particles. 


When a nuclear weapon explodes on or near the 
surface of Earth, huge quantities of soil, rock, water, 
and other materials are injected into the atmosphere, 
creating the familiar shape of the “mushroom cloud.” 
Depending on their size, particles in this cloud will fall 
to Earth relatively soon, or they may drift in the 
atmosphere for a long time. An underground nuclear 
explosion that does not break through the surface does 
not produce any fallout, and the radioactivity remains 
trapped below ground. 


Local fallout deposits within about 10 mi (16 km) 
of a typical above-ground explosion. This material 
resembles ash or cinders that rise through a chimney 
and deposit nearby. Emitted particles greater than 
about 20 micrometers in diameter usually become 
local fallout. This fallout can be extremely radioactive, 
but only for a short time, after which its radioactivity 
is much less, though not zero. 


Particles smaller than local fallout, as much as 200 
times smaller, remain suspended in the lower atmos- 
phere, or troposphere. Depending on the weather, 
these particles travel much farther than local fallout 
before being deposited to the surface, mostly within 
about one month. 


Some fallout may reach the stratosphere, the high- 
altitude layer of atmosphere above the troposphere. To 
reach the stratosphere, fallout needs the force of the 
most powerful atomic explosions, caused by a hydro- 
gen or thermonuclear bombs, to inject it that high. 
Stratospheric fallout can drift for years, and when it 
finally mixes with the troposphere and is deposited to 
the surface, it can fall-out anywhere in the world. 


Recent developments affecting fallout 


The former Soviet Union, the United States, and 
Great Britain agreed in 1963 to stop all testing of 
nuclear weapons in the atmosphere, under water, 
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KEY TERMS 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Nuclear fission—A nuclear reaction in which an 
atomic nucleus splits into fragments, with the 
release of energy, including radioactivity. Also 
popularly known as “splitting the atom.” 


Nuclear reactor—A device which generates 
energy by controlling the rate of nuclear fission. 
The energy produced is used to heat water, which 
drives an electrical generator. By-products of the 
fission process may be used for medical, scientific, 
or military purposes, but most remain as radioac- 
tive waste materials. 


Nuclear weapon—A bomb that derives its explo- 
sive force from the release of nuclear energy. 


Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 


Radioisotope—A type of atom or isotope, such as 
strontium-90, that exhibits radioactivity. 


and in outer space. France and China, however, have 
continued such tests. The United States and Russia 
further agreed in 1993 to eliminate two-thirds of their 
nuclear warheads by 2003. This agreement, made pos- 
sible by the ending of the Cold War, greatly decreased 
the chances of nuclear warfare and the generation of 
enormous quantities of fallout. 


Disastrous nuclear accidents, such as those at 
Three Mile Island and Chernobyl, have made nuclear 
reactors much less popular. No nuclear reactors 
ordered after 1973 have been completed in the United 
States, although several are under construction in 
Japan, Thailand, Turkey, and elsewhere. Some experts 
believe that new nuclear power plants may again be 
ordered in the United States in 2007 or 2008 because of 
generous government subsidies mandated by the 
energy bill of 2005. 


See also Nuclear reactor; Nuclear weapons. 
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| Radioactive pollution 


Certain atoms are radioactive, meaning that they 
emit radioactivity during spontaneous transformation 
from an unstable isotope to a more stable one. 
Radioactive pollution results from contamination of 
the environment with such substances, and may rep- 
resent a significant health risk to humans and other 
organisms. Radioactive pollution differs from much 
conventional pollution in that it cannot be detoxified 
or broken down into harmless substances. Instead, 
radioactive materials must be isolated from the envi- 
ronment until their radiation level has decreased to a 
safe level, a process which requires thousands of years 
for some materials. A third class of pollutants, toxic 
stable elements such as lead and mercury, never cease 
to be toxic. The only cleanup approach for these pol- 
lutants is to isolate them as completely as possible. 


Types of radiation 


Radiation is classified as being ionizing or non- 
ionizing. Both types can be harmful to humans and 
other organisms. 


Nonionizing radiation 


Nonionizing radiation is relatively long-wave- 
length electromagnetic radiation, such as radiowaves, 
microwaves, visible radiation, ultraviolet radiation, and 
very low-energy electromagnetic fields. Nonionizing 
radiation is generally considered less dangerous 
than ionizing radiation. However, some forms of 
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nonionizing radiation, such as ultraviolet, can damage 
biological molecules and cause health problems. 
Scientists do not yet fully understand the longer-term 
health effects of some forms of nonionizing radiation, 
such as that from very low-level electromagnetic fields 
(e.g., high-voltage power lines), although the evidence 
to date suggests that the risks are extremely small. 


Ionizing radiation 


Ionizing radiation is the short wavelength radia- 
tion or particulate radiation emitted by certain unsta- 
ble isotopes during radioactive decay. There are about 
70 radioactive isotopes, all of which emit some form 
of ionizing radiation as they decay from one isotope 
to another. A radioactive isotope typically decays 
through a series of other isotopes until it reaches a 
stable one. As indicated by its name, ionizing radiation 
can ionize the atoms or molecules with which it inter- 
acts. In other words, ionizing radiation can cause 
other atoms to release their electrons. These free elec- 
trons can damage many biochemicals, such as pro- 
teins, lipids, and nucleic acids (including DNA). If 
intense, this damage can cause severe human health 
problems, including cancers, and even death. 


Ionizing radiation can be either short-wavelength 
electromagnetic radiation or particulate radiation. 
Gamma radiation and X-radiation are short-wavelength 
electromagnetic radiation. Alpha particles, beta par- 
ticles, neutrons, and protons are particulate radiation. 
Alpha particles, beta particles, and gamma rays are 
the most commonly encountered forms of radioactive 
pollution. Alpha particles are simply ionized helium 
nuclei, and consist of two protons and two neutrons. 
Beta particles are electrons, which have a negative 
charge. Gamma radiation is high-energy electromag- 
netic radiation. 


Scientists have devised various units for measur- 
ing radioactivity. A Curie (Ci) represents the rate of 
radioactive decay. One Curie is 3.7 x 10!° radioactive 
disintegrations per second. A rad is a unit representing 
the absorbed dose of radioactivity. One rad is equal to 
an absorbed energy dose of 100 ergs per gram of 
radiated medium. One rad = 0.01 Grays. A rem is a 
unit that measures the effectiveness of radioactivity in 
causing biological damage. One rem is equal to one 
rad times a biological weighting factor. The weighting 
factor is 1.0 for gamma radiation and beta particles, 
and it is 20 for alpha particles. One rem = 1000 
millirem = 0.01 Sieverts. The radioactive half-life is 
a measure of the persistence of radioactive material. 
The half-life is the time required for one-half of an 
initial quantity of atoms of a radioactive isotope to 
decay to a different isotope. 
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Sources of radioactive pollution 


In the United States, people are typically exposed 
to about 350 millirems of ionizing radiation per year. 
On average, 82% of this radiation comes from 
natural sources and 18% from anthropogenic sources 
(i.e., those associated with human activities). The major 
natural source of radiation is radon gas, which accounts 
for about 55% of the total radiation dose. The principal 
anthropogenic sources of radioactivity are medical 
X-rays and nuclear medicine. Radioactivity from the 
fallout of nuclear weapons testing and from nuclear 
power plants make up less than 0.5% of the total 
radiation dose, i.e., less than 2 millirems. Although 
the contribution to the total human radiation dose is 
extremely small, radioactive isotopes released during 
previous atmospheric testing of nuclear weapons will 
remain in the atmosphere for the next 100 years. 


Lifestyle and radiation dose 


People who live in certain regions are exposed to 
higher doses of radiation. For example, residents of the 
Rocky Mountains of Colorado receive about 30 milli- 
rems more cosmic radiation than people living at sea 
level. This is because the atmosphere is thinner at higher 
elevations, and therefore less effective at shielding the 
surface from cosmic radiation. Exposure to cosmic 
radiation is also high while people are flying in an air- 
plane, so pilots and flight attendants have an enhanced, 
occupational exposure. In addition, residents of certain 
regions receive higher doses of radiation from radon- 
222, due to local geological anomalies. Radon-222 is a 
colorless and odorless gas that results from the decay of 
naturally occurring, radioactive isotopes of uranium. 
Radon-222 typically enters buildings from their base- 
ment, or from certain mineral-containing construction 
materials. Ironically, the trend toward improved home 
insulation has increased the amount of radon-222 
which remains trapped inside houses. 


Personal lifestyle also influences the amount of 
radioactivity to which people are exposed. For exam- 
ple, miners, who spend a lot of time underground, are 
exposed to relatively high doses of radon-222 and 
consequently have relatively high rates of lung cancer. 
Cigarette smokers expose their lungs to high levels of 
radiation, since tobacco plants contain trace quanti- 
ties of polonium-210, lead-210, and radon-222. These 
radioactive isotopes come from the small amount of 
uranium present in fertilizers used to promote tobacco 
growth. Consequently, the lungs of a cigarette smoker 
are exposed to thousands of additional millirems of 
radioactivity, although any associated hazards are 
much less than those of tar and nicotine. 
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Radioactive pollution 


Nuclear weapons testing 


Nuclear weapons can release large amounts of 
radioactive materials when they are exploded. Most 
of the radioactive pollution from nuclear weapons 
testing is from iodine-131, cesium-137, and stron- 
tium-90. Iodine-131 is the least dangerous of these 
isotopes, although it has a relatively half-life of 
about eight days. Iodine-131 accumulates in the thy- 
roid gland, and large doses can cause thyroid cancer. 
Cesium-137 has a half-life of about 30 years. It is 
chemically similar to potassium, and is distributed 
throughout the human body. Based on the total 
amount of cesium already in the atmosphere, all 
humans will receive about 27 millirems of radiation 
from cesium-137 over their lifetime. Strontium-90 has 
a half-life of 38 years. It is chemically similar to cal- 
cium and is deposited in bones. Strontium-90 is 
expelled from the body very slowly, and the uptake 
of significant amounts increases the risks of develop- 
ing bone cancer or leukemia. 


Nuclear power plants 


Many environmentalists are critical of nuclear 
power generation. They believe that there is an unac- 
ceptable risk of catastrophic accident, that the spread 
of nuclear energy technology increases the risk of 
nuclear weapons proliferation, and that the nuclear 
fuel cycle generates large amounts of unmanageable 
nuclear waste that will represent a long-term danger to 
human well-being. 


The United States Nuclear Regulatory Commission 
has strict requirements regarding the amount of radio- 
activity that can be released from a nuclear power 
reactor. In particular, a nuclear reactor can expose an 
individual who lives on the fence line of the power plant 
to no more than 10 millirems of radiation per year. 
Actual measurements at U.S. nuclear power plants 
have shown that a person who lived at the fence line 
would actually be exposed to much less that 10 millirems. 


Thus, for a typical person who is exposed to about 
350 millirems of radiation per year from all other 
sources, much of which is natural background, the 
proportion of radiation from nuclear power plants is 
extremely small. In fact, coal- and oil-fired power 
plants, which release small amounts of radioactivity 
contained in their fuels, are responsible for more air- 
borne radioactive pollution in the United States than 
are nuclear power plants. 


Although a nuclear power plant cannot explode 
like an atomic bomb, accidents can result in serious 
radioactive pollution. During the past 45 years, there 
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have been a number of not-fully controlled or uncon- 
trolled fission reactions at nuclear power plants in 
the United States and elsewhere, which have killed 
or injured power plant workers. These accidents 
occurred in Los Alamos, New Mexico; Oak Ridge, 
Tennessee; Richland, Washington; and Wood River 
Junction, Rhode Island. The most famous case was 
the 1979 accident at the Three Mile Island nuclear 
reactor in Pennsylvania, which received a great deal 
of attention in the press. However, nuclear scientists 
have estimated that people living within 50 mi (80 km) 
of this reactor were exposed to less than two millirems 
of radiation, most of it as iodine-131, a short-lived 
isotope. This exposure constituted less than 1% of 
the total annual radiation dose of an average person. 
However, these data do not mean that the accident at 
Three Mile Island was not a serious one; fortunately, 
technicians were able to re-attain control of the reac- 
tor before more devastating damage occurred, and the 
reactor system was well contained so that only a rela- 
tively small amount of radioactivity escaped to the 
ambient environment. 


By far, the worst nuclear reactor accident 
occurred in 1986 in Chernobyl, Ukraine. An uncon- 
trolled build-up of heat resulted in a meltdown of the 
reactor core and combustion of graphite moderator 
material in one of the several generating units at 
Chernobyl, releasing more than 50 million Curies of 
radioactivity to the ambient environment. The disaster 
killed 31 workers, and resulted in the hospitalization 
of more than 500 other people from radiation sickness. 
According to Ukrainian authorities, during the decade 
following the Chernobyl disaster an estimated 10,000 
people in Belarus, Russia, and Ukraine died from 
cancers and other radiation-related diseases caused 
by the accident. In addition to these relatively local 
effects, the atmosphere transported radiation from 
Chernobyl into Europe and throughout the Northern 
Hemisphere. 


More than 500,000 people in the vicinity of 
Chernobyl were exposed to dangerously high doses 
of radiation, and more than 300,000 people were per- 
manently evacuated from the vicinity. Since radiation- 
related health problems may appear decades after 
exposure, scientists expect that many thousands of 
additional people will eventually suffer higher rates 
of thyroid cancer, bone cancer, leukemia, and other 
radiation-related diseases. Unfortunately, a cover-up 
of the explosion by responsible authorities, including 
those in government, endangered even more people. 
Many local residents did not known that they should 
flee the area as soon as possible, or were not provided 
with the medical attention they needed. 
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The large amount of radioactive waste generated by 
nuclear power plants is another important problem. 
This waste will remain radioactive for many thousands 
of years, so technologists must design systems for 
extremely long-term storage. One obvious problem is 
that the long-term reliability of the storage systems 
cannot be fully assured, because they cannot be directly 
tested for the length of time they will be used (i.e., for 
tens or hundreds of thousands of years). A related prob- 
lem is that the waste will remain extremely dangerous 
for much longer than the expected lifetimes of existing 
governments and social institutions. Thus, we are mak- 
ing the societies of the following millennia, however they 
may be structured, responsible for the safe storage of 
nuclear waste that is being generated today. 


Biological effects of radioactivity 


The amount of injury caused by a radioactive 
isotope depends on its physical half-life, and on how 
quickly it is absorbed and then excreted by an organ- 
ism. Most studies of the harmful effects of radiation 
have been performed on single-celled organisms. 
Obviously, the situation is more complex in humans 
and other multicellular organisms, because a single 
cell damaged by radiation may indirectly affect other 
cells in the individual. The most sensitive regions of the 
human body appear to be those which have many 
actively dividing cells, such as the skin, gonads, intes- 
tine, and tissues that grow blood cells (spleen, bone 
marrow, lymph organs). 


Radioactivity is toxic because it forms ions when 
it reacts with biological molecules. These ions can 
form free radicals, which damage proteins, mem- 
branes, and nucleic acids. Radioactivity can damage 
DNA (deoxyribonucleic acid) by destroying individ- 
ual bases (particularly thymine), by breaking single 
strands, by breaking double strands, by cross-linking 
different DNA strands, and by cross-linking DNA 
and proteins. Damage to DNA can lead to cancers, 
birth defects, and even death. 


However, cells have biochemical repair systems 
which can reverse some of the damaging biological 
effects of low-level exposures to radioactivity. This 
allows the body to better tolerate radiation that is 
delivered at a low dose rate, such as over a longer 
period of time. In fact, all humans are exposed to 
radiation in extremely small doses throughout their 
life. The biological effects of such small doses over 
such a long time are almost impossible to measure, 
and are essentially unknown at present. There is, how- 
ever, a theoretical possibility that the small amount of 
radioactivity released into the environment by 
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KEY TERMS 


Curie (Ci)—A unit representing the rate of radio- 
active decay. 1 Ci = 3.7 x 10'° disintegrations per 
second. 


lonizing radiation—Any electromagnetic or partic- 
ulate radiation capable of direct or indirect ion 
production in its passage through matter. 


Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. Isotopes may 
be radioactive. 


Nonionizing radiation—Long-wavelength electro- 
magnetic radiation. 


Rad—A unit of absorbed ionizing radiation which 
results in the absorption of 100 ergs of energy per 
gram of medium. 1 Rad = 0.01 Gray. 


Radioactive half-life—The time required for half 
the atoms of a radioactive isotope to decay to a 
more stable isotope. 


Radioactivity—Spontaneous release of subatomic 
particles or gamma rays by unstable atoms as their 
nuclei decay. 


Rem—A unit of the biological effectiveness of 
absorbed radiation, which is equal to the radiation 
dose in rad multiplied by a biological weighting 
factor, which is determined by the particular type 
of radiation. 1 rem = 0.01 Sievert. 


normally operating nuclear power plants, and by pre- 
vious atmospheric testing of nuclear weapons, has 
slightly increased the incidence of certain cancers in 
human populations. However, scientists have not been 
able to conclusively show that such an effect has 
actually occurred. 


Currently, there is disagreement among scientists 
about whether there is a threshold dose for radiation 
damage to organisms. In other words, is there a dose of 
radiation below which there are no harmful biological 
effects? Some scientists maintain that there is no such 
threshold, and that radiation at any dose carries a finite 
risk of causing some biological damage. Furthermore, 
the damage caused by very low doses of radiation may 
be cumulative, or additive to the damage caused by 
other harmful agents to which humans are exposed. 
Other scientists maintain that there is a threshold dose 
for radiation damage. They believe that biological 
repair systems, which are presumably present in all 
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Radioactive tracers 


cells, can fix the biological damage caused by extremely 
low doses of radiation. Thus, these scientists claim that 
the extremely low doses of radiation to which humans 
are commonly exposed are not harmful. 


One of the most informative studies of the harmful 
effects of radiation is a long-term investigation of the 
survivors of the 1945 atomic blasts at Hiroshima and 
Nagasaki by James Neel and his colleagues. The survi- 
vors of these explosions had abnormally high rates of 
cancer, leukemia, and other diseases. However, there 
seemed to be no detectable effect on the occurrence of 
genetic defects in children of the survivors. The radia- 
tion dose needed to cause heritable defects in humans is 
higher than biologists originally expected. 


Radioactive pollution is an important environ- 
mental problem. It could become much worse if 
extreme vigilance is not utilized in the handling and 
use of radioactive materials, and in the design and 
operation of nuclear power plants. 


See also Radiation exposure; Radioactive fallout; 
X rays. 
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| Radioactive tracers 


Radioactive tracers are substances containing 
radioactive atoms to allow easier detection and meas- 
urement. They have applications in many fields, but 
this article will focus on their use in medicine. 


Tracer principle 


Radioactive isotopes have the same chemical prop- 
erties as nonradioactive isotopes of the same element. 
Isotopes of the same element differ only in the number 
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of neutrons in their atoms, which leads to nuclei with 
different stabilities. Unstable nuclei undergo radioac- 
tive decay, releasing different types of radioactivity. 
One type is gamma radiation, which is useful in medi- 
cine because it penetrates the body and so can then be 
detected easily. 


Tissue specificity 


Radioactive tracers in medicine (also called radio- 
pharmaceuticals) use the fact that specific tissues accu- 
mulate specific compounds. Labelling such a 
compound (i.e., compounding it using a radioactive 
isotope of one of its elements) and then putting it in the 
body causes it to accumulate in a specific tissue, yield- 
ing information on that tissue. For example, the thy- 
roid gland removes iodine from the blood. When 
iodine-123 is injected into the blood, it collects in the 
thyroid like any other isotope of iodine. However, it 
emits gamma radiation that can be monitored to see 
how quickly the iodine is accumulating, which reveals 
if the gland is working at the normal rate. Many types 
of compounds can be radiolabelled, including salts, 
small organic compounds, and proteins, antibodies, 
or red blood cells. 


Preparation and administration 
of radioactive tracers 


Regular chemical reactions attach the radionuclide 
to the rest of the tracer molecule. Technetium-99m 
(99mTc) is commonly used. This emits gamma rays 
of optimal energy for detection, with no damaging 
beta particles. It has a short half-life (six hours) 
which leads to fast elimination from the body by 
decay. It can be generated when needed from a more 
stable isotope, molybdenum-99. 


Tracers are introduced into the body by injection, 
orally, or by breathing gases. Some scans are obtained 
immediately after administration, but others are taken 
hours or even days later. Scans themselves usually take 
30 minutes to three hours. Patients receive about the 
same dose of radiation from a radioactive tracer scan 
as from a chest x ray. 


Detection and imaging 


The process of obtaining an image from a radio- 
active tracer is called scintigraphy. Other imaging 
techniques (computerized tomography, CT; magnetic 
resonance imaging, MRI) give anatomical informa- 
tion. Scintigraphy gives information on the movement 
of compounds through tissues and vessels, and on 
metabolism. Earlier diagnosis is possible with 


GALE ENCYCLOPEDIA OF SCIENCE 4 


To amplifier and screen 


Lead shield with holes, to 
allow only radiation from 

the correct direction to enter ao 
the camera 


Photomultiplier tubes 


Sodium iodide crystal 


Figure 1. Schematic diagram of an Anger scintillation camera. (I/iustration by Hans & Cassidy. Courtesy of Gale Group.) 


scintigraphy because chemical changes often occur 
before structural ones. For example, a CT brain scan 
can be normal 48 hours after a stroke, but scintigraphy 
shows immediate changes. 


Anger scintillation camera 


The detector most commonly used with radioac- 
tive tracers is the Anger scintillation camera, invented 
by Hal Anger in the late 1950s. Gamma radiation 
causes crystals of sodium iodide to emit photons of 
light. This is called scintillation. This light is converted 
into electrical signals by photomultiplier tubes. The 
more photomultiplier tubes in the camera, the sharper 
the image. The electrical signals are electronically 
processed to give the final image, which is recorded 
permanently on a photographic plate. The Anger cam- 
era and the patient must remain stationary during 
imaging, which can take many minutes. To get high- 
quality images, the camera must be placed close to the 
body, which may be uncomfortable for the patient. 
The resulting image is planar, or two-dimensional. 
This is adequate for many applications, but tomogra- 
phy has broadened the scope of scintigraphy. 


Single photon emission computed 
tomography (SPECT) 


Tomography uses computer technology to con- 
vert numerous planar images into a three-dimensional 
slice through the object. This data processing is 
also used with CT and MRI. With radioactive 
tracers, it is called emission computed tomography, 
which includes single photon emission computed 
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tomography (SPECT) and positron emission tomog- 
raphy (PET). Positrons result from a different type of 
radioactive decay which we will not discuss here. 


SPECT images are usually obtained with Anger 
cameras which rotate around the patient. Numerous 
images are obtained at different angles. Faster and 
bigger computers give better image quality, while 
improved graphics capabilities allow three-dimensional 
imaging. These are helpful in precisely locating areas 
of concern within an organ, but are more expensive 
and take longer to obtain. Hence, both planar and 
SPECT images will continue to be obtained. 


Specific applications 


Radioactive tracers are widely used to diagnose 
heart problems. Narrowing of the coronary arteries 
leads to coronary artery disease which often manifests 
itself as angina. Radiopharmaceuticals allow visual- 
ization of the blood supply to the heart tissue. 
mT c-labels are used (e.g., sestamibi), but thallium-201 
(°°'Tl) has advantages. After reaching the heart tissue, 
it moves from the blood into the heart cells. Healthy 
cells then eliminate about 30% of the peak level of 
°°lT] in about two hours. Damaged cells (e.g., from 
ischemia) will move the *°'T1 more slowly. Thus, *"'T1 
gives information on both the health of the heart tissue 
itself and the blood flow to it. 


An exciting new area of use combines radioactive 
tracers with monoclonal antibodies (MoAbs). 
Antibodies are proteins that interact with a foreign 
substance (antigen) in a specific way. Advances in 
genetic technology allow biochemists to make MoAbs 
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Anger scintillation camera—A device used to detect 
gamma rays from radioactive tracers. It converts the 
energy from the radiation into light and then electri- 
cal signals which are eventually recorded on a pho- 
tographic plate. 

Isotopes—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. 


Monoclonal antibody—A protein that interacts with 
a foreign substance (antigen) in a specific way. They 
are monoclonal when they are produced by a group 
of genetically identical cells. 


Radioactive tracer—A substance that is labeled with 
a radioactive isotope to allow easier detection and 
measurement. 


Radionuclide—Radioactive or unstable nuclide. 


Radiopharmaceuticals—Radioactive tracers with 
medical applications that are administered like other 
drugs. 


for many specific substances. Characteristic com- 
pounds on the surfaces of cancer cells can act as anti- 
gens. When radionuclide-labelled MoAbs are injected 
into the body, they attach to cancer cells with the 
corresponding antigen. The cancer cells can then be 
imaged, revealing their location and size. Three-dimen- 
sional imaging gives much guidance for subsequent 
surgery. Radionuclides can also be attached which 
emit cell-destroying radiation and thus kill cancer cells 
predominantly. Radiolabelled MoAbs promise to have 
more applications in the near future. 
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Scintigraphy—The process of obtaining images of 
radioactive tracers using scintillation detectors. 


Scintillation—A burst of light given off by special 
materials when bombarded by radiation. 


Single photon emission computed tomography 
(SPECT)—The process by which gamma radiation 
from radionuclides that emit a single photon per 
decay is converted into three-dimensional images. 
It is a computer-based data processing method. 


Tomography—A method of data processing by com- 
puters that converts numerous planar images of an 
object into three-dimensional images or slices through 
the object. It is used in many different scanning 
procedures. 


Tracer principle—The general principle discovered 
by George de Hevesy in 1912 that isotopes of the 
same element have the same chemical properties. 
They act in the same way in chemical and biological 
reactions. 


tf Radioactive waste 


Radioactive waste is generated during the produc- 
tion of electricity by nuclear reactors and by the even- 
tual disposal of the reactors and their facilities, during 
the manufacturing and disposal of nuclear weapons 
and machines used in medical diagnosis and treat- 
ment, by academic and industrial research, and by 
certain industrial processes. Radioactive waste produ- 
ces ionizing radiation, which can damage or destroy 
living tissues. Ionizing radiation transfers energy when 
it encounters biochemicals, causing them to become 
electrically charged (ionized), which can damage their 
essential metabolic function. 


Unlike conventionally toxic chemicals, the degree 
of danger from radioactive waste decreases over time. 
The half-life of a radioactive substance (or radioiso- 
tope) is the time required for one-half of an initial 
quantity to decay to other isotopes. Each radioisotope 
has a unique half-life, which can be only fractions of a 
second long, or as great as billions of years. The longer 
the half-life of a radioisotope, the longer is the period 
for which it must be safely stored or disposed until it is 
no longer hazardous. 
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Types of radioactive waste 


Radioactive wastes are grouped into three catego- 
ries: high-level waste, low-level waste, and transuranic 
waste. High-level waste emits intense levels of ionizing 
radiation for a relatively short time, and then emits 
lower levels for a much longer time. Most high-level 
waste is used nuclear fuel rods, which must be removed 
from the reactor core about every two to four years. 
Large quantities of high-level wastes are also associ- 
ated with the production and disposal of nuclear 
weapons. In 2000, about 44,000 tons (40,000 tonnes) 
of spent fuel were stored at commercial nuclear power 
sites in the United States, a quantity expected to rise to 
116,000 tons (105,000 tonnes) by 2035. 


Low-level waste emits small amounts of ionizing 
radiation, usually for a long time, and it tends to be a 
high-volume waste. Low-level waste is produced from 
a variety of sources, such as filters and other cleaning 
material from nuclear plants, and used low-level 
radioisotopes from hospitals, universities, and indus- 
try. For example, in nuclear generating stations, tiny 
quantities of some radioactive materials may leak 
from the reactor. To protect the workers and the 
ambient environment, this radioactivity is removed 
with filters, which must periodically be replaced, 
becoming low-level waste. 


Transuranic waste results primarily from the fab- 
rication of plutonium as well as research activities at 
defense installations. Transuranics are elements, not 
found in nature, that are heavier than uranium. Most 
transuranics have special properties that increase the 
probability of causing damage to living tissue. 
Transuranic elements are found in both high-level 
and low-level radioactive waste. They can be sepa- 
rated from low-level waste, and are then treated as 
high-level waste. 


Storage of radioactive waste 


Storage can be defined as “a method of contain- 
ment with a provision for retrieval.” High-level and 
transuranic wastes are typically stored in on-site, deep- 
water storage ponds with thick, stainless steel-lined 
concrete walls. After about five years, the spent fuel 
has lost much of its radioactivity and can be moved 
into dry storage facilities. These are usually on-site, 
above-ground facilities in which the waste is stored in 
thick, concrete canisters. 


Low-level waste is stored in concrete cylinders in 
shallow burial sites at nuclear plants or at designated 
waste sites. Since these wastes are not as much of a 
concern as high-level wastes, the regulations for their 
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storage are not as strict. Basically, the waste must be 
covered and stored so that contact with ambient water 
is minimal. 


Transportation of radioactive waste 


The regulations for transporting radioactive 
waste are stringent due to the possibility of a trans- 
portation accident. Various containers are used for 
transporting specific kinds of waste. High-level waste 
has the most rigorous standards, and the containers in 
which it is shipped must be capable of withstanding 
tremendous pressure, impact, and heat, and must be 
waterproof. There have been accidents in North 
America involving trucks and trains carrying radio- 
active waste, but no significant amount of radioactiv- 
ity has ever been released to the environment as a 
result. 


Treatment of radioactive waste 


High-level radioactive waste can be treated by fuel 
reprocessing, which separates still-useful fuel isotopes 
from the rest of the waste. The useful isotopes can 
then be sent to a fabrication plant, which produces 
new nuclear fuel. Some technologists view this strategy 
as an excellent alternative to long-term storage, 
since it is essentially a re-use practice as opposed to 
disposal. Fuel reprocessing plants exist in Britain, 
France, Japan, Germany, India, and Russia. The 
United States, Canada, Spain, and Sweden do not 
have reprocessing plants, and are planning on long- 
term storage of their spent fuel. 


Low-level radioactive waste is commonly a high- 
volume material, which can often be reduced prior to 
storage, transport, or disposal. It can be concentrated 
by filtering and removing the liquid portion, so only 
the solid residue remains for disposal. Alternatively, 
the material may be solidified by fusing it into glass or 
ceramic, which are highly stable materials. 


Disposal of radioactive waste 


Radioactive waste disposal refers to the long-term 
removal of the waste, and is designed to have minimal 
contact with organisms and the ambient environment. 
The safe disposal of high-level and transuranic wastes 
from nuclear power plants and nuclear weapons facili- 
ties has been the center of vigorous debate for more 
than 50 years, and researchers and policy-makers have 
yet to come up with politically acceptable solutions. 


The most widely supported plan involves the bur- 
ial of high-level waste deep underground in a stable 
geological formation. Less-popular ideas include 
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burial under a stable glacier, or dumping into a deep 
oceanic trench. Part of the problem with any of these 
ideas is that disposal requires that the site will be 
secure for tens of thousands of years. This probably 
exceeds the time for which present governmental and 
social institutions will persist, so far-future genera- 
tions may have to deal with the high-level nuclear 
wastes of the present ones. Moreover, nature can be 
a changeable, unpredictable, and powerful force, so 
there are unknown risks associated with all disposal 
options, and long-term, absolute guarantees cannot be 
given. 


From 1940 to 1970, most low-level wastes were 
placed into steel drums and dumped into the ocean or 
into pits on land. However, there has been inevitable 
leakage from the drums, and environmentalists and 
the public objected to this method of disposal. Since 
1970, the United States has been disposing its low- 
level waste at government-regulated disposal sites. In 
June 1990, the U.S. Nuclear Regulatory Commission 
(NRC) proposed that low-level radioactive waste 
be handled as regular garbage, due to its supposed 
low health risk. Epidemiologists calculated that 
implementing this policy might have caused 2,500 
American deaths, but the NRC believed this risk was 
acceptable because it would save the nuclear power 
industry many millions of dollars every year. 
However, this proposal did not fully take account of 
recent research indicating that low-level radiation 
risks may be about 30 times higher than previously 
estimated. 


Current problems in radioactive waste 


The biggest technological challenge facing the 
nuclear industry is the long-term, safe disposal of 
high-level waste. The current preferred disposal option 
is to bury it deep underground. The United States 
Department of Energy proposed in 1983 that nine 
sites in geologically diverse locations be studied for 
suitability as one of two potential waste repositories. 
In 1987, Congress amended the Nuclear Waste Policy 
Act to redirect the Department of Energy to focus site 
characterization activities only at Yucca Mountain, 
Nevada. Huge sums of money have been spent in plan- 
ning for this disposal option, but it remains controver- 
sial and is not yet built. The Department of Energy does 
predict, however, that the site will be available for dis- 
posal activities in the year 2010. 


Political and scientific disagreements between the 
State of Nevada and the federal government have 
delayed the process, as have arguments presented by 
environmental groups. Opponents have complained 
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KEY TERMS 


Half-life—The time required for one-half of an initial 
quantity of a radioactive substance to disintegrate. 


High-level waste—Waste that emits intense levels 
of ionizing radiation for a short time, and then 
lower levels for a much longer time. 


lonizing radiation—Radiation that can cause tissue 
damage or death. 


Low-level waste—Waste that emits small amounts 
of ionizing radiation, often for a long time. 


Radioisotope—A type of atom or isotope, such as 
strontium-90, that exhibits radioactivity. 


Transuranic waste—A special category of waste 
produced during the fabrication of plutonium as 
well as research activities at defense installations, 
involving non-natural elements heavier than 
uranium. 


that the site selection process has been dominated by 
political decision making rather than scientific reason. 
Technical concerns largely center on the geological 
stability of the area and the potential for water infil- 
tration into the repository causing the release of radio- 
active material into the environment. Moreover, there 
are relatively young volcanoes nearby, several faults 
near the site, and the potential for climate change to 
cause groundwater levels to rise and inundate the 
repository horizon. Further complicating the issue 
is the fact that the proposed site lies adjacent to 
the Nevada Test Site (NTS), the location at which 
approximately one thousand nuclear weapons tests 
have been conducted. Some have argued that the 
extensive radioactive contamination associated with 
testing at the NTS makes the Yucca Mountain site 
more favorable for waste disposal. They suggest that 
the existing, uncontrolled contamination is unlikely to 
be significantly worsened by the proposed disposal of 
nuclear wastes in a controlled, engineered system and 
that localization of the wastes in a previously conta- 
minated area is preferable to the contamination of a 
new site. 


Despite the controversy, in February 2002, the 
Secretary of Energy recommended to the President 
(George W. Bush) that the Yucca Mountain site be 
selected as the nation’s high-level nuclear waste repo- 
sitory. The President followed the Secretary’s recom- 
mendation and approved the site, only to be vetoed by 
the governor of the State of Nevada. However, the 
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U.S. Congress voted to override the veto in July 2002. 
The State of Nevada has since filed lawsuits to stop the 
project and will very likely fight the licensing applica- 
tion with the NRC prior to the receipt of waste and 
operation of the repository. It seems that the only 
certainty is that the safe, long-term disposal of high- 
level radioactive wastes will continue to be an extreme 
challenge for technologists, and for society. A Federal 
appeals court found in favor of the Environmental 
Protection Agency in July 2004, except for finding 
that the 10,000-year timeframe used by the EPA’s 
standards was too short to be supported by the find- 
ings of the National Academy of Sciences. As of 2006, 
no nuclear waste had yet been stored at Yucca 
Mountain and its fate was still uncertain. 


See also Nuclear reactor; Radiation. 


Resources 


BOOKS 


Macfarlane, Allison M., and Rodney C. Ewing. Uncertainty 
Underground: Yucca Mountain and the Nation’s High- 
Level Nuclear Waste. Cambridge, MA: MIT 
Press, 2006. 

Riley, Peter D. Nuclear Waste: Law, Policy, and 
Pragmatism. Brookfield, VT: Ashgate Publishing, 
2004. 

United States Department of Energy, Office of Civilian 
Radioactive Waste Management. Final Environmental 
Impact Statement for a Geologic Repository for the 
Disposal of Spent Nuclear Fuel and High-Level 
Radioactive Waste at Yucca Mountain, Nye County, 
NevadaNorth Las Vegas, NV: U.S. Dept. of Energy, 
Office of Civilian Radioactive Waste Management, 
2002. 

United States Department of Energy, Office of Civilian 
Radioactive Waste Management. Program Plan, 
Revision 3. North Las Vegas, NV: U.S. Dept. of Energy, 
Office of Civilian Radioactive Waste Management, 
2000. 

United States Department of Energy, Office of Civilian 
Radioactive Waste Management. Site Charact- 
erization Progress Report, Yucca Mountain, 

Nevada. North Las Vegas, NV: U.S. Dept. of Energy, 
Office of Civilian Radioactive Waste Management, 
2001. 


OTHER 

Civilian Radioactive Waste management. <http:// 
www.ymp.gov/>. United States Department of Energy, 
Office of Civilian Radioactive Waste Management 
(accessed November 16, 2006). 

Nuclear Regulatory Commission. <http://www.nre.gov/> 
(accessed November 16, 2006). 

State of Nevada. “Agency for Nuclear Projects.” <http:// 
www.state.nv.us/nucwaste/> (accessed November 
16, 2006). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Yucca Mountain Standards. <http://www.epa.gov/ 
radiation/yucca/>. United States Environmental 
Protection Agency (accessed November 16, 2006). 


Jennifer LeBlanc 


Radiocarbon dating see Dating techniques 


i Radioisotopes in medicine 


Radioisotopes are extensively used in nuclear 
medicine to allow physicians to explore bodily struc- 
tures and functions in vivo (in the living body) with a 
minimum of harm to the patient. Radioisotopes are 
also used in radiotherapy (radiation therapy) to treat 
some cancers and other medical conditions that 
require destruction of harmful cells. 


Radioisotopes, which are atoms containing unsta- 
ble combinations of protons and neutrons, can be cre- 
ated by neutron activation of nonradioactive isotopes of 
the same elements. This involves the capture of a neu- 
tron by the nucleus of an atom, resulting in nuclei with 
an excess of neutrons (neutron-rich nuclei). Proton-rich 
radioisotopes are manufactured in cyclotrons. During 
radioactive decay, the nucleus of a radioisotope seeks 
energetic stability by emitting particles (alpha, beta, or 
positron) and photons (including gamma rays). 


Although nuclear medicine traces its clinical ori- 
gins to the 1930s, the invention of the gamma scintil- 
lation camera by American engineer Hal Anger in the 
1950s brought major advances in nuclear medical 
imaging and rapidly elevated the use of radioisotpes 
in medicine. Radioisotopes allow high quality imaging 
of bones and soft organs (e.g., thyroid, heart, liver, 
etc.). A number of diagnostic techniques in nuclear 
medicine use gamma ray emitting tracers. The tracers 
are formed from the bonding of short-lived radioiso- 
topes with chemical compounds that allow the target- 
ing of specific body regions or physiologic processes. 
Emitted gamma rays (photons) can be detected by 
gamma cameras and computer enhancement of the 
resulting images allows quick and relatively non-invasive 
(compared to surgery) assessments of trauma or phys- 
iological impairments. 

Technetium-99 (an isotope of the artificially- 
produced element technetium) is a radioisotope widely 
used in nuclear medical procedures. Technetium-99 
decays by an isomeric process that emits gamma rays 
and low energy beta particles (electrons). Technetium 
is supplied to hospitals from nuclear reactors in 
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containment vessels initially containing molybdenum- 
99 that, with a half-life of 66 hours, decays to techne- 
tium-99, which is removed by flushing. 


American chemist Peter Alfred Wolfs (1923- 
1998) work with radioisotope utilizing positron emis- 
sion tomography (PET) led to the clinical diagnostic 
use of the PET scan. Positron emission tomography 
utilizes isotopes produced in a cyclotron. Positron- 
emitting radionuclides are injected and allowed to 
accumulate in the target tissue or organ. As the radio- 
nuclide decays it emits a positron that collides with 
nearby electrons to result in the emission of two iden- 
tifiable gamma photons. PET scans use rings of detec- 
tors that surround the patient to track the movements 
and concentrations of radioactive tracers. PET scans 
have attracted the interest of physicians because of 
their potential use in research into metabolic changes 
associated with mental diseases such as schizophrenia 
and depression. PET scans are used in the diagnosis 
and characterizations of certain cancers and heart 
disease, as well as clinical studies of the brain. 


Cancer and other rapidly dividing cells are usually 
sensitive to damage by radiation. Accordingly, some 
cancerous growths can be restricted or eliminated by 
radioisotope irradiation. The most common forms of 
external radiation therapy use gamma and x rays. 
During the last half of the twentieth century the radio- 
isotope cobalt-60 was a frequently used source of 
radiation in such treatments. More modern methods 
of irradiation include the production of x rays from 
linear accelerators. 


Internal radiotherapy involves the introduction of 
a radioisotope as a radiation source. Iridium-192 
implants emit both gamma and beta rays that destroy 
surrounding target tissue. In low dose forms, stron- 
tium-89 has been used to relieve cancer-induced bone 
pain. Not all radioisotope techniques involve restricted 
sites, in the treatment of some diseases requiring bone 
marrow transplants the malfunctioning marrow is 
killed with a massive dose of radiation before the intro- 
duction of healthy marrow. 


Because they can be detected in low doses, radio- 
isotopes can also be used in sophisticated and delicate 
biochemical assays or analysis. There are many com- 
mon laboratory tests utilizing radioisotopes to analyze 
blood, urine, and hormones. Radioisotopes are also 
finding increasing use in the labeling, identification, 
and study of immunological cells. Shielded radioiso- 
topes are also used to power heart pacemakers and 
sterilize medical instruments. 


Todine-131 and phosphorus-32 are commonly used 
in radiotherapy. More radical uses of radioisotopes 
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include the use of boron-10 to specifically attack 
tumor cells. Boron-10 concentrates in tumor cells 
and is then subjected to neutron beams that result in 
highly energetic alpha particles that are lethal to the 
tumor tissue. 


The selection of radioisotopes for medical use is 
governed by several important considerations involv- 
ing dosage and half-life. Radioisotopes must be 
administered in sufficient dosages so that emitted radi- 
ation is present in sufficient quantity to be measured. 
Ideally the radioisotope has a short enough half-life 
that, at the delivered dosage, there is insignificant 
residual radiation following the desired length of 
exposure. Regardless, the use of radioisotopes allows 
increasingly accurate and early diagnosis of serious 
pathology (e.g., tumors), and earlier diagnosis often 
results in more favorable outcome for patients. 


See also Radioactive waste. 
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[ Radiology 


Radiology is a branch of medical science that uses 
x rays and other forms of technology to image internal 
structures in the body. For nearly 80 years radiology 
was based primarily on the x ray, but since the 1970s 
several new imaging techniques have been developed. 
Some, like computed tomography, integrates x-ray and 
computer technology. Others, like ultrasound and 
magnetic resonance imaging are nonradiologic techni- 
ques, meaning they do not use x rays or other forms of 
radiant energy to probe the human body. Although 
radiotherapy based on the x ray has been used to 
treat cancer since the beginning of the twentieth cen- 
tury, most radiologists are primarily concerned with 
imaging the body to diagnose disease. However, 
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interventional radiology is a rapidly expanding disci- 
pline in which radiologists work either alone or hand- 
in-hand with surgeons to treat vascular and other 
diseases. 


The x ray: fundamental building block 
of radiology 


The science of radiology was born in 1895 when 
Wilhelm Roentgen (1845-1923) discovered the x ray. 
The German scientist was studying high voltage dis- 
charges in vacuum tubes when he noticed that the 
Crookes tube he was focusing on caused a piece of 
screen coated with the chemical barium platinocya- 
nide to fluoresce or glow. Roentgen quickly realized 
that he had produced a previously unknown type of 
invisible radiation. In addition, this radiant energy 
could pass through solids like paper and wood. He 
also discovered that when he placed a hand between 
the beam’s source and the chemically coated screen, he 
could see the bones inside the fingers depicted on the 
screen. Roentgen quickly found that he could record 
the image with photographic paper. 


Roentgen’s discovery changed the course of med- 
icine. With the ability to look inside the body without 
surgery, physicians had a new diagnostic tool that 
could actually locate tumors or foreign objects, like 
bullets, thus greatly enhancing a surgeon’s ability to 
operate successfully. Roentgen called the new radiant 
energy x rays and, six years after his discovery, was 
awarded the Nobel Prize in physics. 


How the x ray works 


X rays are a type of radiant energy that occurs 
when a tungsten (a hard metallic element) target is 
bombarded with an electron beam. X rays are similar 
to visible light in that they radiate in all directions from 
their source. They differ, however, in that x rays are 
of shorter wavelength than ultraviolet light. This 
difference is the basis of radiology since the shorter 
wavelength allows x rays to penetrate many substances 
that are opaque to light. 


An x ray of bones, organs, tumors, and other 
areas of the body is obtained through a cassette that 
holds a fluorescent screen. When activated by x rays, 
this screen emits light rays which produce a photo- 
chemical effect of the x rays on film. When light or 
x rays hit photographic film, a photochemical process 
takes place that results in the negative film turning 
black while the places not exposed to light remain 
clear. Images are obtained when the paper print of a 
negative reverses the image values. In the normal 
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photographic process, an entire hand would be imaged 
because normal light cannot pass through the hand, 
thus creating the image on film. The desired x-ray 
image is obtained because x rays pass through outer 
tissue and are absorbed by bones and other structures, 
allowing them to be captured on film. 


Over the years, radiology has fine tuned this 
approach to develop different x-ray devices for imag- 
ing specific areas of the body. For example, mammog- 
raphy is the radiological imaging of a woman’s breast 
to determine the presence of diseases like breast can- 
cer. Another major advance in x-ray technology was 
the development of radiopaque substances. When 
injected into the body, these substances, which do 
not allow x rays to pass through them, provide images 
of structures that would otherwise not appear on the 
x ray. For example, angiography is the imaging of 
blood vessels after injecting them with a radiopaque 
material. Myelography is the imaging of the spinal 
cord with x rays after injecting a radiopaque substance 
into a membrane covering the spine. 


Ultrasound 


Ultrasound was the first nonradiologic technique 
used to image the body. Ultrasound in radiology stems 
from the development of pulse-echo radar during 
World War IT (1939-1945). First used to detect defects 
in metal structures, ultrasound, or sonography, 
became a useful diagnostic tool in the late 1950s and 
early 1970s. As its name suggests, ultrasound uses 
sound waves rather than electromagnetic radiation to 
image structures. 


A common use of ultrasound is to provide images 
of a fetus. A sound transmitter is used to send waves 
into the body from various angles. As these waves 
bounce back off the uterus and the fetus, they are 
recorded both on a television screen and in a photo- 
graph. With the more advanced Doppler ultrasound, 
this technology can be used for everything from imag- 
ing atherosclerotic disease (the thickening of arteries) 
to evaluating the prostate and rectum. 


Computers and the new era of radiology 


Except for ultrasound, from the day Roentgen 
discovered the x ray until the early 1970s, radiology 
relied solely on the application of x rays through 
refined radiographic techniques. These applications 
were limited by the x ray’s ability to discern only 
four different kinds of matter in the body: air, fat, 
water (which helps make up tissue), and minerals 
(like bone). In addition, while the x ray images bone 
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well, it cannot image what lies behind the bone unless 
angiography is used. For example, a standard x ray 
could reveal damage to the skull but would not reveal 
tumors or bleeding vessels in the brain unless they 
calcified or caused changes to the skull. Although the 
development of angiography allowed scientists to view 
the arteries in the brain, angiography is somewhat 
painful for the patient and does not reveal smaller 
but still serious tumors and lesions. 


The high-tech era of radiology coincided with 
rapid advances in computer technology. By using 
computers to analyze and interpret vast quantities of 
data, scientists began to develop new and better ways 
to image the body. Imaging processes like computed 
tomography, positron emission tomography, mag- 
netic resonance imaging, and single photo emission 
computed tomography all rely on the computer. 
With these techniques, radiologists are able to diag- 
nose a wider range of diseases and abnormalities 
within the body. 


Computed tomography 


In 1972, radiology took a giant step forward with 
the development of computed tomography (CT). 
Although still relying on the x ray, this radiographic 
technique uses a computer to process the vast amount 
of data obtained from an electronically detected 
signal. Since different tissues will absorb different 
amounts of x rays, CT passes x-ray beams through 
the body at different angles on one specific plane, pro- 
viding detailed cross sections of a specific area. This 
information is scanned into a digital code which the 
computer can transform into a video picture. These 
images are much superior to conventional x-ray film 
and can also be made into three-dimensional images, 
allowing the radiologist to view a structure from differ- 
ent angles. 


As a result of this technology, physicians could 
view precise and small tissues in areas like the brain 
without causing discomfort to the patient. CT also led 
scientists and engineers to conduct new research into 
how the computer could be used to make better images 
of body structures. 


Magnetic resonance imaging 


Although magnetic resonance imaging (MRI) 
dates back to 1946, it was used primarily to study 
atoms and molecules and to identify their properties. 
In 1978, the first commercial MRI scanner was avail- 
able, but it was not until the 1980s that MRI became a 
useful tool for looking into the human body. MRI 
works by using a huge magnet to create a magnetic 
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field around the patient. This field causes protons in 
the patient’s body to “line up” in a uniform formation. 
A radio pulse is then sent through the patient, which 
results in the protons being knocked out of alignment. 
When the radio pulse is turned off, the protons create a 
faint but recordable pulse as they spin or spiral back 
into position. A computer is used to turn these signals 
into images. 


This nonradiological technique has many bene- 
fits. It does not use ionizing radiation, which can be 
harmful to humans. In addition, it has superb low- 
contrast resolution, allowing radiologists to view and 
diagnose a wider range of diseases and injuries within 
the patient, including brain tumors and carotid artery 
obstructions. More recent advances in MRI technol- 
ogy are allowing scientists to look into how the brain 
actually functions. 


Positron emission tomography 


Positron emission tomography (PET) and single 
photon emission computed tomography (SPECT) are 
two more technologies that rely on computers. PET 
has been used primarily to study the dynamics of the 
human body. In other words, not just to see images, 
but to understand the processes that go on in certain 
areas of the body. For example, radioisotopes (natu- 
rally occurring or artificially developed radioactive 
substances) injected into a patient can be imaged 
through PET computerized technology, allowing sci- 
entists to watch how metabolism works in the brain 
and other parts of the body. With this technology, 
scientists can watch glucose metabolism, oxygen con- 
sumption, blood flow, and drug interactions. 


SPECT uses radionuclides (radioactive atoms) to 
produce images similar to CT scans, but in much more 
precise three-dimensional images. The use of dual 
cameras, one above and one below the patient, enables 
radiologists to obtain simultaneous images that are 
then processed by computers to provide improved 
resolution of a structure in less time. In addition, 
small organs, like thyroid glands, can be better imaged 
for both diagnosis and research. 


Interventional radiology 


Interventional radiology is one of the more recent 
developments in radiology. As a subspecialty, it has 
evolved from a purely diagnostic application to a ther- 
apeutic specialty involving such procedures as balloon 
dilation of arteries, drainage of abscesses, removal of 
gallstones, and treatment of benign and malignant 
structures. 
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KEY TERMS 


Radiant—Anything that produces rays, such as 
light or heat. 


Radioisotopes—An unstable isotope that emits 
radiation when it decays or returns to a stable state. 


Radionuclide—Radioactive or unstable nuclide. 
Radiopaque—Anything that is opaque or impene- 
trable to x rays. 


Radiotherapy—The use of x rays or other radio- 
active substances to treat disease. 


Interventional radiologists, who often work 
closely with surgeons, use a number of imaging tools 
to perform procedures like image-guided needle 
biopsy (removal of tissue or fluids) and percutaneous 
(through the skin) needle biopsy of thoracic lesions. 
These procedures rely heavily on the development of 
imaging technologies like CT and various instruments 
such as catheters and guide wires. Advantages of inter- 
ventional radiology over surgery include reduced need 
for anesthesia, shorter time to perform procedures, 
and improved therapeutic results. 
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David Petechuk 


Radium see Radioactive decay 


Radius see Circle 


i Radon 


Radon is a colorless and odorless radioactive gas 
formed from radioactive decay. Denoted by the 
atomic symbol, Rn, radon has an atomic number of 
86. The atomic weight of its most stable and common 
isotope is 222. It is classified as a noble gas based on its 
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location on the periodic table of the elements. Radon 
is the heaviest of the inert, or noble, gases. 


The discovery of radon is credited to Friedrich 
Dorn (1848-1916), a German physics professor. Marie 
Curie’s (1867-1934) experiments stimulated Dorn to 
begin studying the phenomenon of radioactivity. In 
1900, he showed that radium emitted a radioactive gas 
that was called radium emanation for several years. 


The most common geologic source of radon is 
the decay of naturally occurring uranium. Radon is 
commonly found at low levels in widely dispersed 
crustal formations, soil, and water samples. To some 
extent, radon can be detected throughout the United 
States. Specific geologic formations, however, fre- 
quently present elevated concentration of radon that 
may pose a significant health risk. The Surgeon 
General of the United States and the Environmental 
Protection Agency identify radon exposure as the sec- 
ond leading cause of lung cancer in the United States. 
Cancer risk rates are based upon magnitude and dura- 
tion of exposure. 


Produced underground, radon moves toward the 
surface and eventually diffuses into the atmosphere or 
in groundwater. Because radon has a half-life of 
approximately four days, half of any size sample dete- 
riorates during that time. Regardless, because radon 
can be continually supplied, dangerous levels can 
accumulate in poorly ventilated spaces (e.g., under- 
neath homes, buildings, etc.). Moreover, the deterio- 
ration of radon produces alpha particleradiation and 
radioactive decay products that can exhibit high sur- 
face adherence to dust particles. Radon detection tests 
are designed to detect radon gas in picocuries per liter 
of air (pCi/L). The picocurie is used to measure the 
magnitude of radiation in terms of disintegrations per 
minute. One pCi, one trillionth of a Curie, translates to 
2.2 disintegrations per minute. EPA guidelines recom- 
mend remedial action (e.g., improved ventilation) if 
long term radon concentrations exceed 4 pCi/L. 


Working level units (WL) are used to measure 
radon decay product levels. The working level unit is 
used to measure combined alpha radiation from all 
radon decay products. Commercial test kits designed 
for use by the general public are widely available. The 
most common forms include the use of charcoal can- 
isters, alpha track detectors, liquid scintillation detec- 
tors, and ion chamber detectors. In most cases, these 
devices are allowed to measure cumulative radon and 
byproduct concentrations over a specific period of 
time (e.g., 60 to 90 days) that depends on the type of 
test and geographic radon risk levels. The tests are 
usually designed to be returned to a qualified 
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laboratory for analysis. The EPA estimates that nearly 
one out 15 homes in the United States has elevated 
radon levels. 


Radon can be kept at low concentration levels by 
ventilation and the use of impermeable sheeting to 
prevent radon seepage into enclosed spaces. Radon 
in water does not pose nearly the health risk as does 
breathable radon gas. Regardless, radon removal pro- 
tocols are increasingly a part of water treatment pro- 
grams. Radon is removed from water by aeration or 
carbonfiltration systems. 


Exposure to radon is cumulative. Researchers are 
conducting extensive research into better profiling the 
mutagenic risks of long term, low-level radiation 
exposure. 


Uranium miners must take special precautions to 
avoid radioactive poisoning by radon. 


See also Biophysics; Earth’s interior; Geophysics; 
Radiation detectors; Radiation exposure; Radioactive 
pollution. 


Ragweed see Composite family 


Railroads see Trains and railroads 


| Rails 


Rails are small, shy, marshland birds in the family 
Rallidae, which includes about 134 species. This fam- 
ily has a worldwide distribution, occurring on all con- 
tinents except Antarctica. Many species of rails occur 
only on certain remote, oceanic islands, where many of 
these isolated species have evolved a flightless condi- 
tion because of the lack of predators. Unfortunately, 
this characteristic makes these birds extremely vulner- 
able to predators that were subsequently introduced 
by humans to the remote habitats of these flightless 
birds. Consequently, many of the island species are 
now extinct or endangered. 


Biology of rails 


Species in the rail family have a rather wide range 
of body and bill shapes. The true rails have a rather 
long, slender beak, often downward curving. The 
body of rails that live in marsh habitats is quite com- 
pressed laterally, a characteristic that gave rise to the 
saying, “skinny as a rail.” Species that are commonly 
called rails generally live in reedy marshes, and are 
relatively large birds with a beak, legs, and toes that 


3624 


are long. Crakes are relatively small birds with stubby, 
chicken-like bills. Coots are duck-like, aquatic birds 
with lobed feet used for swimming and diving, and 
usually a stubby bill, although it can be massive in 
certain species. Gallinules or moorhens are coot-like 
in shape, but they have long toes that help with walk- 
ing on floating aquatic vegetation. 


Most species in the rail family have a subdued 
coloration of brown, black, and white. However, gal- 
linules are often very colorful birds, some species being 
a bright, sometimes iridescent green, purple, or tur- 
quoise, usually with a red beak. 


Rails eat many types of animal foods, including a 
wide range of invertebrates, and sometimes fish and 
amphibians. Most rails also eat many types of aquatic 
plants, and some species are exclusively plant eaters. 
Most species of rails build their nests as mounds of 
vegetation, in which they lay up to 12 eggs. Newly 
hatched rails are precocial, which means they are capa- 
ble of leaving the nest almost as soon as they hatch, 
following their parents as they search for food. 


Rails of North America 


Nine species in the rail family occur regularly in 
North America, primarily in wetland habitats. The 
American coot (Fulica americana) is widespread and 
common in marshes and other relatively productive 
wetlands. This species has a gray body and white beak, 
with a vividly red frontal lobe at the top of the upper 
mandible, and red-colored eyes. This species chiefly 
feeds on aquatic vegetation, which it sometimes 
obtains by diving. Coots can be raucously aggressive 
to each other, and to other species of aquatic birds. 
The common gallinule or moorhen (Gallinula chloro- 
pus) occurs in marshes of the eastern United States, 
while the purple gallinule (Porphyrula martinica) is 
largely restricted to parts of Florida and Louisiana. 


Some other less aquatic species of rails can also be 
fairly common in suitable habitats. However, these 
birds are very cryptic and tend to hide well in their 
habitat of tall, reedy marshes, so they are not often 
seen. One of these elusive species is the sora (Porzana 
carolina), the whistled calls and whinnies of which are 
more often heard than the birds are seen. The Virginia 
rail (Rallus limicola) is another, relatively common but 
evasive rail of marshes. The largest rail in North 
America is the king rail (R. elegans), with a body 
length of 14 in (36 cm). It is found in marshes in the 
eastern United States. The clapper rail (Rallus long- 
irostris) is slightly smaller at 12 in (30 cm), and is 
restricted to brackish and salt marshes. 
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Conservation of rails 


Many species of rails that live on remote, oceanic 
islands have become flightless, because of the lack of 
natural predators. This is true of various endemic spe- 
cies that are specific to particular islands (that is, they do 
not occur anywhere else), and also of flightless popula- 
tions of more wide-ranging species of rails. The benefit 
of flightlessness to rails living on islands is not totally 
clear, but some ornithologists have speculated that this 
trait might have something to do with the conservation 
of energy, coupled with an absence of predators. 


Unfortunately, flightless rails are extremely vul- 
nerable to suffering debilitating population declines 
when humans introduce predators to their isolated 
habitats. Most commonly, these catastrophes involve 
accidental introductions of rats, or deliberate intro- 
ductions of pigs or cats. At least 15 endemic species of 
island rails are known to have become extinct, largely 
as a result of introduced predators. Numerous other 
island rails still survive, but are endangered. 


However, the real number of extinctions is 
undoubtedly much larger than this. Some ornitholo- 
gists have speculated that each of the approximately 
800 islands inhabited by Polynesians in the Pacific 
Ocean may have had one or several endemic species 
in the rail family, as well as other unique species of 
birds. Most of these rare and endemic species became 
extinct in prehistoric times, soon after the islands were 
discovered and colonized by prehistoric Polynesians. 
These extinctions occurred as a result of predation by 
introduced rats, overhunting by humans, and to a 
lesser degree, losses of habitat. 


Various species in the rail family have been hunted 
more recently for meat or sport. Today, however, this 
is a less common practice than it used to be. Some 
species of gallinules are sometimes considered to be 
pests of aquatic crops, such as rice, and they may be 
hunted to reduce that sort of agricultural damage. 
However, this is a relatively unusual circumstance. 


Because rails are generally species of wetlands, 
their populations are greatly threatened by losses of 
that type of habitat. Wetlands are disappearing or 
being otherwise degraded in most parts of the world. 
This is occurring as a result of infilling of wetlands to 
develop land for urbanization, draining for agricul- 
ture, and pollution by pesticides and fertilizers. 


See also Extinction. 
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Bill Freedman 


Rain see Precipitation 


| Rainbows 


Water droplets and light form the basis of all 
rainbows, which are circular arcs of color with a com- 
mon center. Because only water and light are required 
for rainbows, they can occur in rain, spray, or even 
fog. 

A raindrop acts like a prism and separates sun- 
light into its individual color components through 
refraction, as light will do when it passes from one 
medium to another. When the white light of the sun 
strikes the surface of the raindrop, the light waves are 
bent to varying degrees depending on their wave- 
length. These wavelengths are reflected on the far sur- 
face of the water drop and will bend again as they exit. 
If the light reflects off the droplet only once, a single 
rainbow occurs. If the rays bounce inside and reflect 
twice, two rainbows will appear: a primary and a 
secondary. The second one will appear fainter because 
there is less light energy present. It will also occur at a 
higher angle. 


Not all the light that enters the raindrop will form 
a rainbow. Some of the light, which hits the droplet 
directly at its center, will simply pass through the other 
side. The rays that strike the extreme lower portions of 
the drop will product the secondary bow, and those 
that enter at the top will produce the primary bow. 


The formation of the arc was first discussed by 
René Descartes (1596-1650) in 1637. He calculated 
the deviation for a ray of red light to be about 180° - 42°, 
or 138°. Although light rays may exit the drop in more 
than one direction, a concentration of rays emerge 
near the minimum deviation from the direction of 
the incoming rays. Therefore the viewer sees the high- 
est intensity looking at the rays that have minimum 
deviation, which form a cone with the vertex in 
the observer’s eye and with the axis passing through 
the sun. 
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KEY TERMS 


Lunar rainbow—A rainbow created by the white 
light of the moon refracted and reflected by 
raindrops into the atmosphere. This bow is much 
fainter than sunlight and will appear white to the 
human eye because the eye loses color sensitivity 
in the dark. 


Polarization—The process of affecting light so that 
the vibrations of the wave assumes a definite form 


Primary bow—The most well-known rainbow; 
formed when a ray of sunlight enters a raindrop, is 
refracted and then reflected in the inner surface of 
the raindrop, and emerges from the side it entered. 


Reflection rainbow—One that is produced by the 
reflection of the source of incident light, usually the 


The color sequence of the rainbow is also due to 
refraction. It was Sir Isaac Newton (1642-1727), 
working 30 years after Descartes, who discovered 
that white light is composed of different wavelengths. 
Red light, with the longest wavelength, bends the least, 
while violet, having the shortest wavelength, bends the 
most. The vertical angle above the horizon will be a 
little less than 41° for the violet (about 40°) and a little 
more for the red (about 42°). The secondary rainbow 
has an angular radius of about 50° and its color 
sequence is reversed from the primary. It is universally 
accepted that there are seven rainbow colors, which 
appear in the order: red, orange, yellow, green, blue, 
indigo, and violet. However, the rainbow is a whole 
continuum of colors from red to violet and even 
beyond the colors that the eye can see. 


Supernumerary rainbows, faintly colored rings 
just inside of the primary bow, occur due to interfer- 
ence effects on the light rays emerging from the water 
droplet after one internal reflection. 


No two people will see the same rainbow. If one 
imagines herself or himself standing at the center of a 
cone cut in half lengthwise and laid on the ground flat- 
side down, the raindrops that bend and reflect the sun- 
light that reach the person’s eye as a rainbow are located 
on the surface of the cone. A viewer standing next to the 
first sees a rainbow generated by a different set of rain- 
drops along the surface of a different imaging cone. 


Again using the concept of an imaginary cone, a 
viewer could predict where a rainbow will appear by 
standing with his back to the sun and holding the cone 
to his eye so that the extension of the axis of the cone 
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sun. The reflected rainbow may be considered a 
combination of two rainbows produced by sunlight 
coming directly from the sun and that from the 
reflected image of the sun. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air to 
glass or air to water. 


Secondary bow—Occurs when light is reflected 
twice before emerging from a raindrop. The reflec- 
tion causes this rainbow to be less bright than the 
primary rainbow. This bow is about twice as wide as 
the primary one, and has its colors reversed. 


Vertex—The point at which the two sides of an angle 
meet. 


intersects the sun. The rainbow will appear along the 
surface of the cone as the circular arc of the rainbow is 
always in the direction opposite to that of the sun. 


Rainbows are short-lived. In many locations, 
spring is the prime rainbow-viewing season. One 
explanation for common occurrence of springtime 
rainbows is that rainfall becomes more localized in 
the spring and brief showers over limited areas are a 
regular feature of atmospheric behavior. This change 
is a result of the higher springtime sun warming the 
ground more effectively than it did throughout the 
previous winter months. This process produces local 
convection. These brief, irregular periods of precipita- 
tion followed by sunshine are ideal rainbow condi- 
tions. Also, the sun is low enough for much of the 
day to allow a rainbow to appear above the hori- 
zon—the lower the sun, the higher the top of a 
rainbow. 


The purity or brightness of the colors of the rain- 
bow depends on the size of the raindrops. Large drops 
or those with diameters of a few millimeters, create 
bright rainbows with well defined colors; small drop- 
lets with diameters of about 0.01 mm produce rain- 
bows of overlapping colors that appear nearly white. 


For refraction to occur, the light must intersect 
the raindrops at an angle. Therefore no rainbows are 
seen at noon when the sun is directly overhead. 
Rainbows are more frequently seen in the afternoon 
because most showers occur in midday rather than 
morning. Because the horizon blocks the other half 
of a rainbow, a full 360° rainbow can only be viewed 
from an airplane. 
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The sky inside the arc will appear brighter than 
that surrounding it because of the number of rays 
emerging from a raindrop at angles smaller that 
those that are visible. But there is essentially no light 
from single internal reflections at angles greater than 
those of the rainbow rays. In addition to the fact that 
there is a great deal of light directed within the arc of 
the bow and very little beyond it, this light is white 
because it is a mixture of all the wavelengths that 
entered the raindrop. This is just the opposite in the 
case of a secondary rainbow, where the rainbow ray is 
the smallest angle and there are many rays that emerge 
at angles greater than this one. A dark band forms 
where the primary and secondary bows combine. This 
is known as Alexander’s dark band, in honor of 
Alexander of Aphrodisias who discovered this around 
200 BC. 


Light from a rainbow is polarized. Light vibrating 
horizontally at the top of the bow is much more 
intense than the light vibrating perpendicularly to it 
across the bow and it may be as much as 20 times as 
strong. 


Although rare, a full moon can produce a lunar 
rainbow when it is bright enough to have its light 
refracted by raindrops just as is the case for the sun. 
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| Rainforest 


Rainforests are temperate or tropical forests that 
usually occur as old-growth ecosystems. The world sus- 
tains many types of rainforests that differ geographically 
in terms of their species composition and the environ- 
mental conditions in which they occur. Temperate and 
tropical rainforests are considered to represent biomes, 
or widespread kinds of natural ecosystems having broad 
similarities of structure and function. 


Rainforests require a humid climate, with more 
than about 80 to 100 in/yr (200 to 250 cm/yr) of 
precipitation distributed nearly equally across the sea- 
sons, so there is no pronounced dry period. This kind 
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Rainforest near Graskop, South Africa. (© Gallo Images/Corbis.) 


of precipitation regime does not allow any but the 
rarest occurrences of wildfire. Other catastrophic 
events of stand-level tree mortality are also rare in 
rainforests. As a result, this ecosystem usually devel- 
ops into old-growth forest containing some exception- 
ally old and large trees. However, the population 
structure of trees in old-growth rainforest is unevenly 
aged because of the micro-successional dynamics asso- 
ciated with the deaths of individual large trees, which 
result in canopy gaps below which there are relatively 
young trees. Old-growth rainforests also have a com- 
plex physical structure, with multiple layers within the 
canopy, and with large, standing dead trees and 
decomposing logs lying on the forest floor. Although 
old-growth rainforests support a very large biomass, 
trees within the ecosystem are dying and decaying 
about as quickly as new productivity is occurring. 
Consequently, the net ecosystem productivity of 
these old-growth forests is very small or zero. 
Temperate rainforests are dominated by a few species 
of coniferous trees, while tropical rainforests are char- 
acterized by a much greater diversity of tree species, 
along with an enormous richness of species of other 
plants, animals, and microorganisms. 


Tropical rainforests 


Tropical rainforests are distributed in equatorial 
regions of Central and South America (most exten- 
sively in Amazonia), west-central equatorial Africa, 
and South and Southeast Asia through to New 
Guinea and the northeastern coast of Australia. 
Tropical rainforests are the most complex of the 
world’s ecosystems in terms of the physical structure 
that they develop, and also in their tremendous bio- 
diversity of species and community types. Because of 
these characteristics, tropical rainforests represent the 
acme of ecosystem development on Earth. 
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Rainforest 


Tropical rainforests have a complex canopy con- 
sisting of multiple intermeshed layers of foliage. The 
area of this canopy can be equivalent to 12 to 13 sq yds 
(10-11 m7) of foliage per sq yd (m7) of ground surface. 
This is among the densest foliar surfaces maintained 
by any of Earth’s ecosystems, a characteristic that 
allows a relatively great efficiency of capture of solar 
energy and its conversion into plant biomass. The 
most important foliar layer of the tropical rainforest 
consists of the upper canopy of the largest trees, which 
extends to more than 330 ft (100 m) in height in some 
cases. However, there are also lower canopies associ- 
ated with the foliage of shorter, subdominant trees, 
and with lianas (or vines), shrubs, and ground vegeta- 
tion. These subordinate canopies are everywhere, but 
they are best developed where gaps in the overstory 
allow some sunlight to penetrate deeper into the forest. 


Tropical rainforests also have a uniquely rich 
canopy of epiphytes, or plants that use other plants as 
a substrate upon which to grow. There are especially 
large numbers of epiphytic species in the orchid 
(Orchidaceae) and air-plant (Bromeliaceae) families, 
of ferns and their relatives (Pteridophytes), and of 
mosses, liverworts, and lichens. Some species of 
woody plants, known as strangler figs (Ficus spp.), 
begin their lives as epiphytes, but if they are successful 
they eventually turn into full-sized trees. The sticky, 
bird-dispersed seeds of strangler figs are adapted to 
finding appropriate nooks high in the canopy of a tall 
tree, where they germinate and live as an epiphyte, 
independent of the soil far below. However, as the seed- 
ling grows into an aerial shrub, it begins to send roots 
down towards the ground. If the ground is eventually 
reached, the strangler fig is no longer a true epiphyte, 
although it continues to rely on the host tree for 
mechanical support. Over time, the strangler fig sends 
more and more of these roots downwards, until their 
coalescing biomass eventually encircles the host tree 
and prevents it from growing radially, while the fig 
pre-empts the space occupied by its foliage. Eventually 
the host tree is killed, and its place in the forest canopy is 
assumed by the hollow-trunked strangler fig. 


About 80% of the ecosystem biomass of tropical 
rainforests occurs as woody tissues of trees, while only 
about 15% of the organic matter occurs in soil and 
litter, and about 5% is foliage. (As with all forests, the 
biomass of animals is much less than 1% of that of the 
total ecosystem.) In contrast, temperate forests main- 
tain much larger fractions of their total ecosystem 
biomass as organic matter of the soil and forest 
floor. The reason for this difference is the relatively 
rapid rate of decomposition of dead biomass in the 
warm and humid environmental conditions of tropical 
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rainforests. Because most of the biomass and nutrient 
content of tropical rainforests occurs in the biomass of 
living trees, and because their soils are usually highly 
infertile and extremely weathered, the fertility of this 
ecosystem is rapidly degraded after the forest is 
cleared. This is especially true if the site is converted 
to an agriculture land-use. 


An enormous number of species of plants, ani- 
mals, and microorganisms occurs in tropical rainfor- 
ests, and this type of ecosystem accounts for a much 
larger fraction of Earth’s biodiversity than any other 
category. Of the 1.7 million species that biologists have 
so far identified, about 35% occur in the tropics, 
although less than one-half of those are from tropical 
rainforests. However, this is likely a gross underesti- 
mate of the importance of tropical rainforests in this 
regard, because relatively few of the species of this 
ecosystem have been identified. Some biologists have 
estimated that as many as 30 to 50 million species 
could occur on Earth and that about 90% of them 
inhabit tropical ecosystems, the great majority of 
those in rainforests. Most of the undiscovered species 
are insects, especially beetles. However, tropical rain- 
forests also harbor large numbers of undiscovered 
species of other arthropods, as well as many new 
plants and microorganisms. Even new species of 
birds and mammals are being discovered in tropical 
rainforests, further highlighting the frontier nature of 
the biological and ecological explorations of that bio- 
diverse natural ecosystem. 


Tropical rainforests are enormously rich in species. 
For example, an area of 0.25 acre (0.1 ha) in a rain- 
forest in Ecuador had 365 species of vascular plants, 
while a 7.5 acre (3 ha) plot in Borneo had more than 
700 species of woody plants alone. Such rainforests 
typically have hundreds of species of full-sized trees. 
In comparison, temperate rainforests typically have no 
more than 10 to 12 species of trees, and often fewer. 
Tropical rainforests also typically support more than 
300 to 400 bird species, compared with fewer than 
about 40 in temperate forests. If we had access to 
accurate knowledge of the insect species of tropical 
rainforests, an even more enormous difference in spe- 
cies richness could be demonstrated, in comparison 
with temperate forests. The extraordinary biodiversity 
of tropical rainforests is probably the most critical, 
defining attribute of this ecosystem, and is a natural 
heritage that must be preserved for all time. 


Temperate rainforests 


Temperate rainforests are most commonly found 
on the windward side of coastal mountain ranges. In 
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KEY TERMS 


Biome—A geographically extensive ecosystem, usu- 
ally characterized by its dominant life forms. 


Climax community—The more or less stable, plant 
and animal community that culminates succession 
under a given set of conditions of climate, site, and 
biota. 

Community—In ecology, a community is an 
assemblage of populations of different species that 
occur together in the same place and at the same time. 
Competition—An interaction between organisms 
of the same or different species associated with 
their need for a shared resource that is present in a 
supply that is smaller than the potential, biological 
demand. 


such places warm, moisture-laden winds blowing from 
over the ocean are forced upward, where they cool, form 
clouds, and release their moisture as large quantities of 
rainfall. These forests have developed in high-rainfall, 
temperate regions along the west coasts of North and 
South America, New Zealand, and elsewhere. 


There are many variants of temperate rainforests. 
In northern California, coastal rainforest can be domi- 
nated by stands of redwood (Sequoia sempervirens) 
trees older than 1,000 years. More extensive old- 
growth rainforests elsewhere on the western coast of 
North America are dominated by other conifer spe- 
cies, especially Douglas fir (Pseudotsuga menziesii) 
and western hemlock (Tsuga heterophylla), along 
with sitka spruce (Picea sitchensis), red cedar (Thuja 
plicata), and fir (Abies concolor). Rainforests also 
occur in wet, frost-free, oceanic environments of the 
Southern Hemisphere, for example, in parts of New 
Zealand, where this ecosystem type is dominated by 
southern beech (Nothofagus spp.) and southern pines 
(Podocarpus spp.). 


Relatively few species have an obligate need for 
old-growth temperate rainforest as their habitat. In 
other words, most species that occur in old-growth 
temperate rainforests also occur in younger but 
mature forest of a similar tree-species composition. 
In the temperate rainforests of the Pacific coast of 
North America, the spotted owl (Strix occidentalis), 
marbled murrelet (Brachyramphus marmoratus), and 
some species of vascular plants, mosses, and lichens 
appear to require substantial areas of this ecosystem 
type as a major component of their habitat. However, 
the numbers of species dependent on temperate 
old-growth rainforests are very much smaller than in 
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Old growth—A late-successional forest, character- 
ized by great age, an unevenly-aged population 
structure, domination by long-lived species, and 
with a complex physical structure, including multi- 
ple layers in the canopy, large trees, and many large- 
dimension snags and dead logs. 


Selective cutting—A method of forest harvesting in 
which only trees of a desired species and size class 
are removed. This method leaves many trees stand- 
ing, and relies on natural regeneration to replace the 
harvested trees. 


Species richness—The number of species occurring 
ina community, a landscape, or some other defined 
area. 


tropical rainforests. With respect to biodiversity 
issues, the importance of temperate rainforests is sub- 
stantially associated with their intrinsic value as a 
natural type of ecosystem, and somewhat less so with 
the number of dependent species. 


Exploitation of rainforests 


Rainforests are a valuable natural resource, 
mostly because they contain large individual trees of 
commercially desirable species. These trees can be cut 
and manufactured into lumber, plywood, paper, and 
other valuable wood products. Tropical rainforests, 
for example, contain large trees of commercially 
important species of tropical hardwoods, such as 
African mahogany (Khaya and Entandrophragma 
spp.), American mahogany (Swietenia spp.), Asian 
mahogany (Shorea spp. and Parashorea spp.), balsa 
(Ochroma spp.), ebony (Diospyros spp.), rosewood 
(Dalbergia spp.), rubber (Hevea brasiliensis), and 
yang (Dipterocarpus spp.). Temperate rainforests are 
also extremely valuable, because their large trees can 
be cut and converted into economic products. 


Because they have little or no net production of tree 
biomass, it is common practice in industrial forestry to 
clear-cut old-growth rainforests and then convert them 
into more productive, secondary forests. Even though 
another forest regenerates on the harvested site, some- 
times dominated by the same tree species that occurred 
initially, this practice is an ecological conversion that 
results in a net loss of old-growth rainforest as a natural 
ecosystem. All ecological conversions have attendant 
risks for species that require the particular habitats of 
the original ecosystem. 
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In other cases, trees may be selectively harvested 
from old-growth rainforests so that the physical and 
ecological integrity of the forest is left more or less 
intact. This is especially true of temperate rainforests, 
which unlike tropical rainforests, do not have inter- 
locking webs of lianas in their overstory, so that the 
felling of one large tree can bring down or badly 
damage other trees in its vicinity. However, even selec- 
tive harvesting changes the character of old-growth 
rainforests, so that they are no longer in their natural 
condition. As such, the selectively harvested ecosystem 
would no longer provide habitat for many of the spe- 
cies that depend on the habitats available in the orig- 
inal, old growth rainforest. Nevertheless, selective 
harvesting results in a much less intensive ecological 
conversion than that associated with clear-cutting. 


Because old-growth rainforests are natural eco- 
systems, they are considered to have great intrinsic 
value, which is degraded when they are harvested or 
otherwise disturbed. The intrinsic value of rainforests 
is further enhanced by the enormous richness of spe- 
cies of plants, animals, and microorganisms that are 
dependent on this specific ecosystem, particularly in 
the tropics. Mostly because of the intrinsic biodiver- 
sity-related value of rainforests, it is critically impor- 
tant that not all of the world’s tracts of these natural 
ecosystems are converted to human uses. To prevent 
this terrible damage from occurring, extensive land- 
scapes of the world’s remaining rainforests, in both 
tropical and temperate regions, must be protected in 
ecological reserves and parks, where no more than 
traditional uses by humans are permitted. 


Resources 


BOOKS 

Campbell, N.A., and J.B. Reece. Biology. 7th ed. Upper 
Saddle River, New Jersey: Benjamin Cummings, 2004. 

Green, D.G., and Klomp, N. Complexity in Landscape 
Ecology. Berlin: Springer, 2006. 

Montagnini, F., and C.F. Jordan. Tropical Forest Ecology: 
The Basis for Conservation and Management. Berlin: 
Springer, 2005. 


Bill Freedman 


| Random 


The word random is used in mathematics much as 
it is in ordinary speech. A random number is one 
whose choice from a set of numbers is purely a matter 
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of chance. For example, a random walk is a sequence 
of steps whose direction after each step is a matter of 
chance; and a random variable (in statistics) is one 
whose size depends on events which take place as a 
matter of chance. French mathematician Blaise Pascal 
(1623-1662), French mathematician Pierre de Fermat 
(1601-1665), and Dutch mathematician Christiaan 
Huygens (1629-1695) are considered the first scientists 
to treat randomness mathematically. Probability 
theory developed from their work with random 
outcomes. 


Random numbers and other random entities play 
an important role in everyday life. People who fre- 
quent gambling casinos are relieved of their money 
by slot machines, dice games, roulette, blackjack 
games, and other forms of gambling in which the 
winner is determined by the fall of a card, by a ball 
landing in a wheel’ s numbered slot, and so on. Part of 
what makes gambling attractive is the randomness of 
the outcomes, outcomes which are usually beyond the 
control of the house or the player. 


Children playing tag determine who is ‘it’ by 
guessing which fist conceals the rock. Who does the 
dishes is determined by the toss of a coin. 


Medical researchers use random numbers to 
decide which subjects are to receive an experimental 
treatment and which are to receive a placebo. Quality 
control engineers test products at random as they 
come off the line. Demographers base conclusions 
about a whole population on the basis of a randomly 
chosen sample. Mathematicians use Monte Carlo 
methods, based on random samples, to solve problems 
which are too difficult to solve by ordinary means. 


For absolutely unbreakable ciphers, cryptogra- 
phers use pages of random numbers called one-time 
pads. 


Because numbers are easy to handle, many ran- 
domizations are effected by means of random num- 
bers. Video poker machines deal the cards by using 
randomly selected numbers from the set 1, 2, ..., 52, 
where each number stands for a particular card in the 
deck. Computer simulations of traffic patterns use 
random numbers to mark the arrival or non-arrival 
of an automobile at an intersection. 


A familiar use of random numbers is to be seen in 
the lotteries which many states run. In Delaware’s Play 
3 lottery, for example, the winning three-digit number 
is determined by three randomly selected numbered 
balls. The machine that selects them is designed so that 
the operator cannot favor one ball over another, and 
the balls themselves, being nearly identical in size and 
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weight, are equally likely to be near the release mech- 
anism when it is activated. 


Random numbers can be obtained in a variety of 
ways. They can be generated by physical means such 
as tossing coins, rolling dice, spinning roulette wheels, 
or releasing balls from a lottery machine. Such devices, 
however, must be designed, manufactured, and used 
with great care. An unbalanced coin can favor one 
side; and dice that are rolled rather than tumbled can 
favor the faces on which they roll. Furthermore, math- 
ematicians have shown that many sequences that 
appear random are not really random. 


One notorious case of faulty randomization 
occurred during the draft lottery of 1969. The numbers 
that were to indicate the order in which men would be 
drafted were written on slips and enclosed in capsules. 
These capsules were then mixed and drawn in 
sequence. They were not well mixed, however, and, 
as a consequence, the order in which men were drafted 
was scandalously lacking in randomness. 


An interesting source of random numbers is the 
last three digits of the handle at a particular track on a 
particular day. The handle, which is the total amount 
bet that day, is likely to be a very large number, per- 
haps over one million dollars. It is made up of thou- 
sands of individual bets in varying amounts. The first 
three digits of the handle are anything but random, but 
the last three digits, vary from 000 to 999 by almost 
pure chance. They, therefore, make a well-publicized, 
unbiased source of winning numbers for both those 
running and those playing illegal numbers games. 


Cards are poor generators of random numbers. 
They can be bent, trimmed, and marked. They can be 
dealt out of sequence. They can be poorly shuffled. 
Even when well shuffled, their arrangement is far from 
random. In fact, if a 52-card deck is given eight perfect 
shuffles, it can be returned to its original order. 


Even a good physical means of generating random 
numbers has severe limitations, possibly in terms of 
cost, and certainly in terms of speed. A researcher who 
needs thousands of randomly generated numbers 
would find it impractical to depend on a mechanical 
means of generating them. 


One alternative is to turn to a table of random 
digits, which can be found in books on statistics and 
elsewhere. To use such tables, one starts from some 
randomly chosen point in the table and reads the digits 
as they come. If, for example, one wanted random 
numbers in the range | to 52, and found 22693 
35089... in the table, the numbers would be 22, 69, 
33, 50, 89, .... The numbers 69 and 89 are out of the 
desired range and would be discarded. 
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KEY TERMS 


Chance—Occurring without human intention or 
predictable cause. 


Random—Occurring in no predictable pattern, by 
chance alone. 


Another alternative is to use a calculator or a 
computer. Even an inexpensive calculator will some- 
times have a key for calling up random numbers. 
Computer languages such as Pascal and BASIC 
include random number generators among the avail- 
able functions. 


The danger in using computer generated random 
numbers is that such numbers are not genuinely ran- 
dom. They are based on an algorithm that generates 
numbers in a very erratic sequence, but by computa- 
tion, not chance. 


For most purposes this does not matter. Slot 
machines, for example, succeed in making money for 
their owners in spite of any subtle bias or regularity 
they may show. There are times, however where com- 
puter-generated random numbers are really not ran- 
dom enough. 


Mathematicians have devised many tests for ran- 
domness. One is to count the frequency with which the 
individual digits occur, then the frequency with which 
pairs, triples, and other combinations occur. If the list 
is long enough, the law of large numbers says that each 
digit should occur with roughly the same frequency. 
So should each pair, each triple, each quadruple, and 
so on. Often, lists of numbers expected to be random 
fail such tests. 


One interesting list of numbers tested for random- 
ness is the digits in the decimal approximation for pi 
(approximately 3.14159), which has been computed to 
more than two and a quarter billion places. The digits 
are not random in the sense that they occur by chance, 
but they are in the sense that they pass the tests of 
randomness. In fact, the decimal approximation for pi 
has been described as the “most nearly perfect random 
sequence of digits ever discovered.” A failure to appre- 
ciate the true meaning of random can have significant 
consequences. This is particularly true for people who 
gamble. The gambler who plays hunches, who believes 
that past outcomes can influence forthcoming ones, 
who thinks that inanimate machines can distinguish a 
lucky person from an unlucky one is in danger of being 
quickly parted from his/her money. Gambling casinos 
win billions of dollars every year from people who 
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have faith that the next number in a random sequence 
can somehow be predicted. If the sequence is truly 
random, it cannot. 
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l Rangeland 


Rangeland is uncultivated land that is suitable for 
grazing and browsing animals, and is one of the major 
types of land in the world. (Other types are: forest, 
desert, farmland, pasture, and urban/industrial.) 
Rangelands are the principal source of forage for live- 
stock and they also provide habitat for a variety of 
native plants and animals. Rangelands are also used 
for recreation. Some plantspecies of rangelands are 
used in landscaping, and as sources of industrial chem- 
icals, pharmaceuticals, and charcoal. 


Generally, rangeland is not fertilized, seeded, 
irrigated, or harvested with machines. Rangelands dif- 
fer in this respect from pasturelands, which require 
periodic cultivation to maintain introduced (non- 
native) species of forage plants. Pasturelands may 
also need irrigation or fertilization, and they are usu- 
ally fenced. Rangelands were originally open natural 
spaces, but much of their area has now been fenced to 
accommodate livestock grazing. In addition, livestock 
grazing often utilizes rotation systems that require 
partitioning. 


Rangelands were distinguished at the turn of the 
century by their native vegetation. Today, however, 
many rangelands support stands of introduced forage 
species that do not require cultivation. 


Types of rangeland 


Rangelands support plant communities that are 
dominated by species of perennial grasses, grass-like 
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plants (or graminoids), forbs (non-graminoid, dicoty- 
ledonous plants), and shrubs. There are five basic 
types of rangelands worldwide: natural grassland, des- 
ert shrubland, savanna woodland, forest, and tundra. 
Grasslands do not have shrubs or trees growing on 
them. Desert shrublands are the most extensive and 
driest of the rangelands. Savanna woodlands are a 
transition between grasslands and forests, and contain 
herbaceous plants interspersed among scattered, low- 
growing shrubs and trees. Forests contain taller trees 
growing closer together than in savanna. Tundra areas 
are treeless, level plains in the Arctic or at high eleva- 
tions of mountains. 


North American rangelands consist of: (1) the 
prairie grasslands of the midwestern United States 
and Canada, as well as parts of California and the 
northwestern states; (2) cold desert rangeland in the 
Great Basin of the United States, and hot desert 
(Mojave, Sonoran, and Chihuahuan) of the south- 
western United States and northern Mexico; (3) open 
woodlands from Washington state to Chiuhuahua, 
Mexico, and in the Rocky and Sierra-Cascade 
Mountains; (4) forests (western and northern conifer- 
ous, southern pine, and eastern deciduous); and 
(5) alpine tundra (mostly in Alaska, Colorado, and 
western Canada) and arctic tundra (in Alaska and 
northern Canada). 


There are more than 283 million hectares of nat- 
ural range ecosystems in the United States. However, 
much of the United States prairie grasslands have been 
converted to agricultural land-use. In addition, exces- 
sive grazing and fire suppression have allowed the 
invasion of prairie by species of woody plants, such 
as mesquite, in some regions. 


Range management 


The first principles of scientific range manage- 
ment were established by research in North America 
during the 1890s, and by grazing system experiments 
in the early 1900s. Variations of many of these practi- 
ces, such as grazing rotations, had been used by pas- 
toral herders in Asia and Africa for centuries. 


Grasses of the semi-arid plains provide an excel- 
lent winter forage for livestock. Unlike their eastern 
counterparts, which tend to fall to the ground in win- 
ter and rot, prairie grasses cure while standing and do 
not have to be harvested, baled, or stored for winter 
use. However, if they are grazed intensively through- 
out the summer and autumn, prairie grasses cannot 
produce an adequate crop of winter forage. 


Good rangeland management recognizes that per- 
ennial grasses must have sufficient time for their 
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KEY TERMS 


Climax community—A community of plants and 
animals that persists in the presence of stable, 
ambient conditions, particularly climate. 


Forage—Vegetation that is suitable for grazing 
animals. 


Forb—A perennial, herbaceous, broad-leafed (or 
dicotyledonous) plant. 


Grassland—A type of rangeland that is usually free 
of shrubs and trees. Grasslands most commonly 
occur on flat, inland areas at lower elevations. 


Pasture—Rangeland that is dominated by intro- 
duced species of forage plants, and that requires 
periodic cultivation for maintenance. 


above-ground biomass to regenerate after grazing; 
otherwise the plants become overgrazed, and may 
not survive. A healthy population of native grasses 
helps to prevent invasion by non-native plants, some 
of which are unpalatable or even poisonous to live- 
stock. Severe overgrazing removes too many plants of 
all types from an area, causing a loss of soil moisture 
and fertility, and increasing erosion. Range managers 
have learned that for the long-term health of range- 
lands, they cannot overstock or overgraze them with 
cattle or other livestock. In spite of this knowledge, 
excessive use of rangelands remains an important 
problem in most parts of the world, including North 
America. 
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i Raptors 


Raptors, or birds of prey, are birds having the 
following three distinctive characteristics: strong 
grasping feet equipped with sharp talons, a hooked 
upper beak, and keen vision. Raptors are called birds 
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of prey because these features allow them to be pred- 
ators that hunt for their food. Many raptors are, in 
fact, predators. Some raptors actually hunt for and 
consume other birds. Other members of the group, 
however, eat only dead animals, called carrion. 
Raptors consist of two taxonomic orders of birds. 
The order Falconiformes comprises falcons, hawks, 
eagles, vultures, condors, and related birds of prey. 
Falconiformes birds are diurnal (daytime) predators. 
The order Strigiformes is composed of owls. Owls are 
also birds of prey. They are, however, nocturnal pred- 
ators that are adapted to hunt primarily at night. 
Spectacular hunters, raptors are admired for their 
majestic strength. For example, eagles have often 
been used to symbolize dignity and magnificence on 
family coats of arms and national flags. The 
bald eagle, for example, is a national symbol for the 
United States, representing both strength and free- 
dom. Despite such respect, several species of raptors 
have in the past been hunted to near extinction. 
Compounding their decline was the widespread use 
of organic pesticides that poisoned raptor habitats. 
Fortunately, conservation efforts have been successful 
in rebuilding some threatened populations. 


Raptor biology 


All birds are vertebrates and belong to the scien- 
tific class Aves. By definition, birds possess feathers, 
wings, beaks, and scales on their legs and feet. 
Members of the class Aves are also warm-blooded, 
air-breathing and lay terrestrial eggs. There are two 
orders of raptors under the larger class of Aves: 
Falconiformes and Strigiformes. Birds of prey belong- 
ing to the order Falconiformes have strong bills that 
are hooked at the tip and sharp on the edges. This 
functions to cut and tear flesh from prey animals. 
Also, Falconiform raptors have feet with sharp, 
curved talons, opposable hind toes, and very sharp 
vision. They are generally strong flyers and carnivores. 


Worldwide, there are approximately 286 species 
in the order Falconiformes. The members are distrib- 
uted among five taxonomic families. The family 
Sagittariidae has one species, the secretary bird 
(Sagittarius serpentarius). Secretary birds, with 
lengthy limbs and short toes, resemble cranes but are 
in fact raptors. The family Pandionidae also has only 
one species, the osprey (Pandion haliaetus). Ospreys 
are fish-eating raptors that have unique foot struc- 
tures. An adaptive characteristic for catching fish, 
one front toe of the osprey can swivel backward to 
join the back toe. Accipitridae is the largest family 
containing 217 species. Bald eagles (Haliaeetus leuco- 
cephalus), red-tailed hawks (Buteo jamaicensis), 
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buzzards, and some vultures belong to this family. 
Vultures are large black raptors with very long 
wings. A stereotypical behavior of vultures is high, 
circular soaring in groups. Their large wingspans are 
adaptive for soaring, which takes advantage of ther- 
mal air currents. Their diet consists mostly of carrion, 
which they spot or smell from the air. 


The family Cathartidae, the New World vultures, 
includes the turkey vulture (Cathartes aura) of North 
America. Members of this family of raptors feed pri- 
marily on carrion. Their largely unfeathered heads 
attached to long necks allows these birds to immerse 
their entire head inside of the bodies of dead animals 
while feeding. A characteristic that distinguishes them 
from Old World vultures is the presence of a perfo- 
rated nostril, which creates a large hole in their beaks 
thought to facilitate their sense of smell. 


The family Falconidae contains falcons. Falcons 
are a particular group of hawks belonging to the same 
genus. They are made distinct by their large dark eyes 
and notched beak. Typically, falcons have long 
pointed wings and tails. Unlike other hawks, however, 
they do not build nests from sticks. Rather, falcons 
carve spots on cliffs or nest in natural depressions. 
Falcons are famous for their acrobatic flight, and are 
sometimes kept by falconers as pets. Two well-known 
falcons of the United States are the American kestrel 
and the peregrine falcon. 


The phylogenetic order Strigiformes consists of 
owls. Owls are nocturnal predators with powerful 
beaks and feet, talons, large eyes capable of enhanced 
night vision, extremely sensitive hearing, and special 
feathers that create noiseless flight. The silent flight 
that owls exhibit allows them to stealthily catch prey 
without startling them, preventing escape. Although 
hawks and owls belong to separate orders, they share 
the common trait of being predatory and catching 
food with their feet. Some owls have tufts on the tops 
of their head, often called horns or ears, as in great 
honed owls. In reality, these tufts are feathers. Owl 
ears are located underneath feathers on the sides of 
their heads and are not visible. Tufts likely serve 
behavioral signals to other owls, or as camouflage. 
Like hawks, owls can be found living in the same 
areas year-round. There are approximately 135 owl 
species worldwide. 


Raptors display a wide range of sizes. One of the 
smallest birds of prey is the pygmy falcon (Polihierax 
semitorquatus) which lives in Africa. This species 
weights only about 60 g (2.1 oz.) and has a wingspan 
of about | ft (0.3 m). The smallest North American 
raptor is the American kestrel. American kestrels 
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weigh about 4 oz (120 g). and have a wingspan of 
about | ft (0.2 m). The largest diurnal bird of prey is 
the Andean condor, which can weigh up to 31 Ib (14 
kg) and has a wingspan of up to 9 ft (3 m). The largest 
raptor in North America is the California condor, 
having an average wingspan of up to 9 ft (3 m). 


Some species of raptors display sexual dimor- 
phism. Species of animals showing sexual dimorphism 
have males and females that possess distinctly differ- 
ent physical characteristics. For example, some raptor 
species have females that are much larger in size than 
males. Others vary in coloration between males and 
females. Most birds of prey that are diurnal have 
feather color patterns that are earth tones: brown, 
black, gray, white. However, feather patterns them- 
selves may be distinct, as in the bald eagle or peregrine 
falcon. In contrast, the skin of the heads and necks of 
some vultures and buzzards can be very boldly colored 
in red or orange. The shape of raptor wings can foretell 
its foraging behavior. Most hawks and eagles have 
wide, rounded wing margins that function in soaring 
upon air currents. Wide wings do not provide great 
speed compared to other wing shapes. Instead, hawks 
rely on surprise to catch prey. A few hawks, however, 
have short wings for bursts of speed and maneuvering 
in wooded areas. Falcons, in contrast, have sharp 
angular wings that allow these raptors to fast chase 
and make steep dives to catch their prey. 


Raptor beaks are very strong. Beaks are composed 
of bone covered with plates of keratin, the tough pro- 
tein found in human fingernails. Raptor beaks are 
sharply hooked at the tip and are sharp along their 
edges. Some species have beaks that reflect their feeding 
habits. For example, falcons have notched beaks that 
are used to break prey vertebrae. An equally important 
characteristic of raptors is their excellent vision. Vision 
is the most important raptor sense in hunting. When 
compared to many other vertebrates, raptor eyes are 
much larger. Their size allows for sharper images and 
greater sensitivity to light and color. Like humans, 
raptors have binocular vision. That is, they use both 
eyes to perceive images. It is estimated that raptors can 
see up to three times better than human beings. 


Diurnal birds of prey can be found in almost any 
habitat, including such inhospitable biomes as deserts 
and tundra. Representatives of the Falconidae, 
Accipitridae, and Pandionidae are found on every 
continent except Antarctica. Other species have very 
localized distributions. For example, the secretary bird 
is restricted to sub-Saharan Africa only. New World 
vultures exist only in the Western Hemisphere, while 
Old World vultures are found exclusively in the 
Eastern Hemisphere. 
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KEY TERMS 


Carrion—A dead animal carcass, left over from the 
kill of a predator or dying from natural causes. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Falconiformes—The taxonomic order of birds that 
includes eagles, hawks, vultures, falcons, buz- 
zards, and condors. All members of this group are 
raptors. 


Nocturnal—Animal foraging or hunting activity 
exclusively at night. 


Raptor—A bird of prey. Raptors have feet adaptive 
for seizing, and a beak designed for tearing. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


Strigiformes—The taxonomic order of birds com- 
prised of owls. Owls are nocturnal raptors, or birds 
of prey. 

Talon—The extremely sharp, keratinous extensions 
at the end of raptor claws that function in prey 
capture and defense. 


Raptor conservation 


Raptors have been greatly affected by human 
activity. Certain birds of prey have become threatened 
or endangered as the result of hunting, pollution, and 
habitat destruction. As many as 18 raptor species have 
been labeled as endangered or threatened in the 
United States. However, efforts to restrict hunting, 
create and protect preserves and wildlife refuges, 
decreased pollution, and captive breeding and rehabil- 
itation efforts have helped some raptor populations to 
survive and regain their numbers. In the 1940s, heavy 
use of the pesticide DDT caused a drastic decline in 
bald eagle populations. By 1974, it was estimated that 
only 700 breeding pairs of bald eagle remained. After 
DDT was banned, numbers of bald eagles rose. 
Similarly, when the use of another potent pesticide 
was banned, numbers rose. During the same period, 
legislation was passed that prohibited poaching of 
bald eagles and disturbance of their nests. As a result, 
there are believed to be more than four thousand 
breeding pairs of bald eagles in the lower 48 states 
alone. However, given this success, several species, 
such as the California condor, remain endangered. 
One such example is. At one period, there were thou- 
sands of California condors. By 1939, however, the 
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number of condors fell to less than 100. By 1982, fewer 
than 25 remained in the wild. Their decline was attrib- 
uted to habitat loss, organic pesticide poisoning, and 
electrocution on high voltage wires. Due to their slow 
reproductive rate, these problems were compounded. 
Conservationists feared the extinction of the species 
and organized a huge effort to breed more California 
condors before they were lost. Because of captive 
breeding programs, over 100 California condors live, 
and some have been released back into the wild where 
it is hoped they will survive to reproduce on their own. 
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Rare earth element see Lanthanides 


l Rare gases 


The rare gases, also known as the noble gases or 
the inert gases, are a group of six gaseous elements 
found in small amounts in the atmosphere: helium 
(He), neon (Ne), argon (Ar), krypton (Kr), xenon 
(Xe), and radon (Rn). Collectively they make up 
about one percent of Earth’s atmosphere. They were 
discovered by scientists near the end of the nineteenth 
century, and because they were so unreactive were 
initially called the inert gases. Although rare gases is 
used often to describe these elements, they are only 
rare in abundance relative to other gases found in the 
atmosphere of Earth. 


Discovery and isolation 


Helium was the first of the rare gases to be dis- 
covered. In fact, its discovery is unique among the 
elements since it is the only element to be first identi- 
fied in another part of the solar system before being 
discovered on the Earth. In 1868, Pierre Janssen 
(1824-1907), a French astronomer, was observing a 
total solar eclipse from India. Janssen used an instru- 
ment called a spectroscope to analyze the sunlight. The 
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spectroscope broke the sunlight into lines which were 
characteristic of the elements emitting the light. He 
saw a previously unobserved line in the solar spec- 
trum, which indicated the presence of a new element 
that Janssen named helium after the Greek word 
helios, meaning sun. A quarter of a century later, 
Scottish chemist and physicist William Ramsay 
(1852-1916) studied gases emitted from radioactive 
uranium ores. With help from two British experts 
on spectroscopy, William Crooks (1832-1919) and 
Norman Lockyer (1836-1920), the presence of helium 
in Earth-bound minerals was confirmed. Shortly 
thereafter, helium was also detected as a minor com- 
ponent in Earth’s atmosphere. 


The discovery of the remaining rare gases is cred- 
ited to two men, Ramsay and Lord Rayleigh (1842— 
1919). Beginning in 1893, Rayleigh observed discrep- 
ancies in the density of nitrogen obtained from different 
sources. Nitrogen obtained from the air (after removal 
of oxygen, carbon dioxide, and water vapor) always 
had a slightly higher density than when prepared from 
a chemical reaction (such as heating certain nitrogen- 
containing compounds). Ramsay eventually concluded 
that the nitrogen obtained from chemical reactions was 
pure, but nitrogen extracted from the air contained 
small amounts of an unknown gas which accounted 
for the density discrepancy. Eventually it was realized 
that there were several new gases in the air. The method 
used to isolate these new gaseous elements involved 
liquefying air (by subjecting it to high pressure and 
low temperature) and allowing the various gases to 
boil off at different temperatures. The names given to 
the new elements were derived from Greek words that 
reflected the difficultly in isolating them: Ne, neos 
(new); Ar, argos (inactive); Kr, kryptos (hidden); Xe, 
xenon (stranger). Radon, which is radioactive, was first 
detected as a gas released from radium and, subse- 
quently, identified in air. Ramsay and Rayleigh 
received Nobel Prizes in 1904 for their scientific contri- 
butions in discovering and characterizing the rare gases. 


Properties 


The rare gases form group 18 of the periodic table 
of elements. This is the vertical column of elements on 
the extreme right of the periodic table. As with other 
groups of elements, the placement of all the rare gases 
in the same group reflects their similar properties. The 
rare gases are all colorless, odorless, and tasteless. 
They are also monatomic gases which means that 
they exist as individual atoms. 


The most noticeable feature of the rare gases is 
their lack of chemical reactivity. Helium, neon, and 
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argon do not combine with any other atoms to form 
compounds, and it has been only in the last few deca- 
des that compounds of the other rare gases have been 
prepared. In 1962, English-born American chemist 
Neil Bartlett (1932—), then at the University of 
British Columbia, succeeded in the historic prepara- 
tion of the first compound of xenon. Since then, many 
xenon compounds containing mostly fluorine or oxy- 
gen atoms have also been prepared. Krypton and 
radon have also been combined with fluorine to form 
simple compounds. Because some rare gas compounds 
have powerful oxidizing properties (they can remove 
electrons from other substances) they have been used 
to synthesize other compounds. 


The low reactivity of the rare gases is due to the 
arrangement of electrons in the rare gas atoms. The 
configuration of electrons in these elements makes 
them very stable and therefore unreactive. The reac- 
tivity of any element is due, in part, to how easily 
it gains or loses electrons, which is necessary for an 
atom to react with other atoms. The rare gases do not 
readily do either. Prior to Bartlett’s preparation of the 
first xenon compound, the rare gases were widely 
referred to as the inert gases. Because the rare gases 
are sO unreactive, they are harmless to living organ- 
isms. Radon, however, is hazardous because it is 
radioactive. 


Abundance and production 


Most of the rare gases have been detected in small 
amounts in Earth minerals and in meteorites, but are 
found in greater abundance in Earth’s atmosphere. 
They are thought to have been released into the atmos- 
phere long ago as by-products of the decay of radio- 
active elements in Earth’s crust. Of all the rare gases, 
argon is present in the greatest amount, about 0.9% by 
volume. This means there are 0.2 gal (0.9 1) of argon in 
every 26.4 gal (100 1) of air. By contrast, there are 20 gal 
(78 1) of nitrogen and 5.5 gal (21 1) of oxygen gas in 
every 26.4 gal (100 1) of air. The other rare gases are 
present in such small amounts that it is usually more 
convenient to express their concentrations in terms 
of parts per million (ppm). The concentrations of 
neon, helium, krypton, and xenon are, respectively, 
18, 5, 1, and 0.09 ppm. For example, there are only 
1.32 gal (1.5 1) of helium in every million liters of air. By 
contrast, helium is much more abundant in the Sun and 
stars and consequently, next to hydrogen, is the most 
abundant element in the universe. Radon is present in 
the atmosphere in only trace amounts. However, 
higher levels of radon have been measured in homes 
around the United States. Radon can be released from 
soils containing high concentrations of uranium, and 
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can be trapped in homes that have been weather sealed 
to make heating and cooling systems more efficient. 
Radon testing kits are commercially available for test- 
ing the radon content of household air. 


Most of the rare gases are commercially obtained 
from liquid air. As the temperature of liquid air is 
raised, the rare gases boil off from the mixture at 
specific temperatures and can be separated and puri- 
fied. Although present in air, helium is commercially 
obtained from natural gas wells where it occurs in 
concentrations of between | to 7 percent of the natural 
gas. Most of the world’s helium supplies come from 
wells located in Texas, Oklahoma, and Kansas. Radon 
is isolated as a product of the radioactive decay of 
radium compounds. 


Uses 


The properties of each rare gas dictate its specific 
commercial applications. Because they are the most 
abundant, and therefore the least expensive to pro- 
duce, helium and argon find the most commercial 
applications. Helium’s low density and inertness 
make it ideal for use in lighter-than-air craft, such as 
balloons and blimps. Although helium has nearly 
twice the density of hydrogen, it has about 98% of 
hydrogen’s lifting power. A little over 324.7 gal (1,230 1) 
of helium lifts 2.2 Ib (1 kg). Helium is also nonflam- 
mable and therefore considerably safer than hydro- 
gen, which was once widely used in gas-filled aircraft. 
Liquid helium has the lowest boiling point of any 
known substance (about -452°F; -269°C) and there- 
fore has many low-temperature applications in 
research and industry. Divers breathe an artificial oxy- 
gen-helium mixture to prevent gas bubbles forming in 
the blood as they swim to the surface from great 
depths. Other uses for helium have been in supersonic 
wind tunnels, as a protective gas in growing silicon and 
germanium crystals and, together with neon, to make 
gas lasers. 


Neon is well known for its use in neon signs. Glass 
tubes of any shape can be filled with neon and when an 
electrical charge is passed through the tube, an orange- 
red glow is emitted. By contrast, ordinary incandes- 
cent light bulbs are filled with argon. Because argon is 
so inert, it does not react with the hot metal filament 
and prolongs the bulb’s life. Argon is also used to 
provide an inert atmosphere in welding and high-tem- 
perature metallurgical processes. By surrounding hot 
metals with inert argon, the metals are protected from 
potential oxidation by oxygen in the air. Krypton 
and xenon also find commercial lighting applications. 
Krypton can be used in incandescent light bulbs and 
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KEY TERMS 


Density—The amount of mass of a substance per 
unit volume. A less dense substance floats in amore 
dense substance; helium will rise in air. 


Oxidation—A type of chemical reaction occurring 
whenever electrons are removed from a substance. 


Periodic table—A chart listing all the known ele- 
ments. It is arranged so that elements with similar 
properties fall into one of eighteen groups. The rare 
gases are found in group 18. In older versions of the 
periodic table, this group is numbered 0, or VIII A. 


Spectroscope—A device that breaks light from hot 
atoms into a spectrum of individual wavelengths. 
Each element has its own spectrum and can there- 
fore be identified with this instrument. 


in fluorescent lamps. Both are also employed in 
flashing stroboscopic lights that outline commercial 
airport runways. Because they emit a brilliant white 
light when electrified, they are also used in photo- 
graphic flash equipment. Due to the radioactive 
nature of radon, it has found medical applications in 
radiotherapy. 
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[ Rare genotype advantage 


The rare genotype advantage hypothesis, an evo- 
lutionary proposal, asserts that genotypes (the set of 
genes (alleles) carried by an organism) that have been 
rare in the recent past should have particular advan- 
tages over common genotypes under certain new and 
challenging environmental conditions. 
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Rare genotype advantage can be best illustrated 
by a host-parasite interaction. Successful parasites are 
those carrying genotypes that allow them to infect the 
most common host genotype in a population. Thus, 
hosts with rare genotypes, those that do not allow for 
infection by the pathogen, have an advantage because 
they are less likely to become infected by the common- 
host pathogen genotypes. This advantage is often tem- 
porary (transient) and lasts for only a few generations 
as the once rare genotype increases in the population 
along with the numbers of pathogens that infect the 
initially rare host genotype. The pattern then repeats. 


The rare genotype advantage hypothesis is similar 
to the so-called Red Queen hypothesis first suggested 
in 1982 by evolutionary biologist Graham Bell (1949-) 
(so named after the Red Queen’s remark to Alice in 
Lewis Carroll’s Through the Looking Glass: “Now 
here, you see, you have to run as fast as you can to 
stay in the same place.”). In other words, genetic var- 
iation represents an opportunity for hosts to produce 
offspring to which pathogens are not adapted. Then, 
sex, mutation, and genetic recombination provide a 
moving target for the evolution of virulence by patho- 
gens. Thus, hosts continually change to stay one step 
ahead of their pathogens. 


Bell’s hypothesis and subsequent mathematical 
and experimental refinements now allow scientists to 
better identify and characterize rare genotypes. By 
2002, the rare genotype advantage hypothesis and 
other theories of variation and diversity became essen- 
tial to concepts involving a Darwinism of disease (a 
developing hypothesis that explains many facets of the 
disease process in evolutionary terms). The basis of 
rare genotype advantage is Darwin’s theory of evolu- 
tion (Darwinism). It states that organisms better 
suited to their environments will survive over organ- 
isms that are less suited to such environments. 


Another example of rare genotype advantage 
can be observed in the increasing use of antibiotics 
on bacterial populations. Bacterial genomes harbor 
genes giving resistance to particular antibiotics. 
Bacterial populations tend to maintain a high level of 
variation of these genes, even when they seem to offer 
no particular advantage. The variation becomes crit- 
ical, however, when the bacteria are first exposed to an 
antibiotic. Under those conditions, the high amount of 
variation increases the likelihood that there will be one 
rare genotype that will confer resistance to the new 
antibiotic. That rare genotype then offers a great 
advantage to those individuals. As a result, the bac- 
teria with the rare genotype will survive and repro- 
duce, and their genotype will become more common 
and, perhaps, ultimately the most common genotype. 
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Raspberry see Rose family (Rosaceae) 


fl Rate 


A rate is a comparison of the change in one quan- 
tity, such as distance, temperature, weight, or time, to 
the change in a second quantity of this type. The 
comparison is often shown as a formula, a ratio, or a 
fraction, dividing the change in the first quantity by 
the change in the second quantity. When the changes 
being compared occur over a measurable period of 
time, their ratio determines an average rate of change. 
When the changes being compared both occur instan- 
taneously, the rate is instantaneous. 


One common and very important type of rate is 
the time rate of change. This type of rate compares the 
change in one quantity to a simultaneous change in 
time. Common examples of time rates of change are: 
birth rates, rates of speed, acceleration, pay, and inter- 
est rates. In each case, the rate is determined by divid- 
ing the change in a measured quantity (population, 
location, speed, and earnings, etc.) by the length of a 
corresponding elapsed time. For instance, distance 
traveled (change in location) compared to the length 
of time traveled (change in time) is rate of speed. 


In all cases, a rate is specified by two units, one for 
each of the quantities being compared. For example, 
speed cannot be expressed in units of distance alone, 
such as miles or kilometers. It is necessary to say how 
many units of distance are traveled in a specific period 
of time, such as miles per hour or kilometers per 
second. So the units of a rate are also a ratio—a ratio 
of the units used to measure the two changes being 
compared. 


l Ratio 


The ratio of a to b is a way to convey the idea of 
relative magnitude of two amounts. Thus if the num- 
ber ais always twice the number 4, we can say that the 
ratio of a to b is “2 to 1.” This ratio is sometimes 
written 2:1. Today, however, it is more common to 
write a ratio as a fraction, in this case 2/1. 
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At one time, ratios were in common use in solving 
problems and the terms “antecedent” for the numer- 
ator a and “consequent” for the denominator b were 
used. Today most problems concerning ratios are 
solved by treating ratios as fractions. 


| Rational number 


A rational number is one that can be expressed as 
the ratio of two integers such as 3/4 (the ration of 3 to 
4) or —5:10 (the ration of —5 to 10). Among the infin- 
itely many rational numbers are 1.345, 1g 0, —75, 
25, 0.125, and 1. These numbers are rational 
because they can be expressed as 1345:1000, 15:8, 
0:1, -75:1, 5:1, 1:2, and 1:1 respectively. The numbers 
n, V2, i, and V5 are not rational because none of them 
can be written as the ratio of two integers. Any integer, 
any common fraction, any mixed number, any finite 
decimal, or any repeating decimal is rational. A 
rational number that is the ratio of a to b is usually 
written as the fraction a/b. 


Rational numbers are needed because there are 
many quantities or measures that integers alone will 
not adequately describe. Measurement of quantities, 
whether length, mass, time, or other, is the most com- 
mon use of rational numbers. Rational numbers are 
needed, for example, if a farmer produces and wants to 
sell part of a bushel of wheat or a workman needs part 
of a pound of copper. All computation in digital com- 
puters is done using rational numbers. 


The reason that rational numbers have this flexi- 
bility is that they are two-part numbers with one part 
available for designating the size of the increments and 
the other for counting them. When a rational number 
is written as a fraction, these two parts are clearly 
apparent, and are given the names “denominator 
“and “numerator“ which specify these roles. In 
rational numbers such as 7 or 1.02, the second part is 
missing or obscure, but it is readily supplied or 
brought to light. As an integer, 7 needs no second 
part; as a rational number it does, and the second 
part is supplied by the obvious relationship 7 — 7/1. 
In the case of 1.02, it is the decimal point which desig- 
nates the second part, in this case 100. Because the 
only information the decimal point has to offer is its 
position, the numbers it can designate are limited to 
powers of 10: 1, 10, 100, etc. For that reason, there are 
many rational numbers which decimal fractions can- 
not represent, 1/3 for example. 
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Rational numbers have two kinds of arithmetic, 
the arithmetic of decimals and the arithmetic of com- 
mon fractions. The arithmetic of decimals is built with 
the arithmetic of integers and the rules for locating the 
decimal point. In multiplying 1.92 by 0.57, integral 
arithmetic yields 10944, and the decimal point rules 
convert it to 1.0944. 


Common fraction arithmetic is considerably more 
complex and is governed by the familiar rules 


ac/bc = a/b 

a/b + c/d = (ad + be)/bd 

alb — cld = (ad — bo)/bd 
(a/b)(c/d) = ac/bd 

(a/b) + (c/d) = (a/b)(d/c) 

a/b = C/d if and only if ad = be 


If one looks closely at these rules, one sees that 
each rule converts rational-number arithmetic into 
integer arithmetic. None of the rules, however, ties 
the value of a rational number to the value of the 
integers that make it up. For this the rule (a/b)b = a, 
b F 0 is needed. It says, for example, that two 1/2s 
make 1, or twenty 3/20s make 3. 


The rule would also say that zero 5/0s make 5, if 
zero were not excluded as a denominator. It is to avoid 
such absurdities that zero denominators are ruled out. 


Between any two rational numbers there is 
another rational number. For instance, between 1/3 
and 1/2 is the number 5/12. Between 5/12 and 1/2 is the 
number 11/24, and so on. If one plots the rational 
numbers on a number line, there are no gaps; they 
appear to fill it up. 


But they do not. In the fifth century BC followers 
of the Greek mathematician Pythagoras discovered 
that the diagonal of a square one unit on a side was 
irrational, that no segment, no matter how small, 
which measured the side would also measure the diag- 
onal. So, no matter how many rational points are 
plotted on a number line, none of them will ever land 
on V2, or on any of the countless other irrational 
numbers. 


Irrational numbers show up in a variety of for- 
mulas. The circumference of a circle is m times its 
diameter. The longer leg of a 30°-60°-90° triangle is 
V3 times its shorter leg. If one needs to compute the 
exact length of either of these, the task is hopeless. If 
one uses a number which is close to x or close to V3, 
one can obtain a length which is also close. Such a 
number would have to be rational, however, because it 
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Rationalization 


KEY TERMS 


Irrational number—A number that can be repre- 
sented by a point on the number line but which is 
not rational. 


Rational number—A number that can be expressed 
as the ratio of two integers. 


is with rational numbers only that we have computa- 
tional procedures. For m one can use 22/7, 3.14, 
3.14159, or an even closer approximation. 


More than 4,000 years ago the Babylonians coped 
with the need for numbers that would measure frac- 
tional or continuously variable quantities. They did 
this by extending their system for representing natural 
numbers, which was already in place. Theirs was a 
base-60 system, and the extension they made was sim- 
ilar to the one we currently use with our decimal 
system. Numbers to the left of what would be a “‘sex- 
agesimal point” had place value and represented suc- 
cessive units, 60s, 3600s, and so on. Numbers smaller 
than 1 were placed to the right of the imaginary sex- 
agesimal point and represented 60ths, 3600ths, and so 
on. Their system had two deficiencies that make it 
hard for contemporary archaeologists to interpret 
what they wrote (and probably made it hard for the 
Babylonians themselves). They had no zero to act asa 
place holder and they had no symbol to act as a 
sexagesimal point. All this had to be figured out 
from the context in which the number was used. 
Nevertheless, they had an approximation for V2 
which was correct to four decimal places, and approx- 
imations for other irrational numbers as well. In fact, 
their system was so good that vestiges of it are to be 
seen today. We still break hours down sexagesimally, 
and the degree measure of angles as well. 


The Egyptians, who lived in a later period, also 
found a way to represent fractional values. Theirs 
was not a place-value system, so the Babylonian 
method did not suggest itself. Instead they created 
unit fractions. They did not do it with a ratio, such 
as 1/4, however. Their symbolism was analogous to 
writing the unit fraction as 4 ' or 7 |. For that reason, 
what we would write as 2/5 had to be written as a sum 
of unit fractions, typically 3'' + 15-'. Clearly their 
system was much more awkward than that of the 
Babylonians. 


The study of rational numbers really flowered 
under the Greeks. Pythagoras, Eudoxus, Euclid, and 
many others worked extensively with ratios. Their 
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work was limited, however, by the fact that it was 
almost entirely geometric. Numbers were represented 
by line segments; ratios by pairs of segments. The 
Greek astronomer Ptolemy, who lived in the second 
century, found it better to turn to the sexagesimal 
system of the Babylonians (but not their clumsy cunei- 
form characters) in making his extensive astronomical 
calculations. 
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I Rationalization 


Rationalization is a process of converting an irra- 
tional number into a rational number, which is one 
which can be expressed as the ratio of two integers. 
The numbers 1.003, -11/3, and 22/7 are all rational 
numbers. Irrational numbers are those that cannot be 
so expressed. The ratio pi, the square root of 5, and the 
cube root of 4 are all irrational numbers. 


Rationalization is a process applied most often to 
the denominators of fractions, such as 5/(1 + +2). 
There are two reasons for this. If someone wanted to 
compute a rational approximation for such an expres- 
sion, doing so would entail dividing by a many-place 
decimal, in this case 2.41421... With a calculator it 
would be easy to do, but if it must be done without a 
calculator, the process is long, tedious, and subject to 
errors. If the denominator were rationalized, however, 
the calculations would be far shorter. 


The second and mathematically more important 
reason for rationalizing a denominator has to do with 
“fields,” which are sets of numbers which are closed 
with respect to addition, subtraction, multiplication, 
and division. If one is working with the field of 
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rational numbers and if one introduces a single irra- 
tional square root into the field, forming all possible 
sums, differences, products, and quotients, what hap- 
pens? Are the resulting numbers made more complex 
in an unlimited sort of way, or does the complexity 
reach a particular level and stop? 


The answer with respect to sums, differences, and 
products is simple. If the irrational square root which 
is introduced happens to be V2, then any possible 
sum, difference, or product can be put into the form 
p + q V2, where p and q are rational. The cube of 
1+ asd, for example, can be reduced to 7 + 5 J/2. 


To check quotients, one can first put the numer- 
ator and denominator in the form p + q V2 (thinking 
of a quotient as a fraction). Then one rationalizes the 
denominator. This will result in a fraction whose 
numerator is in the form p + q /2, and whose denom- 
inator is a simple rational number. This can in turn be 
used with the distributive law to put the entire quotient 
into the form p + q v2. 


How does one rationalize a denominator? The 
procedure relies on the algebraic identity (x + y) 
(x - y) = x°- y’, which converts two linear expressions 
into an expression having no linear terms. If x or y 
happens to be a square root, the radical will disappear. 


Using this identity can be illustrated with the 
example given earlier: 


The procedure is not limited to expressions 
involving VJ2. 


5 5 1+V2 
1+V¥V2 = 14V2 *% 14+V2 
_5-5V2 
1-2 
=-5+5V2 


If any irrational square root, V7, V80, or /n is 
introduced into the field of rational numbers, expres- 
sions involving it can be put into the form p + q Nn. 
Then quotients involving such a form as a divisor can 
be computed by multiplying numerator and denomi- 
nator by p - q /n, which will turn the denominator 
into p’ - nq’, a rational number. From there, ordinary 
arithmetic will finish the job. 


Fields can be extended by introducing more than 
one irrational square root, or by introducing roots 
other than square roots, but everything becomes 
more complicated. 


One analogous extension that is of great mathe- 
matical and practical importance is the extension of 
the field of real numbers to include Y—1 or i. A 
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process similar to the one used to rationalize denom- 
inators is used to convert a denominator from a com- 
plex number involving i into a real number. 
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Ratites see Flightless birds 


| Rats 


Rats are members of the order Rodentia, which 
also includes beavers, mice, hamsters, and porcupines. 
Two major subfamilies of rats and mice are recognized 
within the family Muridae: the Sigmodontinae; the New 
World rats and mice, comprising about 370 species in 71 
genera, and the Murinae, the Old World rats and mice, 
comprising more than 520 species in 122 genera. The 
major taxonomic difference between the two subfami- 
lies is the presence of a functional row of tubercles on the 
inner side of the upper molars in the Murinae. 


Physical characteristics 


Rats are generally small animals. A typical rat, 
Rattus norvegicus or the Norway rat, is about 9 in 
(23 cm) from the nose to the base of the tail when 
fully grown and weighs about 2 Ib (1.8 kg). One of 
the largest species, the southern giant slender-tailed 
cloud rat Phloeomys cumingi, has a head-body length 
of 19 in (48 cm) and a tail that ranges between 8-13 in 
(20-33 cm) long. 


Rats have brown, gray, or black fur covering their 
body, except for their ears, tail, and feet (the familiar 
white lab rat is an albino form of R. norvegicus). Their 
hearing is excellent, and their eyes are suited for a 
nocturnal lifestyle. Rats typically have 16 teeth, the 
most prominent of which are their ever-growing inci- 
sors. The outer surface of the incisors is harder than 
the inner side, much like a chisel. The incisors grow 
throughout life from the base and are nerveless except 
for at the base. Rats must gnaw continually to keep the 
incisors down to a manageable length; if rats fail to 
gnaw, the teeth can grow rapidly and curl back into the 
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Rats 


A brown rat scavenging in a garbage can. (Photograph 
Stephen Dalton. The National Audubon Society Collection/Photo 
Researchers, Inc.) 


roof of the mouth, or (with the lower incisors) up in 
front of the nose, making biting and eating difficult. 


The teeth, combined with the rat’s powerful jaw 
muscles, allow them to chew through almost anything; 
even concrete block and lead pipe have been found 
bearing toothmarks. The jaw muscles exert an extra- 
ordinary 24,000 Ib (12 tons) per square inch (for com- 
parison, a great white shark bites with a force of 20 
tons per square inch). One of the masseter muscles 
responsible for this tremendous biting power in the 
rat passes through the orbit, or eye socket, a feature 
unique among the mammals. 


A rat will bite a perceived enemy, particularly if 
cornered or if its nest is threatened. It also often bites 
out of curiosity, when exploring the edibility of unfami- 
har things. Unfortunately, a sleeping child or uncon- 
scious derelict may be the subject of this investigation, 
with potentially serious consequences. Rats do carry a 
variety of zoonoses (animal-borne diseases) in their sal- 
iva, on their fur, and in their external parasites (such as 
fleas), that can and do infect humans. Best known are 
rat-bite fever and bubonic plague, transmitted to 
humans by rat saliva and rat fleas, respectively. When 
a rat walks though garbage in which salmonella bacteria 
are present, the microbes can latch onto the rat’s fur. 
When the rat later investigates a pile of human food, the 
salmonella moves from the fur to the food, and whoever 
eats it may develop food poisoning. 


Behavior 
Rats are social creatures, living in colonies that 


are housed in a complex network of underground 
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burrows similar to the warrens dug by wild rabbits. 
To protect the colony from predators, the entrances to 
the burrows are well-hidden among rocks, the roots of 
shrubs, or under other thick vegetation. In temperate 
regions, most of the burrow is below the frost line, 
ranging from a few inches to several feet below the 
surface. Inside, the rats build nests of shredded vege- 
tation, feathers, paper, and various other materials 
and huddle together for warmth. 


One colony may consist of hundreds of rats of 
both sexes and all ages. According to observations 
made by zoologist S.A. Barnett, the colony is a rela- 
tively peaceful place. Due to an established social 
hierarchy among the males, there is little infighting 
for the right to mate with the females. Among rats, 
familiarity breeds content: seldom do rats that have 
grown up together in the colony fight with each other, 
although they may play in a rough-and-tumble 
fashion. 


Conflict usually occurs when a new rat, especially 
an adult male, appears and tries to join the colony. The 
newcomer’s status, and sometimes its fate, is deter- 
mined by the first few encounters it has with the colony 
residents. Fights that occur are seldom intense or 
bloody. Dominance is quickly established, and once 
the newcomer adapts to its new place in the colony the 
issue is settled. Male newcomers that lose the fight 
seldom remain for long; soon after the fight they either 
leave the colony or die, although they are uninjured. 
Some zoologists hypothesize that they die of social 
stress. 


Reproduction 


The colony’s size depends on two factors: the 
density of the population and the food supply. When 
the colony’s population is low, such as at winter’s end, 
the females will bear more young and thus the popu- 
lation increases steadily throughout the summer. As 
the population and density increase, the pregnancy 
rate declines accordingly. 


Similarly, the greater the food supply, the larger 
the rat population. Female rats living near an abun- 
dant supply of food bear more young than females 
living further away from or without such a supply. If 
there is little food available, both sexes will become 
infertile, postponing reproduction in favor of individ- 
ual survival. 


The female’s estrus lasts about six hours, during 
which she mates with several males, copulating fre- 
quently during the heat. After a gestation period of 
22-24 days, the female gives birth to 6-12 blind, naked, 
pinkish, helpless young. By the time they are two 
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weeks old, the young are fully furred and their eyes are 
open. After 22 days, they leave the nest. Males are 
sexually mature at three months, females slightly later. 


Diet 


The rat’s nutritional requirements are similar to 
those of humans, which makes it a useful subject for 
scientific experimentation. They have been known to 
carry off beef bones left by picnickers, eating not only 
the remaining meat but also the bone as well, for the 
calcium and phosphorus it provides. 


Rats will eat just about anything, including things 
that humans would consider far past being edible. 
However, they prefer grain and consume or spoil (by 
their hair and droppings) millions of tons of stored 
food each year worldwide. 


Rats possess remarkable physical abilities. Rats 
can: swim for half a mile, and tread water for three 
days; survive falling five stories and run off unharmed; 
fit through a hole the size of a quarter; and scale a 
brick wall. Years after the nuclear testing ceased on 
Engebi Island in the western Pacific Ocean, scientists 
found rats, “Not maimed or genetically deformed 
creatures, but robust rodents so in tune with their 
environment that their life spans were longer than 
average,” one researcher observed. 


Species 


The most widespread species of rats are Rattus 
norvegicus, the Norway or brown rat; Rattus rattus, 
the black, ship, roof, or alexandrian rat; R. exulans, 
the Polynesian rat; and Bandicota bengalensis, the 
lesser bandicoot rat. Both R. norvegicus and R. rattus 
are found around the world, and these are the two 
commensal species found in North American cities. 
They are longtime residents, firmly established on 
this continent by 1775. The Norway rat is found in 
temperate areas worldwide, although it originated in 
Japan and Eastern Asia, where it lived in burrows 
along river banks and later in rice fields. 


Rattus rattus, like R. norvegicus, originated in 
Asia. It is thought to have been brought to Europe 
during the Crusades, although some records indicate 
it was present in Ireland as early as the ninth century. 
Rattus rattus arrived in North America with the 
early settlers, and its presence is recorded as of 1650. 
Early explorers brought R. rattus with them to South 
America as early as 1540. The two species spread 
worldwide, traveling in sailing ships to new ports. 


Less global but no less commensal is_ the 
Polynesian rat, found from Bangladesh to Vietnam, 
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throughout the East Indies, and in Hawaii and on 
other Pacific islands. The lesser bandicoot rat has 
been found in its natural habitat of evergreen jungle 
and oak scrub in Sumatra, Java, Sri Lanka, Pakistan, 
Burma, and Penang Island off the Malay Peninsula, 
but in this century it has also become common in 
urban areas in India. (It reproduces more quickly 
than any other rodent; a female lesser bandicoot rat 
can have a litter of seven every month.) 


Rats and humans 


These four commensal species of rat together 
destroy about one-fifth of the world’s food harvest 
each year. In the United States alone, the Norway 
and black rat damage or destroy a billion dollars 
worth of property each year, not counting the acciden- 
tal fires that start when they chew through electrical 
insulation. 


These commensal rats succeed because they are 
generalists and opportunists. The Norway rat, for 
instance, adapted its natural ground-dwelling habit 
to take advantage of many environments: cellars, sew- 
ers, even among the bushes in front of nicely land- 
scaped homes and apartment buildings. In some 
buildings, the basement is home to Norway rats 
while black rats inhabit the upper stories. 


Rats are present in almost every major city in the 
world. A study of Baltimore during World War II (done 
in reaction to fear that the Axis would attempt rat-borne 
germ warfare) discovered that many blocks in “good 
residential areas” harbored 300 or more rats. In poorer, 
run-down neighborhoods, the number was doubtless 
much higher. Some cities in North America have an 
estimated population of two rats for every person. 


Sanitation is the major contributing factor to the 
number of rats that will be found in a city, but new 
construction in an urban area will also force rats into 
areas where they have not traditionally been found, as 
digging unearths their traditional burrows. 


Most rat control efforts involve poison bait. The 
most common type is an anticoagulant, usually rote- 
none, which causes fatal internal bleeding after the rat 
eats it. 


However, there are formidable obstacles to effec- 
tive rat control. First is the rats’ innate fear of anything 
new. Even if something as innocuous as a brick is 
placed near a rat colony, they will go out of their 
way to avoid it. So merely placing the poison does 
not guarantee results. In 1960, rats that were appa- 
rently unaffected by anticoagulant poisons were found 
on a farm in Scotland. They had evolved a genetically 
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based resistance to the anticoagulants. These so-called 
super rats are now found in several places in Great 
Britain. 


Rat-control experts in New York City’s Central 
Park noticed something curious about the rats they 
had been poisoning: the rats abandoned their normal 
shy, nocturnal habits and began appearing in the park 
in broad daylight. Rather than killing the rats, the 
poisons apparently acted like a stimulant to them. 


Poisons obviously have their limits. The most 
effective method of rat control has proved to be a 
general clean-up to reduce the habitat quality for the 
pest rodents. Members of the Inspectional Services 
department must supplement their poisoning efforts 
with the education of local residents, telling people 
how to store their trash in rat-proof containers and 
how to rat-proof buildings by plugging all entry holes 
with steel wool. 
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Rattlesnakes see Vipers 


l Rayleigh scattering 


Why is the sky blue, and why are sunsets red? The 
answer is Rayleigh scattering. When light strikes small 
particles, it bounces off in different directions, a proc- 
ess called scattering. Rayleigh scattering is the scatter- 
ing that occurs when the particles are smaller than the 
wavelength of the light. Blue light has a wavelength of 
about 400 nanometers, and red light has a wavelength 
of about 700 nanometers. Other colors of light are in 
between. A nanometer is a billionth of a meter. So, for 
Rayleigh scattering of visible light the particles must 
be smaller than 400 to 700 nanometers. Scattering can 
occur off larger particles, but it will follow a different 
scattering law. 
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The Rayleigh scattering law, derived by Lord 
Rayleigh in 1871, applies to particles smaller than the 
wavelength of the light being scattered. It states that 
the percentage of light that will be scattered is inver- 
sely proportional to the fourth power of the wave- 
length. Small particles will scatter a much higher 
percentage of short wavelength light than long wave- 
length light. Because the mathematical relationship 
involves the fourth power of the wavelength even a 
small wavelength difference can mean a large differ- 
ence in scattering efficiencies. For example, applying 
the Rayleigh law to the wavelengths of red and blue 
light given above shows that small particles will scatter 
blue light roughly 10 times more efficiently than red 
light. 


Earth’s atmosphere contains lots of particles: in 
fact, it is made of particles, namely molecules, dust, 
and ice crystals or water droplets. The dust and ice 
particles scatter light but are usually large enough that 
the Rayleigh scattering law does not apply. However, 
the nitrogen and oxygen molecules in Earth’s atmos- 
phere are particles small enough that Rayleigh scatter- 
ing applies. They scatter blue light about 10 times as 
much as red light. When the sun is high overhead on a 
clear day, some of the blue light is scattered. Much of it 
is scattered more than once before eventually hitting 
our eyes, so we see blue light coming not directly from 
the sun but from all over the sky. The sky is then a 
shade of blue. In the evening, when there is less blue 
light coming directly from the sun it will appear redder 
than it really is. What about sunsets? When the Sun is 
low in the sky, the light must travel through much 
more atmosphere to reach our eyes. Even more of 
the blue light is scattered, and the sun appears even 
redder than when it is overhead. Hence, sunsets and 
sunrises are red. 


See also Color; Electromagnetic spectrum. 


Rayon see Artificial fibers 


[ Rays 


Rays are members of the class Chondrichthyes, 
the cartilaginous fish, that includes sharks, skates, and 
chimeras. The flattened shape of rays makes them 
unique among fish. Their pectoral fins are much larger 
than those of other fish, and are attached the length of 
the body, from the head to the posterior. 


Rays, and their relatives the skates, comprise the 
order Rajiformes, which includes 513 species in 63 
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Blue spotted stingray swimming above stony corals, Red Sea. (Jeffrey L. Rotman/Corbis.) 


genera and 20 families. These families include the 
round rays (Urolophidae, 25 species); the electric 
rays (Narcinidae, 30 species); the freshwater stingrays 
(Potamotrygonidae, 25 species); and the stingrays 
(Dasyatidae, 63 species). 


Rays are found in all of the world’s oceans, in 
tropical, subtropical, and temperate waters. Some spe- 
cies, such as the great manta ray, are pelagic, spending 
their lives swimming; they take in water through the 
mouth, unlike bottom-dwelling species, which draw 
water though two holes (called spiracles) on their 
back. In all species of rays, the gills are on the under- 
side of the body. 


Like their relatives the sharks, rays have a well- 
developed lower jaw and an upper jaw which is sepa- 
rate from the skull. In many species of rays, the teeth 
have fused into strong bony plates. In some cases, 
these plates are strong enough to crush the shells of 
the clams and other mollusks on which the rays feed. 


Many species of eagle rays have multiple rows of 
tooth plates, up to nine in some species of cow-nosed 
rays. They are generally free-swimming rays, often 
found in large groups. These rays are diamond- 
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shaped, and their whip-like tails can be nearly twice 
the length of their bodies. Their skin is soft, and they 
“fly” gracefully through the water by moving their 
pectoral “wings” up and down. 


The most remarkable feature of the electric ray is 
its ability to generate an electric field of considerable 
punch. Although an output of 75-80 volts is the norm, 
jolts of 200 volts have been recorded. The electric rays 
use this ability to stun prey and dissuade attackers. 
Most electric rays live in shallow water, spending their 
time on the bottom. They are generally more rounded 
than other rays, and are slow swimmers. They range in 
size from the lesser electric ray, which grows to about 
1 ft (30.5 cm) in length, to the Atlantic torpedo, which 
grows to over 6 ft (1.8 m) long and can weigh more 
than 200 Ib (91 kg). Unlike other rays, electric rays 
lack the venomous tail spine. 


The venomous tail spine gives the stingray its com- 
mon name. The venom is rarely fatal to humans, but the 
spine is barbed and thus difficult to remove if it is 
inserted. More swimmers and divers are injured by 
stingrays annually than by all other species of fish 
combined. In large specimens the spine can be up to 
1 ft (30.5 cm) long, and human swimmers jabbed in the 
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chest or stomach have died. For example, in 2006, 
Australian conservationist and media personality 
Steve Irwin was killed on the Great Barrier Reef when 
a stingray barb pierced his heart. Stingrays are primar- 
ily tropical marine bottom dwellers, though two genera 
in South America have adapted to life in freshwater. 


Like the stingray, the manta ray has a fearsome 
reputation among humans. For centuries it was con- 
sidered a monster with the power to crush boats. Other 
common names for the manta ray include “devilfish” 
and “devil ray,” derived, in part, from the hornlike 
projections on their heads at the sides of their mouths, 
which actually serve to scoop prey into the mouth. 
Like many of the sea’s other giants, manta rays feed 
on plankton. These are the largest of the rays, growing 
up to 17 ft (5.2 m) long and 22 ft (6.7m) wide, and 
weighing up to 3,500 Ib (1,590 kg), as is the case with 
the Pacific manta. 


Rays eat a diverse diet, ranging from plankton to 
mollusks and crustaceans to fish. The bottom-dwelling 
species are also noted scavengers, using their ability to 
sense electrical fields to find prey buried in the sand. 


Rays produce eggs, which are either released into 
the environment in a protective egg case (sometimes 
called a mermaid’s purse), or brooded inside the 
mother until the young rays are sufficiently developed 
to live on their own. Rays reproduce slowly; the manta 
ray, for example, produces just one offspring at a time. 


Rays are edible, though they are generally consid- 
ered “trash fish” by commercial fishermen, who often 
throw them back as bycatch (some fishermen prefer to 
use the flesh from the pectoral wings to bait lobster 
traps). A net full of schooling species, such as the cow- 
nosed ray, can outweigh the winches’ ability to haul it 
up. Shell fishermen wage war against rays, which have 
a taste for clams and oysters. In Chesapeake Bay, 
fishermen drive pointed wooden stakes into the mud 
surrounding their shellfish beds; any ray that attempts 
to eat the shellfish is impaled upon the sticks. 
Nonetheless, most rays remain quite numerous. 


Reactant see Chemical reactions 


Reactions, chemical see Chemical reactions 


| Real numbers 


A real number is any number which can be repre- 
sented by a point on the number line. The numbers 3.5, 
—0.003, 2/3, m, and J2 are all real numbers. 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


The real numbers include the rational numbers, 
which are those which can be expressed as the ratio of 
two integers, and the irrational numbers, which can- 
not. (In the list above, all the numbers except x and J2 
are rational.) 


It is thought that the first real number to be iden- 
tified as irrational was discovered by the Pythagoreans 
in the sixth century BC. Prior to this discovery, people 
believed that every number could be expressed as the 
ratio of two natural numbers (negative numbers had 
not been discovered yet). The Pythagoreans were able 
to show, however, that the hypotenuse of an isosceles 
right triangle could not be measured exactly by any 
scale, no matter how fine, which would exactly meas- 
ure the legs. 


To see what this means, imagine a number line 
with an isosceles right triangle drawn upon it, as in 
Figure 1. Imagine that the legs are one unit long. 


The Pythagoreans were able to show that no mat- 
ter how finely each unit was subdivided (uniformly), 
point P would fall somewhere inside one of those 
subdivisions. Even if there were a million, a billion, a 
billion and one, or any other number of uniform sub- 
divisions, point P would be missed by every one of 
them. It would fall inside a subdivision, not at an end. 
Point P represents a real number because it is a definite 
point on the number line, but it does not represent any 
rational numbera /b. 


Point P is not the only irrational point. The square 
root of any prime number is irrational. So is the cube 
root, or any other root. In fact, by using infinite dec- 
imals to represent the real numbers, the mathemati- 
cian Cantor was able to show that the number of real 
numbers is uncountable. An infinite set of numbers is 
“countable” if there is some way of listing them that 
allows one to reach any particular one of them by 
reading far enough down the list. The set of natural 
numbers is countable because the ordinary counting 
process will, if it is continued long enough, bring one 
to any particular number in the set. In the case of the 
irrational numbers, however, there are so many of 
them that every conceivable listing of them will leave 
at least one of them out. 
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The real numbers have many familiar subsets that 
are countable. These include the natural numbers, the 
integers, the rational numbers, and the algebraic num- 
bers (algebraic numbers are those that can be roots of 
polynomial equations with integral coefficients). The 
real numbers also include numbers that are “none of 
the above.” These are the transcendental numbers, 
and they are uncountable. Pi is one. 


Except for rare instances such as J/2 + V8, com- 
putations can be done only with rational numbers. 
When one wants to use an irrational number such as 
mt, V3, ore ina computation, one must replace it with a 
rational approximation such as 22/7, 1.73205, or 
2.718. The result is never exact. However, one can 
always come as close to the exact real-number answer 
as one wishes. If the approximation 3.14 for a does 
not come close enough for the purpose, then 3.142, 
3.1416, or 3.14159 can be used. Each gives a closer 
approximation. 


j Reciprocal 


In mathematics, reciprocal, or the multiplicative 
inverse, is a number or term that is related to another 
number or term be the relationship that when both are 
multiplied together, the product is one. Thus, 1/3 and 
3 are reciprocals of each other because 1/3 x 3 = 1. 
Similarly, the reciprocal of a number (n) is | divided by 
the number (n); the reciprocal of n is 1/n. Thus, the 
reciprocal of 3 is 1/3; of 3/2 is 1 + (3/2)= 2/3, and of 
a/b is b/a. 


Ifa number ais the reciprocal of the number 5, then 
bis the reciprocal of a. The product of a number and its 
reciprocal is 1. Thus, 3 x 1/3 = 1, (3/2) x (2/3) = 
1, and (a/b) x (b/a) = 1. 


Reciprocals are used frequently throughout the 
many fields of mathematics. For example, they are 
used to make division easier when dividing by frac- 
tions. For example, 8 divided by 3 is the same thing as 
the operation 8 times 1/3. 


| Recombinant DNA 


Recombinant deoxyribonucleic acid (DNA) is 
genetic material from different organisms that has 
been chemically bonded together to form a single 
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macromolecule. The recombination can involve the 
DNA from two eukaryotic organisms, two prokary- 
otic organisms, or between an eukaryote and a pro- 
karyote. An example of the latter is the production of 
human insulin by the bacterium Escherichia coli, 
which has been achieved by splicing the gene for insu- 
lin into the E. coli genome such that the insulin gene is 
expressed and the protein product formed. 


The splicing of DNA from one genome to another 
is done using two classes of enzymes. Isolation of the 
target DNA sequence is done using restriction 
enzymes. There are well over a hundred restriction 
enzymes, each cutting in a very precise way a specific 
base of the DNA molecule. Used singly or in combi- 
nation, the enzymes allow target segments of DNA to 
be isolated. Insertion of the isolated DNA into the 
recipient genome is done using an enzyme called 
DNA ligase. 


Typically, the recombinant DNA forms part of 
the DNA making up a plasmid. The mobility of 
the plasmid facilitates the easy transfer of the recombi- 
nant DNA from the host organism to the recipient 
organism. 


Paul Berg (1926—-) of Stanford University first 
achieved the manufacture of recombinant DNA in 
1972. Berg isolated a gene from a human cancer-caus- 
ing monkey virus, and then ligated the oncogene into 
the genome of the bacterial virus lambda. For this and 
subsequent recombinant DNA studies (which fol- 
lowed a voluntary one-year moratorium from his 
research while safety issues were addressed) he was 
awarded the 1980 Nobel Prize in chemistry. 


In 1973, Stanley Cohen (1922) and Herbert 
Boyer (1936-) created the first recombinant DNA 
organism, by adding recombinant plasmids to E. coli. 
Since that time, advances in molecular biology techni- 
ques, in particular the development of the polymerase 
chain reaction, have made the construction of 
recombinant DNA swifter and easier. 


Recombinant DNA has been of fundamental 
importance in furthering the understanding of genetic 
regulatory processes and shows great potential in the 
genetic design of therapeutic strategies. 


However, recombinant DNA has a darker side. It 
is conceivable that the genes specifying disease- 
causing components such as the toxin produced by 
the bacterium that causes anthrax could be combined 
with antibiotic-resistance genes, to produce an 
anthrax bacterium that was very difficult to kill using 
antibiotic therapy. This scenario is not far fetched. 
During the 1950s and 1960s both the United States 
and Russia undertook similar research. 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


l Rectangle 


A rectangle is a quadrilateral (a four-sided plane 
figure) whose angles are all right angles. The opposite 
sides of a rectangle are parallel and equal in length. 
Each interior angle is a right angle (90°). 


Any side can be chosen as the base and the altitude 
is the length of a perpendicular line segment between 
the base and the opposite side (Figure 1). A diagonal is 
either of the line segments joining opposite vertices. 


The area (A) of a rectangle with sides a and b is 
a x b, the perimeter (P) is a + b, and the length of the 
diagonal is 


Va? + b? 


A rectangle with a = 4 inches and b = 6 inches 
has an area of: A = 4 inches x 6 inches = 24 square 
inches. The perimeter of this rectangle is: P = 4 inches 
+ 6inches = 10 inches. 


A square is a special case of a rectangle where all 
of the four sides are of equal length. A square with side 
a of 4inches has an area of: A = 4 inches x 4 inches = 
16 square inches. This same square has a perimeter of: 
P = 4inches + 4 inches = 8 inches. 


fl Recycling 


Recycling is a method of reusing materials that 
would otherwise be disposed in a landfill or incinera- 
tor. Discarded materials that contain glass, aluminum, 
paper, or plastic can be recycled by collecting and 
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processing them into raw materials that are then used 
to manufacture new products. Recycling has many 
benefits: it saves money in production and energy 
costs, helps to conserve stocks of virgin resources, 
and decreases the amount of solid waste that must be 
disposed in landfills or incinerators. 


The concept of recycling is not a new one. At the 
beginning of the twentieth century, about 70% of the 
cities in the United States had programs to recycle 
certain useful materials. During World War I, 25% 
of the waste stream was recycled and reused. In 1960, 
however, only 7% of the waste stream was recycled, 
but since the early 1970s this has risen along with 
environmental consciousness, and the recycling rate 
was about 17% in 1990. In 2005, according to the 
U.S. Environmental Protection Agency, the recycling 
rate in the United States was 32%. 


Process 


Recycling is a four-step process. The first step is 
collection and separation from other trash. The sec- 
ond is reprocessing into a raw material, and the third is 
manufacturing into new products. The final step is the 
purchase and use of recycled products by consumers, 
including individuals, businesses, and government 
institutions. 


Although this is a simple formula, recycling faces 
much controversy and is governed by complicated 
legislation. Key issues in the debate are how to make 
recycling more practical, and how to create favorable 
economics by developing markets for recycled goods. 
Many states are trying to encourage recycling by pass- 
ing laws to favor recycling activities, such as tax cred- 
its, disposal bans, or regulations governing the 
recycled content of certain materials (such as news- 
paper). Although there is disagreement about how 
some of these laws and regulations should be designed 
and implemented, there are two issues that are more- 
or-less agreed upon. One is that fees for the disposal of 
garbage need to reflect the full costs of that service, 
and the other is that consumers should be charged for 
the amount and types of material that they discard. 


The biggest problems that recycling faces are poor 
markets for many recyclables, and poor technology to 
accomplish effective recycling. There must, of course, 
be sufficient industrial demand for recycled materials 
and, also, a healthy demand from consumers for prod- 
ucts manufactured from those materials. For example, 
in the northwestern states, it is relatively easy to 
recycle newspaper, because there are paper mills in 
the region able to perform this function. In other 
areas, however, there is more difficulty in recycling 
newspaper because there are no local mills. These 
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Curbside collection of recyclable household wastes. Many 
municipalities mandate the recycling of glass, newsprint, 
steel cans, and certain kinds of plastics. (Robert J. Huffman. 
Field Mark Publications.) 


may areas suffer significant fluctuations in the price 
paid for used newspaper, leading to financial instabil- 
ity in their recycling programs. 


Legislation 


Legislation has a powerful role to play in encour- 
aging or creating both a supply of recyclables and a 
market for recycled goods. For example, places with 
legislation mandating a deposit-refund system for con- 
tainers (such as soda bottles) have acted to increase the 
supply of recyclable material. As of 2005, the U.S. 
states of California, Connecticut, Delaware, Iowa, 
Hawaii, Maine, Massachusetts, Michigan, New 
York, Oregon, and Vermont had passed laws requir- 
ing deposits or refund values on beverage containers. 
This sort of legislation requires that consumers pay a 
deposit for each container of soda, beer, or other 
beverage that they buy from retailers, and later obtain 
a refund of their deposit when they return the con- 
tainer for reuse or recycling. 


Bans on the disposal of certain materials are 
another useful method for diverting waste from land- 
fills and incinerators, and thereby increasing the avail- 
ability of recyclable materials. Bans are a controversial 
approach, but they can be successful in prompting 
consumers to participate in recycling programs. 
Items that are commonly banned from disposal sites 
include lead-acid automobile batteries, tires, yard 
trimmings, and used motor oil. 


Other kinds of laws can also help increase the 
demand for products manufactured from recycled 
materials. Some states require that more than a certain 
percentage of products be comprised of recycled 
material. This mandate has helped to save newspaper 
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recycling programs, which were collapsing in the 
1980s. A number of states (including Arizona, 
California, Connecticut, Illinois, Maryland, Missouri, 
North Carolina, Oregon, Rhode Island, Texas, and 
Wisconsin) and the District of Columbia require a 
minimum content of recycled fiber in newspapers 
printed within their jurisdiction. 


Some government agencies require that labels list 
the environmental benefits of certain kinds of prod- 
ucts, including their content of recycled materials. 
This gives consumers an opportunity to use informa- 
tion about environmental issues before making an 
informed decision to purchase particular goods. 


Policies 


Utilization rates and procurement polices are 
other methods used to promote the use of recycled 
material by industry. Utilization rates allow greater 
flexibility than minimum-content rules. The manufac- 
turer is still required to use set amounts of recovered 
material in their manufacturing process, but they have 
more latitude in selecting how the material is used. For 
example, a manufacturer might use the material for its 
own products, or arrange to have the recovered mate- 
rial used elsewhere. 


Procurement policies are mandates that require 
large government agencies, which have enormous pur- 
chasing power, to set aside some portion of their 
budget for the purchasing of recycled products. This 
helps to create more favorable economics for recy- 
cling. For example, the EPA requires that a certain 
proportion of its purchases, and also that of other 
federal agencies, involves such products as recycled 
paper, re-refined motor oil, and other items made 
from recycled materials. A disadvantage of affirmative 
procurement policies is that prices may be higher for 
recycled products, and there may be problems with the 
availability and quality of some goods. 


Recycling collection programs 


There are four commonly used methods for col- 
lecting recyclable materials: curbside collection, drop-off 
centers, buy-back centers, and deposit/refund programs. 
The fastest growing method is curbside collection. There 
are three major ways in which recyclable materials are 
collected through curbside programs: mixed wastes, 
mixed (or commingled) recyclables, and source-separated 
recyclables. 


Mixed-wastes collection is essentially a modifica- 
tion of the conventional municipal waste-collection 
process. It involves the sorting of recyclables at a 
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SurpaAday 


Recycling 


central facility, using a combination of automated 
methods (such as magnets to sort iron-containing 
material) and hand-sorting. An advantage of this 
method is that it does not disrupt the regular schedule 
of trash pick-up in the community. 


Mixed recyclables are separated from other trash 
by householders and businesses, so that two streams of 
material are picked up at curbside: trash and recycla- 
bles. This method has a lower contamination level of 
the recyclable stream than the mixed-wastes collection 
system. Public education is necessary if this program is 
to work well, so that people know what is recyclable 
and what is not. 


Source separation involves householders and 
businesses performing a higher level of sorting before 
pick-up. The advantage of this method is that the 
recyclable materials are well sorted and can be sold 
at a higher price. The disadvantages are that source 
separation requires a high participation rate, as well as 
additional or complex collection vehicles. 


Drop-off centers are central places where house- 
holders or businesses can take their accumulated recy- 
clables, rather than having them picked up at-site. 
This method requires public education and a high 
participation rate if it is to be effective. Like other 
collection systems, it works best if there are positive 
incentives to encourage participation (such as mone- 
tary redemptions), or negative ones to not participat- 
ing (such as landfills refusing to accept recyclable 
materials, or charging a significant fee to take them). 


Redemption or buy-back centers are similar to 
drop-off centers, except they purchase recyclable mate- 
rials. Buy-back centers pay a unit fee for such recyclable 
materials as newspapers, soda cans, glass, and plastic 
bottles. This system is also effective for the collection of 
metals, such as aluminum, lead, and copper. 


After recyclables are collected and sorted by any 
of these methods, they are sent to a materials recovery 
facility (MRF), where they are prepared for re-manu- 
facturing. A MRF can typically process 25 to 400 tons 
of material per day. Sorting is done both manually and 
mechanically. Newspapers are usually the major paper 
item, but MRFs also sort corrugated boxes, telephone 
books, magazines, and mixed-paper materials. MRFs 
also process aluminum, glass containers, plastic bot- 
tles containing polyethylene terphthalate (PET), and 
milk and detergent bottles containing high-density 
polyethylene (HDPE). 


Recyclable materials 
Numerous materials can be recycled or reused from 


the waste stream, including: aluminum cans and other 
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materials, automobiles and steel appliances, clothing, 
construction waste, copper piping, furnishings, glass, 
lead-acid batteries, used motor oil, paper (cardboard, 
high-grade paper, newspaper, mixed paper), plastic bot- 
tles, tires, wood waste, and yard trimmings and other 
organic materials (which can be composted). 


All of the above items can be reprocessed into new 
products. Recycled paper, for example, can reproc- 
essed into newsprint, writing paper, tissue, packaging, 
paperboard, and cellulose insulation. Plastic bottles 
can be reprocessed into auto parts, fiberfill, strapping, 
new bottles, carpet, plastic wood, and plastic bags. 
Some other materials can be reused directly with little 
or no processing, including used clothing, furniture, 
and lumber. 


Composting 


Composting is an increasingly popular method of 
recycling organic materials. It is an ancient practice; 
and low-technology farmers around the world have 
always composted manure and other organic materi- 
als for application to their crops. In fact, composting is 
one of the central activities in all methods of organic 
agriculture. 


Any raw, organic materials containing vegetable 
or animalmatter can be successfully composted. The 
composting reactions are mostly carried out by bac- 
teria and fungi, along with other microorganisms and 
invertebrates of many kinds (earthworms can be 
highly effective in this regard). Composting proceeds 
best if the material is kept warm and is occasionally 
turned to increase the availability of oxygen. 
Composting can be done by individual householders, 
or in large, centralized, municipal facilities. The end- 
product is an amorphous, organic-rich material (or 
compost), which is extremely useful as an amendment 
to increase the organic-matter concentration of soil 
and enhance its tilth. Compost is also useful as an 
organic fertilizer. The compost can be given or sold 
to local horticulturists, or to farmers. 


Household materials that can be readily com- 
posted include: tree leaves, lawn clippings, vegetable 
and fruit peelings and other food leftovers, seaweed, 
shredded cardboard, newspapers, other kinds of 
paper, dryer lint (if derived from cotton and other 
natural fabrics), livestock manure, hair, feathers, and 
meat. Eggshells and wood ash can also be added to 
increase the nutrient content and neutralize acidity. 
Materials that should not be added to composters 
include: seed-bearing weed residues, walnut or euca- 
lyptus leaves (these contain natural chemicals that can 
be toxic to cultivated plants), or dog and cat dung. 
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Preparing the compost 


Excellent compost bins can be purchased, or they 
can be easily built using chicken wire and a wooden 
frame. The bottom of the bin should be lined with dried 
grass, leaves, or shredded paper. As additional organic 
matter is added to the pile, it can be watered if necessary 
and mixed to increase oxygenation. An efficient tem- 
perature for composting is from about 130 to 140°F 
(54 to 60°C). Depending on the organic mix and time of 
year, a properly humidified compost will develop 
within two to six months. Many gardeners have been 
composting their organic matter for years. It has only 
been in the past decade or so that the broader public has 
been encouraged to compost on a larger scale. 


The compost man 


Clark Gregory is a soil scientist who has been a 
driving force in the growing popularity of composting. 
When he was the composting supervisor for Fulton 
County, Georgia, Gregory became known as the com- 
post man. He claims that up to three-quarters of the 
material that is typically discarded in landfills is poten- 
tially biodegradable through composting. Gregory 
advocates the use of large-scale, comprehensive com- 
posting programs in all local communities, as a way or 
drastically reducing the amounts of solid waste that 
have to be land-filled. In many municipalities, just the 
composting of soiled paper, yard clippings, and food 
scraps would reduce the solid waste stream by 40%, 
while also helping to reduce the cost of garbage col- 
lection and disposal. 


Economic benefits 


Composting programs have highly favorable eco- 
nomics, compared with the land-filling of organic 
waste. For example, a composting program in 
Seattle, Washington, is saving taxpayers about $18 
per ton of organic waste, and is diverting about 554 
Ib (252 kg) of garbage per household out of landfills 
each year. Similarly, the town of Oyster Bay, Long 
Island, New York, instituted a leaf-composting pro- 
gram that generated 11,000 tons of compost for use by 
local gardeners, while saving $138 per ton previous 
spent to truck the leaves out of state for land-filling. 
The town of Bowling Green, Kentucky, composts 
more than 0.5 million cubic feet of leaves each year, 
producing humus that is sold for $5 per cubic yard, 
while saving $200,000 annually in disposal costs. Islip, 
New York, saves $5 million each year by composting 
grass clippings, which were once exported along with 
other garbage by barge to the Caribbean. If every 
county in the United States instituted composting 
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KEY TERMS 


Composting—The process by which organic 
waste, such as yard waste, food waste, and paper, 
is broken down by microorganisms and turned into 
a useful product for improving soil. 


Decomposers—Bacteria, fungi, and other micro- 
organisms that break down organic material. 


Humus—Organic material made up of well- 
decomposed, high molecular-weight compounds. 
Humus contributes to soil tilth, and is a kind of 
organic fertilizer. 


Incinerator—An industrial facility used for the con- 
trolled burning of waste materials. 


Landfill—An area of land that is used to dispose of 
solid waste and garbage. 


Manure—Animal dung. 


Microorganism—Bacteria, fungi, and other micro- 
scopic organisms. 


Organic material—Vegetable and animal biomass. 


Prefabricated—Manufactured off-site, usually refer- 
ring to a construction process that eliminates or 
reduces assembling. 


Virgin material—Material resources that have not 
previously been used for manufacturing or some 
other purpose. 


programs of these kinds, the overall net savings 
could be $1.6 billion per year. 


Zoo-Doo 


Some zoos have become creative in composting 
and marketing the manure of their exotic animals. The 
Zoo-Doo Compost Company sells composted animal 
manure to novelty buyers and to organic gardeners. 
More than 160 zoo stores and 700 other retail outlets 
carry Zoo-Doo for sale to gag-gift buyers. In addition, 
gardeners buy larger quantities of the Zoo-Doo, which 
has a favorable nutrient ratio of 2-2-2 (2% each of 
nitrogen, phosphorus, and potassium), and is an excel- 
lent soil amendment as well as an organic fertilizer. 


Recycling is a major industry, involving the reuse 
of substantial quantities of paper, plastics, metals, and 
glass. The benefits of recycling include conservation of 
natural resources, energy savings, and reduction of the 
need for waste disposal. 


Researchers, environmentalists, and program 
administrators all agree that creativity will be one of 
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Red giant star 


the keys to solving many waste problems. Many land- 
fills are nearing their carrying capacity, and most of 
the older ones were closed by the year 2005. As of 
2004, less than 1,700 active landfills existed in the 
United States. By the year 2008, the EPA predicts 
only 1,234 landfills will be available. (Although the 
number of landfills has decreased, the size of the aver- 
age landfill has increased. Overall, the total capacity of 
landfills in the United States has gone up.) Recycling, 
composting, and reusing are all environmentally and 
economically beneficial ways of greatly reducing the 
volume of the solid waste stream. 


See also Waste management. 
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f Red giant star 


The Hertzsprung-Russell diagram, which shows 
relationships between stars in astronomy, states that a 
red giant star is any large non-main sequence star that 
hasa stellar classification of K or M. A red giant star is a 
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type of star that has exhausted the primary supply of 
hydrogen fuel at its core and is now using another 
element such as helium as the fuel for its energy-produc- 
ing thermonuclear fusion reactions. The star Aldebaran 
(the bull’s eye) in the constellation Taurus is an example 
of a red giant star. Hydrogen fusion continues outside 
the core and causes the star to expand dramatically, 
making it a giant. Expansion also cools the star’s sur- 
face, which makes it appear red. Red giant stars are near 
the end of their lives, and die either in a supernova 
explosion, or more quietly as a planetary nebula. Both 
fates involve the expulsion of the star’s outer layers, 
which leave behind the small, exposed core. 


The onset of gianthood 


Stars are self-gravitating objects, meaning that 
they are held together by their own gravity. A star’s 
gravitational field tries to compress the star’s matter 
toward its center, just as Earth’s gravity pulls people 
and materials objects toward its center. Since stars are 
gaseous, they would shrink dramatically if it were not 
for the thermonuclear fusion reactions occurring in 
their cores. These reactions, which in healthy stars 
involve the conversion of four hydrogen nuclei into 
one helium nucleus, produce energy that heats the 
star’s gas and enables it to resist the force of gravity 
trying to compress it. 


Most stars, including the sun, use hydrogen as 
their thermonuclear fuel for two reasons: First, stars 
are mostly made of hydrogen, so it is abundant; sec- 
ond, hydrogen is the lightest, simplest element, and it 
will fuse at a lower temperature than other elements. 
The hydrogen-to-helium reaction, which occurs in all 
stars, is the easiest one for a star to initiate. 


Although stars are huge, they eventually run out of 
hydrogen fuel. The time required for this to happen 
depends on the mass of the star. Stars like the sun take 
about 10 billion years to exhaust the hydrogen in their 
cores, while the most massive stars may take only a few 
million years. As the star begins to run out of hydrogen, 
the rate of fusion reactions in its core decreases. Since 
not as much energy is being produced, gravity begins to 
overcome the pressure of the heated gas, and the core 
starts to shrink. When a gas is compressed, however, it 
gets hotter, so as the core gets smaller, it also heats up. 
This is a critical point in the star’s life, because if the core 
can heat up to about 100 million Kelvin, it will then be 
hot enough for helium fusion to begin. Helium, the ashes 
of the previous fusion reactions in the star’s core, will 
become the new source of energy. 


A star on the verge of helium ignition is shown in 
Figure 1. Stars much smaller than the sun are unable 
to ignite their helium. Not only is their gravity too 
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Figure 1. The main source of energy is in the core, while hydrogen continues fusing to helium in a shell around the core, much as 
a small circle of flame might creep away from a campfire. The energy produced by this shell streams outward, pushing the star’s 
outer layers away from its center. When the star’s surface expands, it also cools, because there is less energy being emitted per 
unit area. This causes the star to appear red. Many of the bright, red stars in the sky at night are red giants. (I/lustration by Hans & 


Cassidy. Courtesy of Gale Group.) 


weak for their cores to achieve the necessary temper- 
ature, but their interiors are more thoroughly mixed 
than those of more massive stars. The helium ash in 
low-mass stars never gets a chance to collect at the 
core, where it might be used as a new fuel source. 


Stars like the sun, however, do develop a helium- 
rich core. When their cores get hot enough (about 100 
million Kelvin), the helium ignites, beginning to fuse 
into carbon and oxygen. 


Events during gianthood 


Helium-fusing stars have found a way to maintain 
themselves against their own gravity, but there is a 
catch. The amount of energy a star gets out of a 
particular fusion reaction depends on the binding 
energy of the elements involved (Figure 2). 
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When the helium is exhausted, the cycle just 
described begins anew. The core contracts and heats, 
and if the temperature rises to 600 million Kelvin, the 
carbon will begin reacting, producing even more 
energy than the helium-burning phase. This, however, 
will not happen in the sun. Its core will not get hot 
enough, and at the end of its red giant phase, the sun 
will shed its outer layers, which will expand into space 
as a planetary nebula. Some of these nebulae look like 
giant smoke rings. All that will be left is the tiny core, 
made of carbon and oxygen, the ashes of the final 
fusion processes. 


Whether destined to become a planetary nebula or 
a supernova, a red giant loses matter by ejecting a 
strong stellar wind. Many red giants are surrounded 
by clouds of gas and dust created by this ejected 
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Figure 2. From hydrogen to helium, there is a big change in 
binding energy, meaning the star gets a lot of energy out of 
each reaction. However, from helium to carbon, there is much 
less of a change. Each helium-to-carbon reaction produces 
less energy for the star than a hydrogen-to-helium reaction. 
At the same time, the high temperature of the core forces the 
reactions to occur quickly (this is part of the reason a giant 
star is so luminous). Less energy is produced per reaction, 
but the reactions are happening more frequently, and the 
helium-burning phase cannot last nearly as long as the 
hydrogen-burning phase. (I/iustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


material. The loss of mass created by these winds can 
affect the evolution and final state of the star, and the 
ejected material has profound importance for the evo- 
lution of the galaxy, providing raw interstellar mate- 
rial for the formation of the future generations of 
stars. 


Massive stars, however, can heat their cores 
enough to find several new sources of energy, such as 
carbon, oxygen, neon, and silicon. These stars may 
have several fusion shells (Figure 3). One can think 
of the whole red giant stage as an act of self-preserva- 
tion. The star, in a continued effort to prevent its own 
gravity from crushing it, finds new sources of fuel to 
prolong its life for as long as it is able. The rapidly 
changing situation in its core may cause it to become 
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KEY TERMS 


Binding energy—The amount of energy required to 
break an atomic nucleus apart. 


Fusion—The conversion of nuclei of two or more 
lighter elements into one nucleus of a heavier ele- 
ment. Fusion is the process stars use to produce 
energy to support themselves against their own 
gravity. 

Planetary nebula—A cloud of gas that is the 
expelled outer layers of a medium-mass giant star 
(about 0.5 to 3 solar masses). 


Shell burning—The fusion of lighter elements into 
heavier ones in a roughly spherical “shell” outside 
the star’s core. Shell burning occurs after the fusing 
element has been exhausted in the core. The fusion 
reactions involving that element creep away from 
the core like a ring of flame creeping away from a 
campfire. 


Supernova—tThe final collapse stage of a super- 
giant star. 


Silicon core 


Fusion shells 


Figure 3. No element heavier than iron can be fused, because 
the binding energy curve reaches a minimum at iron (Figure 
2). To fuse a heavier element would require an input of 
energy, rather than producing energy. When a star develops 
an iron core, it has run out of all possible fuel sources, and 
soon explodes as a supernova. (I//ustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


unstable, and many red giants show marked variabil- 
ity. An interesting field of modern research involves 
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creation of computer models of giant stars that accu- 
rately reproduce the observed levels and variation of 
the giants’ energy output. 
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Jeffrey C. Hall 


Red shift see Cosmology 


| Red tide 


A red tides is a phenomenon in which water is 
colored red, brown, or yellowish because of the tem- 
porary abundance of a particular species of phyto- 
plankton. In the majority of cases red tides are 
caused by dinoflagellates, single-celled algae of the 
class Dinophyceae that move using tail-like structures 
called flagella. These organisms photosynthesize 
accessory photosynthetic pigments that absorb all 
but the red and yellow wavelengths of light discolor 
the water during blooms. Dinoflagellates are common 
and widespread. Under appropriate environmental 
conditions, certain species of dinoflagellates can 
grow very rapidly, or bloom, causing red tides. Red 
tides occur in temperate and tropical marine and 
estuarine waters. 


The environmental conditions that cause red tides 
are a combination of nutrient availability and water 
temperature. Red tides have existed for thousands of 
years and were likely documented in the Bible. 
However, it is suspected that human activities that 
affect nutrient concentrations in water influence an 
increase in the occurrence of red tides in some areas. 
In particular, the levels of nitrogen, phosphorous, and 
other nutrients in coastal waters due to runoff from 
fertilizers and animal waste have an impact of the 
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frequency of red tides. Global changes in climate also 
may affect red tides. Water used as ballast in ocean- 
going ships may introduce red tide causing phyto- 
plankton to new habitats. 


Some of the phytoplankton involved with red 
tides synthesize toxic chemicals. Genera that are com- 
monly associated with harmful red tides include 
Alexandrium, Dinophysis, and Ptychodiscus. The algal 
toxins can accumulate in marine organisms that feed by 
filtering large volumes of water, such as clams, oysters, 
and mussels. If these shellfish are collected while 
contaminated by red-tide toxins, they can poison 
the human beings who eat them. Marine toxins can 
also affect local ecosystems by poisoning animals. 
Some toxins, such as that from Ptychodiscus brevis, 
the organism that causes Florida red tides, are airborne 
and can cause throat and nose irritations. 


Red tides can cause ecological damage when the 
algal bloom collapses. Under some conditions, so 
much oxygen is consumed to support the decomposi- 
tion of dead algal biomass that anoxic conditions 
develop. This can harm or kill animals that are intol- 
erant of low-oxygen conditions. Some red-tide algae 
can also clog or irritate the gills of fish. 


Marine toxins and their effects 


Saxitoxin is a natural but potent neurotoxin that 
is synthesized by certain species of marine dinoflagel- 
lates. Saxitoxin causes paralytic shellfish poisoning, a 
toxic syndrome that affects humans who consume 
contaminated shellfish. Other biochemicals synthe- 
sized by dinoflagellates are responsible for diarrhetic 
shellfish poisoning. Some red tide dinoflagellates pro- 
duce reactive forms of oxygen—superoxide, hydrogen 
peroxide, and hydroxyl radical—which may be toxic. 
Diatoms in the genus Nitzchia synthesize domoic acid, 
a chemical responsible for amnesic shellfish poisoning 
in humans. 


Paralytic, diarrhetic, and amnesic shellfish poi- 
soning can make large numbers of people ill and can 
cause death in cases of extreme exposure or sensitivity. 
Because of the risks of poisoning associated with eat- 
ing marine shellfish at time of the year when harmful 
algal blooms are common, many countries routinely 
monitor the toxicity of these foods. 


Marine animals can also be poisoned by toxic 
chemicals synthesized during blooms. For example, 
in 1991 a bloom in Monterey Bay, California, of the 
diatom Nitzchia occidentalis resulted in the accumula- 
tion of domoic acid in filter-feeding zooplankton. 
These small animals were eaten by small fish, which 
also accumulated the toxic chemical and then 
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KEY TERMS 


Bloom—An event in which a species of phyto- 
plankton grow quickly and reach high concentra- 
tions so that the water is distinctly colored by the 
algal pigments. 


poisoned fish-eating cormorants and pelicans that 
died in large numbers. In addition, some humans 
who ate shellfish contaminated by domoic acid were 
made ill. 


In another case, a 1988 bloom of the planktonic 
alga Chrysochromulina polylepis in the Baltic Sea caused 
extensive mortalities of various species of seaweeds, 
invertebrates, and fish. A bloom in 1991 of a closely 
related species of alga in Norwegian waters killed large 
numbers of salmon that were kept in aquaculture cages. 


In 1996, a red tide killed 149 endangered manatees 
(Trichechus manatus latirostris) in the coastal waters of 
Florida. 


In 1985, 14 humpback whales (Megaptera 
novaeangliae) died in Cape Cod Bay, Massachusetts, 
during a five-week period. This unusual mortality was 
caused by the whales eating mackerel (Scomber scomb- 
rus) that were contaminated by saxitoxin synthesized 
during a dinoflagellate bloom. In one observed death, 
a whale was seen to be behaving in an apparently 
normal fashion, but only 90 minutes later it had died. 
The symptoms of the whale deaths were typical of the 
mammalian neurotoxicity that is associated with sax- 
itoxin, and fish collected in the area had high concen- 
trations of this poisonous chemical in their bodies. 


See also Plankton; Poisons and toxins. 
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| Redshift 


A redshift is any decrease in an electromagnetic 
wave’s frequency. Redshift can be caused by the 
Doppler effect, which is the change in wavelength and 
frequency of either light or sound as the source and 
observer are moving either closer together or farther 
apart. In astronomy a redshift indicates that a distant 
source of electromagnetic radiation is moving away, 
and a blueshift indicates that the source is moving 
closer to us. Redshifts have many important applica- 
tions in astronomy. They help us to deduce the masses 
of stars and of galaxies and the structure and history of 
the universe. The redshifts for distant objects in the 
universe tell us that the universe is expanding. 


Doppler effect 


Listen to an ambulance or police siren as it passes. 
You should be able to hear a higher pitch as it is 
moving toward you and a lower pitch as it moves 
away. You are hearing the Doppler effect. It works 
for light as well as sound. The frequency (pitch for 
sound) and wavelength of both sound and light change 
if the source is moving relative to the observer. Think 
of the waves as either being stretched out or squeezed 
together. Note that either the source or the observer 
can be moving. When applied to light, the Doppler 
effect causes light from a source moving away to be 
shifted to a longer wavelength and light from an 
incoming source to be shifted to a shorter wavelength. 
Because red light has a longer wavelength than blue 
light, the shift toward a longer wavelength is a redshift. 


Astronomical applications 


Closer astronomical objects, such as those within 
our galaxy or its near vicinity, show redshifts (or blue- 
shifts) caused by the Doppler affect. More distant 
objects, such as far-away galaxies, show a redshift 
with a different cause, namely, the expansion of 
space itself. This effect, called cosmological redshift, 
arises because the universe is expanding: as light tra- 
verses the interval, the interval itself is stretching, 
which stretches out the light. The resulting lower 
wavelength is a redshift. It is this form of redshift 
that dominates at cosmic distances, not the Doppler 
effect. Astronomers speak of distant galaxies “moving 
away” from us, but this motion is only apparent: our 
own galaxy is just as much (or as little) in motion as 
any other in the Universe. 


When astronomers observe the spectrum of a star 
or galaxy, they see spectral lines that are produced at 
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specific wavelengths. The wavelengths of these spec- 
tral lines are determined by the chemical composition 
and various physical conditions. The correct wave- 
lengths for spectral lines produced by different ele- 
ments at rest are measured in laboratories on Earth. 
To look for the redshift, astronomers must compare 
the observed wavelengths of spectral lines to the wave- 
lengths expected from the laboratory measurements. 
If a spectral line is at a shorter wavelength, it is blue- 
shifted and the star or galaxy is moving toward us. If, 
on the other hand, the spectral line is at a longer than 
expected wavelength, it is redshifted and comes from a 
star or galaxy that is moving away from us. 


Doppler shifts of stars within our galaxy tell us 
about the motions of the stars within our galaxy. In 
turn these motions provide clues to help us understand 
the galaxy. The stars in our galaxy are all orbiting the 
center of the galaxy, but at slightly different velocities. 
There are different populations of stars consisting of 
relatively young population I stars and older popula- 
tion I stars. Doppler shifts of stars belonging to these 
two populations tell us that the younger stars have 
orbital velocities fairly similar to the Sun’s. The older 
stars, on the other hand, have orbital velocities that 
differ from the sun’s because they have orbits that 
extend above or below the plane of the galaxy. These 
velocity studies tell us that younger stars are distrib- 
uted in a disk and older stars have a more spherical 
distribution. Hence the galaxy was initially spherical 
but has flattened into a disk. 


The spectra of some stars show two sets of spectral 
lines that have alternating red and blue shifts. When 
one set of lines is redshifted the other is blueshifted. This 
spectral behavior indicates that the star is really a sys- 
tem of two stars orbiting each other so closely that they 
appear as one star. As each star orbits the other, it 
alternates between moving toward and away from us. 
We therefore see alternate red and blue shifts for each 
star. These systems are called spectroscopic binaries 
because the Doppler shifts in their spectra reveal their 
true nature as binary systems. The orbital properties of 
these systems are determined by the masses of the stars 
in the system. Hence, studying the orbits of spectro- 
scopic binaries allows us to find the masses of the stars 
in the system. Binary stars are the only stars for which 
we can measure the mass, so these spectroscopic 
binaries are quite important. Knowing the masses of 
stars is important because the mass of a star is the single 
most important property in determining its evolution. 


Doppler shifts also help us to find the mass of our 
galaxy and other galaxies. The Doppler shifts of stars 
and other components in our galaxy help us find the 
orbital velocities of these objects around the center of 
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KEY TERMS 


Blueshift—The Doppler shift observed when a cel- 
estial object is moving closer to Earth. 


Doppler effect—The apparent change in the wave- 
length of a signal due to the relative motion 
between the source and observer. 


Redshift—The lengthening of the frequency of light 
waves as they travel away from an observer caused 
by the Doppler effect. 


Spectral line—In the spectrum of a celestial object 
a spectral line occurs when a particular wavelength 
is either brighter or fainter than the surrounding 
wavelengths by a significant amount. Each element 
produces its own unique set of spectral lines. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


the galaxy. The orbital velocities of objects near the 
edge of the galaxy are determined by the mass of the 
galaxy, so we can use these velocities to derive the mass 
of the galaxy. For other galaxies, we can find the 
orbital velocities of stars near the edge of the galaxy 
by looking at the difference in the Doppler shift for 
each side of the galaxy. Again, the orbital velocities 
allow us to find the masses of these other galaxies. 


Perhaps the most significant redshifts observed 
are those from distant galaxies. When Edwin Hubble 
(1889-1953) first started measuring distances to gal- 
axies, he noticed that distant galaxies all had a red- 
shift. The more distant a galaxy is, the larger the 
redshift. Galaxies are moving away from us, and the 
more distant galaxies are moving away faster. This 
effect, named Hubble’s law after its discoverer, allows 
us to measure the distance to distant galaxies. More 
importantly, it tells us that the universe is expanding. 
This expansion, and the way it appears to us on Earth, 
has often been likened to the inflation of a polka- 
dotted balloon. As the balloon grows, the dots grow 
farther apart and surface area of the balloon increases. 
Moreover, each dot sees all the other dots receding 
from it: all dots have exactly the same view, and dots 
farther away (as measured over the surface of the 
balloon) appear to be receding more rapidly. This is 
only an analogy, as in the case of the balloon the dots 
really are moving away from each other. Their veloc- 
ities are real, not apparent. 


See also Electromagnetic spectrum; Stellar evolu- 
tion; Stellar populations. 
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Reducing agent see Oxidation-reduction 
reaction 


Reduction see Oxidation-reduction reaction 


Redwood see Swamp cypress family 
(Taxodiaceae) 


Reef see Coral and coral reef 
Reflection see Optics 


| Reflections 


A reflection is one of the three kinds of transfor- 
mations of plane figures which move the figures but do 
not change their shape. It is called a reflection because 
figures after a reflection are the mirror images of the 
original ones. The reflection takes place across a line 
called the “line of reflection.” 


Figure 1 shows a triangle ABC and its image 
A‘B’C’. Each individual point and its image lie on a 
line which is perpendicular to the line of reflection and 
are equidistant from it. An easy way to find the image 
of a set of points is to fold the paper along the line of 
reflection. Then, with the paper folded, prick each 
point with a pin. When the paper is unfolded the pin 
pricks show the location of the images. 


One reflection can be followed by another. The 
position of the final image depends upon the position 
of the two lines of reflection and upon which reflection 
takes place first. 


If the lines of reflection are parallel, the effect is to 
slide the figure in a direction which is perpendicular to 
the two lines of reflection, and to leave the figure “right 
side up.” This combined motion, which does not rotate 
the figure at all, is a “translation” (Figure 2). 


The distance the figure is translated is twice the 
distance between the two lines of reflection and in the 
first-line to second-line direction. 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


If the lines of reflection are not parallel, the effect 
will be to rotate the figure around the point where the 
two lines of reflection cross (Figure 3). 


The angle of rotation will be twice the angle between 
the two lines and will be in a first-line to second-line 
direction. Because a figure can be moved anywhere in 
the plane by a combination of a translation and a rota- 
tion and can be turned over, if necessary, by a reflection, 
the combination of four or five reflections will place a 
figure anywhere on the plane that one might wish. 


Someone who, instead of lifting a heavy slab of stone, 
moves it by turning it over and over uses this idea. In 
moving the stone, however, one is limited to the lines of 
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Figure 3. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Figure 4. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


reflection that the edges of the stone provide. Some last 
adjustment in the slab’s position is usually required. 


Reflections can also be accomplished algebraically. 
If a point is described by its coordinates on a Cartesian 
coordinate plane, then one can write equations which 
will connect a point (x, y) with its reflected image (x’, y’). 
Such equations will depend upon which line is used as 
the line of reflection. By far the easiest lines to use for this 
purpose are the x-axis, the y-axis, the line x = y, and the 
line x = -y. Figures 4 and 5 show two such reflections. 


In Figure 4 the line of reflection is the y-axis. As the 
figure shows, the y-coordinates stay the same, but the 
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Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


x-coordinates are opposites: x’ = -x andy’ = y. One can 
use these equations in two ways. Ifa point such as (4,7) is 
given, then its image, (-4,7), can be figured out by sub- 
stituting in the formulas. If a set of points is described by 
an equation such as 3x-2y = 5, then the equation of the 
image, -3x/-2y’ = 5, can be found, again by substitution. 


When the line of reflection is the line x = y, asin 
Figure 5, the equations for the reflection will be x = y,’ 
and y = x’. These can be used the same way as before. 
The image of (3,1) is (1,3), and the image of the ellipse 
x + 4y* = 10 is 4x* + y? = 10 (after dropping the 
primes). The effect of the reflection was to change the 
major axis of the ellipse from horizontal to vertical. 


When the line of reflection is the x-axis, the 
y-coordinates will be equal, but the x-coordinates 
will be opposites: x’ = -x and y’ = y. 


When the line of reflection is the line x = -y, these 
equations will effect the reflection: x’ = -y andy’ = -x. 


The idea behind a reflection can be used in many 
ways. One such use is to test a figure for reflective 
symmetry, to test whether or not there is a line of 
reflection, called the “axis of symmetry” which trans- 
forms the figure into itself. Letters, for example, are in 
some instances symmetrical with respect to a line and 
sometimes not. The letters A, M, and W have a vertical 
axis of symmetry; the letters B, C, and E, a horizontal 
axis; and the letters H, I, and O, both. (This symmetry is 
highly dependent on the typeface. Only the plainest 
styles are truly symmetrical.) If there is an axis of sym- 
metry, a mirror held upright along the axis will reveal it. 
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Axis of symmetry—The line dividing a figure into 
parts which are mirror images. 


Reflection—A transformation of figures in the 
plane which changes a figure to its mirror image 
and changes its position, but not its size or shape. 


Reflective symmetry—A figure has reflective sym- 
metry if there is a line dividing a figure into two 
parts which are mirror images of each other. 


While recognizing the reflective symmetries of letters 
may not be of great importance, there are situations 
where reflection is useful. A building whose facade has 
reflective symmetry has a pleasing “balance” about it. A 
reflecting pool enhances the scene of which it is a part. 
Or, contrarily, artists are admonished to avoid too much 
symmetry because too much can make a picture dull. 


When tested analytically, a figure will show sym- 
metry if its equation after the reflection is, except for 
the primes, the same as before. The parabola y = x’ is 
symmetrical with respect to the y-axis because its 
transformed equation, after dropping the primes, is 
still y = x*. It is not symmetrical with respect to the 
x-axis because a reflection in that axis yields y = -x°. 
Knowing which axes of symmetry a graph has, if any, 
is a real aid in drawing the graph. 
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| Reflex 


Reflexes are set motor responses to specific sen- 
sory stimuli. All reflexes share three classical charac- 
teristics: they have a sensory inflow pathway, a central 
relay site, and a motor outflow pathway. Together, 
these three elements make up the reflex arc. Reflexes 
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can also be characterized according to how much 
neural processing is involved in eliciting a response. 
Some reflexes, like the short reflex in the gastrointes- 
tinal mucous membranes that secrete digestive 
enzymes, involve very local neural pathways. Other 
reflexes relay information through the spinal cord or 
other higher brain regions. However, reflexes rarely 
involve lengthy processing. Just as some reflexes result 
from neutral stimuli, others result from neuroendo- 
crine stimuli. 


The human body has numerous essential reflexes. 
Among them are the reflexes for swallowing, lactation 
(the secretion of milk), digestion, elimination of body 
waste, and self-preservation. Chemical sensory neu- 
rons in the stomach trigger reflexive secretion of diges- 
tive enzymes. 


Reflexes can be inborn or conditioned. Although 
the majority of reflexes are inborn responses, some 
reflexes are conditioned into a person as the result of 
life experiences. The classical example of a condi- 
tioned reflex would be a dog’s salivating in response 
to a dinner bell. Inborn reflexes in adults include the 
knee-jerk reflex and various skin reflexes to heat or 
pressure. Other reflexes include shivering, pupil con- 
striction in bright light, the plantar reflex (curling up 
of the toes when the sole of the foot is irritated), and 
vomiting. Blinking can also occur reflexively as a 
defense mechanism; for example, as a response to air 
being blown on the eye. 


Newborn reflexes are inborn primitive reflexes 
that are present in the first few months of life. 
Because they are so highly conserved in humans, 
these reflexes are thought to have provided some 
advantage to humans during evolution. The rooting 
reflex—the turning of the infant’s head toward a touch 
stimulus in response to a stroke on the cheek—allows 
the infant’s mouth to locate the nipple for nursing. The 
suckling reflex—initiated by touching the mucous 
membranes on the inside of the mouth with any 
object—also serves to facilitate nursing. The grasping 
reflex is seen when an infant tightly grasps an object 
placed firmly in its hand. The walking reflex is obvious 
when a young baby is held upright with feet barely 
touching the surface below; the infant alternately puts 
weight on each foot. And the Moro (or startle) reflex is 
evident when the baby throws out and wriggles its 
arms as if to hold on to something when the baby’s 
head is left momentarily unsupported. Each of these 
reflexes is routinely checked by a physician during the 
baby’s physical examinations. 


Reflexes utilize or affect different types of muscle 
tissue, including smooth, cardiac, or skeletal muscle 
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tissue. Reflexes operating in conjunction with smooth 
muscle tissue include those found in the urinary blad- 
der, colon, and rectum. Typically, when an organ 
surrounded by smooth muscle expands as it is filled, 
stretch receptors respond to initiate reflexive move- 
ment, emptying the organ. For example, in the blad- 
der, as urinary volume increases, stretch receptors in 
the urinary smooth muscles signal relaxation of the 
bladder that opens to release urine. Some reflexes, 
such as the urinary reflex, can be consciously regu- 
lated. For example, someone can intentionally resist 
urinating until a later time; however, eventually the 
reflex will win out. 


The swallowing reflex involves both smooth and 
skeletal muscle responses. A mass of food in the throat 
stimulates mechanoreceptors of the pharynx which 
relay impulses to the medulla in the nervous system. 
The medulla, in turn, signals skeletal muscles in the 
upper esophagus and smooth muscles in the lower 
esophagus to swallow. 


Some reflexes effect skeletal muscle responses. 
The flexor withdrawal reflex involves cutaneous 
(skin) receptors and skeletal muscles. A good example 
of this reflex is observed when someone steps on a 
sharp tack. Pain receptors in the skin send a rapid 
message to the dorsal (back) side of the spinal cord 
that sends out immediate signals from the ventral 
(front) side of the spinal cord to muscles in both legs 
causing them to cooperate simultaneously to avoid 
stepping on the tack. The leg that stepped on the 
tack must flex (close) its knee joint and raise the 
thigh to lift the foot off the tack. The opposite leg 
immediately must bear the body’s full weight. Most 
reflexes, such as this one, are mediated by the spinal 
cord in vertebrates (backbone animals). The dorsal 
side of the spinal cord receives sensory input, while 
the ventral side sends out motor commands. As such, 
most reflexes are under autonomic (involuntary) 
control. 


Some reflexes orchestrate a response to a stimulus 
across multiple systems. The diving response is a 
breathing reflex that is triggered by submergence. 
Although this reflex is most pronounced in infants, it 
has also been documented in young children. This 
reflex prompts the subject to hold its breath when the 
face is submerged in water. The heartrate slows down, 
and blood flow to peripheral tissue decreases. The 
resulting accumulation of oxygenated blood in the 
central (critical) body regions helps preserve life dur- 
ing water submergence. Victims of prolonged submer- 
gence, however, can survive only if the water 
temperature (which decreases the metabolic rate) is 
exceptionally low. Reflexes are often assessed during 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Reflex arc—The path of sensory and motor trans- 
mission involved in a reflex which includes an 
information relay area that receives reflexive stim- 
uli and directs a motor response. 


a physical examination to determine appropriate 
reflex function or indicate problems with either the 
nervous or muscular system. 


See also Conditioning. 


Resources 


BOOKS 

Guyton, Arthur C., and John E. Hall. Textbook of Medical 
Physiology. 11th ed. New York: W. B. Saunders 
Company, 2005. 

Rhoads, Rodney A., and Richard G. Pflanzer. Human 
Physiology. 4th ed. Pacific Grove, CA: Brooks/ 
Cole, 2003. 


Louise Dickerson 


Refraction see Optics 


! Refrigerated trucks and 


railway cars 


Refrigerated trucks and railroad cars have had a 
great impact on the economy and eating habits of U.S. 
citizens. As the United States became more urbanized 
after the U.S. Industrial Revolution in the early nine- 
teenth century, the demand for fresh food shipped 
over long distances increased. Meat products were 
especially in demand. 


In the mid-1800s, cattle raised in Texas were 
shipped by rail to Chicago, Illinois. Although it was 
more efficient to slaughter the cattle in Chicago and 
ship the carcasses to the East, rather than send live 
cattle east by rail, carcasses could only be shipped dur- 
ing the cold winter months. In the 1840s, refrigerated 
railroad cars were used for short trips of dairy products. 
The first boxcars fitted with bins filled with ice left 
Chicago in 1857 for New York City. At this time, the 
Swift company, headed by Gustavus Franklin Swift 
(1839-1903), tried unsuccessfully to move its meat 
within numerous boxcars with their doors removed, 
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Rehabilitation 


Factory workers assemble refrigeration units for the trucking 
industry in a Mexico City plant. (© Peter Vadnai/Corbis.) 


allowing the winter temperatures to keep the meat cold. 
These few attempts were ended without much success. 


The first refrigerator car patent was issued in 1867 
for a crude design developed by William Davis, 
of Detroit, Michigan, for meat-packer George H. 
Hammond. He used metal racks that suspended the 
meat above ice and salt. However, the height of the 
meat caused derailments of the boxcars—quickly end- 
ing that method of transport. That same year, J.B. 
Sutherland, also of Detroit, patented a refrigerator 
car that contained ice tanks at both ends of the car. 
Ventilator flaps near the floor created a down draft of 
cold air through the car. While Hammond was able to 
ship meat to Boston, Massachusetts, by 1872, the cars 
had to be reloaded with ice once a day, and the meat 
arrived discolored from contact with the ice. 


The first successful refrigerator car was patented 
in 1877 by Joel Tiffany of Chicago. Swift engineer, 
Andrew Chase, developed a similar design the same 
year. In Chase’s version, ice stored on the car’s roof 
dropped cold air down through the car; warm air was 
ventilated out through the floor. The meat was packed 
near the bottom of the boxcar to avoid derailments of 
the boxcars. Once meat could be reliably shipped east, 
the Chicago slaughterhouse industry boomed, and 
such meat-packing companies as Swift and Armour 
made fortunes, both in the United States and interna- 
tionally. Refrigeration with ice is still used in railroad 
cars as well as in trucks and ships, with powerful fans 
circulating the cooled air. 


By the beginning of the twentieth century, Chicago 
meat packing houses were using ammonia-cycle refrig- 
eration, what was called artificial refrigeration. The 
largest meat-packing/delivery companies such as Swift, 
Armour, and Wilson installed these expensive devices on 
train cars and in storage/distribution facilities. 
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An obvious problem with iced refrigeration of 
transported perishable foods is that the food may 
spoil if the ice melts before the shipment reaches the 
market. In the late 1930s, at the request of the Werner 
Transportation Company, Minneapolis (Minnesota) 
engineer Frederick McKinley Jones (1892-1961) 
sought ways to build an automatic, ice-free air-cooling 
unit for long-distance trucking. He designed a com- 
pact, shock-proof air conditioner that could withstand 
the vibrations and jolting of overland travel. Jones’s 
first air conditioning device, which was installed under 
the truck, failed when it was clogged with mud. A unit 
mounted in front of the truck, above the cab, was a 
success. 


Jones patented his truck air conditioner in 1940. 
The system was later adapted for use on railroad cars 
and ships. Jones’s invention changed the food indus- 
try. For the first time, perishable foods could be reli- 
ably transported over long distances at any time of the 
year. In turn, food production facilities could be 
located anywhere; foods could be marketed anywhere. 
A much greater variety of fresh and frozen foods was 
now available to millions of people. Today, refriger- 
ators on trucks and trains usually keep temperatures 
between -40 and 68°F(-40 and 20°C). 


[ Rehabilitation 


IIIness and trauma that lead to disability or func- 
tional loss can lead to an individual’s need for a 
changed lifestyle to accommodate his reduced level 
of ability. A stroke, for example, can lead to partial 
paralysis; chronic arthritis can result in the inability to 
stand or to use one’s hands; an automobile accident 
can cause blindness or can result in an individual’s 
confinement to a wheelchair. To retrain someone 
who has experienced any of these incidents requires a 
rehabilitation team. 


Through history disabled individuals have been 
ridiculed, sheltered, offered care, taught to fend for 
themselves, or killed. The ancient Greeks killed chil- 
dren born crippled. In the Middle Ages the French 
accorded privileges to the blind. Throughout its his- 
tory the church provided a place for the disabled to 
live and receive care. In the sixteenth and seventeenth 
centuries England established hospitals and passed 
laws to assist the disabled. The Poor Relief Act of 
1601 in England outlawed begging and provided the 
means to assist the poor and the disabled. Through 
these means the disabled became less dependent 
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upon public assistance and learned self-sufficiency. 
Almshouses were established to house and treat the 
infirm and this idea was brought to the New World. 
Pilgrims built almshouses in Boston in the 1660s. 


The influx of wounded and maimed soldiers dur- 
ing World War I (1914-1918) added impetus to the 
rehabilitation movement. In 1918, the United States 
government initiated a rehabilitation program for dis- 
abled veterans of the Great War. The aim was to 
enable the wounded to find jobs, so physical aspects 
of rehabilitation were stressed with little emphasis on 
psychological ramifications. The program was 
advanced following World War I (1939-1945) to 
include the psychosocial aspects as well as the physical 
when veterans were trained for work and received 
counseling for reintegration into the community. 
Continued demands for such services have been 
brought about in this century by industrial accidents, 
auto accidents, sports injuries, and urban crime. Also, 
the life expectancy of people in developed countries 
has increased and with it the probability of contracting 
a chronic condition from stroke, heart attack, cancer, 
or other debilitating situation. 


In 1947, the American Board of Physical Medicine 
and Rehabilitation recognized rehabilitation as a physi- 
cian specialty. A rehabilitation specialist is called a 
physiatrist. In 1974, the American Nurses’ Association 
established the Association of Rehabilitation Nurses, 
giving recognition to nurses in the field. 


Rehabilitation of the chronically ill or injured 
individual does not stress cure, but focuses on training 
the individual to live as independently as possible with 
the condition, taking into consideration that the con- 
dition may change for the worse over time and the 
disability progress. This means that physical training 
must be accompanied by shoring up the individual’s 
psychological outlook to accept the condition, accept 
society’s lack of understanding or even rejection, and 
still to attain the maximum degree of autonomy. 


Rehabilitation begins with the assessment of the 
patient’s needs. An individual who was right-handed 
may lose the use of that arm and need to be trained to 
use the left hand for writing and other functions that 
his right arm normally accomplished. Such training 
consists greatly of iteration, the repetition of simple 
movements and acts to establish the nerve pathways 
that have not existed before. Mechanical devices 
requiring fine degrees of eye-hand coordination to 
force fingers to maneuver in ways unaccustomed. 


Patients are encouraged to take advantage of 
mechanical aids on the market to ease their lifestyle. 
Opening a jar with one hand, for example, is easily 
accomplished using a permanently mounted device 
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that grasps the lid while the patient turns the jar. 
Doorknobs can be replaced by levers. Counter tops 
can be lowered and extended to provide room for the 
wheelchair patient to work or eat from them. Handles 
make getting into and out of a bathtub possible for the 
elderly or disabled person. Lighted magnifiers provide 
the means for the visually handicapped to read or 
carry out other tasks. 


Modifications to automobile controls may enable 
the injured person to drive, thus divorcing him from 
the need for transportation to be provided. A ramp 
may need to be constructed to allow his wheelchair 
access to his home. The wheelchair-bound individual 
may need to relocate from a multistory living facility 
to one that is on one floor or one that has an elevator. 
Even carpeting must be evaluated. The person in a 
wheelchair may have difficulty wheeling across a 
deep, soft carpet. A more dense, firm floor covering 
can save energy and time. 


Many injured patients can be rehabilitated by fitting 
a prosthesis, an artificial limb. Once the body has healed 
from amputation of the limb, the prosthesis can be fitted 
and training begun. Muscles that control the movements 
of the artificial limb must be trained to respond in a way 
that moves the prosthesis naturally. This requires seem- 
ingly endless repetitions of muscle contractions to afford 
effortless control of the prosthesis. 


While physical training progresses, psychological 
counseling seeks to instill a value of self worth, to 
counter depression, to reassure the patient that he 
will be able to function adequately in society and in 
his career. The initial reaction to a debilitating injury 
or disease is one of anger at having been so afflicted 
and depression at the loss of function and freedom and 
fear that former friends will shun him or that family 
will exhibit undue sympathy. Counseling seeks to 
counter all these feelings and bolster the patient’s 
confidence in himself. His changed station in life, los- 
ing function because of a stroke or being confined to a 
wheelchair because of an accident, will be jarring to his 
coworkers and friends, but usually they will accept the 
new person and adapt to his requirements. 


Beyond the patient, his family also will require 
counseling to explain the patient’s status, his limita- 
tions, his needs, and the family’s optimal response. 
Coping day in and day out with a seriously handi- 
capped family member can be grueling for the average 
family. Assessment of family attitudes, finances, and 
acceptance of the patient is crucial. The burden of 
caring for the patient may fall upon the shoulders of 
one member of the family; the wife, for example, who 
must care for a severely handicapped husband. 
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KEY TERMS 


Prosthesis—A man-made replacement for a lost 
limb or other body part. An artificial leg is a pros- 
thesis, as is a replacement heart valve. 


Prosthetist—One who designs and fits a prosthesis 
and helps to train the recipient in its use. 


Unending days of tending someone who requires 
close care can be physically and psychologically dev- 
astating. However, most family members can carry 
out their tasks and provide care if they receive some 
relief at intervals. Rehabilitation, therefore, also may 
include arrangements for a home health aide part time 
to provide personal time for the patient’s caregiver. 


Rehabilitation, therefore, far from merely provid- 
ing the patient lessons on controlling a wheelchair or 
learning to walk on crutches, must take into account 
his environment, his mental status, his family’s accept- 
ance and willingness to help, as well as his physical 
needs. A replacement limb will never achieve the level 
of function of the original limb, but the prosthesis can 
serve adequately given sufficient training. 


Resources 
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l Reinforcement, positive and 


negative 


Reinforcement is a term used to refer to the pro- 
cedure of removing or presenting stimuli (reinforcers) 
to maintain or increase the frequency or likelihood of 
a response. The term is also applied to refer to an 
underlying process that leads to reinforcement or to 
the actual act of reinforcement, but many psycholo- 
gists discourage such a broad application of the term. 


3664 


Reinforcement is usually divided into two types: neg- 
ative and positive. 


A negative reinforcer is a stimulus that when 
removed after a response, will increase the frequency 
or likelihood of that response. Negative reinforcers can 
range from uncomfortable physical sensations or inter- 
personal situations to actions causing severe physical 
distress. The sound of an alarm clock is an example of a 
negative reinforcer. Assuming that the sound is 
unpleasant, turning it off, or removing its sound, serves 
to reinforce getting out of bed. A positive reinforcer is a 
stimulus which increases the frequency or likelihood of 
a response when its presentation is made contingent 
upon that response. Giving a child candy for cleaning 
his or her room is an example of a positive reinforcer. 


Reinforcers can also be further classified as pri- 
mary and conditional. Primary reinforcers naturally 
reinforce an organism. Their reinforcing properties 
are not learned. They are usually biological in nature, 
and satisfy physiological needs. Examples include air, 
food, and water. Conditioned reinforcers do not serve 
to reinforce responses prior to conditioning. They are 
initially neutral with respect to the response in ques- 
tion, but, when repeatedly paired with a primary rein- 
forcer, they develop the power to increase or maintain 
a response. Conditioned reinforcers are also called 
secondary reinforcers. 


Classical and operant conditioning 


Reinforcement as a theoretical concept in psychol- 
ogy can be traced back to Russian physiologist Ivan 
P. Pavlov (1849-1936) and American psychologist 
Edward L. Thorndike (1874-1949), who both studied 
conditioning and learning in animals in the early 1900s. 
Pavlov developed the general procedures and terminol- 
ogy for studying what is now called classical condition- 
ing. This term refers to both the experimental 
procedure and the type of learning that occurs within 
that procedure. Pavlov’s experiments involved giving a 
hungry dog dry meat powder every few minutes. The 
presentation of the meat powder was consistently 
paired with a bell tone. The meat powder made the 
dog salivate, and after a few experimental trials, the bell 
tone alone was enough to elicit salivation. 


In Pavlov’s terminology, the meat powder was an 
unconditional stimulus, because it reliably (uncondi- 
tionally) led to salivation. He called the salivation an 
unconditional response. The bell tone was a condi- 
tioned stimulus because the dog did not salivate in 
response to the bell until he had been conditioned to 
do so through repeated pairings with the meat powder. 
The salivation, thus, was a conditioned response. 
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Thorndike’s experiments involved placing cats 
inside specially designed boxes from which they 
could escape and get food only if they performed a 
specific behavior such as pulling on a string loop or 
pressing a panel. Thorndike then timed how long it 
took individual cats to gain release from the box over a 
number of trials. Thorndike found that the cats 
behaved aimlessly at first until they seemed to discover 
by chance the correct response or responses. Over 
repeated trials the cats began to quickly and econom- 
ically execute the correct response or responses within 
seconds. It seemed that the initially random behaviors 
leading to release were strengthened, or reinforced, as 
a result of the positive consequence of escaping the 
box and receiving food. Thorndike also found that 
responses decreased and in some cases ceased alto- 
gether when the food reward was no longer given. 


Thorndike’s procedures were greatly modified by 
Burrhus F. Skinner (1904-1990) in the 1930s and 
1940s. Skinner conditioned rats to press down a 
small lever to obtain a food reward. This type of 
procedure and the resultant conditioning have become 
known as operant conditioning. The term “operant” 
refers to a focus on behaviors that alter, or operate on, 
the environment. It is also referred to as instrumental 
conditioning because the behaviors are instrumental 
in bringing about reinforcement. The food reward or 
any consequence that strengthens a behavior is called 
a “reinforcer of conditioning.” The decrease in 
response when the food or reinforcer was taken away 
is known as “extinction.” In operant conditioning 
theory, behaviors cease or are maintained by their 
consequences for the organism. 


Reinforcement takes on slightly different meanings 
in the two types of conditioning. In classical condition- 
ing, reinforcement is the unconditioned stimulus deliv- 
ered either simultaneously or just after the conditioned 
stimulus. Here, the unconditioned stimulus reinforces 
the association between the conditioned and uncondi- 
tioned stimulus by strengthening that association. In 
operant conditioning, reinforcement simply serves to 
strengthen the response. Furthermore, in operant con- 
ditioning the reinforcer’s presentation or withdrawal is 
contingent upon performance of the targeted response. 
In classical conditioning the reinforcement or uncondi- 
tional stimulus occurs whether or not the targeted 
response is made. 


Reinforcement schedules 


Reinforcement schedules are derived from the 
timing and patterning of reinforcement response. 
Reinforcement may be scheduled in numerous ways, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


based upon the number, or sequencing, of responses, 
or on certain timing intervals with respect to the 
response. The consequences of behaviors always oper- 
ate on some sort of schedule, and the schedule can 
affect the behavior as much as the reinforcement itself. 
For this reason a significant amount of research has 
focused on the effects of various schedules on the 
development and maintenance of targeted behaviors. 


In operant conditioning research, two particular 
types of schedules that have been studied extensively 
are ratio and interval schedules. In ratio schedules, 
reinforcers are presented based on the number of 
responses made. In fixed-ratio schedules, a reinforcer 
is presented for every fixed number of responses so 
that, for example, every fifth response might be rein- 
forced. In variable ratio schedules, responses are rein- 
forced using an average ratio of responses, but the 
number of responses needed for reinforcement changes 
unpredictably from one reinforcement to the next. 
Using the interval schedule, reinforcements are pre- 
sented based on the length of time between reinforce- 
ments. Thus, the first response to occur after a given 
time interval from the last reinforcement will be rein- 
forced. In fixed interval schedules, the time interval 
remains the same between reinforcement presentation. 
In variable interval schedules, time intervals between 
reinforcements change randomly around an average 
time interval. 


Research has shown that small differences in 
scheduling can create dramatic differences in behav- 
iors. Ratio schedules usually lead to higher rates of 
response than interval schedules. Variable schedules, 
especially variable interval schedules, lead to highly 
stable behavior patterns. Furthermore, variably rein- 
forced behaviors resist extinction, persisting long after 
they are no longer reinforced. This is why it is often 
difficult to extinguish some of our daily behaviors, 
since most are maintained under irregular or variable 
reinforcement schedules. Gambling is a clear example 
of this phenomenon, as only some bets are won yet 
gamblers continue taking their chances. 


Applications 


Reinforcement may be used and applied in numer- 
ous ways, not just to simple behaviors, but to complex 
behavior patterns as well. For example, it has been 
used to educate institutionalized mentally retarded 
children and adults using shaping or successive approx- 
imation. Shaping is the gradual building up of a desired 
behavior by systematically reinforcing smaller compo- 
nents of the desired behavior or similar behaviors. 
Much of this training has focused on self-care skills 
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Reinforcement, positive and negative 


KEY TERMS 


Classical conditioning—A procedure involving pair- 
ing a stimulus that naturally elicits a response with 
one that does not until the second stimulus elicits a 
response like the first. 


Conditioned reinforcers—Also called secondary 
reinforcers, they do not have inherent reinforcing 
qualities but acquire them through repeated pairings 
with unconditioned reinforcers such as food or 
water. 


Conditioning—A general term for procedures in 
which associative learning is the goal. 


Extinction—A procedure in which reinforcement of 
a previously reinforced response is discontinued, it 
often leads to a decrease or complete stoppage of 
that response. 


Learning theories—A number of different theories 
pertaining to the learning process. 


Operant conditioning—Also called instrumental 
conditioning, it is a type of conditioning or learning 


such as dressing, feeding, and grooming. In teaching a 
subject how to feed himself, for example, a bite of food 
may be made contingent on the person simply looking 
at a fork. The next time the food may be made con- 
tingent on the subject pointing to the fork, then touch- 
ing it, and finally grasping it and bringing the food to 
his mouth. Shaping has also been used to decrease 
aggressive and self-destructive behaviors. 


Another successful application of reinforcement 
involves using token economies, primarily in institu- 
tional settings such as jails and homes for the mentally 
retarded and mentally ill. Token economies are a type 
of behavior therapy in which actual tokens are given as 
conditioned reinforcers contingent on the performance 
of desired behaviors. The token functions like money in 
that it has no inherent value. Its value lies in the 
rewards it can be used to obtain. For example, prison- 
ers may be given tokens for keeping their cell in order, 
and they may be able to use the tokens to obtain certain 
privileges, such as extra desserts or extra exercise time. 
Most follow-up data indicates that behaviors rein- 
forced by tokens, or any other secondary reinforcer, 
are usually not maintained once the reinforcement sys- 
tem is discontinued. Thus, while token economies can 
be quite successful in regulating and teaching behaviors 
in certain controlled settings, they have not proven 
successful in creating long-term behavioral change. 
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in which reinforcements are contingent on a targeted 
response. 


Reinforcement schedule—The timing and pattern- 
ing of reinforcement presentation with respect to 
the response. 


Shaping—The gradual achievement of a desired 
behavior by systematically reinforcing smaller com- 
ponents of it or similar behaviors. 


Systematic desensitization—A therapeutic techni- 
que designed to decrease anxiety toward an object 
or situation. 


Token economy—A therapeutic environment in 
which tokens representing rewards are used as sec- 
ondary reinforcers to promote certain behaviors. 


Unconditioned reinforcers—Also called primary 
reinforcers, they are inherently reinforcing and usu- 
ally biological in nature serving to satisfy physiolog- 
ical needs. In classical conditioning they are also any 
unconditioned stimuli. 


Systematic desensitization is a therapeutic techni- 
que based on a learning theory that has been success- 
fully used in psychotherapy to treat phobias and 
anxiety about objects or situations. Systematic desen- 
sitization consists of exposing the client to a series of 
progressively more tension-provoking stimuli directly 
related to the fear. This is done under relaxed condi- 
tions until the client is successfully desensitized to his 
fear. Fear of public speaking, for example, might be 
gradually overcome by first showing the client pictures 
of such situations, then movies, then taking them to an 
empty auditorium, then having them give a speech 
within the empty auditorium, etc., until his anxiety is 
extinguished. Systematic desensitization may be per- 
formed in numerous ways, depending on the nature of 
the fear and the client. 


Current status/future developments 


Recent trends in reinforcement research include 
conceptualizing the process underlying reinforcement 
as a physiological neural reaction. Some theorists 
believe the concept of reinforcement is superfluous 
in that some learning seems to occur without it, 
and simple mental associations may more adequately 
explain learning. The study of reinforcement is, 
for the most part, embedded in learning theory 
research. 
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Learning theories and the study of reinforcement 
achieved a central place in American experimental 
psychology from approximately the 1940s through 
the 1960s. Over time it became clear, however, that 
learning theories could not easily account for certain 
aspects of higher human learning and complex behav- 
iors such as language and reasoning. More cognitively 
oriented theories focusing on internal mental proc- 
esses were put forth, in part to fill that gap, and they 
have gained increasing support. Learning theories are 
no longer quite as exalted. Nonetheless, more recently, 
a number of psychologists have powerfully explained 
many apparently complex aspects of human cognition 
by applying little more than some basic principles of 
associative learning theory. In addition, these same 
principles have been persuasively used to explain 
certain decision-making processes, and they show 
potential for explaining a number of well-known yet 
poorly understood elements of perceptual learning. 
While learning theories may not be as powerful as 
their creators and supporters had hoped, they have 
added greatly to our understanding of certain aspects 
of learning and of changing behavior, and they 
show great potential for continuing to add to our 
knowledge. 
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| Relation 


In mathematics, a relation is any collection of 
ordered pairs. The fact that the pairs are ordered is 
important, and means that the ordered pair (a, b) is 
different from the ordered pair (b, a) unless a = b. For 
most useful relations, the elements of the ordered pairs 
are naturally associated or related in some way. 


More formally, a relation is a subset (a partial 
collection) of the set of all possible ordered pairs 
(a, b) where the first element of each ordered pair is 
taken from one set (call it A), and the second element 
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KEY TERMS 


Cartesian product—The Cartesian product of two 
sets A and B is the set of all possible ordered pairs 
(a, b) formed by taking the first element of the pair 
from the set A and the second element of the pair 
from the set B. 


Domain—The set of elements appearing as first 
members in the ordered pairs of a relation. 


Function—A function is a relation for which no two 
ordered pairs have the same first element. 


Ordered pair—An ordered pair (a, b) is a pair of 
elements associated in such a way that order mat- 
ters. That is, the ordered pair (a, b) is different from 
(b, a) unless a=b. 


Range—The set containing all the values of the 
function. 


Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


Subset—A set, S, is called a subset of another set, I, 
if every member of S is contained in I. 


of each ordered pair is taken from a second set (call 
it B). A and B are often the same set; that is, A = B is 
common. The set of all such ordered pairs formed by 
taking the first element from the set A and the second 
element from the set B is called the Cartesian product 
of the sets A and B, and is written A x B. A relation 
between two sets then, is a specific subset of the 
Cartesian product of the two sets. 


Since relations are sets at ordered pairs they can be 
graphed on the ordinary coordinate plane if they have 
ordered pairs of real numbers as their elements (real 
numbers are all of the terminating, repeating and non- 
repeating decimals); for example, the relation that 
consists of ordered pairs (x, y) such that x = yisa 
subset of the plane, specifically, those points on the 
line x = y (Figure 1). Another example of a relation 
between real numbers 1s the set of ordered pairs (x, y), 
such that x > y. This is also a subset of the coordinate 
plane, the half-plane below and to the right of the line 
X = y, not including the points on the line (Figure 2). 
Notice that because a relation is a subset of all possible 
ordered pairs (a, b), some members of the set A may 
not appear in any of the ordered pairs of a particular 
relation. Likewise, some members of the set B may not 
appear in any ordered pairs of the relation. The col- 
lection of all those members of the set A that appear in 
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Relativity, general 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 2. (Iilustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


at least one ordered pair of a relation form a subset of 
A called the domain of the relation. The collection of 
members from the set B that appear in at least one 
ordered pair of the relation form a subset of B called 
the range of the relation. Elements in the range of a 
relation are called values of the relation. One special 
and useful type of relation, called a function, is very 
important. For every ordered pair (a, b) ina relation, if 
every a is associated with one and only one b, then the 
relation is a function. That is, a function is a relation 
for which no two of the ordered pairs have the same 
first element. Relations and functions of all sorts are 
important in every branch of science, because they are 
mathematical expressions of the physical relationships 
we observe in nature. 
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l Relativity, general 


The theory of relativity was developed by the 
German physicist Albert Einstein (1879-1955) in the 
early twentieth century and quickly became one of the 
basic organizing ideas of physics. Relativity actually 
consists of two theories, the special theory (announced 
in 1905) and the general (1915). Special relativity 
describes the effects of straight-line, constant-velocity 
motion on the mass and size of objects and on 
the passage of time. It also states that mass and energy 
can be transformed into each other and that move- 
ment faster than the speed of light is impossible. 
General relativity describes the effects of accelerated 
(non-constant or curving) motion and of gravitational 
fields on mass, size, and time. It also states that 
matter and “empty” space influence each other in 
a complex fashion and that the universe is finite in size. 


According to relativity, our commonsense notions 
of space and time are only approximately true at best 
and are completely unreliable in many situations (e.g., 
in intense gravitational fields or for relative speeds 
approaching that of light). Relativity’s predictions 
have been extensively tested by experiment and 
found to be highly accurate; relativity is thus a 
“theory” in the scientific sense that it is a well-tested 
structure of ideas that explains a specific aspect of 
nature. The theory may be—will almost certainly 
be—changed and improved in the future, but as far 
as it goes it is not doubtful or speculative. 


History 


In the seventeenth century, Isaac Newton 
(1642-1727) proposed three laws of motion and one 
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of gravitation to describe and predict the motions of 
objects on the Earth and in the heavens. Newton’s 
laws worked very well, and became the centerpiece of 
the system of laws known as Newtonian physics. In the 
late nineteenth century, however, physicists began to 
be troubled by certain experiments that did not obey 
the predictions of the physics they knew. The need to 
account for these anomalies led to the development of 
both relativity and quantum mechanics in the early 
twentieth century. 


One such anomaly was the Michelson-Morley 
experiment, which disproved the hypothesis that light 
waves propagate through an intangible, universe-filling 
substance called the ether as ripples propagate in water. 
The puzzle for nineteenth-century physicists was this: 
light was guaranteed by Maxwell’s well-tested electro- 
magnetic theory to have a specific velocity (186,282 
miles per second [299, 972 km/sec], usually designated 
c). The Michelson-Morley experiment showed that light 
does not travel at c with respect to the ether, while 
certain astronomical tests had also ruled out the emitter 
theory of light, according to which every beam of light 
travels at c with respect to its source, like a bullet fired 
from a gun. Yet if a beam of light does not move at c 
with respect either to ether or to its source, what does it 
move at c with respect to? Einstein’s answer was simple 
yet radical: light moves at c with respect to everything, 
all the time. From this single bold hypothesis Einstein 
unfolded the entire theory of special relativity. 


Special relativity is called “special” because its 
equations are valid only for one special set of cases, 
namely, systems of phenomena moving in straight 
lines at constant velocities (inertial reference systems). 


Einstein at once sought to extend his equations to 
describe reference systems undergoing acceleration, 
not just inertial reference systems. This required him 
to account for gravity, which accelerates all objects. 
Since Newton, physicists had conceived of gravity as a 
“force,” a mysterious attraction exerted instantane- 
ously by every bit of matter on every other. Newton 
himself had been uncomfortable with this notion, but 
could not think of an alternative; Einstein did. As part 
of his general theory of relativity, he proposed that 
gravity is a manifestation of the geometry of space 
itself, and that this geometry is imposed on space by 
the matter in space. This implies that space is a thing 
having specific, changeable properties, not a feature- 
less void—“absolute space.” The proposal that space 
is not absolute was one of Einstein’s most daring ideas. 


On the basis of his general theory, Einstein made a 
number of interesting claims, such as that gravity 
propagates at the speed of light, that light itself must 
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be diverted by gravity, that time passes more slowly in 
a stronger gravitational field than in a weaker, and 
that the universe is finite in size. Scientists at once 
began looking for ways to test some of these claims. 
In 1919, a total eclipse of the sun allowed British 
astronomers to photograph stars whose light had, at 
just that time, to graze the sun on its way to Earth. 
Ordinarily, the sun’s glare prevents such observations; 
during an eclipse, they are possible because the sun is 
blocked by the moon. Einstein predicted that the stars’ 
light would be bent a certain, measurable amount by 
the sun’s gravity, changing the stars’ apparent posi- 
tion. The observations were made, and Einstein’s pre- 
diction was confirmed precisely. 


Another early check on general relativity was its 
ability to solve the long-standing puzzle of the orbit of 
the planet Mercury, which has peculiarities that can- 
not by explained by Newton’s laws. Each time 
Mercury orbits the sun the point at which it comes 
closest to the sun, its perihelion, shifts by a small 
amount. This small but measurable motion—termed 
precession—had first been measured by the French 
astronomer Urbain Leverrier (1811-1877) in 1859. 
The rate of precession of Mercury’s orbit is 43 seconds 
of arc per century, meaning that about three million 
years are required for a complete cycle of Mercury’s 
perihelion around the sun. All planets, including 
Earth, precess, but the effect was only measurable for 
Mercury because Mercury is closest to the sun, where 
the gravitational field is strongest. Newton’s theory of 
gravity could not account for Mercury’s precession, 
but general relativity could—a strong argument in 
its favor. In later years, many experiments have con- 
firmed the predictions of general relativity to high 
precision. Such confirmations are still regularly 
announced by physicists seeking to determine the 
bounds of the theory’s accuracy. 


Basic concepts of the theory 


To understand relativity one needs to first under- 
stand the concept of a reference frame. A reference 
frame is a conceptual system for locating objects and 
events in space and time. It consists of a “frame” or set 
of spatial coordinate axes (for example, north-south, 
east-west, and up-down) and of a “clock” (that is, any 
means of measuring time). Such a system is called a 
reference frame because any object or event’s position 
and state of motion can, in principle, be described by 
referring to points on the axes of the frame and to 
readings given by clocks. A description of any object 
or event’s location and speed depends on the reference 
frame on which the description is based. If, for exam- 
ple, you are riding ina car, you are at rest ina reference 
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frame that is rigidly attached to the car but are moving 
in a reference frame that is rigidly attached to the road. 
The two frames are moving relative to each other. 
A key insight of Einstein’s was that there is no absolute 
reference frame. That is, the reference frame attached 
to the car is precisely as valid as the frame attached to 
the road. A reference frame that is moving at a con- 
stant velocity in a straight line is termed an inertial 
reference frame. A reference frame that is accelerating 
or rotating is termed noninertial. As mentioned above, 
the theory of general relativity expands the theory of 
special relativity from inertial to noninertial reference 
frames. 


One of the effects of special relativity was to com- 
bine our concepts of space and time into a unified 
concept: space-time. According to the space-time con- 
cept, space and time are not independent as they are in 
everyday experience and in Newtonian physics: that is, 
in relativistic space-time an observer’s state of motion 
through space (velocity) has a real effect on how 
quickly time passes in their frame of reference (that 
is, a frame of reference moving with them) relative to 
observers in different frames of reference. General 
relativity allows that space-time to be “curved” by 
the matter contained in it, and explains gravity as a 
manifestation of curved space-time. 


General relativity 
Principle of equivalence 


Einstein’s general theory of relativity, announced 
in 1915, uses the principle of equivalence to explain the 
force of gravity. There are two logically equivalent 
statements of this principle. First, consider an enclosed 
room on Earth. In it, one feels a downward gravita- 
tional force. This force is what we call weight; it causes 
unsupported objects to accelerate downward at a rate 
of 32 ft/s” (9.8 m/s*). Now imagine an identical room 
located in space, far from any masses. There will be no 
gravitational forces in the room, but if the room is 
accelerated “upward” (in the direction of its ceiling) 
at 9.8 m/s*—say, by a rocket attacked to its base— 
then unsupported objects in the room will accelerate 
toward its floor at rate of 9.8 m/s”, and a person stand- 
ing in the room will feel normal Earth weight. We 
experience a similar effect when we are pushed back 
into the seat of a rapidly accelerating car. This type of 
force is termed an inertial force and is a result of being 
located in an accelerating (noninertial) reference frame. 
The inertial force acts in the opposite direction of the 
acceleration producing it (i.e., the room accelerates 
toward its ceiling, objects in the room “fall” toward 
its floor). Is it possible to tell, solely by means of 
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observations made inside the room, whether the room 
is on Earth or not? No; the conclusion is that gravita- 
tional forces are indistinguishable from inertial forces 
in an accelerating reference frame. 


What if the room in space is not accelerating? 
Then there will be no inertial forces, so objects in the 
room will not fall and the occupants will be weightless. 
Now imagine that the room is magically transported 
back to Earth, but by a slight error it appears in the air 
100 ft (30.5 m) above the ground rather than on the 
surface. Earth’s gravity will at once begin to accelerate 
the room downward at 9.8 m/s”. Just as when the room 
is accelerating in space, this acceleration will produce 
an inertial force that is indistinguishable from a grav- 
itational force. In this case, however, the inertial force 
is upward and the gravitational force (Earth’s pull) is 
downward. These forces cancel out exactly, rendering 
the occupants of the room weightless—for as long as it 
takes the room to fall 100 feet, at least. In general, 
then, objects that are in free fall—that is, falling freely 
in a gravitational field—will be weightless. Astronauts 
in orbit around Earth are weightless not because there 
is no gravity there, but because they are in free fall. 
You can test the claim that freely falling objects will be 
weightless by putting a small hole in the bottom of an 
empty plastic milk jug and filling the jug with water. 
Drop the jug, uncovering the hole at the moment of 
release. While the jug is falling no water will come out 
the hole, proving that freely falling water is weightless. 


The second statement of the principle of equiva- 
lence involves the concept of mass. Mass appears in 
two distinct ways in Newton’s laws. In Newton’s sec- 
ond law of motion, the amount of force required to 
accelerate an object increases as its mass increases. 
That is, it takes twice as much force to accelerate two 
kilograms of mass at a given rate as it takes to accel- 
erate one kilogram of mass. The sort of mass that 
appears in Newton’s second law is termed the inertial 
mass. Meanwhile, in Newton’s law of gravity the grav- 
itational force between two objects increases as the 
mass of the objects increases. The mass in the law of 
gravity is termed the gravitational mass. The inertial 
mass and gravitational mass of an object are expressed 
using the same units and are always equal, but there is 
no obvious reason, in Newtonian physics, why they 
should be. Newtonian physicists were obliged to 
accept the identity of inertial and gravitational mass 
as a sort of perfect coincidence. Einstein, however, 
declared that they are exactly the same thing. This is 
the second statement of the principle of equivalence. 


These two statements of the principle of equiva- 
lence are logically equivalent, meaning that it is 


GALE ENCYCLOPEDIA OF SCIENCE 4 


possible to use either statement to prove the other. The 
principle of equivalence is the basic assumption behind 
the general theory of relativity. 


Geometrical nature of gravity 


From the principle of equivalence, Einstein was 
able to derive the general theory of relativity. General 
relativity explains the force of gravity as a result of the 
geometry of space-time. To see how it does so, con- 
sider the example given above of the enclosed room 
being accelerated in space far from any masses. A 
person in the room throws a ball perpendicular to 
the direction of acceleration—that is, across the 
room. Because the ball is not being pushed directly 
by whatever is accelerating the room, it follows a path 
that is curved as seen by the person in the room. (You 
would see the same effect if you rolled a marble on a 
tray in an accelerating car. The marble’s path would 
curve toward the back of the car.) Now imagine that 
the ball is replaced by a beam of light shining sideways 
in the enclosed, accelerating room. The person in the 
room sees the light beam follow a curved path, just as 
the ball does and for the same reason. The only differ- 
ence is that the deflection of the light beam—how 
much it drops as it crosses the room—is smaller than 
the deflection of the ball, because the light is moving so 
fast it gets to the wall of the room before the room can 
move very far. 


Now consider the same enclosed room at rest on 
the surface of earth. A ball thrown sideways will fol- 
low a downward curved path because of Earth’s grav- 
itational field. What will a light beam do? The 
principle of equivalence states that it is not possible 
to distinguish between gravitational forces and inertial 
forces; therefore, any experiment must have the same 
result in the room at rest on earth as in the room 
accelerated in space. The equivalence principle thus 
predicts that a light beam will therefore be deflected 
downward in the room on earth just as it would in the 
accelerated room in space. In other words, light falls. 


The question is, why? Light has no mass. 
According to Newton’s law of gravity, only mass is 
affected by gravity. Light, therefore, which is weight- 
less, should move in a straight line. Einstein proposed 
that in a sense it does move in a straight line; that, in 
fact, the nature of straight lines is changed by the 
presence of mass, and this geometrical change is 
what gravity is. Another way of saying this is that 
space-time is “curved.” (The physical meaning of this 
statement is far from obvious, and this description is 
not meant to offer a complete explanation of the con- 
cept of curved space-time.) 
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Prior to Einstein, people thought of space and 
time as being independent of each other, and of 
space as being absolute (unaffected by matter and 
energy in it) and flat (Euclidean in geometry). 
Euclidean geometry is the set of rules that describes 
the geometry of flat surfaces and is studied in high- 
school geometry classes. In general relativity, how- 
ever, space-time is not necessarily Euclidean; the pres- 
ence of a mass curves or warps space-time. This 
warping is similar to the curvature in a horizontal 
sheet of rubber that is stretched downward by a weight 
placed in the center. The curvature of space-time is 
impossible to visualize, because it is the curvature of a 
four-dimensional space rather than of than a two- 
dimensional surface, but can be described mathemati- 
cally and is quite real. The curvature of space-time 
produces the effects we call gravity. When we travel 
long distances on the surface of Earth, we must follow 
a curved path because the surface of Earth is curved; 
similarly, an object traveling in curved space-time fol- 
lows a curved path. For example, Earth orbits the sun 
because space-time near the sun is curved. Earth’s 
nearly circular path around the sun is analogous to 
the path of marble circling the upper part of a curved 
funnel, refusing to fall in; an object falling straight 
toward the sun is like a marble rolling straight down 
into the funnel. 


One consequence of the curvature of space-time by 
matter is that the universe is finite in size. This does not 
mean that space comes to an end, as the space inside a 
balloon comes to an end at the inner surface of the 
balloon; space is finite but unbounded. Physicists often 
compare our situation to that of imaginary two- 
dimensional (perfectly flat) beings living on the sur- 
face of a sphere, who can make measurements only on 
the surface of the sphere and cannot see or even visualize 
the three-dimensional space in which their sphere is 
embedded. If they explore the whole surface of their 
universe they will find that it has only so many square 
inches of surface (is finite) but has no edges (is 
unbounded). Our universe is analogous. Furthermore, 
according to general relativity, the size of the universe 
depends directly on the amount of matter and energy init. 


Experimental verification 
Bending of light 


The first experimental confirmation of general 
relativity occurred in 1919, shortly after the theory 
was published. Newton’s law of gravity predicts that 
gravity will not deflect light, which is massless; how- 
ever, the principle of equivalence, on which general 


3671 


jessuas ‘A}ANeIaY 


Relativity, general 


relativity is founded, predicts that gravity will bend 
light rays. The nearest mass large enough to have a 
noticeable effect on light is the sun. The apparent 
position of a star almost blocked by the sun should 
be measurably shifted as the light from the star is bent 
by the sun’s gravity. As described above, observations 
made during the total eclipse of 1919 found the pre- 
dicted shift. 


More recently, this effect has been observed in the 
form of gravitational lenses. If a galaxy is located 
directly between us and a more distant object, say a 
quasar, the mass of the galaxy bends the light coming 
almost straight towards us (but passing around the 
galaxy) from the more distant object. If the amount 
of bending is just right, light from the quasar that 
would otherwise have missed us is focused on us by 
the galaxy’s gravity. When this occurs we may see two 
or more images of the quasar, dotted around the image 
of the intervening galaxy. A number of gravitational 
lenses have been observed. 


Binary pulsar 


The 1993 Nobel Prize in physics was awarded to 
U.S. physicists Joseph Taylor (1941-) and Russell 
Hulse (1950-—) for their 1974 discovery of a binary 
pulsar. A pulsar, or rapidly rotating neutron star, is 
the final state of some stars; a star become a neutron 
star if, once its nuclear fuel has burnt out, its gravity is 
strong enough to collapse it to about the size of a small 
city. A binary pulsar is two pulsars orbiting each other. 
Because pulsars are extremely dense they have 
extremely strong enough gravitational fields. Binary 
pulsars therefore provide an excellent experimental 
test of general relativity’s predictions, which vary 
most from the predictions of Newtonian theory for 
strong fields. General relativity predicts that some sys- 
tems of objects—including binary pulsars—should 
emit gravity waves that travel at the speed of light, 
and that these waves should remove energy from such 
systems. This energy loss should slowly brake the speed 
of rotation of a binary pulsar. Taylor and Hulse were 
able to measure a binary pulsar’s rate of slowing, and 
showed that it agreed with the predictions of general 
relativity. 


Consequences of general relativity 


The German astronomer Karl Schwarzschild 
(1873-1916) first used general relativity to predict the 
existence of black holes, which are stars that are so 
dense that not even light can escape from their gravita- 
tional field. Because the gravitational field around a 
black hole is so strong, we must use general relativity to 


3672 


understand the properties of black holes; indeed, most 
of what we know about black holes comes from theo- 
retical studies based on general relativity. Ordinarily we 
think of black holes as having been formed from the 
collapse of a massive star, but American physicist 
Stephen Hawking (1942-) has combined general rela- 
tivity with quantum mechanics to predict the existence 
of primordial quantum black holes. These primordial 
black holes (if they exist) were formed by the extreme 
turbulence of the big bang during the formation of the 
Universe. Hawking predicts that over sufficiently long 
time these small, quantum black holes—and larger 
black holes, too—can evaporate, that is, lose their 
mass to surrounding space despite their intense gravity, 
like drops of water evaporating into dry air. This view 
has replaced the earlier, too-simple belief that nothing 
can escape from a black hole. 


General relativity also has important implications 
for cosmology, the study of the structure of the 
Universe. The equations of general relativity state not 
only that the universe is finite but that it may be con- 
tracting or expanding. Einstein noticed this result of his 
theory, but assumed that the universe must be stable in 
size, neither contracting nor expanding, and therefore 
added to his equations a numerical term called the 
“cosmological constant.” This constant was basically 
a fudge factor that Einstein used to adjust his equations 
so that they predicted a static universe. Later, 
American astronomer Edwin Hubble (1889-1953), 
after whom the Hubble Space Telescope is named, 
discovered that the universe is expanding. Einstein vis- 
ited Hubble, examined his data, and admitted that 
Hubble was right. Einstein later called his cosmological 
constant the biggest blunder of his life; however, mod- 
ern cosmologists have found that Einstein may have 
been right after all about the need for a cosmological 
constant in the equations of general relativity. Recent 
observations show that the universe’s rate of expansion 
is probably accelerating. This means that some force 
resembling negative gravity—a “force” that originates 
in matter but that pushes other matter away rather 
than attracting it—may exist. If it does, a nonzero 
value for Einstein’s cosmological constant may be 
required to describe the structure of the universe. 
Astronomers are debating and researching this ques- 
tion intensively. 


Albert Einstein’s general theory of relativity fun- 
damentally changed the way we understand gravity 
and the universe in general. So far, it has passed all 
experimental tests. This, however, does not mean that 
Newton’s law of gravity is wrong. Newton’s law is an 
approximation of general relativity; that is, in the 
approximation of small gravitational fields, general 
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KEY TERMS 


General relativity—The part of Einstein’s theory of 
relativity that deals with accelerating (noninertial) 
reference frames. 


Principle of equivalence—The basic assumption of 
general relativity: gravitational forces are indistin- 
guishable from apparent forces caused by accelerat- 
ing reference frames, or alternatively, gravitational 
mass is identical to inertial mass. 


Reference frames—A system, consisting of both a 
set of coordinate axes and a clock, for locating an 
object’s (or event’s) position in both space and 
time. 


Space-time—Space and time combined as one uni- 
fied concept. 


Special relativity—The part of Einstein’s theory of 
relativity that deals only with nonaccelerating 
(inertial) reference frames. 


relativity reduces to Newton’s law of gravity. General 
relativity, too, is only an approximate description of 
certain aspects of nature. This is known because gen- 
eral relativity does not agree with the predictions of 
quantum mechanics (the other great organizing idea 
of modern physics) in describing extremely small phe- 
nomena. Quantum mechanics, similarly, makes excel- 
lent predictions in its own domain of application (the 
extremely small) but erroneous predictions at the cos- 
mic scale. Physicists are striving to discover an even 
more general or unified theory that will yield both 
general relativity and quantum mechanics as special 
cases. 


See also Gravitational lens; Mercury (planet). 
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l Relativity, special 


German-American physicist Albert Einstein’s 
(1879-1955) theory of relativity consists of two 
major parts, the special theory of relativity and the 
general theory of relativity. Special relativity deals 
with phenomena that become noticeable when travel- 
ing near the speed of light at a constant straight-line 
velocity. Such objects are said to exist in inertial refer- 
ence frames. General relativity deals with noninertial 
reference frames, namely, those that are accelerating, 
and with the phenomena that occur in strong gravita- 
tional fields. General relativity also uses the curvature 
of space to explain gravity. 


History 


In the seventeenth century, English physicist 
and mathematician Sir Isaac Newton’s (1642-1727) 
Philosophiae Naturalis Principia © Mathematica 
(Mathematical Principles of Natural Philosophy) 
accomplished a grand synthesis of physics that used 
three laws of motion and the law of gravity to explain 
motions we observe both on the Earth and in the 
heavens. These laws worked very well, and continue 
to be used in modern day engineering. 


In eighteenth and nineteenth centuries, philosoph- 
ical and religious thought led many scientists to accept 
the argument that seemingly separate forces of nature 
shared an absolute reference frame. Against this back- 
drop, nineteenth century experimental work in elec- 
tricity and magnetism resulted in James Clerk 
Maxwell’s (1831-1879) unification of concepts regard- 
ing electricity, magnetism, and light in his four famous 
equations describing electromagnetism. Maxwell and 
others scientists were, however, convinced that even 
electromagnetic waves needed propagating medium, 
just as waves in air require air and waves in water 
require water; thus, he and other scientists tried to 
establish the existence and properties of an “ether” 
or transmission medium for electromagnetic waves. 


The nonexistence of ether was subsequently dem- 
onstrated by ingenious experiments of Albert Michelson 
(1852-1931) and Edward Morley (1838-1923). The 
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importance and implications of the Michelson-Morley 
experiment was lost to much of the scientific world. 
Many scientists thought the Michelson-Morley result 
was simply a problem of experimental design or accu- 
racy. In contrast, Einstein, then a clerk in the Swiss 
patent office, developed a theory of light that incorpo- 
rated implications of Maxwell’s equations and of the 
nonexistence of ether. 


Important implications of Einstein’s special 
theory—“special” because restricted to inertial reference 
frames—were length contraction and time dilation for 
bodies moving near the speed of light. In separate papers 
published in 1889, Irish physicist George Francis 
FitzGerald (1851-1901) and Dutch physicist Hendrik 
Antoon Lorentz (1853-1928) had pointed out that if 
the ether did exist, then the length of an object would 
change as it moved through the ether, the amount of 
contraction related to the square of the ratio of the 
object’s velocity to the speed of light. Subsequently this 
proposed effect was know as the FitzGerald-Lorentz 
contraction. Near the same time, French mathematician 
Jules-Henri Poincaré (1854-1912) pointed out problems 
with concepts of simultaneity—the idea of a single, uni- 
versal time-flow—and, just a year before Einstein pub- 
lished the special theory of relativity, Poincaré pointed 
out that observers in different reference frames would 
measure time differently. These anomalies led to the 
development of both relativity and quantum mechanics 
in the early part of the twentieth century. 


In formulating his special theory of relativity, 
Einstein made the simple fundamental assumption 
that the laws of physics must be the same in all inertial 
(moving) reference frames. Since the speed of light 
arises directly out of the properties of magnetic and 
electric fields, as described by Maxwell, this meant 
that the speed of light must be constant regardless of 
its direction of propagation and independent of the 
velocity of the observer. The speed of light arises from 
physics, and physics must be the same, Einstein 
assumed, for all observers in inertial frames. 


Key to the development of special relativity was 
Einstein’s confidence in the results of the Michelson- 
Morley experiment. To understand this experiment, 
imagine a bored brother and sister on a long train 
ride. (Einstein liked thought experiments using trains.) 
To pass the time, they get up and start throwing a 
baseball up and down the aisle of the train. The boy 
is in the front and the girl in the back. The train is 
traveling at 60 mph, and they can each throw the ball at 
30 mph. As seen by an observer standing on the bank 
outside the train, the ball appears to be traveling 30 
mph (60 — 30) when the boy throws the ball to the girl 
and 90 mph (60 + 30) when the girl throws it back. The 
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Michelson-Morley experiment was designed to look 
for similar behavior in light. Earth orbiting the Sun 
takes the place of the train, and the measured speed of 
light (like the baseball’s speed) should vary by Earth’s 
orbital speed depending on the direction the light is 
traveling. The experiment did not work as expected; 
the speed of light did not vary. Because Einstein took 
this result as the basic assumption that led to the special 
theory of relativity, the Michelson-Morley experiment 
is sometimes referred to as the most significant negative 
experiment in the history of science. 


The orbit of the planet Mercury around the sun 
has some peculiarities that can not by explained by 
Newton’s classical laws of physics. The general theory 
of relativity can explain these peculiarities; they are 
described in the article on general relativity. 


Special relativity 


To understand many concepts in relativity one 
first needs to understand the concept of a reference 
frame. A reference frame is a system for locating an 
object’s (or event’s) position in both space and time. It 
consists of both a set of coordinate axes and a clock. 
An object’s position and motion will vary in different 
reference frames. Go back to the example above of the 
boy and girl tossing the ball back and forth in a train. 
The boy and girl are in the reference frame of the train; 
the observer on the bank is in the reference frame of 
Earth. The reference frames are moving relative to 
each other, but there is no absolute reference frame. 
Either reference frame is as valid as the other. 


For his special theory of relativity, published in 
1905, Einstein assumed the result of the Michelson- 
Morley experiment. The speed of light will be the same 
for any observer in any inertial reference frame, 
regardless of how fast the observer’s reference frame 
is moving. Einstein also assumed that the laws of 
physics are the same in all reference frames. In the 
special theory, Einstein limited himself to the case of 
nonaccelerating, nonrotating reference frames (mov- 
ing at a constant velocity), which are called inertial 
reference frames. 


From these assumptions, Einstein was able to find 
several interesting consequences that are noticeable at 
speeds close to the speed of light (usually taken as greater 
than one tenth the speed of light). These consequences 
may violate our everyday common sense, which is based 
on the sum total of our experiences. Because we 
have never traveled close to the speed of light we have 
never experienced these effects. We can, however, accel- 
erate atomic particles to speeds near the speed of light, 
and they behave as special relativity predicts. 
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Space-time 


Special relativity unified our concepts of space 
and time into the unified concept of space-time. In 
essence time is a fourth dimension and must be 
included with the three space dimensions when we 
talk about the location of an object or event. As a 
consequence of this unification of space and time the 
concept of simultaneous events has no absolute mean- 
ing. Whether or not two events occur simultaneously 
and the order in which different events occurs depends 
on the reference frame of the observer. 


If, for example, you want to meet a friend for 
lunch, you have to decide both which restaurant to 
eat at and when to eat lunch. If you get either the time 
or the restaurant wrong you are not able to have lunch 
with your friend. You are in essence specifying the 
space-time coordinates of an event, a shared lunch. 
Note that both the space and time coordinates are 
needed, so space and time are unified into the single 
concept of space-time. 


Unusual effects of motion 


Imagine a rocket ship traveling close to the speed 
of light. A number of unusual effects occur: Lorentz 
contraction, time dilation, and mass increase. These 
effects are as seen by an outside observer at rest. To the 
pilot in the reference frame of the rocket ship all 
appears normal. These effects will occur for objects 
other than rocket ships and do not depend on there 
being someone inside the moving object. Additionally, 
they are not the result of faulty measuring devices 
(clocks or rulers); they result from the fundamental 
properties of space-time. 


A rocket moving close to the speed of light will 
appear shorter as seen by an outside observer at rest. 
All will appear normal to an observer such as the pilot 
moving close to the speed of light inside the rocket. As 
the speed gets closer to the speed of light, this effect 
increases. If the speed of light were attainable the 
object would appear to have a length of zero to an 
observer at rest. The length of the rocket (or other 
moving object) measured by an observer at rest in 
the reference frame of the rocket, such as the pilot 
riding in the rocket, is called the proper length. This 
apparent contraction of a moving object as seen by an 
outside observer is called the Lorentz contraction. 


A similar effect, time dilation, occurs for time. As 
seen by an outside observer at rest, a clock inside a 
rocket moving close to the speed of light will move 
more slowly. The same clock appears normal to the 
pilot moving along with the rocket. The clock is not 
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defective; the rate at which time flows changes. 
Observers in different reference frames will measure 
different time intervals between events. The time inter- 
val between events measured both at rest in the refer- 
ence frame of the events and with the events happening 
at the same place is called the proper time. This time 
dilation effect increases as the rocket gets closer to the 
speed of light. Traveling at the speed of light or faster 
is not possible according to special relativity, but if it 
were, time would appear to the outside observer to 
stop for an object moving at the speed of light and to 
flow backward for an object moving faster than light. 
(The idea of time dilation is amusingly exaggerated in 
a famous limerick by Arthur Reginald Buller, 1912: 
“There was a young lady named Bright, Whose speed 
was much faster than light. She set out one day, In a 
relative way, And returned on the previous night.”) As 
seen by an outside observer, the mass of the rocket 
moving close to the speed of light increases. This effect 
increases as the speed increases so that if the rocket 
could reach the speed of light it would have an infinite 
mass. As for the previous two effects to an observer in 
the rocket, all is normal. The mass of an object meas- 
ured by an observer in the reference frame in which the 
object is at rest is called the rest mass of the object. 


These three effects are usually thought of in terms 
of an object, such as a rocket, moving near the speed of 
light with an outside observer who is at rest. But it is 
important to remember that according to relativity 
there is no preferred or absolute reference frame. 
Therefore the viewpoint of the pilot in the reference 
frame of the rocket is equally valid. To the pilot, the 
rocket is at rest and the outside observer is moving 
near the speed of light in the opposite direction. The 
pilot therefore sees these effects for the outside 
observer. Who is right? Both are. 


Speed of light limit 


Think about accelerating the rocket in the above 
example. To accelerate the rocket (or anything else) an 
outside force must push on it. As the speed increases, 
the mass appears to increase as seen by outside observ- 
ers including the one supplying the force (the one 
doing the pushing). As the mass increases, the force 
required to accelerate the rocket also increases. (It 
takes more force to accelerate a refrigerator than a 
feather.) As the speed approaches the speed of light 
the mass and hence the force required to accelerate 
that mass approaches infinity. It would take an infinite 
force to accelerate the object to the speed of light. 
Because there are no infinite forces no object can 
travel at the speed of light. An object can be acceler- 
ated arbitrarily close to the speed of light, but the 
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speed of light can not be reached. Light can travel at 
the speed of light only because it has no mass. The 
speed of light is the ultimate speed limit in the universe. 


E=mc 


This famous equation means that matter and 
energy are interchangeable. Matter can be directly 
converted to energy, and energy can be converted to 
matter. The equation, E =mc’, is then a formula for 
the amount of energy corresponding to a certain 
amount of matter. E represents the amount of energy, 
m the mass, and c the speed of light. Because the speed 
of light is very large a small amount of matter can be 
converted to a large amount of energy. This change 
from matter into energy takes place in nuclear reac- 
tions such as those occurring in the sun, nuclear reac- 
tors, and nuclear weapons. Nuclear reactions release 
so much energy and nuclear weapons are so devastat- 
ing because only a small amout of mass produces a 
large amount of energy. 


A pair of paradoxes 


A paradox is an apparent contradiction that upon 
closer examination has a noncontradictory explana- 
tion. Several paradoxes arise from the special theory 
of relativity. The paradoxes are interesting puzzles, 
but more importantly, help illustrate some of the con- 
cepts of special relativity. 


Perhaps the most famous is the twin paradox. 
Two twins are initially the same age. One of the 
twins becomes an astronaut and joins the first inter- 
stellar expedition, while the other twin stays home. 
The astronaut travels at nearly the speed of light to 
another star, stops for a visit, and returns home at 
nearly the speed of light. From the point of view of 
the twin who stayed home, the astronaut was traveling 
at nearly the speed of light. Because of time dilation 
the homebound twin sees time as moving more slowly 
for the astronaut, and is therefore much older than the 
astronaut when they meet after the trip. The exact age 
difference depends on the distance to the star and the 
exact speed the astronaut travels. Now think about 
the astronaut’s reference frame. The astronaut is at 
rest in this frame. Earth moved away and the star 
approached at nearly the speed of light. Then Earth 
and star returned to their original position at nearly 
the speed of light. So, the astronaut expects to be old 
and reunite with a much younger twin after the trip. 
The resolution to this paradox lies in the fact that for 
the twins to reunite, one of them must accelerate by 
slowing down, turning around and speeding up. This 
acceleration violates the limitation of special relativity 
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to inertial (nonaccelerating) reference frames. The 
astronaut, who is in the noninertial frame, is therefore 
the younger twin when they reunite after the trip. 
Unlike much science fiction in which star ships go 
into a fictional warp drive, real interstellar travel will 
have to deal with the realities of the twin paradox and 
the speed of light limit. 


The garage paradox involves a very fast car and a 
garage with both a front and back door. When they 
are both at rest, the car is slightly longer than the 
garage, so it is not possible to park the car in the 
garage with both doors closed. Now imagine a reckless 
driver and a doorman who can open and close both 
garage doors as fast as he wants but wants only one 
door open at a time. The driver drives up the driveway 
at nearly the speed of light. The doorman sees the car 
as shorter than the garage, opens the front door, 
allows the car to drive in, closes the front door, 
opens the back door, allows the car to drive out with- 
out crashing, and closes the back door. The driver on 
the other hand, sees the garage as moving and the car 
as at rest. Hence, to the driver the garage is shorter 
than the car. How was it possible, in the driver’s 
reference frame, to drive through the garage without 
a crash? The driver sees the same events but in a differ- 
ent order. The front door opens, the car drives in, the 
back door opens, the car drives through, the front 
door closes, and finally the back door closes. The key 
lies in the fact that the order in which events appear to 
occur depends on the reference frame of the observer. 
(See the section on space-time.) 


Experimental verification 


Like any scientific theory, the theory of relativity 
must be confirmed by experiment. So far, relativity has 
passed all its experimental tests. The special theory 
predicts unusual behavior for objects traveling near 
the speed of light. So far no human has traveled near 
the speed of light. Physicists do, however, regularly 
accelerate subatomic particles with large particle accel- 
erators like the recently canceled Superconducting 
Super Collider (SSC). Physicists also observe cosmic 
rays which are particles traveling near the speed of light 
coming from space. When these physicists try to pre- 
dict the behavior of rapidly moving particles using 
classical Newtonian physics, the predictions are 
wrong. When they use the corrections for Lorentz 
contraction, time dilation, and mass increase required 
by special relativity, it works. For example, muons are 
very short lived subatomic particles with an average 
lifetime of about two millionths of a second. However 
when they are traveling near the speed of light phys- 
icists observe much longer apparent lifetimes for 
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KEY TERMS 


General relativity—The part of Einstein’s theory of 
relativity that deals with accelerating (noninertial) 
reference frames. 


Lorentz contraction—An effect that occurs in spe- 
cial relativity; to an outside observer the length 
appears shorter for an object traveling near the 
speed of light. 


Reference frames—A system, consisting of both a 
set of coordinate axes and a clock, for locating an 
object’s (or event’s) position in both space and 
time. 


Space-time—Space and time combined as one uni- 
fied concept. 


Special relativity—The part of Einstein’s theory of 
relativity that deals only with nonaccelerating 
(inertial) reference frames. 


Time dilation—An effect that occurs in special rel- 
ativity; to an outside observer time appears to slow 
down for an object traveling near the speed of light. 


muons. Time dilation is occurring for the muons. As 
seen by the observer in the lab time moves more slowly 
for the muons traveling near the speed of light. 


Time dilation and other relativistic effects are 
normally too small to measure at ordinary velocities. 
But what if we had sufficiently accurate clocks? In 
1971, two physicists, J.C. Hafele and R.E. Keating, 
used atomic clocks accurate to about one billionth ofa 
second (one nanosecond) to measure the small time 
dilation that occurs while flying in a jet plane. They 
flew atomic clocks in a jet for 45 hours then compared 
the clock readings to a clock at rest in the laboratory. 
To within the accuracy of the clocks they used, time 
dilation occurred for the clocks in the jet as predicted 
by relativity. Relativistic effects occur at ordinary 
velocities, but they are too small to measure without 
very precise instruments. 


The formula E = mc’ predicts that matter can be 
converted directly to energy. Nuclear reactions that 
occur in the Sun, in nuclear reactors, and in nuclear 
weapons confirm this prediction experimentally. 


Albert Einstein’s special theory of relativity fun- 
damentally changed the way scientists characterize 
time and space. So far it has passed all experimental 
tests. It does not however mean that Newton’s law of 
physics is wrong. Newton’s laws are an approximation 
of relativity. In the approximation of small velocities, 
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special relativity reduces to Newton’s laws. Relativity, 
in turn is an approximation to some other, even more 
comprehensive law that will include the facts of quan- 
tum physics (which relativity ignores). 


See also Cosmology; Quantum mechanics. 
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! Remote sensing 


Remote sensing is the science and art of obtaining 
and interpreting information about an object, area, or 
phenomenon through the analysis of data acquired by 
a sensor that is not in contact with the object, area, or 
phenomenon being observed. There are four major 
characteristics of a remote sensing system, namely, 
an electromagnetic energy source, transmission path, 
target, and sensor. 


The sun is a common source of electromagnetic 
energy. It radiates solar energy in all directions. Earth 
reflects the energy from the Sun and emits some energy 
in the form of heat. 


Based on the energy source, remote sensing systems 
can be grouped into two types, passive and active sys- 
tems. Passive remote sensing systems detect radiation 
that is reflected and/or emitted from the surface features 
of Earth. Examples are the Landsat and European 
SPOT satellite systems. Active remote sensing systems 
provide their own energy source. For example, the 
Radarsat-1 synthetic aperture radar (SAR) system has 
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an antenna that beams pulses of electromagnetic energy 
towards the target. 


The transmission path is the space between the 
electromagnetic energy source and the target, and 
back to the sensor. In the case of Earth observation, 
the transmission path is usually the atmosphere of 
Earth. While passing through Earth’s atmosphere, 
the electromagnetic energy can be scattered by minute 
particles or absorbed by gases such that its strength 
and spectral characteristics are modified before being 
detected by the sensor. 


The target could be a particular object, an area, or 
phenomenon. For example, it could be a ship, city, 
forest cover, mineralized zone, water body, a forest 
fire, or a combination thereof. 


Electromagnetic energy that hits a target, called 
incident radiation, interacts with matter or the target 
in several ways. The energy can be reflected, absorbed, 
or transmitted. When incident radiation hits a smooth 
surface, it is reflected or bounced in the opposite 
direction like a light bouncing off a mirror. If it hits a 
relatively rough surface, it could be scattered in all 
directions in a diffuse manner. When incident radia- 
tion is absorbed, it loses its energy largely to heating 
the matter. A portion of the energy may be emitted by 
the heated substance, usually at longer wavelengths. 
When incident radiation is transmitted, it passes 
through the substance such as from air into pure 
water. 


The sensor is a device that detects reflected and/or 
emitted energy. Passive remote sensing systems carry 
optical sensors that detect energy in the visible, infra- 
red, and thermal infrared regions of the electromag- 
netic spectrum. Common sensors used are cameras 
and charge-coupled detectors (CCD) mounted on 
either airborne or space-borne platforms. In active 
remote sensing systems, the same antenna that sends 
out energy pulses detects the return pulse. 


Present applications of remote sensing are numer- 
ous and varied. They include land cover mapping and 
analysis, land use mapping, agricultural plant health 
monitoring and harvest forecast, water resources, wild- 
life ecology, archeological investigations, snow and ice 
monitoring, disaster management, geologic and soil 
mapping, mineral exploration, coastal resource man- 
agement, military surveillance, and many more. 


One main advantage of a remote sensing system is 
its ability to provide a synoptic view of a wide area ina 
single frame. The width of a single frame, or swath 
width, could be 37 mi x 37 mi (60 km x 60 km) in the 
case of the European SPOT satellite, or as wide as 115 
mi x 115 mi (185 km x 185 km) in the case of Landsat. 
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Remote sensing systems can provide data and infor- 
mation in areas where access is difficult as rendered by 
terrain, weather, or military security. The towering 
Himalayas, the bitterly cold Antarctic regions, and 
the vast open ocean provide good examples of these 
types of environments. Active remote sensing systems 
provide cloud-free images that are available in all 
weather conditions, day or night. Such systems 
are particularly useful in tropical countries where con- 
stant cloud cover may obscure the target area. In 2002, 
the United States military initiatives in Afghanistan 
used remote sensing systems to monitor troops and 
vehicle convoy movements at spatial resolutions of 
less than one meter to a few meters. Spatial resolution 
or ground resolution is a measure of how small an 
object on Earth’s surface can be measured by a sensor 
as separate from its surroundings. 


The greater advantage of remote sensing systems 
is the capability of integrating multiple, interrelated 
data sources and analysis procedures. This could be a 
multistage sensing wherein data on a particular site is 
collected from the multiple sources at different alti- 
tudes like from a low altitude aircraft, a high altitude 
craft, a space shuttle, and a satellite. It could also be a 
multispectral sensing wherein data on the same site are 
acquired in different spectral bands. Landsat-5, for 
example, acquires data simultaneously in seven wave- 
length ranges of the electromagnetic spectrum. Or, it 
could be a multitemporal sensing whereby data are 
collected on the same site at different dates. For exam- 
ple, data may be collected on rice-growing land at 
various stages of the crop’s growth, or on a volcano 
before and after a volcanic eruption. 


Two satellite systems in use today are the Landsat 
and Radarsat remote sensing systems. Landsat is the 
series of Earth observation satellites launched by the 
U.S. National Aeronautics and Space Administration 
(NASA) under the Landsat Program in 1972 to the 
present. The first satellite, originally named Earth 
Resources Technology Satellite-1 (ERTS-1), was 
launched on July 22, 1972. In 1975, NASA renamed 
the “ERTS” Program the “Landsat” Program and the 
name ERTS-1 was changed to Landsat-1. All follow- 
ing satellites carried the appellation of Landsat. As of 
2006, seven Landsat satellites have been launched. The 
latest, Landsat-7 was launched on July 15, 1999. 


Landsat-7 carries the Enhanced Thematic Mapper 
Plus (ETM-+) sensor. The primary features of Landsat- 
7 include a panchromatic band with 49 ft (15 m) spatial 
resolution and a thermal infrared channel (Band 6) 
with 197 ft (60 m) spatial resolution. Like its predeces- 
sors, the Landsat-4 and -5, Landsat-7 ETM-+ includes 
the spectral bands 1, 2, 3, 4, 5, 6 and 7. The spatial 
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resolution remains at 98 ft (30 m), except for band 6 in 
which the resolution is increased from 394 ft (120 m) to 
197 ft (60 m). Landsat-7 orbits Earth at an altitude of 
438 mi (705 km). It has a repeat cycle of 16 days, 
meaning it returns to the same location every 16 days. 


Radarsat is the series of space-borne SAR systems 
developed by Canada. Radarsat-1, launched on 
November 4, 1995 by NASA, carries a C-band 0.022 
in (5.6 cm wavelength) antenna that looks to the right 
side of the platform. The antenna transmits at 5.3 GHz 
with an HH polarization (Horizontally transmitted, 
Horizontally received). It can be steered from 10-59 
degrees. The swath width can be varied to cover an 
area from 31 mi (50 km) in fine mode to 311 mi (500 
km) in ScanSAR Wide mode. Radarsat-1 orbits Earth 
at an altitude of 496 mi (798 km) and has a repeat cycle 
of 24 days. 


At least seven space-borne remote sensing systems 
are planned for launch in 2007 alone. Radarsat-2 will 
be launched in March of 2007 on a Russian Soyuz 
vehicle. Italy, Germany, and India also have planned 
launches of SAR systems. 


See also Seismograph. 
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l Reproductive system 


The reproductive system is the structural and 
physiological network whose purpose is the creation 
of a new life to continue the species. It is the only body 
system that is not concerned with supporting the life of 
its host. Human reproduction is sexual—meaning that 
both a male and a female are required to produce a 
life. Gender is determined at conception by the sex 
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chromosome in the sperm that fertilizes an egg. The 
developing male or female has a reproductive system 
characteristic of its sex. However, boys and girls can 
not reproduce until sexual maturation occurs at pub- 
erty. The male reproductive system is designed specif- 
ically to produce and deliver sperm to the egg in the 
female. The female reproductive system is designed to 
develop ova (eggs) and prepare for egg fertilization by 
a sperm. The male and female systems are both ana- 
tomically and biochemically designed to join and 
make a new life. However, the reproductive system is 
unique among body systems in that a person may 
choose not to use it to its full capacity—to procreate. 
Individuals can decide not to reproduce. 


The male reproductive system 


The main tasks of the male reproductive system 
are to provide sex hormones, to produce sperm, and to 
transport sperm from the male to a female. The first 
two tasks are performed by the testes, while the third 
job is carried out by a series of ejaculatory ducts and 
the penis. The two testes are contained within the 
scrotum, which hangs below the body between the 
legs. Each testis is attached at its top to an epididymis, 
which contains numerous sperm ducts. The epidiy- 
mides (plural) send sperm through the vas deferens 
to the penis. However, the seminal vesicles, prostate, 
and bulbo-urethral glands each contribute to the semi- 
nal fluid, which carries the sperm to the penis. The 
epididymides and part of the vas deferens are within 
the scrotum, but the glands creating the seminal fluid 
are in the abdomen. 


Testes 


Each of the testes is divided into lobes, or septae, 
containing coiled seminiferous tubules lined with 
spermatozoa-producing cells. Between the tubules are 
hormone-producing cells called interstitial cells, or cells 
of Leydig. Testosterone is produced by the interstitial 
cells. Since the testes-containing scrotum hangs below 
the body, it has a temperature around 89°F (32°C)— 
ideal for sperm production, which requires a low tem- 
perature. When the scrotum is held too close to the 
body by restrictive clothing, sterility can result. 


The seminiferous tubules are the site of sperm 
maturation from original germ cells (spermatogonia) 
to mature sperm (spermatoza). This process begins 
in puberty and is called spermatogenesis. If a small 
section of a tubule was removed for observation, the 
wall would appear thick with a hole, or lumen, in 
the middle. The outer-most layer of this life saver- 
shaped cut-out is called the basal lamina. Primitive 
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spermatogonia line the basal lamina and move 
through the inner layers of the tubule towards the 
lumen as they mature. Sertoli cells surround the 
maturing sperm and form tight junctions with one 
another to closely regulate what nutrients enter the 
developing sperm. Sertoli cells supply the spermato- 
genic cells with important ions such as potassium. 
They also form a blood-testes barrier, which prevents 
some harmful substances from entering the tubule and 
spermatogenic cells and entering the man’s blood. The 
unique genetic composition of individual sperm cells 
would cause an immune system attack on the circulat- 
ing sperm. Sperm genetic diversity is created in the 
seminiferous tubule during spermatogenesis. 


Spermatogenesis processes spermatogonia to sper- 
matozoa in stages. Spermatogonia undergo mitotic 
divisions to yield primary spermatocytes that have 46 
chromosomes identical to other cells in the male’s 
body. Primary spermatocytes then go through two 
more divisions—this time meiotic—to form secondary 
spermatocytes and spermatids. Each final spermatid 
contains 23 randomly-assorted chromosomes that con- 
tain all necessary genetic information. 


The final phase of spermatogenesis involves struc- 
tural change. The sperm cell elongates, forming the 
long flagellum, or tail, which propels it toward an egg. 
Chromosomes are tightly packed into the sperm head, 
and an acrosomal tip appears on top of the head that 
contains enzymes that help the sperm burrow into an 
egg. In addition, mitochondria are wound around the 
flagellum’s base to fuel the sperm’s journey through 
the female reproductive tract. This shape change com- 
pletes maturation of spermatids into spermatozoa, or 
sperm. However, they are still immotile. Sperm enter 
the lumen of the seminferous tubules and travel in a 
very concentrated form to the epididymis. The sperm 
become mobile after about two weeks in the epididy- 
mis and are sent to the vas deferens for storage. 


The full maturation of a single sperm takes about 
70 to 80 days. Hence, substances a male is exposed to 
during that period of time may effect the health of his 
sperm at the end of that time period. Sperm are always 
available in healthy males after puberty, because sper- 
matogenesis is an ongoing process with cells in all 
stages of development existing in different layers of 
the seminiferous tubules. Up to several hundred mil- 
lion sperm can be produced each day. In addition, one 
man has approximately one-fourth mile of coiled 
seminiferous tubules that produce all these sperm. 


Late spermatogenic stages are dependent on testos- 
terone secreted by the interstitial cells of the testes. At 
puberty, male levels of luteinizing hormone (LH) are 
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elevated due to increased secretion by the anterior 
pituitary (AP) gland. LH has also been called intersti- 
tial-cell-stimulating hormone (ICSH) in men, because it 
stimulates Leydig cells to secrete testosterone. Follicle- 
stimulating hormone (FSH) is also secreted by the AP 
and directs early stages of spermatogenesis. Testosterone 
from the testes is also necessary for secondary sexual 
characteristics such as facial and body hair growth, 
voice deepening, and pubertal genital growth. 


The spermatic ducts and glands 


The vas deferens carries concentrated sperm from 
the scrotum into the abdominal cavity to the ejacula- 
tory duct. Sperm that remain in the ejaculatory duct 
longer than a couple of weeks will degenerate; and are 
disposed of. The prostate surrounds the ejaculatory 
duct and contains a sphincter that closes off the blad- 
der during ejaculation. Seminal fluid from the seminal 
vesicles, the prostate, and the bulbo-urethral glands 
(or Cowper’s glands) is added to the sperm. The semi- 
nal fluid plus the sperm is called semen. 


Seminal fluid is designed to carry and nourish 
sperm. Seminal vesicles are located on either side of 
the bladder and contribute about 60% of the fluid. 
Seminal vesicle fluid is rich in essential sperm nutrients 
such as fructose that sustains sperm for up to 72 hours 
after ejaculation. Seminal vesicle fluid also supplies 
prostaglandins that cause uterine contractions in the 
female reproductive tract to facilitate sperm movement 
to an egg. The prostate gland provides an alkaline 
mixture of calcium, enzymes, and other components 
that make up about 30% of the seminal fluid. The 
alkaline fluid functions to neutralize the acidic vaginal 
environment that can kill sperm. Additional fluid is 
provided by the Cowper’s glands (below the prostate), 
which secrete a pre-ejaculatory urethral lubricant that 
may contain some sperm. For this reason, withdrawal 
is not a foolproof contraceptive method. At ejacula- 
tion, additional Cowper secretions combine with the 
remaining seminal fluid and sperm. This semen is sent 
through the urethra in the penis. 


The penis 


The penis provides the route for transmitting 
sperm to an egg for reproduction. However, in its 
relaxed state, it cannot effectively deliver sperm. In 
order for the sperm to have the best chance of fertiliz- 
ing an egg, the penis must become erect and ejaculate 
semen close to an egg in the female reproductive tract. 


The penis is part of the male’s external reproduc- 
tive system, which becomes longer, thicker, and stiff 
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during erection. It comprises a shaft region that is the 
cylindrical body of the penis and the glans, or head 
region. The glans and the shaft are separated at the 
coronal ridge, which is a rim of tissue that is very 
sensitive to touch. The skin covering the penis is 
loose and allows for expansion during erection. Some 
males have a prepuce or foreskin, which is a movable 
skin that covers the penile glans. Circumcised males 
have had this foreskin removed. Uncircumcised males 
must carefully clean the foreskin daily to prevent bac- 
teria and foul-smelling secretions (called smegma) 
from accumulating. 


Three cylinders of spongy erectile tissue make up 
the internal portion of the penis. Two cylinders run 
along the inner roof of the penis and are called the 
corpora cavernosa. The third cylinder runs along the 
lower side of the penis; it contains the urethra and is 
called the corpus spongiosum, or spongy body. The 
spongy body includes the penile tip and is more sensi- 
tive to touch than the rest of the penis. Several nerves 
and blood vessels run through the spongy body. An 
erection occurs when blood flow to the spongy tissue 
vessels increases. An average erect penis is 6.25 in (15.9 
cm) long and 1.5 in (3.8 cm) wide at its base. 


Sexual arousal 


Sexual intercourse does not necessarily lead to 
reproduction, but the physiology of reproductive ver- 
sus non-reproductive sexual arousal is indistinguish- 
able. Masters and Johnson have divided sexual 
arousal into four stages. These stages are the same 
whether the arousal results from physical stimulation 
(such as touch) or mental stimulation (such as reading 
an arousing book). Hence, arousal can be influenced 
by personal beliefs, desires, or values. The stages 
of arousal are: excitement, plateau, orgasm, and 
resolution. 


The male stage of sexual excitement is marked by 
increased blood flow to the pelvic area and penis. 
Increased parasympathetic nerve activity causes 
the blood vessels in the penis to dilate, allowing for 
vasocongestion, which leads to an erection. This 
may happen in a matter of seconds. Testes size also 
increases. 


The amount of time spent in the plateau phase 
varies considerably. In this stage, the head of the 
penis enlarges and darkens from blood pooling. 
Testes darken, enlarge from vasocongestion, and are 
lifted back away from the penis. At this point, pre- 
ejaculatory secretion from the bulbo-urethral gland 
occurs, and respiration, heartrate, and blood pressure 
increase. 
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Male orgasm results from both emission and ejac- 
ulation. Emission is the release of the ejaculatory fluid 
into the urethra. Emission is caused by increased sym- 
pathetic nerve stimulation in the ejaculatory ducts and 
glands, which leads to rhythmic contractions that 
force the fluid out. For ejaculation, rhythmic contrac- 
tions of the urethra expel the semen (usually 3 to 5 ml) 
while the prostate gland closes off the bladder. 


In the resolution phase, blood exits the penis and 
testes, and the penis relaxes. Respiration, blood pres- 
sure, and heart rate return to normal, and sexual 
arousal enters a refractory period. During the refrac- 
tory period, erection cannot occur. The length of 
refractory period varies from a couple of minutes to 
several hours and increases with fatigue and age. 


The female reproductive system 


The main tasks of the female reproductive system 
are to produce hormones, develop ova, receive sperm, 
and promote fertilization and the growth of a newly 
conceived life. These events occur internally. Ova 
mature in the ovaries. Sperm are received in the vagina 
and cervix. Fertilization takes place usually in the 
fallopian tubes and less often in the uterus, with the 
newly formed life developing in the endometrial lining 
of the uterus. The female reproductive tract can be 
pictured as a capital Y with the upper arms forming 
the fallopian tubes. The ovaries would be at the end of 
these arms. The uterus would be the upper half of the 
supporting stalk, and the vagina would be the lower 
half. External female genitals are involved in female 
sexual arousal. 


The ovaries 


The ovaries are oval-shaped and about 1.0 to 1.5 
in (2.5 to 3.8 cm) long. They are connected to the body 
of the uterus by an ovarian ligament that tethers the 
ovaries in place. The ovaries parallel the testes in that 
they release sex hormones and develop gametes (ova 
or sperm). However, the job of the ovaries differs from 
that of the testes: while sperm are created daily 
through a man’s life after puberty, all of a female 
fetus’s eggs have been created by the sixth gestational 
month. Several million primordial follicles capable of 
forming ova are formed. About one million primor- 
dial follicles mature into primary follicles that still 
exist at birth. (The rest have degenerated.) When pub- 
erty begins, about 400,000 follicles remain. Mature 
eggs leave alternating ovaries monthly beginning in 
puberty in a process called ovulation. Unfertilized 
eggs are lost through menstruation, when the uterine 
lining is shed. Women typically menstruate for 30 to 
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The female reproductive system. (Argosy. The Gale Group.) 
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Mammary glands (breasts) 


Fallopian tubes 


Uterus 


Endometrium 


Fallopian tube 


Uterus 


Cervix 
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40 years losing 360 to 480 eggs in a lifetime. Ovulation 
is hormonally suppressed during pregnancy and 
shortly after childbirth. 


The formation of mature ova in the ovaries is 
called oogenesis. The anterior pituitary (AP) hor- 
mones LH (luteinizing hormone) and FSH (follicle 
stimulating hormone), which regulate spermatogene- 
sis, also orchestrate oogenesis. However, unlike sper- 
matogenesis that occurs daily, oogenesis is on an 
average 28 day (or monthly) cycle. During embryonic 
development, primordial follicles are formed, each of 
which contains an oocyte surrounded by a layer of 
spindle-shaped cells. These spindle cells multiple dur- 
ing the mid-fetal stage of development and become 
granulosa cells, which surround the egg. Granulosa 
cells function much like the Sertoli cells in men: they 
prevent destructive drugs from getting to the egg while 
also providing essential nutrients for its development. 
Granulosa cells also secrete a rich substance that 
forms a follicular coating called the zona pellucida. 
Before birth, the cellular layers surrounding the fol- 
licle differentiate into a layer of cells called the theca 
interna. At birth, a baby girl’s ova are suspended at the 
first meiotic division inside the primary follicles. After 
the onset of puberty, a new follicle enters the next 
phase of follicular growth monthly. 


The first two weeks of the menstrual cycle are 
called the follicular phase because of the follicular 
development that occurs during that time. High FSH 
levels trigger this development. Although more than 
one follicle begins to mature each month, one follicle 
outgrows the others, and slow-growing follicles stay in 
the ovary to degenerate by a process called atresia. The 
granulosa cells of the dominant follicle secrete estro- 
gens into the fluid bathing the oocyte inside the fol- 
licle. The highly vascular theca interna layer, which is 
outside the granulosa cells, releases estrogens which 
enter the female circulation. A build up of circulating 
estrogen will signal release of additional FSH and LH 
that initiate the second half of the menstrual cycle. 
Around day 14 of the cycle, LH and FSH surge to 
initiate ovulation. Ovulation entails the release of the 
mature oocyte from the ovarian follicle as it ruptures 
from the surface of the ovary into the abdominal 
cavity. Once released, the ovum is caught by the fim- 
bria, which are finger-like projections off the ends of 
the fallopian tubes. The follicle that housed the grow- 
ing egg remains in the ovary and is transformed into 
the corpus luteum. The corpus luteum secretes high 
levels of progesterone and some estrogen. The corpus 
luteum secures a position near the ovarian blood ves- 
sels to supply these hormones, which prevent another 
follicle from beginning maturation. If the ovum is 
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fertilized, then these hormone levels continue into 
pregnancy to prevent another cycle from beginning. 
However, if fertilization does not occur, then the cor- 
pus luteum degenerates allowing the next cycle to 
start. The second 14 days of the menstrual cycle are 
called the luteal phase because of the corpus luteum’s 
hormonal control over this half of the cycle. 


The fallopian tubes 


The optimal time for an oocyte to be fertilized is 
when it enters a fallopian tube. The fallopian tubes are 
fluid-filled, cilia-lined channels from about 4 to 6 in 
(10 to 15 cm) long that carry the oocyte to the uterus. 
At ovulation, the primary oocyte completes its sus- 
pended meiosis and divides in two. A secondary 
oocyte and a small polar body result. If the secondary 
oocyte is fertilized, then it will go through another 
division which forms another polar body. 


As the ripening egg travels along the fallopian tube, 
it is washed along by cilia which knock away residual 
nutrient cells on the outside of the egg. This array of cells 
leaving the cell forms a radiant cluster called the corona 
radiata. If sperm have made their way to the fallopian 
tube, then they have already been capacitated. Capaci- 
tation is the modification of a sperm’s acrosomal tip that 
enables it to burrow into the egg. Fertilization blocks the 
ability of additional sperm to enter the egg. Once the 
nuclei of the egg and sperm cells have fused, the new 
cell is called a zygote. The zygote contains all the genetic 
information required to become a complete human 
being. This new life signifies the beginning of successful 
reproduction. As the zygotic cell divides into more cells, it 
travels from the fallopian tube to the uterus. 


The uterus 


The uterus, or womb, is a muscular, inverted pear- 
shaped organ in the female pelvis that is specifically 
designed to protect and nurture a growing baby. It aver- 
ages 3 in (7.6 cm) long by 2 in (5 cm) wide. Pregnancy 
allows it to expand with the growing embryo and fetus. 
Embryo is a term used to describe a human in the first 
eight weeks of development. After that, the human is 
called a fetus. 


During the follicular phase of the menstrual cycle, 
the lining (or endometrium) of the uterus becomes thick 
and filled with many blood vessels in preparation for 
supporting an embryo. If fertilization does not occur 
within about eight days of ovulation, then this lining is 
shed in menstrual blood through the cervix. This 
cycle continues until menopause, when menstruation 
becomes less frequent and eventually stops altogether. 
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The cervix is the base of the uterus that extends 
into the vagina. The narrow passageway of the cervix 
is just large enough to allow sperm to enter and men- 
strual blood to exit. During childbirth, it becomes 
dilated (open) to allow the baby to move into the 
vagina, or birth canal. However, for most of the preg- 
nancy, the cervix becomes plugged with thick mucous 
to isolate the developing baby from vaginal events. 
For this reason, non-reproductive sexual intercourse 
is usually safe during pregnancy. 


The uterus is required for reproduction. With all 
the male and female aspects contributing to reproduc- 
tion, a number of diseases, genetic disorders, and other 
variables can cause infertility, which afflicts 10-15% 
of couples trying to conceive. Technologies such as in 
vitro fertilization exist for some couples with infertility 
due to ovarian, fallopian tube, or sperm problems. 
However, without a uterus, a human baby cannot 
grow. The uterus plays an integral hormonal and 
physical role in housing and nourishing the baby. 


The vagina 


The vagina is a muscular tube about 5 in (12.7 cm) 
long. A thin layer of tissue called the hymen may cover 
the vaginal opening, but it is usually gone in physically 
or sexually active females. A mucous membrane lines 
and moistens the vagina. During sexual intercourse, 
the vagina is lubricated further and functions to direct 
the penis toward the cervix to optimize fertilization. 
During childbirth, the vagina stretches to accommo- 
date the passage of the baby. Both the uterus and the 
vagina contract to relatively original sizes some time 
after delivery. 


Some contraceptive devices act as a_ barrier 
between semen and the vagina or semen and the cer- 
vix. A condom placed correctly on a man’s penis can 
prevent sperm from entering the vagina. A diaphragm 
is a rubber, cup-shaped contraceptive inserted into the 
vagina prior to intercourse that acts as a physical 
barrier between semen and the cervix; it is usually 
used along with a spermicidal jelly to chemically kill 
sperm. Other contraceptives, such as the birth control 
pill and depo-provera usually inhibit the function of 
progesterone to prevent ovulation. 


External genitals and sexual arousal 


External female genitals include the mons veneris, 
labia majora, labia minora, clitoris, and vestibule. 
They differ in size and color from female to female, 
but their location and function are consistent. The 
mons is a pad of fatty tissue filled with many nerve 
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KEY TERMS 


Androgens—Male sex hormones including testos- 
terone and androstenedione. 


Meiosis—In meiosis, a cell’s 46 chromosomes 
duplicate and go through two successive cellular 
divisions to create germ cells (sperm and eggs) each 
containing 23 chromosomes. 


Mitosis—In mitosis, the 46 human chromosomes 
double and divide into two daughter cells each 
containing 46 chromosomes. 


Oogenesis—The formation of mature eggs in the 
female ovaries after the onset of puberty. 


Seminiferous tubules—Tubes lining the testes that 
produce sperm. 


Spermatogenesis—The formation of mature sperm 
in the male testes after the onset of puberty. 


Spermatozoa—Mature sperm capable of fertilizing 
an egg. 


endings, which becomes covered with pubic hair in 
puberty. The labia majora are two folds of skin, 
which protect the opening to the urethra and internal 
genitals. Pubic hair grows on their outer surface in 
puberty. These fat padded folds of skin contain 
sweat glands, nerve endings, and numerous blood ves- 
sels. Inside these outer skin folds are the labia minora, 
which are hairless. The labia minora form a spongy 
covering for the vaginal entrance. These smaller skin 
folds meet at the top of the genitals to form the clitoral 
hood. The hood houses the clitoris, a very sensitive 
organ, which has a spongy shaft and a nerve-rich glans 
(tip). Between the labia minora and the vagina is the 
area called the vestibule. Within the vestibule are the 
two Bartholin’s glands, which lubricate the vagina. 


Sexual arousal in females parallels the arousal 
stages in males. Female sexual arousal is not required 
to reproduce, but it does facilitate reproduction. In the 
excitement phase, blood flow to the vagina increases 
which, in turn, pushes fluid into the vaginal canal. This 
lubricating process is called transudation and allows 
for comfortable penile insertion. During this phase, 
blood infiltrates the spongy clitoris and labia, and the 
cervix and uterus are lifted up away from the vagina. 
Respiration, heart rate, and blood pressure increase. 


During the plateau stage, the vagina expands, 
forming a pocket near the cervix, which is an ideal 
deposit site for sperm; this is called tenting. The 
increased sensitivity of the clitoris causes it to retract 
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in the clitoral hood, and breasts sometimes become 
flushed. In the orgasmic phase, the vaginal opening 
contracts rhythmically for about 15 seconds. Unlike 
the lengthy refractory period, which males experience 
in the resolution stage, females are more likely to be 
multi-orgasmic and capable of more closely spaced 
orgasms. In the resolution stage, genital blood flow 
returns to normal. Respiration, heart rate, and blood 
pressure also return to normal. Within 72 hours of 
sexual intercourse reproduction will either have suc- 
cessfully begun or not succeeded. 


See also Sexually transmitted diseases. 
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I Reproductive toxicant 


Reproductive toxicants are substances that 
adversely affect fertility or a developing embryo or 
fetus. Toxicants, strictly speaking, are poisons. 
However, reproductive toxicants loosely include any 
infectious, physical, chemical, or environmental agent 
that has a damaging effect on fertility or embryonic 
development. Some substances that have a beneficial 
effect on one occasion (such as a dental x ray or 
aspirin) could be detrimental reproductively. The 
best defense against these toxicants is knowing what 
to avoid when. 


Roughly 10-15% of couples trying to have a baby 
experience infertility. Infertility in men is usually due 
to low or abnormal sperm production or blockage in 
the male reproductive tract. Excessive alcohol, illegal 
drugs (like cocaine), radiation treatment, or infectious 
gonorrhea can all lead to sperm population problems. 
Female infertility is usually due to hormonal imbal- 
ance or pelvic inflammatory disease (PID). PID can be 
caused by sexually transmitted diseases (including 
gonorrhea) and can scar fallopian tubes, blocking 
egg travel and implantation. In addition, women 
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whose mothers received the synthetic hormone dieth- 
ylstilbestrol (DES) during pregnancy have higher 
infertility rates. 


Infertility has additional causes. Copper or hor- 
mone deficiencies can cause infertility. Excessive 
iodine intake can cause infertility. And the cancer 
treatments radiation and chemotherapy can both be 
reproductively toxic. Cancer patients can freeze-store 
their sperm, eggs, or both for later implantation. 


Toxicants that reach the developing baby by 
maternal exposure are called teratogens. Known tera- 
togens include: excessive alcohol, tobacco smoke, cer- 
tain medications, cocaine, x rays, some infectious 
agents, mercury, and lead. Most pose less threat to a 
mature adult than they do to a developing baby. 


Alcohol is a devastating toxicant. Not only 
can alcohol increase abnormal sperm production in 
men, but it can also cause fetal alcohol syndrome 
(FAS) in developing infants. FAS is characterized by 
mental impairment, malformed facial features, poor 
coordination, heart defects, and other problems. 
Pregnant women who drink risk FAS in their unborn 
children. 


Women who smoke during pregnancy have more 
miscarriages, still-births, and low birth-weight babies 
than non-smokers. And they have twice as many cases 
of cervical cancer as non-smokers. Cervical cancer 
can complicate conception or lead to infertility. 
Some evidence indicates that pregnant women who 
smoke also have more children with poor mental 
concentration. 


Some drugs are teratogens. Aspirin and ergot- 
amine (headache treatments) can cause abnormalities 
and miscarriages, respectively. The antibiotic tetracy- 
cline disfigures developing teeth. And certain diu- 
retics, particularly Lasix, decrease levels of potassium 
(an essential electrolyte) in the fetus. Thalidomide, a 
sleeping drug never FDA-approved, causes limb 
deformities. Prescribers should always know if their 
patient is pregnant. 


Other hazards pregnant women should avoid are 
x rays and certain infectious agents. Dental x-rays in 
the first 12 weeks of pregnancy can double the risk of 
childhood cancers. And pregnant women should 
guard against contracting toxoplasmosis, rubella, 
and chicken pox. Toxoplasmosis is caused by a para- 
site in cat fur or feces which can cause infant blindness 
or death. Pregnant women should have someone 
else handle their cats. Rubella and chicken pox, if 
contracted during pregnancy, can also cause birth 
defects. 
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[ Reptiles 


The class Reptilia includes over 6,000 species 
grouped into four orders: the turtles (Chelonia), 
the snakes and lizards (Squamata), the crocodiles 
and alligators (Crocodilia), and the  tuataras 
(Sphenodonta). Other, now extinct, reptilian orders 
included Earth’s largest terrestrial animals, and some 
enormous marine creatures. The fishlike ichthyosaurs 
were large marine reptiles, as were the long-necked 
plesiosaurs. The pterosaurs were large flying or gliding 
reptiles. The most famous of the extinct reptilian 
orders were the dinosaurs, which included immense, 
ferocious predators such as Tyrannosaurus rex, and 
enormously large herbivores such as Apatosaurus. 


The first reptiles known in the fossil record 
occurred about 340 million years ago, during the 
Carboniferous period. The last representatives of the 
dinosaurs became extinct about 65 million years ago, 
after being the dominant large animals of the earth for 
more than 250 million years. Some paleontologists 
believe that the dinosaurs are not actually extinct, 
and that they survive today as birds, with which dino- 
saurs are known to have shared many anatomical, 
physiological, and behavioral traits. 


Reptiles are extremely diverse in their form and 
function. They characteristically have four legs 
(although some groups have secondarily become leg- 
less), a tail, and a body covered by protective scales or 
plates developed from the epidermis. Reptiles have 
internal fertilization, and their eggs have a series of 
membranes around the embryo that allow the 
exchange of respiratory gases and metabolic waste 
(known as amniotic eggs). Amniotic eggs were an 
important evolutionary adaptation for conserving 
moisture and allowed the adoption of a terrestrial 
way of life. Reptiles have direct development, meaning 
they lack a larval stage, and their eggs produce mini- 
ature replicas of adult animals. Most reptiles are ovi- 
parous, laying eggs in a warm place that incubates the 
eggs until they hatch. Some species are ovoviviparous, 
with the female retaining the eggs inside her reproduc- 
tive tract throughout their development, so that live 
young reptiles are born. 


Some species of reptiles are dangerous to humans 
and to agricultural and domestic animals. Crocodiles 
and alligators can be predators of humans and other 
large animals, while some species of snakes are venom- 
ous and may bite people or livestock when threatened. 
Many species of reptiles are economically important, 
and are hunted as food, for their eggs, or for their 
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skin which can be manufactured into an attractive 
leather. Many species of reptiles are kept as interesting 
pets or in zoos. 


Unfortunately, some people have an inordinate 
fear of reptiles, and this has commonly led to the 
persecution of these animals. Many species of reptiles 
are endangered, having suffered the loss of their natu- 
ral habitat, which has been used for agriculture, for- 
estry, or residential development. 


See also Boas; Elapid snakes; Geckos; Gila mon- 
ster; Iguanas; Monitor lizards; Pythons; Tuatara liz- 
ard; Vipers. 


| Resins 


Historically, the term resin has been applied to a 
group of substances obtained as gums from trees or 
manufactured synthetically. Strictly speaking, how- 
ever, resins are complex mixtures, whereas gums are 
compounds that can be represented by a chemical 
formula. 


The word gum was originally applied to any soft 
sticky product derived from trees; for example, the 
latex obtained from Hevea trees, which is the source 
of natural or gum rubber. Natural rubber, i.e, chemi- 
cally unsaturated polyisoprene, is a polymeric material 
that can also be produced synthetically. (A polymer is a 
macromolecular compound made up of a large number 
of repeating units, called mers.) Thus, although the 
term resin when applied to polymers actually antedates 
the understanding of the chemistry of polymers and 
originally referred to the resemblance of polymer 
liquids to the pitch on trees, it has by association also 
come to refer to synthetic polymers. 


Natural resins 


The term natural resins usually refers to plant 
products consisting of amorphous mixtures of carbox- 
ylic acids, essential oils, and isoprene-based hydrocar- 
bons; these materials occur as tacky residues on the 
bark of many varieties of trees and shrubs. In addition, 
natural resins have also come to describe shellac, 
which is a natural, alcohol-soluble, flammable mate- 
rial made from deposits on tree twigs left by the 
lac insect in India; amber, which is a fossilized poly- 
meric material derived from a coniferous tree; and 
natural liquid substances such as linseed and similar 
drying oils. 
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Resins 


Thermosetting synthetic resins 


1994 U.S. sales 
Synthetic resin (in million of pounds) 


Major applications 


phenolics OEP 


unsaturated polyesters 1,496 
polyurethanes 1,102 
amino resins 2,185 


epoxy resins 602 


Table 1. Thermosetting Synthetic Resins. (Thomson Gale.) 


Gum resins 


Resin Source 


electrical products such as ovens and toasters, wiring 
devices, switch gears, pulleys, pot and cutlery handles 


construction and transportation industries 
building insulation, refrigeration 


wiring devices, molded products, electrical parts, 
adhesives and bonding agents 


coatings, reinforcement, electrical and electronic 
applications, adhesives, flooring, and construction 


Applications 


galbanum 


myrrh gum resin from small trees of India, 
Arabia, and northeast Africa 


asafetida gum resin from perennial herb 


gum resin from perennial herb of western Asia 


medicinal uses 


incense and perfumes; medicinal tonics, stimulants, 
antiseptics 


Asian food flavoring; used for medicines and perfumes 
in the United States 


creosote bush resin 


okra gum 


ammoniac resin 


amber-colored, soft, and sticky gum resin 

the leaves of the greasewood bush or cresosote 
bush of the desert regions of Mexico and the 
southwestern United States 


gum resin from the pods of a plant native to 
Africa but now grown in many countries 


gum resin from the stems of a desert perennial 


adhesives, insecticides, core binders, insulating from 
compounds, pharmaceuticals 


foodstuffs, pharmaceuticals; used for its antioxidizing 
and chemically stabilizing properties, and as a gelation 
agent 


adhesives, perfumes, medicinal stimulants 


plant of Persia and India 


Table 2. Gum Resins. (Thomson Gale.) 


Vegetable-derived natural resins generally fall in 
one of four categories: 


1) Rosins, which are resinous products obtained 
from the pitch of pine trees. Rosins are used in var- 
nishes, adhesives, and various compounds. 


2) Oleoresins, which are natural resins containing 
essential oils of plants. 


3) Gum resins, which are natural mixtures of true 
gums and resins including natural rubber, gutta percha, 
gamboge, myrrh, and olibanum (Table 2). 


4) Fossil resins, which are natural resins from 
ancient trees that have been chemically altered by long 
exposure. Examples of fossil resins include amber and 
copal. 
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Synthetic resins 


Synthetic resins are polymeric materials, which are 
better known as plastics. The term plastic better 
describes polymeric material to which additives have 
been added. There are two important classes of synthetic 
resins: thermosetting resins and thermoplastic resins. 


Thermosetting resins 


Thermosetting resins form a highly diverse, versatile, 
and useful class of polymeric materials. They are used in 
such applications as moldings, lamination, foams, textile 
finishing, coatings, sealants, and adhesives (Table 1). 


A thermosetting resin cures to an infusible and 
insoluble mass with either the application of heat or 
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Thermoplastic synthetic resins 


1994 U.S. sales 
Synthetic resin 


(in million of pounds) 


Major applications 


polyethylene 25,683 
polypropylene 9,752 
polystyrene 5,877 


acrylonitrile/butadiene/styrene (ABS) 1,489 
polyethylene terephthalate (PET) — 
11,123 
polycarbonate 695 


polyvinyl chloride 


nylon 
thermoplastic elastomers 


liquid crystal polymers 


acetals 
polyurethane 
thermoplastic polyester 


Table 3. Thermoplastic Synthetic Resins. (Thomson Gale.) 


KEY TERMS 


Gum—A viscous secretion of some trees and 
shrubs that hardens upon drying. 


Synthetic—Referring to a substance that either 
reproduces a natural product or that is a unique 
material not found in nature, and which is pro- 
duced by means of chemical reactions. 


Thermoplastic—A high molecular weight polymer 
that softens when heated and that returns to its 
original condition when cooled to ordinary 
temperatures. 


Thermoset—A high molecular weight polymer that 
solidifies irreversibly when heated. 


a catalyst. The thermosetting resins are dominated by 
phenolics, polyesters, polyurethanes, and amino res- 
ins. Together, these account for about 70% of the 
commercially important thermosets. 


Thermoplastic resins 


Thermoplastic resins are polymeric materials that 
can be softened and resoftened indefinitely by the 
application of heat and pressure, provided that the 
heat that is applied does not chemically decompose 
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packaging and non-packaging films 
fibers and filaments 


molded products such as cassettes, audio equipment 
cabinets; packaging film; food-stock trays 


injection-molded automotive components 
food packaging 

flooring; pipes and conduits; siding 
compact discs and optical memory discs 
transportation industry products 


automotive, wire and cable, adhesive, footwear, and 
mechanical goods industries 


chemical pumps, electronic components, medical 
components, automotive components 


transportation industry products 
flexible foams in the transportation industry 
engineering plastics 


the resin. Table 3 lists some commercially important 
synthetic thermoplastic resins, their uses, and their 
levels of consumption. 
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Resistance, electrical see Electrical 
resistance 


Resolving power see Telescope 


| Resonance 


Generally, resonance is a long, intense sound pro- 
duced by acoustical vibration. In physics, it is defined 
as the greatly amplified oscillations of a mechanical 
system when an internal or external source is subjected 
to vibration. There are many instances in which 
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Resonance 


scientists want to add energy to the motion of an 
object that is oscillating. In order for this transfer to 
be efficient, the oscillation and the source of new 
energy have to be matched in a very specific way. 
When this match occurs, scientists say that the oscil- 
lation and source are in resonance. 


A simple example of an oscillation that people 
have all seen is that of a child on a playground swing. 
The motion starts when someone pulls the swing to a 
position away from the point of stable equilibrium and 
lets go. The child then moves back and forth, but 
gradually slows down as the energy of the motion is 
lost due to friction in the joint where the rope or chain 
of the swing attaches to its support. Of course, the child 
wants to continue moving, usually higher and faster, 
and this requires the addition of more energy. It is easy 
to accomplish this by pushing the swing, but people all 
know from experience that the timing is critical. Even a 
small push can add energy efficiently if it occurs just at 
the instant when the swing has moved to its highest 
position and begins to move back to the point of stable 
equilibrium. If the push occurs a little too late, not all 
of the energy of the push is added (inefficient). Even 
worse, if the push occurs too soon, the result will be to 
slow down the swing (removing energy instead of add- 
ing it). In addition, it obviously does no good to push at 
other times when the swing has moved away (it looks 
strange and anyway, there is zero efficiency since no 
energy is transferred into the motion). The trick is to 
push at the correct instant during every repetition of 
the swinging motion. When this occurs, the adult’s 
push (the energy source in this case) and the oscillation 
are in resonance. 


The feature of the motion that must be matched in 
resonance is the frequency. For any oscillation, the 
motion takes a specific amount of time to repeat itself 
(its period for one cycle). Therefore, a certain number 
of cycles occurs during each second (the frequency). 
The frequency tells scientists how often the object 
returns to its position of maximum displacement, and 
as people know for the swing: that is the best location 
at which to add energy. Resonance occurs when the 
rhythm of the energy source matches the natural, char- 
acteristic frequency of the oscillation. For this reason, 
the latter is often called the resonant frequency. It is 
common to say that the source of energy provides a 
driving force, as in the case where a push is needed to 
add energy to the motion of a swing. 


In a way, resonance is just a new name for a familiar 
situation. However, resonance is also important in other 
instances that are less obvious, like lasers and electronic 
circuits. A particularly interesting example is the 
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microwave oven, which cooks food without external 
heat. Even if an object like a book (or a steak) appears 
to be stationary, it is composed of microscopic atoms 
that are oscillating around positions of stable equili- 
brium. Those motions are too small to see, but people 
can feel them since the temperature of an object is 
related to their amplitudes—the larger the amplitudes, 
the hotter the object. This is very similar to the motion 
of the child on the swing in which larger amplitude 
means more energy. If one can add energy to the motion 
of a swing by a driving force in resonance, then one 
should be able to add energy (heat) to a steak very 
efficiently. Conventional ovens cook food from the 
outside, for example by heating air molecules that 
bump into atoms at the surface of the food. However, 
the microwave oven uses resonance to cook from the 
inside. 


The water molecule is made of one oxygen atom 
and two hydrogen atoms that are held together, not in 
a straight line, but in a V shape. The oxygen atom is 
located at the bottom of the V and the hydrogen atoms 
are at ends of the arms. It should not be too surprising 
to learn that water molecules and even the oxygen and 
hydrogen atoms within them can oscillate. However, 
experiments discovered a specific oscillation (a rota- 
tion of the entire molecule) that is particularly impor- 
tant. The characteristic frequency of that oscillation 
falls within the same range as the microwave type of 
electromagnetic radiation. Microwaves are commonly 
used in radar, so a large amount of work had already 
been done to develop dependable, relatively compact 
devices to produce them. The breakthrough was in 
realizing that a good steak (even a bad one) contains 
a large amount of water. If one places a steak within a 
microwave oven and turns it on, microwaves are pro- 
duced within the interior of the oven at the resonant 
frequency of the water molecule. The microwaves act 
as the driving force to add energy by making the 
molecules oscillate with greater amplitude. This heats 
the steak, cooking it from within. 


There are many other situations when resonance 
is important. For example, a rock guitarist must be 
careful when playing in front of a powerful speaker. 
When a string vibrates (oscillates) after being struck, 
an electromagnetic pick-up converts that motion into 
an electrical pulse, which is then sent to an amplifier 
and on to the speaker. If the sound vibration from the 
speaker (with the same frequency as that of the string 
oscillation) happens to match a resonant frequency of 
the guitar body, feedback can occur. Actually, this is 
an example of positive feedback. The sound adds 
energy to the guitar body, which also vibrates; this 
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KEY TERMS 


Cycle—One repetition of an oscillation as an 
object travels from any point (in a certain direction) 
back to the same point and begins to move again in 
the original direction. 

Frequency—The number of cycles of an oscillat- 
ing motion, which occur per second. One 
cycle per second is called a Hertz, abbreviated 
as Hz. 


Positive feedback—This occurs when an oscilla- 
tion is reinforced to continually increase its ampli- 
tude. The added energy comes from some external 
source, like a guitar amplifier, which produces a 
driving force at the same frequency as that of the 
original oscillation. 

Resonant frequency—A particular frequency that 
is characteristic of an oscillation. A driving force 
can efficiently add energy to an oscillation when 
tuned to the resonant frequency. 


adds energy to the string to produce a larger electrical 
signal, and even more sound. This pattern can repeat 
until the volume at this resonant frequency grows to 
drown out other notes, and the rest of the band. 
Similarly, resonance can have destructive consequen- 
ces. A famous case is that of the Tacoma Narrows 
Bridge in Washington State, where winds managed 
to act as a driving force to make the bridge sway wildly 
until it collapsed by adding energy to an oscillation at 
the resonant frequency. 


See also Oscillations. 
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| Resources, natural 


Natural resources, unlike man-made resources, 
exist independently of human labor. These resources 
are, however, not unlimited and must be used with 
care. Some natural resources are called “fund resour- 
ces” because they can be exhausted through use, like 
the burning of fossil fuels. Other fund resources such 
as metals can be dissipated or wasted if they are dis- 
carded instead of being reused or recycled. Some nat- 
ural resources can be used up like fund resources, but 
they can renew themselves if they are not completely 
destroyed. Examples of the latter would include the 
soil, forests, and fisheries. 


Because of population growth and a rising stand- 
ard of living, the demand for natural resources is 
steadily increasing. For example, the rising demand 
for minerals, if continued, will eventually deplete the 
known and expected reserves. 


The world’s industrialized nations are consuming 
nonrenewable resources at an accelerating pace, with 
the United States, the world’s leading industrial pro- 
ducer, ranking first on a per capita basis. With only 
5% of the global population, Americans consumes 
30% of the world’s resources. Because of their tremen- 
dous demand for goods, Americans have also created 
more waste than is generated by any other country. 
The environment in industrialized countries has been 
degraded with an ever-increasing volume and variety 
of contaminants. In particular, a complex of synthetic 
chemicals with a vast potential for harmful effects on 
human health has been created. The long-term effects 
of a low dosage of many of these chemicals in our 
environment will not be known for decades. The 
three most important causes for global environmental 
problems today are population growth, excessive 
resource consumption, and high levels of pollution. 
All of these threaten the natural resource base. 


l Respiration 


Respiration is the physiological process that 
organisms use to supply oxygen to their cells, and 
that the cells use that oxygen to produce high energy 
molecules. Respiration occurs in all types of organ- 
isms, including bacteria, protists, fungi, plants, and 
animals. 


In higher animals, respiration is often separated 
into three separate components. The first component 
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Respiration 


is external respiration (breathing), which is the 
exchange of oxygen and carbon dioxide between the 
environment and the organism. The second compo- 
nent is internal respiration, which is the exchange of 
oxygen and carbon dioxide between the internal body 
fluids, such as blood, and individual cells. The final 
component is cellular respiration, which is the bio- 
chemical oxidation (the loss of an electron) of glucose; 
the energy is used in the synthesis of adenosine tri- 
phosphate (ATP). 


External respiration 


External respiration is the exchange of oxygen and 
carbon dioxide between an animal and its environ- 
ment. For this, most animals use specialized organs 
or organ systems such as lungs, trachea, or gills. 


Exchange of gases between the environment and 
an animal occurs by diffusion through a surface on the 
animal which is permeable to oxygen and carbon 
dioxide. Diffusion is the random movement of mole- 
cules and causes a net movement of molecules from a 
region of high concentration to a region of low con- 
centration. Thus, oxygen moves into an organism 
because its concentration is lower inside than in the 
environment (air or water); carbon dioxide moves out 
of an organism because its concentration is higher 
inside than in the environment. 


Different organisms have different mechanisms for 
extracting oxygen from their environments. Direct dif- 
fusion occurs on organisms including sponges, jellyfish, 
and terrestrial flatworms. It is a relatively primitive 
method, which does not require organs dedicated to 
respiration, in which oxygen diffuses from the environ- 
ment through cells on the animal’s surface and then 
diffuses to individual cells inside. This mechanism is 
not suitable for many small creatures, since their inter- 
nal volume is much greater than their surface area, and 
so the oxygen that can diffuse inward is insufficient to 
meets the organisms’ need. Microorganisms are able to 
use direct diffusion. 


Another rout of respiration involves diffusion of 
oxygen into blood. Annelids (segmented worms) and 
amphibians use this method, in which oxygen diffuses 
through a moist layer of epidermal cells on the body 
surface and from there through capillary walls and 
into the blood stream. Once oxygen is in the blood, it 
moves throughout the body to different tissues and 
cells. While this method does not rely upon respiratory 
organs and is thus quite primitive, it is somewhat more 
advanced than direct diffusion. 


A third repiratory route involves structures called 
tracheae. Insects and terrestrial arthropods use this 
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method. In tracheal respiration, air moves through 
openings in the body surface called spiracles and 
then into special tubes called tracheae (singular, tra- 
chea) which extend into the body. The tracheae divide 
into many small branches which contact the muscles 
and organs. In small insects, air moves into the tra- 
cheae passively, whereas in large insects, body move- 
ments facilitate tracheal air movement. An advantage 
of tracheal respiration is that it provides oxygen 
directly to the muscles. Muscle cells use this oxygen, 
together with the carbohydrates and other energetic 
molecules in the hemolymph (insect blood), to gener- 
ate the energy needed for flight. 


Fish and other aquatic animals acqurie oxygen 
through gills. Gills are specialized tissues with many 
infoldings, each covered by a thin layer of cells and 
impregnated with blood capillaries. They take up oxygen 
dissolved in water and expel carbon dioxide dissolved in 
blood. Gills work by a mechanism called countercurrent 
exchange, in which blood and water flow in discrete 
pathways and opposite directions. This allows gills to 
more efficiently extract oxygen from water and expel 
carbondioxide into the water. Certain details of gill anat- 
omy differ among different species. 


Another route of respiration involves lungs. 
Terrestrial vertebrates use this method. Lungs are spe- 
cial organs in the body cavity that are composed of 
many small chambers impregnated with blood capil- 
laries. After air enters the lungs, oxygen diffuses into 
the blood stream through the walls of these capillaries. 
It then moves from the lung capillaries to the different 
muscles and organs of the body. Humans and other 
mammals have lungs in which air moves in and out 
through the same pathway. In contrast, birds have 
more specialized lungs which use a mechanism called 
crosscurrent exchange. Like the countercurrent 
exchange mechanism of gills, air flows through the 
crosscurrent exchange system of bird lungs in one 
direction only, making for more efficient oxygen 
exchange. 


Internal respiration 


Internal respiration is the exchange of oxygen and 
carbon dioxide between blood and cells in different 
tissues of an animal’s body. Internal respiration occurs 
in animals with a circulation system. Animals with 
gills or lungs take up oxygen and transport oxygen- 
rich blood throughout the body; they transport car- 
bon dioxide-rich blood from the body back into the 
respiratory organs where it is expelled. The oxygen- 
rich blood and carbon dioxide-rich blood do not mix, 
making for an efficient internal respiration system. 
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Mammals and birds have a double circulation system 
for blood, in which separate pumps in the left and right 
chambers of the heart move the oxygen-rich blood in 
the arteries and carbon dioxide-rich blood in the veins. 


The blood of vertebrates and some invertebrates 
contains a protein (such as hemoglobin, hemocyanin, 
or chlorocruorin), which binds oxygen and transports 
it from the respiratory organs throughout the body. 
These oxygen-binding proteins greatly improve the 
oxygen carrying ability of blood. For example, 
human hemoglobin contains about 98% of the oxygen 
in a human’s blood. 


Hemoglobin is a red protein which binds oxygen 
and occurs in the red blood cells of vertebrates. Each 
molecule of hemoglobin contains an iron atom and can 
bind up to four molecules of oxygen. In muscles, hemo- 
globin passes its oxygen to myoglobin. Myoglobin is an 
oxygen-binding protein that makes muscles red and 
transports oxygen to the cells of the muscle. In turn, 
muscle cells use the oxygen from myoglobin to power 
muscle movement by cellular respiration. 


Some segmented worms (annelids) have a green 
blood protein, called chlorocruorin, which binds iron 
and serves as an oxygen carrier. Some invertebrates 
have a blue blood protein, called hemocyanin, which 
binds copper and serves as an oxygen carrier. 


Cellular respiration 


Cellular respiration is an intracellular process in 
which glucose (CgH120¢) is oxidized and the energy is 
used to make ATP (adenosine triphosphate). ATP is a 
high energy molecule which organisms use to drive 
energy-requiring processes such as biosynthesis, trans- 
port, growth, and movement. The general features of 
cellular respiration are the same in most organisms. 


Cellular respiration is divided into three sequen- 
tial series of reactions: glycolysis, the citric acid cycle, 
and the electron transport chain. In higher organisms 
(eukaryotes), glycolysis occurs in the cytosol of the 
cell, the aqueous region outside the nucleus; the citric 
acid cycle and electron transport chain occur in the 
mitochondria, cellular organelles (intracellular organ- 
like structures) which have characteristic double mem- 
branes and are specialized for ATP production. 


Glycolysis can be defined simply as the lysis, or 
splitting, of sugar. More particularly, it is the con- 
trolled breakdown of glucose, a six-carbon carbohy- 
drate, into pyruvate, a three-carbon carbohydrate. 
Organisms frequently store complex carbohydrates, 
such as glycogen or starch, and break these down 
into glucose units which can then enter into glycolysis. 
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Two features of glycolysis suggest that it has an 
ancient evolutionary origin. First, the same series of 
reactions occur in virtually all cells, including bacteria, 
plants, fungi, and animals. Second, glycolysis does not 
require oxygen, making it appropriate for primeval 
cells which had to live in a world with very little 
atmospheric oxygen. 


After pyruvate is synthesized by glycolysis, it 
moves into the mitochondria and is oxidized to form 
carbon dioxide (a 1-carbon molecule) and acetyl CoA 
(a two carbon molecule). Cells can also make acetyl 
CoA from fats and amino acids and this is how cells 
often derive energy, in the form of ATP, from mole- 
cules other than glucose or complex carbohydrates. 


After acetyl CoA forms, it enters into a series of nine 
sequential enzymatic reactions, known as the citric acid 
cycle. These reactions are so named because the first 
reaction makes one molecule of citric acid (a six-carbon 
molecule) from one molecule of acetyl CoA (a two- 
carbon molecule) and one molecule of oxaloacetic acid 
(a 4-carbon molecule). A complete round of the citric 
acid cycle expels two molecules of carbon dioxide and 
regenerates one molecule of oxaloacetic acid, hence the 
cyclic nature of these reactions. The citric acid cycle is 
sometimes called the Krebs cycle, in honor of Hans Krebs, 
the English biochemist who first proposed that pyru- 
vate is broken down by a cycle of biochemical reactions. 


The electron transfer chain is the final series of 
biochemical reactions in cellular respiration. It con- 
sists of a series of organic electron carriers associated 
with the inner membrane of the mitochondria. 
Cytochromes are among the most important of these 
electron carriers. Like hemoglobin, cytochromes are 
colored proteins which contain iron in a nitrogen- 
containing heme group. The final electron acceptor 
of the electron transfer chain is oxygen, which produ- 
ces water as a final product of cellular respiration. 


The main function of the electron transfer chain is 
the synthesis of 32 molecules of ATP from the con- 
trolled oxidation of the eight molecules of NADH and 
two molecules of FADH>, made by the oxidation of 
one molecule of glucose in glycolysis and the citric acid 
cycle. This oxygen-requiring process is known as oxi- 
dative phosphorylation. 


The electron transfer chain slowly extracts the 
energy from NADH and FADH; by passing electrons 
from these high energy molecules from one electron 
carrier to another, as if along a chain. As this occurs, 
protons (H*) are pumped across the inner membrane 
of mitochondria, creating a proton gradient which is 
subsequently used to make ATP by a process known 
as chemiosmosis. 
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Respiration, cellular 


KEY TERMS 


ATP—Adenosine triphosphate; a high energy mol- 
ecule that cells use to drive energy-requiring proc- 
esses such as biosynthesis, transport, growth, and 
movement. 


Chemiosmosis—Process in which a difference in 
H* concentration on different sides of the inner 
mitochondrial membrane drives ATP synthesis. 


Diffusion—Random movement of molecules 
which leads to a net movement of molecules from 
a region of high concentration to a region of low 
concentration. 


Eukaryote—A cell whose genetic material is car- 
ried on chromosomes inside a nucleus encased ina 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Fetal alcohol syndrome—Suite of developmental 
abnormalities of an infant, caused by exposure to 
alcohol as a fetus. 


Hemoglobin—An iron-containing, protein com- 
plex carried in red blood cells that binds oxygen 
for transport to other areas of the body. 


Mitochondrion (plural, mitochondria)—Cellular 
organelle of eukaryotes which produces ATP. 


Anaerobic respiration 


The above reactions of cellular respiration are 
often referred to as aerobic respiration because the 
final series of reactions, the electron transfer chain, 
require oxygen as an electron acceptor. When oxygen 
is absent or in short supply, cells may rely upon gly- 
colysis alone for their supply of ATP. Glycolysis pre- 
sumably originated in primitive cells early in earth’s 
history when very little oxygen was present in the 
atmosphere. 


In an anaerobic environment, pyruvate is typi- 
cally broken down into lactate or into acetaldehyde 
and then ethanol, instead of being degraded to acetyl 
CoA and then introduced to the citric acid cycle. The 
NADH made during glycolysis is required for syn- 
thesis of ethanol or lactate. Obviously, exclusive reli- 
ance upon glycolysis for the manufacture of ATP is 
very inefficient, since only two molecules of ATP are 
made from each glucose molecule, whereas aerobic 
respiration makes 36 molecules of ATP from each 
glucose molecule. 
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[ Respiration, cellular 


Cellular respiration is the process by which a cell 
produces adenosine triphosphate (ATP), carbon diox- 
ide, and water from oxygen and organic (carbon- 
based) fuel. It is a catabolic pathway (a pathway that 
breaks down compounds into simpler components) 
that involves the release of stored energy. Respiration 
involves a variety of chemical reactions that occur in a 
step-wise fashion, in several coordinated groups. These 
reaction groupings are known as glycolysis, the Krebs 
cycle, and electron transport. 


In eukaryotes, the mitochondria is the primary 
organelle that contains the enzymes that drive cellular 
respiration. Nearly all eukaryotic cells contain some 
mitochondria. While there may be as few as one mito- 
chondria in a cell, often there are hundreds or thou- 
sands. The number typically depends on the metabolic 
activity of the cell. The mitochondria is enclosed in a 
two membrane envelope in which a variety of proteins 
are embedded. Inside these membranes is the mito- 
chondrial matrix which contains some of the enzymes 
that function in cellular respiration. Other enzymes, 
including the one that makes ATP, are attached to the 
inner membrane. This configuration provides an effi- 
cient way for cellular respiration to occur. 


Although the mitochondria contains most of the 
enzymes related to cellular respiration, the process 
actually begins in the cytosol. This reaction, known as 
glycolysis, involves the breakdown of glucose into two 
molecules of a three carbon sugar called pyruvate. 
During this process, two molecules of ATP are con- 
sumed while four molecules of ATP are produced, 
resulting in a net gain of two ATP molecules. While 
this energy is beneficial to the cell, it pales in comparison 
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to the amount produced by the later stages of cellular 
respiration. 


After glycolysis, the pyruvate is transported 
across the mitochondrial membranes into the matrix. 
Here, it goes through a series of reactions called the 
Krebs cycle (also known as the citric acid cycle). First 
it is converted to acetyl CoA. It is then slowly oxidized 
into carbon dioxide and water. Two molecules of ATP 
are also formed during this stage. 


The final step in cellular respiration is the electron 
transport reactions. These reactions complete the oxida- 
tion of glucose and generate the greatest amount of 
energy. During this stage, each of the storage molecules 
transfers electrons to a series of coenzymes which then 
drive the production of ATP molecules. The actual pro- 
duction of ATP is the result of an enzyme called ATP 
synthase. This enzyme produces ATP from ADP by a 
process called oxidative phosphorylation. This phase of 
cellular respiration results in about 34 molecules of ATP. 


In addition to glucose, many other compounds 
are used by the cell as a source of fuel. These include 
proteins, carbohydrates, and fats. All of these complex 
molecules can be broken down to simpler ones which 
can then enter glycolysis or the Kreb’s cycle at various 
points. For example, starch is hydrolyzed in the diges- 
tive tract producing a molecule that can be broken 
down by glycolysis. Similarly, glycogen can be hydro- 
lyzed. Proteins are used as fuel, but only after they are 
reduced to their constituent amino acids and their 
amino groups are removed. Fats are the highest energy 
containing molecules. They are reduced to either glyc- 
erol or acetyl CoA before entering the cellular respi- 
ration reactions. 


l Respirator 


A respirator is a means to provide needed oxygen 
to a patient, to infuse medication directly into the 
lungs, or to provide the power to breathe to someone 
who is unable to do so on his own. A respirator may be 
needed following a serious trauma that interferes with 
the individual’s breathing or for a person who has 
contracted a disease such as poliomyelitis that has 
affected the nerves that control respiration. Also, a 
respirator often breathes for an individual who has 
had surgery because the muscle relaxants that are 
given for the procedure may render the respiratory 
muscles inactive. 
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Respirators come in many forms. A simple tube 
that discharges oxygen into the nose is the simplest. 
This device does not breathe for the patient, but 
enriches his air intake with oxygen. 


Other respirators are mechanical ventilators that 
force air into the patient’s lungs or expand his chest to 
allow air to move into the lungs. The primary indica- 
tions that an individual needs artificial ventilation are 
inadequate breathing on the part of the patient; that is, 
apnea (no breathing) or hypoventilation (lowered rate 
of breathing), either of which results in lowered blood 
oxygen (hypoxemia) levels, the second indication. 
These patients will have inadequate lung expansion 
so too little air is moved in and out, respiratory muscle 
fatigue, unstable respiratory drive, or they work exces- 
sively at breathing. A patient with a closed head injury 
may need respiratory assistance to raise the pH of the 
blood to an alkaline level, which helps to prevent the 
brain from swelling. 


Persons who have chronic obstructive pulmonary 
disease or emphysema, either of which will become 
worse over time, eventually will require mechanical ven- 
tilation. Because theirs is a chronic disease process that is 
incurable, however, physicians hold off the assisted ven- 
tilation as long as possible. Once on the assistance device 
the patient will need to use it for the rest of his life. 


Thus, mechanical ventilation is applied to adjust 
alveolar ventilation to a level that is as normal as 
possible for each patient, to improve oxygenation, to 
reduce the work of breathing, and to provide prophy- 
lactic ventilation to patients who have had surgery. 


Respirators may be either positive pressure or 
negative pressure types. Positive pressure ventilators 
force air into the lungs, negative pressure machines 
expand the chest to suck air into the lungs. 


Positive pressure ventilators 


Positive pressure ventilators are attached to a tube 
leading directly into the trachea or windpipe. These 
machines then force air into the lungs at sufficient 
force to expand the chest and lungs. The most sophis- 
ticated positive pressure respirators have an alarm 
system to sound if the device fails, gas blenders to 
infuse more than one gas into the lungs, pop-off valves 
to relieve pressure if the machine begins to build gas 
pressures to undesirable levels, humidifiers to moistur- 
ize the gas or nebulizers to infuse a medication into the 
gas stream, gas sampling ports, and thermometers. 


Positive pressure respirators are pressure cycled or 
pressure limited, time cycled, volume cycled, or a 
combination of these. 
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Respirator 


Pressure cycled or pressure limited respirators 
force gas into the patient’s lungs until a preset pressure 
is reached. A valve in the machine closes off the gas 
stream and the patient exhales. These machines now 
are used only in cases of drug overdose or with coma- 
tose patients whose lungs are easy to ventilate. With 
this type of respirator the preset pressure is not always 
delivered. Changes in airway resistance can influence 
the pressure detected by the machine so the gas may be 
cut off at what the machine detects as the set pressure 
when in fact the gas entering the lungs is far below the 
desired level. The postoperative patient who may have 
improved lung mechanics because of muscle relaxants 
given for surgery may become overventilated because 
resistance to the infusion is lower and the preset pres- 
sure is not attained until more than the desired level of 
gas has been delivered. Bronchial spasms also may 
influence the amount of gas reaching the lungs. The 
spasmodic bronchi will reduce in diameter and 
increase the resistance to the pump, so the preset pres- 
sure is detected at too low a level. 


Volume cycled machines deliver a preset volume 
of gas into the lungs without regard for pressure. 
These machines are capable of delivering gas at high 
pressure, so they can overcome respiratory system 
resistance such as stiff lungs to administer the needed 
oxygen. They are used often in critical care situations. 


Time-cycled machines, as the name implies, 
deliver gas for a set time, shut off to allow the patient 
to exhale, then deliver again for the set time. Pressure 
and flow of the gas may vary over the time, depending 
upon patient characteristics, but these factors are not 
considered with time-cycled machines. 


Any of these positive pressure machines now can 
be controlled by computer and the volume, time, or 
pressure reset from breath to breath, according to 
need. 


A unique type of positive pressure apparatus is 
designed to deliver very rapid, shallow breaths over a 
short time. Some are designed to deliver 60-100 
breaths per minute, others 100-400 breaths, and a 
very high frequency oscillator is available to deliver 
very small tidal volumes of gas at the rate of 900-3,000 
breaths a minute. These small volumes provide oxy- 
genation at lower positive pressures. This may be 
important in that it reduces cardiac depression and 
does not interfere with blood return to the heart. 
Also, the patient requires less sedation. 


Negative pressure ventilators 


Negative pressure ventilators do not pump air 
into the lungs. Instead they expand the chest to suck 
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KEY TERMS 


Alveolar—Reference to the alveoli, the tiny air sacs 
of the lungs that exchange oxygen for carbon diox- 
ide in the blood. 


Bronchiolar—Reference to the bronchioles, the 
small air tubes that supply air to the alveoli in the 
lungs. 


air into the lungs. These respirators come in three 
types: the tank, the cuirass, and body wrap. 


The tank negative pressure respirator is commonly 
called the iron lung. Familiar during the poliomyelitis 
epidemic of the 1950s, the tank is a cylindrical container 
into which the patient is placed with his head protruding 
from an opening at one end. Air in the tank is sucked out 
periodically, which expands the patient’s chest to force 
him to inhale. Then the pressure in the tank is normalized 
and the patient exhales. Of course, the patient in an iron 
lung is immobile. One side effect of long-term iron lung 
occupancy is the possibility of so-called tank shock, the 
pooling of blood in the patient’s abdomen, which reduces 
venous return to the right atrium of the heart. 


A more convenient form of negative pressure res- 
pirator is called the cuirass, or chest shell. It is a 
molded, plastic dome that fits closely to the patient’s 
body over the chest. As in the iron lung, the air is 
pumped out of the cuirass, which forces the chest to 
expand and air to be pulled into the lungs. When the 
pressure is normalized the chest relaxes and the patient 
exhales. The primary problem with the cuirass is that a 
poorly fitted one can cause pressure sores at the points 
where the seal is not adequate. 


The pulmowrap is an impervious wrapping placed 
around the patient and connected to a pump. Here again 
air is removed from the wrap to expand the lungs. 


See also Respiratory diseases. 
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l Respiratory diseases 


There are many different types of respiratory dis- 
eases that interfere with the vital process of breathing. 
Respiratory obstructions arising from diseases can 
occur in the nasal area, the regions of the throat and 
windpipe (upper respiratory system), or in the bron- 
chial tubes and lungs (lower respiratory system). The 
common cold and allergic reactions to airborne pol- 
lens block the nasal passages by creating nasal inflam- 
mation (rhinitis). Viral and bacterial infections of the 
upper respiratory tract inflame various parts of the 
airways. These infections lead to fever, irritation, 
coughing, and phlegm, which is mixture of mucus 
and pus. Inflammations may occur in the throat (phar- 
ynx), tonsils, larynx, and bronchial tubes. Damage to 
these parts of the respiratory system and to the lungs 
can also result from the inhalation of tobacco smoke, 
air pollution caused by smog, and industrial waste 
products. 


With the mid-twentieth-century discovery and use 
of antibiotics, the two major respiratory killers of the 
past, tuberculosis and pneumonia, were brought under 
control. In place of those diseases, lung cancer began to 
emerge in the 1940s as an epidemic disease among 
those who are heavy smokers of cigarettes and those 
who are exposed to some forms of hazardous environ- 
mental pollution. Worksite populations exposed to 
such materials as asbestos, chromium, and radioactive 
substances were also found to have a higher incidence 
of lung cancer. 


Colds, flu, and allergies 


Colds, like flu and allergies, challenge the breath- 
ing process. There are no cures for these conditions, 
but they are usually not life threatening, unlike many 
other respiratory diseases. Prescription medicines and 
over-the-counter medications may provide temporary 
relief of the discomforts associated with colds, flu, and 
allergies, while asthma, tuberculosis, and other respi- 
ratory diseases require long-range medical attention 
and supervision. 


Colds 


The entire tubular system for bringing air into the 
lungs is coated by a moist mucous membrane that 
helps to clean the air and fight infection. In the case 
of a cold, the mucous membrane is fighting any one of 
over 200 viruses. If the immune system is unsuccessful 
in warding off such a virus, the nasal passages and 
other parts of the upper respiratory tract become 
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inflamed, swollen, and congested, thus interfering 
with the breathing process. The body uses the reflex 
actions of sneezing and coughing to expel mucus, a 
thick sticky substance that comes from the mucous 
membranes and other secretions. These secretions 
come up from the infected areas as phlegm. 


Coughing is a reflex action that helps to expel 
infected mucus or phlegm from the airways of the 
lungs by causing the diaphragm to contract spasmodi- 
cally. It is characterized by loud explosive sounds that 
can often indicate the nature of the discomfort. While 
coughing is irritating and uncomfortable, losing the 
ability to cough can be fatal in an illness such as 
pneumonia, where coughing is essential to break up 
the mucous and other infected secretions produced by 
the body in its battle against the disease. 


Antibiotics kill bacteria but not viruses; hence 
they are not effective against cold viruses. The body 
has to build up its own defense against them. Since 
there are so many different types of viruses that can 
cause a cold, no vaccine to protect against the cold has 
as yet been developed. Though the common cold by 
itself is not a serious condition, it poses a threat 
because of the complications that may arise from it, 
especially for children, who are much more prone to 
colds than older people. Colds are usually contracted 
in the winter months, but there are other seasonal 
conditions that make individuals receptive to colds. 


Influenza 


Other viruses cause different types of influenza, 
such as swine flu, Asian flu, Hong Kong flu, and 
Victoria flu. Some of the symptoms of influenza 
resemble the common cold, but influenza is a more 
serious condition than a cold. It is a disease of the 
lungs and is highly contagious. Its symptoms include 
fever, chills, weakness, and aches. It can be especially 
dangerous to the elderly, children, and the chronically 
ill. After World War I (1914-1918), a flu epidemic 
killed 20 million people throughout the world. 
Fortunately, there has so far not been a repetition of 
such a severe strain of flu. Flu vaccines provide only 
seasonal immunity, and each year new serums have to 
be developed for the particular strain that appears to 
be current in that period of time. 


Allergic rhinitis 


Every season throughout the world, ragweed and 
pollens from grasses, plants, and trees produce the 
reactions of sneezing, runny nose, swollen nasal tissue, 
headaches, blocked sinuses, fever, and watery, irritated 
eyes in those who are sensitive to these substances. 
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Respiratory diseases 


These are the symptoms of hay fever, which is one of 
the common allergies. The term hay fever is really a 
misnomer because the condition is not caused by hay 
and does not cause fever. Allergic respiratory distur- 
bances may also be provoked by dust particles. 
Usually, the allergic response is due more to the feces 
of the dust mite that inhabits the dust particle. The dust 
mite’s feces are small enough to be inhaled and to 
create an allergic respiratory response. 


Colds and allergic rhinitis both cause the nasal 
passages and sinuses to become stuffed and clogged 
with excess mucous. In the case of a cold, a viral 
infection is responsible for the production of excess 
mucus. Inhaling steam with an aromatic oil is recom- 
mended for the cold. Decongestants are recommended 
to avoid infection from the excess mucous of the 
common cold. In seasonal allergic rhinitis, the symp- 
toms result from an exaggerated immune response to 
what, in principle, is a harmless substance. Histamines 
released by the mast cells play a major role in an 
allergic immune response, and it is these chemicals, 
for the most part, that are responsible for the allergy 
symptoms. 


Treatments 


Antihistamines are used to block the body’s pro- 
duction of histamines that cause allergy symptoms. 
Cold medicines usually contain antihistamines, decon- 
gestants, and non-narcotic analgesics like aspirin. 
Though the antihistamines are not effective against 
the cold viruses, they do cause drowsiness, and that 
may help to alleviate the sleeplessness that often 
accompanies a cold. The analgesics help against the 
fever and headaches that accompany a cold, while the 
decongestant temporarily relieves a stuffy nose. 


While decongestants can be taken orally, the two 
most effective ways of taking decongestants are nose 
drops and nasal sprays. Caution should be taken to 
prevent what is known as the rebound congestion effect. 
The decongestant medicine is applied right to the site of 
the swollen tissues, where it relieves the congestion in 
minutes by constricting the blood vessels. When decon- 
gestants are discontinued after prolonged use, the body 
may fail to marshal its own constrictive response. The 
congestion can then become worse than before the 
medicine was taken. Therefore, it is advisable to use 
decongestants for only a short period of time. 


Bronchial diseases 
Asthma, chronic bronchitis, and emphysema are 


complex illnesses for which there is no simple treatment. 
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Treatments depend on the severity of the conditions. All 
three conditions are characterized by an involuntary 
smooth muscle constriction in the walls of the bronchial 
tubes. When nerve signals from the autonomic nervous 
system contract the bronchial muscles, the openings of 
the tubes close to the extent of creating a serious impedi- 
ment to the patient’s breathing. 


Acute bronchitis is a short-term illness that occurs 
as a result of a viral infection of the bronchi. It is 
treated with antibiotics and may require attention in 
a hospital. Chronic bronchitis is a long-term illness 
that can be caused by such environmental factors as 
air pollution, tobacco smoke, and other irritants. 
There is a persistent cough and congestion of the 
airways. 


In emphysema, the air spaces spread out beyond 
the bronchial tubes. Both chronic bronchitis and 
emphysema restrict air flow and there is a wheezing 
sound to the breathing. Unlike asthma, however, these 
two illnesses are not easily reversible. Airway constric- 
tion in the case of bronchitis and emphysema is less 
severe than in the case of an asthma attack, however. 


Asthma is a disorder of the autonomic nervous 
system. While the cause for the condition is unknown, 
there is a connection between allergies and asthma in 
that an allergic reaction can trigger an asthma attack. 
Nerve messages cause muscle spasms in the lungs that 
either narrow or close the airway passages. These air- 
ways consist of narrow tube-like structures that 
branch off from the main bronchi and are called bron- 
chioles. It is the extreme contraction of the muscle 
walls of the bronchioles that is responsible for the 
asthma attack. These attacks come and go in irregular 
patterns, and they vary in degree of severity. 


Bronchodilators 


Bronchodilators are used in the treatment of 
asthma, chronic bronchitis, and emphysema. A bron- 
chodilator is a medicine used to relax the muscles of 
the bronchial tubes. It is usually administered as a mist 
through an inhaler. Some are given orally as a tablet. 
Administered with an inhaler, they go straight to the 
lungs for fast action. Since they do not enter the blood- 
stream, they have few side effects. 


Anticholinergic bronchodilators are also taken by 
inhalation. They take more time to work than the 
sympathomimetic medicines, but they remain effective 
for a longer period of time. Their job is more preven- 
tion than immediate relief. They work by countering 
signals from the parasympathetic nervous system to 
constrict the bronchioles. These signals send their mes- 
sages to the cholinergic receptors on the muscle wall of 
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the bronchioles. The anticholinergic medicine blocks 
the receptor. Atropine is an example of an anticholi- 
nergic bronchodilator. 


Xanthines date back to the ancient world. They 
have been used as medicines for a number of condi- 
tions. Caffeine is a type of xanthine. Theophylline is the 
active ingredient of the xanthines. They relax smooth 
muscle and stimulate the heart. They are particularly 
effective in relaxing the muscle walls of the bronchioles. 
Taken orally, they act directly on the muscle tissue. It is 
not certain how the xanthines work, but they seem to 
prevent mast cells from releasing histamines while 
inhibiting other enzymatic actions. 


Tuberculosis 


Tuberculosis is an infectious disease of the lungs 
caused by bacteria called Mycobacterium tuberculosis. 
It was one of the major causes of death until the 
introduction of antibiotics in the 1940s. The bacillus 
is transmitted by the coughing of an individual who 
has an advanced case of the disease and infects the 
lungs of uninfected people who inhale the infected 
droplets. The disease is also spread through unpas- 
teurized milk, since animals can be infected with the 
bacteria. The disease is dormant in different parts of 
the body until it becomes active and attacks the lungs, 
leading to a chronic infection with such symptoms as 
fatigue, loss of weight, night fevers and chills, and 
persistent coughing that brings up sputum-streaked 
blood. The virulent form of the infection can then 
spread to other parts of the body. Without treatment 
the condition is usually fatal. 


In the past, well-to-do tubercular patients were 
often sent to rest homes called sanitoriums, preferably 
located in a mountain area or desert retreat, so they 
could enjoy the benefits of clean air. Today, tuberculosis 
is treated with antituberculous drugs, such as strepto- 
mycin, which are taken over a long period of time. 


Populations most at risk of contracting TB are 
people who have certain types of medical conditions 
or use drugs for medical conditions that weaken the 
immune system; people in low-income groups; people 
from poorer countries with high TB rates; people who 
work in or are residents of long-term care facilities 
(nursing homes, prisons, hospitals); and people who 
are very underweight, as well as alcoholics and intra- 
venous drug users. 


During the 1990s, the prevalence of TB began to 
increase in the United States. Those who are poor and 
homeless are particularly at risk of acquiring TB, as 
their harsh life and often poor nutrition can impair the 
fuctioning of their immune system. 
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Pneumonia 


Pneumonia, another life threatening disease, is an 
infection or inflammation of the lungs caused by bac- 
teria, viruses, mycoplasma (microorganisms that show 
similarities to both viruses and bacteria), and fungi, as 
well as such inorganic agents as inhaled dusts or gases. 
The irritation to the lung tissues from these sources 
destroys the alveoli (air sacs) of the lung. Blood cells 
from lung capillaries then fill the alveolar spaces. The 
affected part of the lung loses its elasticity and can no 
longer fulfill its vital tasks of supplying the rest of the 
body with oxygen and eliminating carbon dioxide gas. 
Symptoms of this disease include pleurisy (chest pain), 
high fever, chills, severe coughing that brings up small 
amounts of mucus, sweating, blood in the sputum (pus 
and mucus), and labored breathing. 


Pneumonia infections are divided into two classes: 
in lobar pneumonia one lobe of the lung is affected, 
whereas bronchial pneumonia shows up as patches of 
infection that spread to both lungs. Pneumococcus 
bacteria are responsible for most bacterial pneumonia. 
The lobes of the lung become filled with fluid, and the 
bacterial infection spreads to other parts of the body. 
There is a vaccine for this type of pneumonia. Viruses 
cause about half of all the pneumonias. Influenza 
viruses may invade the lungs, which in this case, do 
not become filled with fluid. The symptoms of viral 
pneumonia, which are not as serious as those of bac- 
terial pneumonia and last for shorter periods of time, 
are similar to those of influenza. 


Mycoplasma pneumonia is not as severe as bacte- 
rial pneumonia, either. Even if untreated, this type of 
pneumonia is associated with a low death rate. A more 
recent type of pneumonia that made its appearance 
with the AIDS (acquired immune deficiency syndrome) 
epidemic is pneumocystis carinii pneumonia (PCP). It 
is caused by a fungus and is often the first sign of illness 
a person with AIDS experiences. Other less common 
pneumonias are beginning to appear more frequently 
and require preventive measures (if possible, early 
detection and effective treatment). In 1936 pneumonia 
was the main cause of death in the United States. Since 
then it has been controlled by antibiotics, but as resist- 
ant strains of bacteria have developed, the number of 
cases has increased. In 1979 pneumonia and influenza 
combined formed the sixth major cause of death in the 
United States. 


Cancer 


As a respiratory disease, lung cancer has now 
become the leading cause of death from cancer in men. 
It accounts for the second largest number of cancer 
deaths in women. Cigarette smoking and air pollution 
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Respiratory system 


KEY TERMS 


Antibiotics—Drugs that target and kill bacteria, but 
are ineffective against viruses. 


Bonchodilators—Drugs used to dilate the 


bronchioles. 


Bronchiole—The smallest diameter air tubes, 
branching off of the bronchi, and ending in the 
alveoli (air sacs). 


Carcinoma of the lung—The most common form of 
lung cancer. 


Histamine—A chemical released from cells in the 
immune system as part of an allergic reaction. 


Pneumoconioses—The class of respiratory diseases 
caused by the inhalation of inorganic chemicals. 


Pneumocystis carinii pneumonia—A type of pneu- 
monia occurring in AIDS, which is caused by fungi. 


Pulmonary fibrosis—Scarring of the lung tissue 
from disease or drugs. 


Rhinitis—The common condition of upper respira- 
tory tract inflammation occurring in both colds and 
allergy. 


TB skin test—The use of tuberculin, a protein pro- 
duced by the tuberculosis bacillus, to test for TB. 


are considered to be the two main causes of lung cancer. 
The three types of lung cancer are carcinomas, lympho- 
mas, and sarcomas. The survival rate after five years for 
carcinomas, which can originate in the trachea, bronchi, 
or alveoli, is low. Lymphomas originate in the lymph 
nodes, while sarcomas develop either in the lungs or in 
other body tissues. Treatment includes the use of chemo- 
therapy, radiation, and surgery, that is, the removal of 
the affected parts of the lung. 


Miscellaneous disorders 


Noncancerous (benign) tumors may occur through- 
out the respiratory system. Although benign tumors are 
less serious than malignant ones, they can still cause 
serious obstructions of the airways and other complica- 
tions. They may later become malignant. 


Different types of drugs like heroin can cause 
edema (lung fluid). Anticancer drugs can cause pul- 
monary fibrosis (scar tissue), which will interfere with 
breathing. There are also children’s diseases like cystic 
fibrosis, which affects secretion by the glands and 
results in pulmonary disorders along with other com- 
plications. Whooping cough (pertussis), which may 
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lead to pneumonia and respiratory distress syndrome 
in newborns, especially premature ones, is another 
example of a children’s disease. 


Structural disorders may occur after changes in the 
shape of respiratory organs take place, following diseases 
such as pneumonia or tuberculosis or from hereditary 
causes. There are also a number of diseases caused by the 
inhalation of dust products from coal mining (black lung 
disease), sandblasting (silicosis), and manufacturing 
(asbestosis and berylliosis). These diseases are classified 
as pneumoconioses. The respiratory tract can also be 
affected by many diseases in other organs or systems of 
the body such as the heart, kidneys, and immune system. 
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l Respiratory system 


Aerobic organisms take in oxygen from the exter- 
nal environment and release carbon dioxide in a proc- 
ess known as respiration. At the most basic level, this 
exchange of gases takes place in cells and involves the 
release of energy from food materials by oxidation. 
Carbon dioxide is produced as a waste product of 
these oxidation reactions. The gas exchange in cells is 
called cellular respiration. In single-celled organisms, 
the oxygen and carbon dioxide simply diffuse through 
the cellmembrane. Respiration in multicellular organ- 
isms, however, is a much more complex process 
involving a specialized respiratory system that plays 
an intermediary role between the cells and the external 
environment. While the respiratory organs of some 
complex organisms such as insects communicate 
directly with internal tissues, respiration in vertebrates 
also involves the circulatory system, which carries 
gases between cells and respiratory organs. 
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The human respiratory system. (Hans & Cassidy. Courtesy of Gale Group.) 


The respiratory system must meet two important 
criteria. First, the respiratory surface must be large 
enough to take in oxygen in sufficient quantities to 
meet the organism’s needs and release all waste gas 
quickly. Some animals, such as the earthworm, use the 
entire body surface as a respiratory organ. The inter- 
nal respiratory organs of vertebrates generally have 
many lobes to enlarge the surface area. Second, the 
respiratory membrane must be moist, since gases 
require water to diffuse across membranes. The watery 
environment keeps the respiratory surface moist for 
aquatic animals. A problem exists for land animals, 
whose respiratory surfaces can dry out in open air. As 
a result, animals such as the earthworm must live in 
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damp places. Internal respiratory organs provide an 
environment that is easier to keep moist. 


Respiration in the earthworm 


The earthworm uses its moist outer skin as a 
respiratory organ. Oxygen diffuses across the body 
surface and enters blood in the dense capillary mesh 
that lies just below the skin. Blood carries the oxygen 
to the body cells. There, it picks up carbon dioxide and 
transports it to the skin capillaries where it diffuses out 
of the body. The skin is effective as an organ of respi- 
ration in small worm-like animals where there is a high 
ratio of surface to volume. 
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Respiratory system 


Respiration in insects 


Tiny air tubes called tracheae branch throughout 
the insect’s body. Air enters the tracheae through holes 
in the body wall called spiracles, which are opened and 
closed by valves. In larger insects, air moves through 
the tracheae when the body muscles contract. The 
tracheae are invaginated—that is, folded into the 
body—and thereby kept moist. Thickened rings in 
the walls of the tracheae help support them. These 
vessels branch into smaller vessels called tracheoles, 
which lack the supportive rings. The tracheoles carry 
air directly to the surface of individual cells, where 
they branch further to deliver oxygen and pick up 
carbon dioxide. A fluid in the endings of tracheoles 
regulates how much air contacts the cells. If a cell 
needs oxygen, the fluid pulls back and exposes the 
cell membrane to the air. 


Respiratory system of fish 


Gills mediate the gas exchange in fish. These 
organs, located on the sides of the head, are composed 
of gill filaments, feathery structures that provide a 
large surface for gas exchange. The filaments are 
arranged in rows in the gill arches, and each filament 
has lamellae, discs that contain capillaries. Blood 
enters and leaves the gills through these small blood 
vessels. Although gills are restricted to a small section 
of the body, the immense respiratory surface created 
by the gill filaments provides the whole animal with an 
efficient gas exchange. The surrounding water keeps 
the gills wet. 


A flap, the operculum, covers and protects the 
gills of bony fish. Water containing dissolved oxygen 
enters the fish’s mouth, and the animal moves its jaws 
and operculum in such a way as to pump the incoming 
water through the gills. As water passes over the gill 
filaments, blood inside the capillaries picks up the 
dissolved oxygen. Since the blood in the capillaries 
flows in a direction opposite to the flow of water 
around the gill filaments, there is a good opportunity 
for absorption. The circulatory system then transports 
the oxygen to all body tissues and picks up carbon 
dioxide, which is removed from the body through the 
gills. After the water flows through the gills, it exits the 
body behind the fish’s operculum. 


Respiration in terrestrial vertebrates 


Lungs are the internal respiratory organs of 
amphibians, reptiles, birds, and mammals. The lungs, 
paired invaginations located in one area of the body, 
provide a large, thin, moist surface for gas exchange. 
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Lungs work with the circulatory system, which 
transports oxygen from inhaled air to all tissues of 
the body. The circulatory system also transports car- 
bon dioxide from body cells to the lungs to be exhaled. 
The process of inhaling and exhaling is called pulmo- 
nary ventilation. 


Besides these similarities, there is a great variety in 
the respiratory systems of terrestrial vertebrates. 
Frogs, for instance, have balloon like lungs that do 
not have a very large surface area. Diffusion across the 
frog’s moist skin supplements the gas exchange 
through the lungs. Birds have about eight thin-walled 
air sacs attached to their lungs. The air sacs take up 
space in the entire body cavity and in some of the 
bones. When birds inhale, air passes through a tube 
called the bronchus and enters the air sacs located in 
the posterior (rear) of the animal. At the same time, air 
in the lungs moves forward to air sacs located in the 
anterior (front). When birds exhale, the air from the 
anterior air sacs moves to the outside, while air from 
the posterior sacs moves into the lungs. This efficient 
system moves air forward through the lungs both 
when the bird inhales and exhales. Blood in the capil- 
laries of the lungs flows against the air current that, 
again, increases respiratory efficiency. Birds are capa- 
ble of flying at high altitudes, where the air has a low 
oxygen content, because of these adaptations of the 
respiratory system. 


Human respiratory system 


The human respiratory system, working in conjunc- 
tion with the circulatory system, supplies oxygen and 
removes carbon dioxide. The respiratory system con- 
ducts air to the respiratory surfaces of lung units. 
There, the blood in the lung capillaries readily absorbs 
oxygen, and gives off carbon dioxide gathered from the 
body cells. The circulatory system transports oxygen- 
laden blood to the body cells and picks up carbon 
dioxide. The term respiration describes the exchange of 
gases across cell membranes both in the lungs (external 
respiration) and in the body tissues (internal respira- 
tion). Pulmonary ventilation, or breathing, exchanges 
volumes of air with the external environment. 


The respiratory tract 


The human respiratory system consists of the res- 
piratory tract and the lungs. The respiratory tract can, 
again, be divided into an upper and a lower part. The 
upper part consists of the nose, nasal cavity, pharynx 
(throat) and larynx (voicebox). The lower part consists 
of the trachea (windpipe), bronchi, and bronchial tree. 
The respiratory tract cleans, warms, and moistens air 


GALE ENCYCLOPEDIA OF SCIENCE 4 


during its trip to the lungs. The nose has openings to 
the outside that allow air to enter. Hairs inside the 
nose trap dirt and keep it out of the respiratory tract. 
The external nose leads to a large cavity within the 
skull. This cavity and the space inside the nose make 
up the nasal cavity. A nasal septum, supported by 
cartilage and bone, divides the nasal cavity into a 
right and left side. Epithelium, a layer of cells that 
secrete mucus and cells equipped with cilia, lines the 
nasal passage. Mucus moistens the incoming air and 
traps dust. The cilia move pieces of the mucus with its 
trapped particles to the throat, where it is spit out 
or swallowed. Stomach acids destroy bacteria in 
swallowed mucus. Sinuses, epithelium-lined cavities 
in bone, surround the nasal cavity. Blood vessels in 
the nose and nasal cavity release heat and warm the 
entering air. 


Air leaves the nasal cavity and enters the throat or 
pharynx. From there it passes into the larynx, which is 
located between the pharynx and the trachea or wind- 
pipe. A framework of cartilage pieces supports the 
larynx, which is covered by the epiglottis, a flap of 
elastic cartilage that moves up and down like a trap 
door. When humans breathe, the epiglottis stays open, 
but when one swallows, it closes. This valve mecha- 
nism keeps solid particles and liquids out of the tra- 
chea. If humans breathe in something other than air, 
the person automatically coughs and expels it. Should 
these protective mechanisms fail, allowing solid food 
to lodge in and block the trachea, the victim is in 
imminent danger of asphyxiation. 


Air enters the trachea in the neck. Epithelium lines 
the trachea as well as all the other parts of the respi- 
ratory tract. C-shaped cartilage rings reinforce the 
wall of the trachea and all the passageways in the 
lower respiratory tract. Elastic fibers in the trachea 
walls allow the airways to expand and contract when 
humans inhale and exhale, while the cartilage rings 
prevent them from collapsing. The trachea divides 
behind the sternum to form a left and right bronchus, 
each entering a lung. Inside the lungs, the bronchi 
subdivide repeatedly into smaller airways. Eventually 
they form tiny branches called terminal bronchioles. 
Terminal bronchioles have a diameter of about 0.02 in 
(0.5 mm). The branching air-conducting network 
within the lungs is called the bronchial tree. 


The respiratory tract is not dedicated to respira- 
tion alone but plays a major role in many other bodily 
functions as well. The pharynx in particular is a multi- 
purpose organ. It is a passageway for food as well as 
air, since the mouth cavity also leads to it. The back of 
the pharynx leads into the esophagus (food tube) of 
the digestive system. The front leads into the larynx 
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and the rest of the respiratory system. Small amounts 
of air pass between holes in the pharynx and the 
Eustachian tubes of the ear to equalize the gas pressure 
inside the ears, nose, and throat. The pharynx also 
contains lymph glands called tonsils and adenoids, 
which play a role in the immune system. Finally, the 
pharynx, which doubles as a resonating chamber, also 
plays a role in the production of sound, to which many 
other parts of the respiratory tract also contribute. 


The vocal cords, a pair of horizontal folds inside 
the larynx, vibrate to produce sound from exhaled air. 
When humans speak, muscles change the size of the 
vocal cords and the space between them, known as the 
glottis. The shape and size of the vocal cords deter- 
mine the pitch of the sound produced. The glottis 
widens for deep tones and narrows for high-pitched 
ones. Longer, thicker vocal cords, which vibrate more 
slowly, produce a deeper sound. The force with which 
air is expelled through the larynx determines the vol- 
ume of the sound produced. Voice quality also 
depends on several other factors, including the shape 
of the nasal cavities, sinuses, pharynx, and mouth, 
which all function as resonating chambers. 


The lungs 


The lungs are two cone-shaped organs located in 
the thoracic cavity, or chest, and are separated by the 
heart. The right lung is somewhat larger than the left. 
The pleural membrane surrounds and protects the 
lungs. One layer of the pleural membrane attaches to 
the wall of the thoracic cavity, and the other layer 
encloses the lungs. A fluid between the two membrane 
layers reduces friction and allows smooth movement of 
the lungs during breathing. The lungs are divided into 
lobes, each one of which receives its own bronchial 
branch. The bronchial branch subdivides and eventu- 
ally leads to the terminal bronchi. These tiny airways 
lead into structures called respiratory bronchioles. 


The respiratory bronchioles branch into alveolar 
ducts that lead into outpocketings called alveolar sacs. 
Alveoli, tiny expansions of the wall of the sacs, form 
clusters that resemble bunches of grapes. The average 
person has about 300 million gas-filled alveoli in the 
lungs. These provide an enormous surface area for gas 
exchange. Spread flat, the average adult male’s respi- 
ratory surface would be about 750 sq ft (70 m’), 
approximately the size of a handball court. Arterioles 
and venules make up a capillary network that sur- 
rounds the alveoli. Gas diffusion occurs rapidly across 
the walls of the alveoli and nearby capillaries. The 
alveolar-capillary membrane together is extremely 
thin, about 0.5 in (1.3 cm) thick. 
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The human respiratory system. (Argosy. The Gale Group.) 
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The rate of external respiration in the lungs depends 
on several factors. One is the difference in concentration 
(partial pressure) of the respiratory gases in the alveolus 
and in the blood. Oxygen diffuses out of the alveolus into 
the blood because its partial pressure is greater in the 
alveolus than in the capillary. In the capillary, oxygen 
binds reversibly to hemoglobin in red blood cells and is 
transported to body tissues. Carbon dioxide diffuses out 
of the capillary and into the alveolus because its partial 
pressure is greater in the capillary than in the alveolus. In 
addition, the rate of gas exchange is higher as the surface 
area is larger and the membrane thinner. Finally, the 
diffusion rate depends on airflow. Rapid breathing 
brings in more air and speeds up the gas exchange. 


The result of external respiration is that blood 
leaves the lungs laden with oxygen and cleared of 
carbon dioxide. When this blood reaches the cells of 
the body, internal respiration takes place. Under a 
higher partial pressure in the capillaries, oxygen 
breaks away from hemoglobin, diffuses into the tissue 
fluid, and then into the cells. Conversely, concentrated 
carbon dioxide under higher partial pressure in the 
cells diffuses into the tissue fluid and then into the 
capillaries. The deoxygenated blood carrying carbon 
dioxide then returns to the lungs for another cycle. 


Pulmonary ventilation 


Pulmonary ventilation, or breathing, exchanges 
gases between the outside air and the alveoli of the 
lungs. Ventilation, which is mechanical in nature, 
depends on a difference between the atmospheric air 
pressure and the pressure in the alveoli. When humans 
expand the lungs to inhale, the lungs increase internal 
volume and reduce internal pressure. Lung expansion is 
brought about by two important muscles, the diaphragm 
and the intercostal muscles. The diaphragm is a dome- 
shaped sheet of muscle located below the lungs that 
separates the thoracic and abdominal cavities. When 
the diaphragm contracts, it moves down. The dome is 
flattened and the size of the chest cavity is increased, 
lowering pressure on the lungs. When the intercostal 
muscles, which are located between the ribs, contract, 
the ribs move up and outward. Their action also increases 
the size of the chest cavity and lowers the pressure on the 
lungs. By contracting, the diaphragm and intercostal 
muscles reduce the internal pressure relative to the 
atmospheric pressure. Consequently, air rushes into the 
lungs. When humans exhale, the reverse occurs. The 
diaphragm relaxes, and its dome curves up into the 
chest cavity, while the intercostal muscles relax and 
bring the ribs down and inward. The diminished size of 
the chest cavity increases the pressure in the lungs, 
thereby forcing out the air. 
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Physicians use an instrument called a spirometer 
to measure the tidal volume, that is, the amount of air 
that lungs exchange during a ventilation cycle. Under 
normal circumstances, humans inhale and exhale 
about 500 ml, or about a pint, of air in each cycle. 
Only about 350 ml of the tidal volume reaches the 
alveoli. The rest of the air remains in the respiratory 
tract. With a deep breath, humans can take in an 
additional 3,000 ml (3 liters or a little more than 6 
pints) of air. The total lung capacity is about 6 liters 
on average. The largest volume of air that can be 
ventilated is referred to as the vital capacity. Trained 
athletes have a high vital capacity. Regardless of the 
volume of air ventilated, the lung always retains about 
1,200 ml (3 pints) of air. This residual volume of air 
keeps the alveoli and bronchioles partially filled at all 
times. 


A healthy adult ventilates about 12 times per 
minute, but this rate changes with exercise and other 
factors. The basic breathing rate is controlled by 
breathing centers in the medulla and the pons in the 
brain. Nerves from the breathing centers conduct 
impulses to the diaphragm and intercostal muscles, 
stimulating them to contract or relax. There is an 
inspiratory center for inhaling and an expiratory cen- 
ter for exhaling in the medulla. Before we inhale, 
the inspiratory center becomes activated. It sends 
impulses to the breathing muscles. The muscles con- 
tract and we inhale. Impulses from a breathing center 
in the pons turn off the inspiratory center before the 
lungs get too full. A second breathing center in the 
pons stimulates the inspiratory center to prolong 
inhaling when needed. During normal quiet breathing, 
humans exhale passively as the lungs recoil and the 
muscles relax. For rapid and deep breathing, however, 
the expiratory center becomes active and sends 
impulses to the muscles to bring on forced exhalations. 


The normal breathing rate changes to match the 
body’s needs. Humans can consciously control how 
fast and deeply the body breathes. Humans can even 
stop breathing for a short while. This occurs because 
the cerebral cortex has connections to the breathing 
centers and can override their control. Voluntary con- 
trol of breathing allows humans to avoid breathing in 
water or harmful chemicals for brief periods of time. 
People cannot, however, consciously stop breathing 
for a prolonged period. A buildup of carbon dioxide 
and hydrogen ions in the bloodstream stimulates the 
breathing centers to become active no matter what 
humans want to do. 


Humans are not in conscious control of all the 
factors that affect the breathing rate. For example, 
tension on the vessels of the bronchial tree affects the 
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breathing rate. Specialized stretch receptors in the 
bronchi and bronchioles detect excessive stretching 
caused by too much air in the lungs. They transmit 
the information on nerves to the breathing centers, 
which in turn inhibit breathing. Certain chemical sub- 
stances in the blood also help control the rate of 
breathing. Hydrogen ions, carbon dioxide, and oxy- 
gen are detected by specialized chemoreceptors. Inside 
cells, carbon dioxide (CO) combines with water 
(H,O) to form carbonic acid (H2CO3). The carbonic 
acid breaks down rapidly into hydrogen ions and 
bicarbonate ions. Therefore, an increase in carbon 
dioxide results in an increase in hydrogen ions, while 
a decrease in carbon dioxide brings about a decrease in 
hydrogen ions. These substances diffuse into the 
blood. When people exercise, cells use up oxygen and 
produce carbon dioxide at a higher than average rate. 
As a result, chemoreceptors in the medulla and in parts 
of the peripheral nervous system detect a raised level 
of carbon dioxide and hydrogen ions. They signal the 
inspiratory center, which in turn sends impulses to the 
breathing muscles to breathe faster and deeper. A lack 
of oxygen also stimulates increased breathing, but it is 
not as strong a stimulus as the carbon dioxide and 
hydrogen ion surpluses. A large decrease in oxygen 
stimulates the peripheral chemoreceptors to signal the 
inspiratory center to increase breathing rate. 


In addition to chemoreceptors, there are receptors 
in the body that detect changes in movement and 
pressure. Receptors in joints detect movement and 
signal the inspiratory center to increase breathing 
rate. When receptors in the circulatory system detect 
a rise in blood pressure, they stimulate slower breath- 
ing. Lowered blood pressure stimulates more rapid 
breathing. Increased body temperature and prolonged 
pain also elevate the rate of pulmonary ventilation. 


Respiratory disorders 


The respiratory system is open to airborne 
microbes and to outside pollution. It is not surprising 
that respiratory diseases occur, in spite of the body’s 
defenses. Some respiratory disorders are relatively 
mild and, unfortunately, very familiar. People all 
experience the excess mucus, coughing, and sneezing 
of the common cold from time to time. The common 
cold is an example of rhinitis, an inflammation of the 
epithelium lining the nose and nasal cavity. Viruses, 
bacteria, and allergens are among the causes of 
rhinitis. 

Since the respiratory lining is continuous, nasal 
cavity infections often spread. Laryngitis, an inflam- 
mation of the vocal cords, results in hoarseness and 
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loss of voice. Swelling of the inflamed vocal cords 
interferes with or prevents normal vibration. 
Pathogens, irritating chemicals in the air, and overuse 
of the voice are causes of laryngitis. 


Pneumonia, inflammation of the alveoli, is most 
commonly caused by bacteria and viruses. During a 
bout of pneumonia, the inflamed alveoli fill up with 
fluid and dead bacteria, and the external respiration 
rate drops. Patients come down with fever, chills, and 
pain, coughing up phlegm and sometimes blood. 
Sufferers of bronchitis, an inflammation of the bron- 
chi, also cough up thick phlegm. There are two types 
of bronchitis, acute and chronic. Acute bronchitis 
can be a complication of a cold or flu. Bacteria, 
smoking, and air pollution can also cause acute bron- 
chitis. This type of bronchitis clears up in a short 
time. 


Chronic bronchitis and emphysema are termed 
chronic obstructive pulmonary disease (COPD), in 
which the airways are obstructed and the respiratory 
surface is diminished. COPD patients do not improve 
without treatment. Air pollution and cigarette smok- 
ing are the main causes of COPD. Nonsmokers who 
inhale the smoke of others—passive smokers—are 
also at risk. Smoking stimulates the lining cells in the 
bronchi to produce mucus. This causes the epithelium 
lining the bronchi and its branches to thicken and 
thereby narrow. Patients cough up phlegm and expe- 
rience breathlessness as well as strain on the heart. In 
emphysema, also caused by smoking, the alveolar 
walls disintegrate and the alveoli blend together. 
They form large air pockets from which the air does 
not escape. This cuts down the surface area for gas 
exchange. It becomes difficult for the patient to exhale. 
The extra work of exhaling over several years can 
cause the chest to enlarge and become barrel-shaped. 
The body is unable to repair the damage to the lungs 
brought on by COPD, and the disease can lead to 
respiratory failure. During respiratory failure, the res- 
piratory system does not supply sufficient oxygen to 
sustain the organism. 


In addition to COPD, lung cancer also destroys 
lung tissue. The most common type of cancer in the 
United States, lung cancer is the leading cause of cancer 
death in men. According to the Cancer Journal for 
Clinicians, lung cancer surpassed breast cancer (in 
1987) as the largest cause of cancer death in women. 
As of 2005, lung cancer accounted for 27% of all 
female cancer deaths. Cigarette smoking is the main 
cause of lung cancer. Passive smokers are also at risk. 
Air pollution, radioactive minerals, and asbestos also 
cause lung cancer. The symptoms of the disease include 
a chronic cough from bronchitis, coughing up blood, 
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KEY TERMS 


Alveolus (plural, alveoli)—An air sac of the lung, 
in which oxygen and carbon dioxide exchange 
occurs. 


Breathing centers—Specialized areas in the 
medulla and pons that regulate the basic rate of 
breathing. 


Bronchial tree—Branching, air-conducting subdi- 
visions of the bronchi in the lungs. 


COPD—Chronic obstructive pulmonary disease, 
in which the air passages of the lungs become 
narrower and obstructed. Includes chronic bron- 
chitis and emphysema. 


Gill filaments—Finely divided surface of a gill of a 
fish or other aquatic animal where gas exchange 
takes place. 


Tracheae—Tubes in land arthropods that conduct 
air from opening in body walls to body tissues. 


shortness of breath, and chest pain. Lung cancer can 
spread in the lung area. Unchecked, it can metastasize 
(spread) to other parts of the body. Physicians use 
surgery, anticancer drugs, and radiation therapy to 
destroy the cancer cells and contain the disease. 


See also Cigarette smoke. 
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l Restoration ecology 


Restoration ecology refers to activities under- 
taken to increase populations of an endangered species 
or to manage or reconstruct a threatened ecosystem. 
Ecological restoration is an extremely difficult and 
expensive endeavor, and only attempted when the 
population of an endangered species is considered 
too small to be self-maintaining or the area of a threat- 
ened ecosystem is not large enough to allow its persis- 
tence over the longer term. 


Restoration ecology can have various goals. A 
common focus is on endangered species and their 
habitat. In such a case, a species might be preserved 
in its remaining natural habitat, conserved by strictly 
controlling its exploitation, enhanced by a captive 
breeding and release program, and/or have its habitat 
managed to ensure its continued suitability. For 
example, the Galapagos Islands are maintained undis- 
turbed by human development and multiple endan- 
gered species are thus, protected. In a more developed 
or suburban setting, this method is impractical and 
too expensive to implement. In the case of the 
California condor (Gymnogyps californianus), only 
few remaining natural habitats are carefully main- 
tained, but the birds themselves are also monitored 
by visual observation and radio tracking. Several 
attempts have been made to increase the species pop- 
ulation through breeding programs. 


If a complement of species is being managed in 
some region, for example in a national park, the goal 
might focus on ensuring that all of the known native 
species are present and capable of sustaining their 
populations. If some species have been extirpated, 
there may be an effort to introduce new breeding 
populations. Habitat management might also be a 
component of this sort of multi-species goal. 


If an endangered natural community is the focus, 
a project in restoration ecology might attempt to 
repair degraded remnants that still remain, or try to 
reconstruct a facsimile of the natural community. 
Restoration of the natural community may be accom- 
plished by introducing native species missing from the 
ecosystem, and by managing the local environment to 
ensure the survival of all components of the commun- 
ity in an appropriate balance. The goal of community- 
level projects is to restore self-maintaining ecological 
communities that are as similar as possible to the 
original. This aspiration is rarely attainable to perfec- 
tion, although it can be approximated to a significant 
degree. 
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Restoration ecology 


Difficulties of ecological restoration 


For a number of scientific reasons, it is difficult to 
undertake management actions in restoration ecology. 
One important problem is that there is usually an 
imperfect understanding of the nature of the original 
ecological communities of place or region. Ecology is a 
relatively recent science. Therefore, little information 
about the extent of natural ecosystems before they 
became degraded by human activities, and of their 
composition and relative abundance of species, is 
available. Often, small fragments of natural ecosys- 
tems continue to persist in ecologically degraded land- 
scapes, but it is not known if they are representative of 
the former larger ecosystem. 


For example, tall-grass prairie was once a very 
extensive natural ecosystem in parts of central North 
America. This ecosystem is now critically endangered 
because almost all of its original area has been con- 
verted to intensively managed agricultural ecosystems. 
A few small remnants of tall-grass prairie have man- 
aged to survive. However, ecologists do not know the 
degree to which these are typical of the original tall- 
grass prairie, and what fraction of the original comple- 
ment of species is now missing. 


Another difficulty of restoration ecology is that 
some natural ecosystems require a great length of time 
to develop their mature character. As a result, it can 
take decades and even centuries for some types of 
natural ecosystems to be restored. Therefore, it is 
impossible for individual ecologists, and difficult for 
society, to commit to the restoration of certain types of 
endangered ecosystems. For example, some types of 
old-growth forests do not reach their dynamic equili- 
brium of species composition, biomass, and functional 
character until at least 300-500 years have passed since 
the most recent, stand-replacing disturbance. Clearly, 
any initiative to reconstruct these kinds of old-growth 
forests on degraded land must be prepared to design 
with these conditions in mind, and to follow through 
over the longer term. 


Another dilemma facing restoration ecologists is 
their incomplete understanding of the ecology of the 
species they are working with, of the relationships 
among those species, and of the influence of non-living 
environmental factors. 


A problem that must be dealt with in many situa- 
tions is the fact that environmental conditions may 
have changed significantly, perhaps permanently. 
Under an altered environmental regime, it may not be 
feasible to restore original ecosystem types. Ecologists 
must then propose alternative restoration plans that 
compliment or approximate the their original intent. 
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These various problems of restoration ecology are 
important, and the difficulties they engender should 
not be underestimated. However, enormous benefits 
can potentially be attained by successful restoration of 
the populations of endangered species or of threatened 
ecological communities. 


Programs of restoration ecology require an inte- 
grated application of ecological knowledge. Most 
activities in applied ecology focus on the exploitation 
and management of species and ecosystems for the 
direct benefit for humans, as occurs in agriculture, 
forestry, and fisheries management. In restoration 
ecology, however, the exercise in applied ecology is 
undertaken to achieve some natural benefit in terms 
of the preservation or conservation of biodiversity and 
environmental quality. 


Restoration ecology is a severe test of our knowl- 
edge of ecological principles and of environmental 
influences on species and their communities. To suc- 
cessfully convert degraded environments and ecosys- 
tems into self-maintaining populations takes an 
extraordinarily deep understanding of the complex 
principles of ecology. 


Restoration, rehabilitation, and replacement 


At the species level, the goal of restoration ecology 
is to develop sustainable populations of target species. 
At the community level, the goal is to rehabilitate or 
reconstruct an entire ecosystem, making it as similar as 
possible to an original natural ecosystem that has 
become endangered. These desirable goals may not 
be achievable in some situations, and less lofty aspira- 
tions may have to be identified and pursued by resto- 
ration ecologists. 


If the environment has been permanently degraded, 
for example, by the massive erosion of soil or the accu- 
mulation of persistent pollutants, the only achievable 
goal for restoration ecology might be to rehabilitate the 
site to some acceptable ecological condition. This could 
occur through the development of a community that is 
reasonably similar to an original type, even though not 
all native species can be accommodated and there are 
other important differences in the structure and func- 
tion of the new ecosystem. 


In even more degraded environments, the only 
attainable goal might be replacement, or the develop- 
ment of some acceptable new ecosystem on the man- 
aged site. The criteria for replacement might only be to 
achieve a stable, self-maintaining ecosystem on the 
site, using native species wherever possible. This is 
done to restore some degree of ecological integrity, 
natural aesthetics, recreational opportunity, and 
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perhaps economically useful productivity such as for- 
est or agricultural products. 


Some successful examples of 
restoration ecology 


The simplest applications of restoration ecology 
focus on the protection of populations of endangered 
species. In some cases, these efforts can succeed by 
controlling hunting. For example, on the west coast 
of North America, populations of the sea otter 
(Enhydra lutris) were severely overhunted during the 
fur trade of the nineteenth century, to the degree that 
the species was thought to be extinct. However, during 
the 1930s, small populations of sea otters were discov- 
ered in the Aleutian Islands and off northern 
California. These animals were strictly protected, 
and their surplus production dispersed naturally to 
colonize other suitable habitat, a process that was 
aided by some longer-distance introductions by 
humans. The sea otter is no longer endangered. 


Some other previously endangered species of North 
America whose populations were successfully enhanced 
mostly by controlling human-caused mortality include 
the pronghorn antelope (Antilocapra americana), 
American elk (Cervus canadensis), American beaver 
(Castor canadensis), Guadalupe fur seal (Arctocephalus 
townsendi), northern fur seal (Callorhinus ursinus), gray 
seal (Halichoerus gryptus), northern elephant seal 
(Mirounga angustirostris), and humpback whale 
(Megaptera novaeangliae). All of these species had been 
excessively exploited for their meat or fur, but then 
rebounded in abundance after hunting was stopped or 
strictly regulated. 


Some other depleted species have been restored by 
controlling their mortality through hunting, while also 
protecting or enhancing their critical habitat. The 
wood duck (Aix sponsa), for example, was endangered 
by overhunting for its meat and beautiful feathers, and 
by degradation of its habitat by the drainage of wet- 
lands and timber harvesting. The species has now 
recovered substantially because of limits on hunting, 
the protection of some remaining swamps, and 
because of programs in which nest boxes are provided 
for this cavity-nesting species. These nest boxes have 
also benefited another rare duck, the hooded mer- 
ganser (Lophodytes cucullatus). An unrelated nest- 
box program has been crucial in allowing some recov- 
ery of abundance of eastern and western bluebirds 
(Siala sialis and S. mexicana). 


Other endangered species have benefited from pro- 
grams of habitat management, coupled with their cap- 
tive breeding and release to enhance wild populations 
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or to re-introduce the species to suitable habitat from 
which it had been extirpated. The endangered whoop- 
ing crane (Grus americana) has been managed in this 
way, and this has allowed its abundance to be increased 
from only 15 individuals in 1941 to 250 birds in 1993 
(145 of those individuals were in captivity). Other 
examples of endangered species that have been 
enhanced in part by captive breeding and release pro- 
grams include the eastern population of the peregrine 
falcon (Falco peregrinus anatum), trumpeter swan (Olor 
buccinator), wild turkey (Meleagris gallopavo), and pine 
marten (Martes americana). 


Some other endangered species require active 
management of their habitat, which has become too 
fragmented and small in area to support the species, or 
has degraded for other reasons. A North American 
example of this type of management concerns the 
endangered Kirtland’s warbler (Dendroica kirtlandii), 
which only breeds in even-aged stands of jack pine 
(Pinus banksiana) in Michigan. The availability of 
appropriate habitat for this bird is maintained by 
planting jack pine, and by the use of prescribed burn- 
ing to develop the middle-aged stands that are optimal 
for the warbler. In addition, Kirtland’s warbler has 
suffered badly from the depredations of a nest para- 
site, the brown-headed cowbird (Molothrus ater). 
Intense efforts must be made to reduce the population 
of the parasite within the breeding range of Kirtland’s 
warbler, and to remove its eggs that may be laid in 
nests of the endangered species. These intensive efforts 
have allowed the small breeding population of 
Kirtland’s warbler to be maintained. However, the 
species remains endangered, possibly because of hab- 
itat limitations on its wintering range, which appears 
to be in mountainous areas of Cuba. 


In a few cases, restoration ecologists have focused 
not on particular endangered species, but on entire 
ecosystems. In such cases, restoration efforts initially 
involve the protection of remnant areas of endangered 
natural areas. This must be coupled with active man- 
agement of the protected areas if this is required to 
avoid degradation of their ecological integrity. For 
example, tall-grass prairie is an endangered ecosystem 
which now exists in much less than 1% of its original 
extent in North America, almost all of the rest having 
been converted to agricultural land-use. Ecological 
reserves are being established to protect many of the 
last remnants of tall-grass prairie, but these must be 
managed properly if they are to remain in a healthy 
condition. The environment of the tall-grass prairie is 
also capable of supporting shrubs or oak-dominated 
forest, and will do so unless successional processes are 
interrupted by occasional light fires, thus requiring 
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seasonal management. The burns are lethal to woody 
plants, but beneficial to the perennial, herbaceous spe- 
cies of the prairie that thrive in burn cleared areas. 
Historically, prairie fires would have been ignited nat- 
urally by lightning or by aboriginal hunters who were 
trying to maintain extensive habitat for the large mam- 
mals that they hunted. Today, the small remnants of 
tall-grass prairie that are protected in ecological 
reserves must be managed using prescribed burns. 


The ultimate application of restoration ecology is 
in the reconstruction of reasonable facsimiles of natu- 
ral ecosystems, beginning with some degraded condi- 
tion of land or water. Because of its inherent difficulty, 
expense, and the need for a commitment over a long 
period of time, this approach is rare. However, such 
reconstruction may be necessary to preserve some 
endangered natural ecosystems, and their dependent 
species, to a sustainable extent and abundance. 


The best example of this intensive, bottom-up prac- 
tice of restoration ecology is the reestablishment of 
prairie communities on land that has been used for 
agriculture for many decades. In such cases, it is 
assumed that the existing environment is still more-or- 
less suitable for the occurrence of prairie vegetation, and 
all that is needed is to reintroduce the component species 
and to manage their habitat until they can develop a self- 
maintaining ecosystem. One famous example of this 
practice is the restoration of prairie on agricultural 
land in Madison by botanists from the University of 
Wisconsin, beginning in 1934. The planting and man- 
agement of these restored prairies has been difficult and 
time consuming, and great diligence was required to 
achieve success. Initially, the vigor and persistence of 
some of the introduced agricultural species, especially 
several blue-grasses (Poa pratensis and P. compressa), 
proved to be very troublesome. However, this manage- 
ment problem was overcome by the discovery that these 
grasses could not survive prescribed burns, while well- 
established prairie species could. 


The successful reconstruction of fairly extensive, 
semi-natural prairie by dedicated and determined bot- 
anists from the University of Wisconsin is a demon- 
stration of the great ecological benefits that can be 
achieved through restoration ecology. However, this 
is also an illustration of the great difficulties of restor- 
ing indigenous biodiversity. 


Wherever feasible, it is much more preferable to 
preserve species and natural communities in large, self- 
organizing protected areas, which are capable of accom- 
modating natural ecological dynamics and therefore do 
not require management by humans to maintain their 
integrity. Such preservation efforts currently span the 
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KEY TERMS 


Conservation—The protection, preservation, and 
careful management of a natural resource with a 
view to its future availability for us by humans. 


Endangered—A class of conservation status in 
which a species or ecosystem is at risk of imminent 
extinction throughout all or a significant portion of 
its range. 


Preservation—The protection of biodiversity resour- 
ces for their own, intrinsic value. Preservation is not 
necessarily undertaken to achieve some benefit for 
humans. 


Restoration ecology—the application of ecological 
principles and knowledge to the restoration of pop- 
ulations of endangered species, or to the manage- 
ment or reconstruction of threatened ecosystems. 


globe, from the Asian steppe to the South American 
rainforests, but they cover only a minute fraction of 
threatened and endangered ecosystems. 


See also Captive breeding and reintroduction; 
Sustainable development. 
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[ Retrograde motion 


Retrograde motion means moving backward, and, 
in astronomy, describes the loop, or Z-shaped, path 
that planets farther from the sun than the Earth appear 
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to trace in the sky over the course of a few months. All 
the visible planets farther from the sun than Earth 
(Mars, Jupiter, Saturn, and, for the eagle-eyed, 
Uranus) show retrograde motion, or what is sometimes 
also called retrogression. The planets generally appear 
to move from west to east, as seen from Earth and 
relative to the stars. However, if one carefully charts 
an outer planet’s motion for several months one will 
notice it appears to stop, reverses direction (goes from 
east to west) for a few weeks, then stops again and 
resumes its former west-to-east motion. 


This is an optical illusion produced as Earth, 
which orbits the sun faster than any of the outer 
planets, catches up and passes them in its orbit 
(Figure 1). The changing line of sight from Earth to 
the planet makes it appear that the planet has stopped 
and begun to move backwards, though it is still mov- 
ing in its original direction. Retrograde motion of the 
planets confounded early astronomers such as 
Ptolemy (c. 2nd century AD), who believed that 
Earth was at the center of the universe. For such a 
system, the planet indeed had to be going backwards, 
because Earth was stationary. This changed when 
Nikolaus Copernicus (1473-1543) argued that Earth 
orbits the sun like all the other planets, providing a 
more natural explanation for retrograde motion. 
Inner planets exhibit retrograde motion as well, as 
they catch up with and pass Earth, moving between 
it and the sun. 


One can see retrograde motion with the following 
experiment (Figure 2). Have a friend stand 50 yd (46 m) 
away and begin jogging in the direction shown. After 
ten seconds, start running faster than your friend in the 
same direction. Watch the friend relative to some dis- 
tant trees. As one catches up, the friend will appear to 
stop relative to the trees, move backwards, and then 
move forward again. Just like the planets, the friend is 
always going in the same direction, but relative to the 
trees the situation looks quite different! Because the 
effect described above is an optical illusion, it is some- 
times called apparent retrograde motion. This distin- 
guishes it from true retrograde motion, which is the 
revolution or rotation of an object in the solar system 
in a clockwise direction as seen from the north pole 
(i.e., looking down on the solar system). 


All the planets orbit the sun in a counterclockwise 
direction as seen from the north pole, and this motion 
is called prograde. However, some of the satellites of 
the planets (such as Phoebe, a satellite of Saturn, and 
Triton, the largest satellite of Neptune) orbit in a 
retrograde direction. And while Earth rotates about 
its axis in a prograde sense, Venus, Uranus, and dwarf 
planet Pluto exhibit retrograde rotation. 
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Apparent motion 
of planet 


Outer planet 


——— Lines of sight 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


| Retrovirus 


Retroviruses are viruses in which the genetic 
material consists of ribonucleic acid (RNA) instead of 
deoxyribonucleic acid (DNA). Retroviruses produce an 
enzyme known as reverse transcriptase that uses RNA 
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Retrovirus 


as a template to manufacture DNA, which can then be 
permanently integrated into the DNA of the infected 
host cells. 


Retroviruses have been known for a long time. In 
1911, Peyton Rous (1879-1970) successfully isolated 
the agent that caused tumors in chickens. This agent, 
later called Rous sarcoma virus, was the first retrovi- 
rus to be discovered. In the 1960s, Howard Temin 
(1934-1994) proposed that retroviruses accomplished 
the replication of their genetic material by the afore- 
mentioned RNA-to-DNA route. This concept, which 
was called reverse transcription, garnered Temin and 
David Baltimore (1938) a Nobel Prize in medicine or 
physiology in 1975. The human T-cell leukemia virus 
(HTLV; now two types are known), the first diseases 
causing retrovirus of humans, was discovered in 1981, 
followed two years later by the discovery of HIV. 


The known retroviruses are classified into three fam- 
ilies: Retroviridae, Metaviridae, and Pseudoviridae. The 
HIV and HTLV types are members of the Retroviridae. 
Members of the family Metaviridae infect fungi and 
insects. Finally, members of the family Pseudoviridae 
infect yeast and insects. From the human perspective, 
the Retroviridae are the most immediate concern. 


Many gene therapy treatments and experiments 
use disabled mouse retroviruses as a carrier (vector) to 
inject new genes into the host DNA. Retroviruses are 
rendered safe by adding, mutating, or deleting viral 
genes so that the virus cannot reproduce after acting as 
a vector for the intended delivery of new genes. 
Although viruses are not normally affected by anti- 
biotics, genes can be added to retroviruses that make 
them susceptible to specific antibiotics. 


As of 2006, researchers had discovered only a 
handful of retroviruses that infect humans. Human 
immunodeficiency virus (HIV), the virus that causes 
acquired immune deficiency syndrome (AIDS), is a 
retrovirus. Another human retrovirus, human T-cell 
leukemia virus (HTLV), was discovered three years 
prior to the discovery of HIV. Both HTLV and HIV 
attack human immune cells called T cells. T cells are 
the linchpin of the human immune response. When T 
cells are infected by these retroviruses, the immune 
system is disabled and several serious illnesses result. 
HTLV causes a fatal form of cancer called adult T cell 
leukemia. HTLV infection of T cells changes the way 
the T cells work in the body, causing cancer. HIV 
infection of T cells, however, eventually kills T cells, 
rendering the immune system powerless to stave off 
infections from microorganisms. 


Retroviruses are sphere-shaped viruses that con- 
tain a single strand or a couple of strands of RNA. The 
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sphere-shaped capsule of the virus consists of various 
proteins. The capsule is studded on the outside with 
proteins called receptor proteins. In HIV, these recep- 
tor proteins bind to special proteins on T cells called 
CD4 receptors. CD4 stands for cluster of differentia- 
tion, and CD type 4 is found on specific T cells called 
helper cells. The human retroviruses discovered so far 
bind only to CD4 receptors, which makes their affinity 
for T helper cells highly specific. 


The retrovirus receptor docks with a CD4 recep- 
tor ona T cell, and enters the T cell through the T cell 
membrane. Once inside, the retrovirus begins to repli- 
cate. But because the retrovirus’s genetic material 
consists of RNA, not DNA, replication is more com- 
plicated in a retrovirus than it is for a virus that con- 
tains DNA. 


In all living things, DNA is the template by which 
RNA is transcribed. DNA is a double-stranded mole- 
cule that is located within the nucleus of cells. Within 
the nucleus, DNA transcribes RNA, a single-stranded 
nucleic acid. The RNA leaves the nucleus through tiny 
pores and enters the cytoplasm, where it directs the 
synthesis of proteins. This process has been called the 
“central dogma” of genetic transcription. No life form 
has been found that violates this central dogma— 
except retroviruses. In retroviruses, the RNA is used 
to transcribe DNA, which is exactly opposite to the 
way genetic material is transcribed in all other living 
things. This reversal is why they are named retrograde, 
or backwards, viruses. 


In addition to RNA, retroviruses contain an 
enzyme called reverse transcriptase. This is the enzyme 
that allows the retrovirus to make a DNA copy from 
RNA. Once this DNA copy is made, the DNA inserts 
itself into the T cell’s DNA. The inserted DNA then 
begins to produce large numbers of viral RNA that are 
identical to the infecting virus’s RNA. This new RNA is 
then transcribed into the proteins that make up the 
infecting retrovirus. In effect, the T cell is transformed 
into a factory that produces more retroviruses. Because 
reverse transcriptase enzyme is unique to retroviruses, 
drugs that inhibit the action of this enzyme are used to 
treat retroviral infection, such as HIV. Reverse tran- 
scriptase is vital for retrovirus replication, but not for 
human cell replication. Therefore, modern reverse tran- 
scriptase inhibitor drugs are specific for retroviruses. 
Often, reverse transcriptase inhibitors are used in com- 
bination with other drugs to treat HIV infection. 


Retroviruses are especially lethal to humans 
because they cause a permanent change in the T cell’s 
DNA. Other viruses merely commandeer their host 
cell’s cytoplasm and chemical resources to make 
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more viruses; unlike retroviruses, they do not insert 
their DNA into the host cell’s DNA. Nor do most 
viruses attack the body’s T cells. Most people’s cells, 
therefore, can recover from an attack from a virus. 
Eventually, the body’s immune system discovers the 
infection and neutralizes the viruses that have been 
produced. Any cells that contain viruses are not per- 
manently changed by the viral infection. Because ret- 
roviruses effect a permanent change within important 
cells of the immune system, cellular recovery from a 
retrovirus infection does not occur. 


In 1980, researchers headed by Robert Gallo at 
the National Cancer Institute discovered the first 
human retrovirus. They found the virus within leuke- 
mic T cells of patients with an aggressive form of T-cell 
cancer. These patients were from the southern United 
States, Japan, and the Caribbean. Almost all patients 
with this form of cancer were found to have antibodies 
(immune system proteins made in response to an infec- 
tion) to HTLV. 


HIV is perhaps the most famous retrovirus. 
Discovered independently by several researchers in 
1983, HIV is now known to be the causative agent of 
AIDS. People with AIDS test positive for HIV anti- 
bodies, and the virus itself has been isolated from 
people with the disease. 


HIV attacks T cells by docking with the CD4 
receptor on its surface. Once inside the cell, HIV begins 
to transcribe its RNA into DNA, and the DNA is 
inserted into the T cell’s DNA. However, new HIV is 
not released from the T cell right away. Instead, the 
virus stays latent within the cell, sometimes for 10 years 
or more. For reasons that are not yet clear, at some 
point the virus again becomes active within the T-cell, 
and HIV particles are made within the cell. The new 
HIV particles bud out from the cell membrane and 
attack other T cells. Soon, all of the T cells of the 
body are infected and die. This infection cycle explains 
why very few virus particles are found in people with 
the HIV infection (those who do not yet have AIDS); 
many particles are found in people who have fulminate 
AIDS. 


No cure has yet been found for AIDS. Researchers 
are still unsure about many aspects of HIV infection, 
and research into the immune system is still a relatively 
new science. Several anti-retroviral drugs, such as 
AZT, ddI, and ddC, have been administered to people 
with HIV. These drugs do not cure HIV infection; but 
they usually postpone the development of AIDS. AIDS 
is almost invariably fatal. 
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KEY TERMS 


Adult T-cell leukemia (ATL)—A form of cancer 
caused by the retrovirus HTLV. 


Antibody—A molecule created by the immune sys- 
tem in response to the presence of an antigen (a 
foreign substance or particle). It marks foreign 
microorganisms in the body for destruction by 
other immune cells. 


Seropositive—Describes the condition in which 
one’s blood tests “positive” for an antibody against 
a specific microorganism. 


T cells—Immune-system white blood cells that 
enable antibody production, suppress antibody 
production, or kill other cells. 


Transcription—The process of synthesizing RNA 
from DNA. 


Simian immunodeficiency virus (SIV) is the pri- 
mate version of HIV. In fact, monkeys infected with 
SIV are used to test AIDS drugs for humans. Rous 
sarcoma virus (RSV) causes cancer in chickens and 
was the first retrovirus identified. Feline leukemia 
virus (FELV) causes feline leukemia in cats and is 
characterized by symptoms similar to AIDS. Feline 
leukemia is a serious disease that, like AIDS, is fatal. 
Unlike AIDS, a vaccine has been developed to prevent 
this disease. 


See also Autoimmune disorders; DNA replication. 
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| Reye’s syndrome 


Reye’s syndrome is a serious medical condition 
associated with viral infection and aspirin intake. It 
usually strikes children under age 18, and occurs most 
commonly between the ages of five and 12. 


Symptoms of Reye’s syndrome develop after the 
patient appears to have recovered from the initial viral 
infection. These symptoms include fatigue, irritability, 
and severe vomiting. Eventually, neurological symp- 
toms such as delirium and coma may appear. One 
third of all Reye’s syndrome patients die, usually 
from heart failure, gastrointestinal bleeding, kidney 
failure, or cerebral edema (a condition in which fluid 
presses on the brain, causing severe pressure and 
compression). 


Reye’s syndrome is a particularly serious disease 
because it causes severe liver damage and swelling of 
the brain, a condition called encephalopathy. Recovery 
from the illness is possible if it is diagnosed early. Even 
with early diagnosis, some patients who survive Reye’s 
syndrome may have permanent neurological damage, 
although this damage can be subtle. 


Reye’s syndrome was discovered in 1963 by Dr. 
Ralph D. Reye. However, the connection between 
aspirin and viral infection was not made until the 
1980s. However, even in 2006, the exact mechanism 
that causes aspirin to damage the liver and brain dur- 
ing viral infections was unclear. Aspirin may inhibit 
key enzymes in the liver, leading to liver malfunction. 
However, why the combination of aspirin intake and 
viral infection can lead to Reye’s syndrome remains to 
be deduced. 


Kathleen Scogna 


[| Rh factor 


Rh factor (or Rhesus factor) refers to the Rh D 
antigen within the five main rhesus antigens of C, c, D, 
E, and e; what 1s called the Rhesus system. It is a blood 
protein that plays a critical role in some pregnancies. 
People without Rh factor are known as Rh negative, 
while people with the Rh factor are Rh positive. If a 
woman who is Rh negative is pregnant with a fetus 
who is Rh positive, her body will make antibodies 
against the fetus’s blood. This can cause Rh disease, 
also known as hemolytic disease of the newborn, 
in the baby. In severe cases, Rh disease leads to 
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brain damage and even death. American pathologist 
Alexander Solomon Wiener (1907-1976) and Austrian- 
American biologist and physician Karl Landsteiner 
(1868-1943) named the term Rh factor after they dis- 
covered it in the blood of rhesus monkeys in 1937. 
Since 1968, a vaccine has existed to prevent the moth- 
er’s body from making antibodies against the fetus’s 
blood. 


Importance of the Rh factor 


Rh factor is an antigen found on the red blood 
cells of most people. Rh factor, like the blood types A, 
B, and O, is inherited from one’s parents. A simple 
blood test can determine blood type, including the 
presence of the Rh factor. About 85% of white 
Americans and 95% of African Americans are Rh 
positive. A person’s own health is not affected by the 
presence or absence of Rh factor. 


Rh factor is important only during a pregnancy in 
which an Rh negative woman is carrying a fetus who 
might be Rh positive. This can occur when an Rh 
negative woman conceives a baby with an Rh positive 
man. The gene for Rh positive blood is dominant over 
the gene for Rh negative blood, so their baby will be 
Rh positive. If the Rh positive father also carries the 
gene for Rh negative blood, his babies have a 50% 
chance of inheriting Rh negative blood and a 50% 
chance of inheriting Rh positive blood. If both parents 
are Rh negative, their babies will always be Rh neg- 
ative. In order to protect their future babies from Rh 
disease, all women of childbearing age should know 
their Rh status before becoming pregnant. 


Rh factor in pregnancy 


The danger of Rh disease begins when the moth- 
er’s Rh negative blood is exposed to the baby’s Rh 
positive blood. This mixing of blood occurs at the time 
of birth, and after an abortion or miscarriage. It is also 
apt to happen during prenatal tests like amniocentesis 
and chorionic villus sampling. More rarely, blood 
from the mother and fetus may mingle during preg- 
nancy, before birth. When this contact between the 
two blood types occurs, the mother’s body responds 
by building antibodies to fight the foreign Rh blood 
protein. The mother’s blood is now said to be sensi- 
tized against Rh factor blood. 


Once a mother’s blood has become sensitized, her 
antibodies will attack the blood of any Rh positive 
fetus that she carries. The antibodies will destroy the 
fetus’s red blood cells. If this happens, the infant will 
suffer from several serious conditions. It will become 
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Areduction in red blood cells 
leads to anemia, a condition 
marked by weakness and 
fatique. Severe anemia can 

lead to heart failure and death. 
The breakdown of red blood 
cells also causes the formation 
of bilirubin, the build up of which 
can lead to jaundice and possibly 


brain damage. ~y 


In a subsequent pregnancy with an Rh positive baby there is 
the risk that it will develop Rh disease. Even though the blood 
circulation of the mother is separate from that of the child, the 
antibodies in her system can cross the placenta, enter the 


bloodstream of the baby, and cause its red blood cells to be killed. 


Antibody 


a 


The mother's immune system 
recognizes the cells as foreign 
and develops antibodies against them. 


, AnRhpositive 
father and Rh negative 
mother may conceive 
an Rh positive baby. 


This usually isn't a problem if it's the 
mother's first pregnancy with an Rh 
positive child, because her blood 


circulation is separate from that of 
the baby. 


At birth, or after an abortion or miscarriage, 
Rh positive blood cells from the baby enter 
the mother's bloodstream. 


et 


Rh disease. (Hans & Cassidy. Courtesy of Gale Group.) 


anemic, a condition caused by a reduction in red blood 
cells and marked by weakness and fatigue. Severe 
anemia can lead to heart failure and death. The break- 
down of red blood cells will also cause the formation 
of a reddish-yellow substance known as bilirubin. An 
infant with high levels of bilirubin will look yellowish. 
This is known as jaundice. Brain damage can occur if 
the bilirubin level gets high enough. The disease 
caused by Rh incompatibility is called Rh disease, 
also known as hemolytic disease of the newborn or 
erythroblastosis fetalis. 


Rh disease is usually not a problem during a first 
pregnancy. This is because the Rh negative mother 
probably will not become sensitized until her blood 
mixes with the baby’s blood during birth. Her baby 
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will be born before her blood can produce antibodies 
against the baby’s Rh positive blood. Once a mother is 
sensitized, however, any future babies with Rh posi- 
tive blood will be at risk for Rh disease. 


Since 1968, a vaccine has existed to prevent sensiti- 
zation from ever occurring. This is the best way to 
eliminate Rh disease. Available as an injection, the vac- 
cine is called Rh immune globulin (brand name 
RhoGAM). It blocks the action of the antibodies and 
prevents the mother’s blood from attacking the baby’s 
blood. To be effective, the vaccine must be given any 
time fetal blood mixes with maternal blood: after birth, 
abortion, miscarriage, or prenatal tests like amniocent- 
esis and chorionic villus sampling. The vaccine is typi- 
cally given within 72 hours of any of these events. Since 
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Rhesus monkeys 


mixing of the blood may occur during the last three 
months of pregnancy, some health care providers rec- 
ommend receiving the vaccine at 28 weeks of pregnancy. 


Treatment for Rh disease 


Ifa woman has become sensitized during a previous 
pregnancy, she can still take steps to prevent future 
babies who are Rh positive from developing Rh disease. 
Unfortunately, once a woman has the harmful antibod- 
ies in her blood, there is no way to remove them. 


A pregnant woman who has already been sensi- 
tized from a previous pregnancy will want her doctor 
to carefully monitor the level of antibodies in her 
blood throughout her pregnancy. As long as the anti- 
body levels remain relatively low, no problem exists. 
However, if those levels rise, the fetus will need special 
attention. High antibody levels mean that the fetus’ 
red blood cells are being attacked and destroyed. 


A fetus whose red blood cells are being destroyed 
will need a blood transfusion while it is still in the 
uterus. Two or three transfusions may be necessary 
before the baby is born. If the fetus shows signs of 
illness close to its anticipated birth, the physician may 
elect to deliver the baby early, either through an 
induced birth or with a cesarean section. The baby 
will then receive a transfusion after birth. 


Eliminating Rh disease 


Until the introduction of the Rh immune globulin 
vaccine, Rh disease could not be prevented. About 45 
babies per 10,000 births developed the disease each 
year before widespread use of the vaccine began in 
the early 1970s. The number of newborns with Rh 
disease has dropped dramatically since the introduc- 
tion of the vaccine: to less than 10 per 10,000 in the 
early 2000s. The prevention of Rh disease is one of the 
triumphs of modern medicine. 


Nevertheless, the number of newborns born in the 
United States each year with Rh disease is still rela- 
tively high. The disease is not completely eradicated. 
Further steps must be taken, since this is a preventable 
disease. The majority of cases of Rh disease are the 
result of women not receiving the vaccine at the appro- 
priate time. Poor women without health insurance, 
who are likely to lack adequate prenatal care, are 
especially vulnerable to this oversight. Older women 
may have become sensitized before the vaccine was 
available. Foreign-born women may not have had 
access to the vaccine. With further diligence, health 
care providers hope to eradicate Rh disease. 


See also Antibody and antigen. 
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Bilirubin—A yellow pigment that is the end result 
of hemoglobin degradation. Bilirubin is cleared 
from the blood by action of liver enzymes and 
excreted from the body. 


Prenatal test—Procedure done to determine the 
presence of disease or defect in a fetus. 


Sensitization—Occurs when a mother’s blood pro- 
duces antibodies against the blood of her Rh pos- 
itive fetus. 
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Rheas see Flightless birds 


Rhenium see Element, chemical 


l Rhesus monkeys 


Rhesus monkeys (Macaca mulatta) are macaques 
belonging to the primate family Cercopithecidae. These 
medium-sized monkeys are colored from golden- 
brown to gray-brown. Rhesus monkeys spend most 
their time on the ground, although they take to trees 
readily, and have great agility in climbing and leaping. 
Typical body weights range from 11 to 26.5 lb (5-12 kg) 
for adult male rhesus monkeys, and from 9 to 24 Ib 
(4-11 kg) for adult females. The facial skin of rhesus 
monkeys is light tan, while the skin of the rump 
becomes pink to reddish in adult females during estrus, 
when mating takes place. 


Rhesus monkeys have the widest geographic 
distribution of any species of non-human primate, 
occurring naturally in Afghanistan, Pakistan, India, 
Nepal, Bhutan, Myanmar, Laos, Thailand, Vietnam, 
and China. In India, rhesus monkeys live in desert 
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A mother rhesus monkey with her infant. (Andrew J. Martinez. 
The National Audubon Society Collection/Photo Researchers, Inc.) 


habitats of Rajasthan, the agricultural plains of the 
Gangetic Basin, the tropical forests of southeastern 
Asia, the temperate pine forests of the Himalaya moun- 
tains, and the rugged mountains of north central China. 
Rhesus monkeys are the most adaptable of all non- 
human primates, with the broadest range of habitat, 
and the most cosmopolitan food habits. These monkeys 
are generally herbivorous, eating a wide variety of nat- 
ural and cultivated plants, but they also forage occa- 
sionally for insects. In agricultural areas, rhesus 
monkeys frequently raid both field crops such as rice, 
wheat, pulses (a leguminous, bean-like plant), and 
sugar cane, and garden vegetables and fruits, such as 
bananas, papayas, mangos, tomatoes, squash, and mel- 
ons. In forest areas, rhesus monkeys feed on more than 
100 different species of trees, vines and shrubs, on fruits, 
buds, young leaves, and even bark and roots, of species 
such as sheesham, ficus, and neem. 


Rhesus monkeys are intensely social animals, liv- 
ing in groups of 10-60 individuals or more. An average 
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group of 30 monkeys would have 4—5 adult males, 8-10 
adult females, 6-8 infants (less than one year of age), 
and 8-10 juveniles (one to three or four years of age). 


Both male and female rhesus monkeys have social 
hierarchies of dominance, established by aggressive 
behavior and social tradition. Once established, dom- 
inance is usually maintained by social gestures and 
communication. Young adult males often leave the 
groups in which they were born, wander independ- 
ently, and attempt to enter other social groups. 
Females usually stay in their natal groups, forming 
consistent lineages and social traditions within the 
group. 

Mating occurs throughout the year, but is most 
prevalent from September to December, and most 
young are born from March to June, after a gestation 
period averaging 164 days. Young monkeys are cared 
for intently by the mother for a year. Typically 60- 
80% of the adult females in a social group give birth to 
one young every year. Infants are weaned by about 
one year of age, and enter the juvenile period, in which 
they still retain an association with their mother, but 
also spend more time independently and with other 
juveniles. At this time, they are delightfully rambunc- 
tious in play with games of running, climbing, chasing, 
jumping, wrestling, and swimming. 


Sexual maturity is normally reached at about 
three and a half to four years of age for females, and 
between four and five years of age for males. Rhesus 
monkeys live up to 25 years, some even reach 30 years. 


Forty years ago, the rhesus monkey population in 
India alone was about two million. Rhesus monkeys 
are used extensively in biomedical research, pharma- 
ceutical testing, and vaccine production. Rhesus mon- 
key populations declined drastically to under 200,000 
in India, according to a three-year field census by the 
Zoological Survey of India, completed in the mid- 
1970s. In 1978, the government of India banned the 
export of rhesus monkeys, increased conservation pro- 
grams, and improved food production in India. The 
rhesus monkey population in India has now increased 
to between 800,000 and one million. 


However, more recently, by January of 2006 so 
many Rhesus monkeys were living in New Delhi that 
they had become a security threat to the courts and 
offices in that city because they had moved into resi- 
dential areas and official enclaves due to shrinking 
forests. The High Court in New Delhi directed the 
city’s civic authorities to rid the premises of a top 
court of marauding monkeys. A petitioner com- 
plained that the monkeys were attacking lawyers and 
their clients and snatching their food. Additionally, a 
cabinet minister could not enter his official bungalow 
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for months because the monkeys would not let any- 
body enter the house. The presidential palace had been 
targeted and staff was forced to employ a dark—faced 
langur monkey to scare away the rhesus monkeys. 


Rhesus monkeys have been a mainstay of biomed- 
ical research in many areas of human physiology, 
immunology, and health, and they have also been 
used widely in psychological studies, especially of 
behavioral development, learning, and social adjust- 
ments. The human blood factor, Rh, is named for the 
rhesus monkey, because our understanding of blood 
antigens was most clearly demonstrated in studies of 
these monkeys. Rhesus monkeys were used for the 
discovery, development, and testing of the polio vac- 
cine. The use of rhesus monkeys in laboratory pro- 
grams is opposed by some animal rights groups, but 
many scientists feel that the use of these animals is 
essential and justified given their uniquely valuable 
contributions for medical knowledge, so long as that 
use is humane. Virtually all rhesus monkeys used in 
biomedical or behavioral research in the United States 
are bred in colonies under close veterinary supervi- 
sion, excellent conditions, and humane care. 


In India, Nepal, and China, rhesus monkeys enjoy 
a deep cultural and religious affection, especially by 
people of Hindu and Buddhist faiths. Rhesus monkeys 
feature prominently in the Hindu epic story the 
Ramayana, in which rhesus monkeys enabled Rama 
(the incarnation of the god Vishnu, the embodiment of 
good) to defeat Ravana (the Devil King). Ravana had 
abducted Sita, Rama’s wife, and taken her away to the 
island of Ceylon (Sri Lanka). Hanuman, the monkey 
god, and his troop of monkeys enabled Rama to find 
Sita and rescue her from the evil Ravana. Hanuman 
and his troop were actually langur monkeys, but rhe- 
sus monkeys also enjoy a sacred status in traditional 
Hinduism. 


Rhesus monkeys have had a significant impact on 
human societies, particularly in the areas of science, 
culture, and ecology. 
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! Rheumatic fever 


Rheumatic fever is an acute inflammatory disease 
that involves fever and pain, swelling of joints, and 
redness. In its severe form, rheumatic fever causes 
inflammation of the heart and can eventually damage 
the heart valves. it is a rare complication that occurs 
after an infection with Streptococcus pyogenes bacte- 
ria. The most common type of S. pyogenes infection is 
“strep throat,” in which the tissues that line the phar- 
ynx become infected with the bacteria. Rheumatic 
fever does not occur if the initial strep infection is 
treated with antibiotics. Major symptoms of rheu- 
matic fever include infection of the protective layers 
of the heart, arthritis (an inflammation of the joints), 
skin rashes, and chorea (a condition characterized by 
abrupt, purposeless movements of the face, hands, and 
feet). Rheumatic fever is treated with antibiotics, but 
recurrences are common. To prevent recurrences, pre- 
ventive antibiotic therapy is administered for at least 
three years after an initial occurrence. 


Rheumatic fever occurs most frequently among 
the poor in large cities, perhaps because this segment 
of the population does not have access to health care 
and is not treated promptly for strep infections. 
Rheumatic fever is also common in developing coun- 
tries without access to antibiotics. It is a disease that 
usually affects young people aged five to 15 years, and 
girls more frequently than boys. Symptoms often 
manifest themselves in late summer or early fall if a 
child has had a throat infection in the spring or early 
summer. Once common in the United States, since the 
beginning of the twentieth century there have only 
been a few outbreaks of the illness. However, when 
it does occur, the illness is serious. Rheumatic 
fever has a mortality rate of about from 2 to 5 percent 
in the United States. 


History 


Much of what is known about the bacteria that 
cause rheumatic fever was from initial work performed 
by American bacteriologist Rebecca Craighill Lancefield 
(1895-1981) of the Rockefeller Institute (New York). 
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Lancefield was a pioneer in classifying the chains of 
round bacteria known as streptococci. In her laboratory 
during the 1920s, she identified many types of strepto- 
cocci and saw the connection between rheumatic fever 
and Group A streptococcus. However, she was frus- 
trated in her efforts to discover how the bacteria cause 
the disease. Why they prompt such a destructive immune 
system response still remains a mystery. 


After Lancefield’s work, and with the coming of 
the age of antibiotics, penicillin was used to effectively 
treat rheumatic fever, and still is today. If the initial 
strep throat infection is treated with antibiotics (such 
as sulfadizine, penicillin, or erythromycin), the disease 
cannot progress; however, without treatment, perhaps 
1% of cases will develop into rheumatic fever. In con- 
junction with antibiotics, anti-inflammatory medica- 
tions are recommended (such as aspirin, except for 
children, or corticosteroids). Both therapies help to 
counteract joint pain and minimize heart damage. 
Sometimes a child with rheumatic fever continues to 
take low doses of penicillin over a long period of time 
to prevent recurrence. 


Rheumatic fever had almost disappeared in the 
United States by the early 1980s—only 88 cases were 
recorded in 1983 as compared to 10,000 in 1961. 
However, in 1985, two hospitals in Utah alone 
reported 150 new cases, and outbreaks have since 
been reported in several other states. In addition, the 
current strain appears to be more likely to cause heart 
damage because strep symptoms are much less severe, 
often being mistaken for a simple cold or other respi- 
ratory infection. As of 2005, rheumatic fever and rheu- 
matic heart disease killed over 3,500 people in the 
United States each year, with about twice the number 
being women over men. In the developing countries of 
Asia and Africa, the disease is more common. There is 
no vaccine to prevent rheumatic fever, nor is there a 
cure once it develops. 


Causes 


Rheumatic fever occurs as a result of a primary 
infection with Streptococcus pyogenes. If the infection 
is not treated, the body’s immune system starts to 
overreact to the presence of the bacteria in the body. 
Illnesses caused by such overreactions of the immune 
system are called hypersensitive reactions. Some of the 
symptoms of rheumatic fever, particularly the involve- 
ment of the heart, are thought to be caused by the 
hypersensitive reactions. Other symptoms may be 
caused by the release of toxins from the S. pyogenes 
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bacteria that are spread to other parts of the body 
through the bloodstream. 


Not all strains of S. pyogenes cause rheumatic 
fever; only certain strains of S. pyogenes, called the 
M strains, have been implicated in cases of rheumatic 
fever. In addition, not everyone infected with these 
strains of S. pyogenes will progress to rheumatic 
fever. Individuals with a specific type of antigen (an 
immune protein) on their immune cells, called the 
human leukocyte antigen (HLA), are predisposed to 
develop rheumatic fever following an untreated strep 
infection. The specific type of HLA antigen that pre- 
disposes a person to develop rheumatic fever is called 
the class II HLA. These individuals develop their sus- 
ceptibility during early childhood. Children under two 
years of age rarely contract rheumatic fever; the inci- 
dence of the disease increases during childhood from 
ages five to 15 and then decreases again in early adult- 
hood. Researchers are not sure about the exact mech- 
anism that leads to susceptibility or the role that the 
class I] antigen plays in susceptibility to rheumatic 
fever. 


Signs and symptoms 


Rheumatic fever can be difficult to diagnose 
because the signs and symptoms are diverse. In order 
to simplify diagnosis, rheumatic fever is indicated if a 
person has two major manifestations of rheumatic 
fever, or one major manifestation and two minor 
manifestations. In both cases, evidence of strep infec- 
tion is also necessary. 


Major signs 


The most common sign of rheumatic fever is 
arthritis, or inflammation of the joints. Arthritis 
occurs in 75% of rheumatic fever patients. The arthri- 
tis is extremely painful and involves the larger joints of 
the body, such as the knee, elbow, wrist, and ankle. 
Symptoms include tenderness, warmth, severe pain, 
and redness. The inflammation resolves by itself in 
two to three weeks with no lasting effects. 


Another common sign of rheumatic fever is cardi- 
tis, or infection of the linings of the heart. Carditis 
occurs in 40-50% of patients. Often, the aortic (the 
valve that connects the left ventricle of the heart to the 
aorta) and mitral (the valve that connects the left 
atrium and left ventricle) valves become scarred, lead- 
ing to a condition called stenosis. In stenosis, the 
delicate leaflets that make up the valve weld together. 
The valve is essentially frozen shut, obstructing the 
flow of blood through the heart. Carditis and stenosis 
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cause few symptoms but are serious manifestations of 
rheumatic fever. If the carditis is severe, it may lead to 
heart failure. Congestive heart failure, in which the 
heart gradually loses its ability to pump blood, occurs 
in 5-10% of patients with rheumatic fever. 


The third most common sign of rheumatic fever 
occurring in 15% of patients is chorea, in which the 
face, hands, and feet move in a rapid, non-purposeful 
way. Patients with chorea may also laugh or cry at 
unexpected moments. Chorea disappears within a few 
weeks or months, but is a particularly distressing sign 
of rheumatic fever. 


The least common sign of rheumatic fever occur- 
ring in less than 10% of patients is the appearance of 
subcutaneous (under the skin) nodules. These nodules 
are painless and localize over the bones and joints. 
Nodules may last about a month before they disap- 
pear. A skin rash called erythema marginatum is also a 
sign of rheumatic fever. The rash is ring-shaped and 
painless, and may persist for hours or days and then 
recur. 


Minor signs 


Typical minor signs of rheumatic fever include 
fever, joint pain, prior history of rheumatic fever, 
and laboratory evidence of a hypersensitive immune 
response to strep bacteria. 


Treatment and prevention 


Rheumatic fever is treated primarily with antibi- 
otics. In severe cases of carditis, corticosteroids may be 
used to reduce inflammation. Because rheumatic fever 
tends to recur, patients must continue antibiotic ther- 
apy in order to prevent subsequent strep infections. 
Typically, this preventive antibiotic therapy should 
last for three to five years after the initial infection. 
Some researchers recommend that preventive antibi- 
otics be administered until early adulthood. 


Aspirin is useful in treating arthritis caused by 
rheumatic fever. In fact, if arthritic symptoms respond 
particularly well to aspirin, the diagnosis of rheumatic 
fever is strengthened. 


Rheumatic fever can be prevented entirely if strep 
infections are diagnosed correctly and antibiotic treat- 
ment is initiated within ten days of onset. A severe sore 
throat that is red and swollen, accompanied by fever 
and general fatigue, should be examined by a physi- 
cian, and tested for the presence of strep bacteria. 
Patients diagnosed with strep throat must be sure to 
take their full course of antibiotics, as incompletely 
healed infections may also lead to rheumatic fever. 
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Antibiotic—A drug that targets and kills bacteria. 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it 
directs an immune response. 


Aortic stenosis—The welding of the leaflets of the 
valve that connects the left ventricle to the aorta. 


Arthritis—Inflammation of the joints. 


Carditis—Infection of the protective layers of the 
heart. 


Chorea—Rapid, random movements of the face, 
hands, and feet. 


Human leukocyte antigen (HLA)—A type of antigen 
present on white blood cells; divided into several 
distinct classes; each individual has one of these dis- 
tinct classes present on their white blood cells. 


Hypersensitive reaction—An immune reaction in 
which the body’s immune system overreacts to the 
presence of antigens in the body; may lead to 
disease. 


Mitral stenosis—The welding of the leaflets that 
make up the mitral valve of the heart. 
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l Rhinoceros 


Rhinoceroses are heavily built, thick-skinned, 
herbivorous mammals with one or two horns, and 
three toes on each foot. The family Rhinocerotidae 
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A white rhinoceros. There are two subspecies of white 
rhinoceros in Africa. The northern white rhinoceros is found 
only in Zaire and is a critically endangered subspecies. The 
southern subspecies is found in South Africa, Botswana, 
Zimbabwe, Namibia, Swaziland, Kenya, Mozambique, and 
Zambia. (Robert J. Huffman. Field Mark Publications.) 


includes five species found in Asia or Africa, all of 
which are threatened by extinction. 


The two-ton, one-horned Great Indian rhinocer- 
oses (Rhinoceros unicornis) is a shy and inoffensive 
animal that seldom acts aggressively. This rhino was 
once abundant in Pakistan, northern India, Nepal, 
Bangladesh, and Bhutan. Today there are about 
2,000 Great Indian rhinos left in two reserves, located 
in Assam, India, and in southern Nepal. 


The smaller, one-horned Javan rhinoceros 
(Rhinoceros sondaicus) 1s the only species in which 
the females are hornless. Javan rhinos once ranged 
throughout Southeast Asia, but are now on the edge 
of extinction, with less than 100 individuals remaining 
in reserves in Java and Vietnam. 


The Sumatran rhinoceros (Dicerorhinus sumatren- 
sis) 1s the smallest species of rhino. It has two horns 
and a hairy hide. There are two extant subspecies: D. s. 
sumatrensis of Sumatra and Borneo, and D. s. harris- 
soni of Thailand, Malaysia, and Myanmar. Sumatran 
rhinos are found in hilly jungle and once coexisted in 
Southeast Asia with Javan rhinos. Fewer than 400 
Sumatran rhinos still exist. 


The two-horned white, or square-lipped, rhinoc- 
eros (Ceratotherium simum) of the African savanna is 
the second-largest land mammal (after the African ele- 
phant). It stands 7 ft (2 m) at the shoulder, and weighs 
more than 3 tons (2,700 kg). White rhinos have a wide 
upper lip, useful for grazing. There are two subspecies: 
the northern white rhino (C. s. cottoni) and the southern 
white rhino (C. s. simum). Once common in Sudan, 
Uganda, and the Democratic Republic of Congo, 
northern white rhinos are now extremely rare, with 
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only about 30 individuals left in the wild. Southern 
white rhinos are doing better, with more than 11,600 
individuals left in the wild, and are the world’s most 
abundant rhino. 


The smaller, two-horned black rhinoceros (Diceros 
bicornis) has a pointed upper lip for browsing on leaves 
and twigs. Black rhinos (which are actually dark brown) 
can be aggressive but their poor eyesight makes for blun- 
dering charges. Black rhinos were once common 
throughout sub-Saharan Africa, but now are found 
only in Kenya, Zimbabwe, Namibia, and South Africa. 
As of 2001 there were about 3,100 black rhinos left in the 
wild, compared to 100,000 only 35 years previously. 


Widespread poaching has caused crashes in the 
populations of all species of rhinos. These animals are 
slaughtered for their horn, which is made of hardened, 
compressed, hair-like fibers. The horn sells for 
extremely high prices. In Asia, rhino horn is prized 
for its supposed medicinal properties, and powdered 
horn can fetch $12,700 per lb ($28,000 per kg). Rhino 
horn is also valuable for sale in Yemen, where it is used 
to make traditional dagger-handles. Because their 
horns are so valuable, rhinos have been overhunted 
throughout their range. They now survive only where 
there is strict protection from poachers. 


Captive-breeding programs for endangered rhi- 
nos are hindered by the general lack of breeding suc- 
cess for these animals in zoos, and a slow reproduction 
rate of only one calf every 3-5 years. The present world 
rhino population remains much smaller than the esti- 
mated “safe” long-term survival number of 22,500. 
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| Rhizome 


A rhizome is a root-like, underground stem, grow- 
ing horizontally on or just under the surface of the 
ground, and capable of producing shoots and roots 
from its nodes. Rhizomes are most commonly produced 
by perennial, herbaceous species of plants, that die back 
to the ground at the end of the growing season, and 
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must grow a new shoot at the beginning of the next 
season. Rhizomes are capable of storing energy, usually 
as starch, which is used to fuel the regeneration of new 
shoots. Rhizomes are also sometimes called rootstocks. 


Plant species that have well developed rhizomes 
often rely on these organs as a means of propagation. 
However, the regeneration of plants through the 
spreading of rhizomes and development of new shoots 
is a type of non-sexual, vegetative propagation, 
because the progeny are genetically identical to the 
parent. Horticulturalists take advantage of the ease 
of propagation of certain plants with rhizomes by 
using bud-containing segments of these organs to 
grow new plants. This is the major method by which 
many ornamental species, such as iris (/ris spp.), are 
propagated. Some agricultural plants are also propa- 
gated in this way, such as sugarcane (Saccharum offi- 
cinarum), arrowroot (Canna edulis), ginger (Zingiber 
officinale), and potato (Solanum tuberosa). In the case 
of some agricultural species, the rhizome is also the 
harvested part of the plant. The potato, for example, 
has discrete, modified sections of its rhizomes, called 
tubers, that are modified to store starch. Potato tubers 
are an important agricultural product. 


Some species of tree can regenerate extensively by 
issuing new vegetative shoots from their underground 
rhizomes, after damages caused by disturbance by fire 
or harvesting. In North America, trembling aspen 
(Populus tremuloides) can regenerate very effectively 
in this way, and stands dominated by genetically iden- 
tical “trees” of this species can sometimes occupy an 
area of several to many hectares (up to 40 ha). These 
stands may represent the world’s largest “individual” 
organisms, in terms of biomass. 


See also Asexual reproduction; Corm; Root 
system. 


Rhodium see Element, chemical 


Rhododendron see Heath family (Ericaceae) 


| Rhubarb 


Rhubarbs are several species of large-leaved, per- 
ennial, herbaceous plants in the buckwheat family 
(Polygonaceae). Rhubarbs originated in eastern Asia 
and were not cultivated in Europe until the nineteenth 
century. Rhubarbs have been used as medicinal plants, 
as food, and as garden ornamentals. 
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The initial uses of rhubarb were medicinal, for 
which both the medicinal rhubarb (Rheum officinale) 
and, to a lesser degree, the edible rhubarb (R. rhapon- 
ticum) are used. In China, the roots of rhubarb are 
dried and pulverized, and are used to treat various 
ailments. Rhubarb is commonly used as a laxative, to 
treat indigestion, and as a tonic. These were also the 
first uses of rhubarb in Europe, but later on it was 
discovered that the petioles, or leafstalks, of the plant 
are edible and tasty when properly prepared. 


The edible part of the rhubarb is the petiole of the 
leaf, which is usually a bright-red color due to the 
presence of pigments known as anthocyanins. The 
actual leaf blade has concentrations of oxalic acid 
great enough to be considered poisonous, and is not 
eaten. Large doses of rhubarb leaf can cause convul- 
sions and coma. Rhubarb petioles are extremely bitter 
because of their large content of organic acids, includ- 
ing oxalic and malic acids. The tartness of these acids 
can be neutralized by cooking rhubarb with a pinch of 
baking soda (sodium bicarbonate), and rhubarb is 
also usually sweetened with sugar or fruit before 
being eaten. Rhubarb is usually steamed or stewed to 
prepare it for eating, and it is often baked into pies or 
used as a component of jam and sauces. 


Rhubarbs are commonly planted as an attractive, 
reddish-colored foliage plant in gardens. Various spe- 
cies are used for this purpose, including the Indian or 
China rhubarb (R. palmatum). 


| Ribbon worms 


Ribbon worms, also called bootlace worms or 
proboscis worms, derive their common names from 
their threadlike or ribbonlike form, and from the char- 
acteristic reversible proboscis which they use in prey 
capture or in burrowing. The phylum Nemertea (or 
Rhynchocoela) includes approximately 900 described 
species of these worms. Most of them are marine, 
living in sand or mud, or under shells and rocks; a 
few are known from freshwater and terrestrial habi- 
tats. Many are brightly colored, especially red, orange, 
and yellow. 


The body is either cylindrical or flat, unsegmented, 
and varies in length from a few centimeters to over 98 ft 
(30 m). Moreover, it is highly extensible, and can be 
stretched to many times its normal length. The probos- 
cis is located in a fluid-filled cavity. Increase in pressure 
of the fluid causes the proboscis to be inverted through 
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an opening situated just above the mouth. Proboscis 
retraction is effected by means of a retractor muscle. In 
some species the proboscis is armed with a stylet. A 
ribbon worm’s food consists of segmented worms and 
small crustaceans which are encountered and captured 
by trial and error. Whenever the worm is successful in 
this endeavor, the proboscis coils around the prey 
organism, and then retracts to bring the food to the 
mouth. The digestive tube is straight and non-muscu- 
lar, and movement of food in it occurs mainly by ciliary 
action. An anus is present at the posterior end. 


In ribbon worms there is no cavity between the 
body wall and the gut; instead, the space is filled by a 
spongy tissue called parenchyma. (This “acoelomate” 
condition is found also in the flatworms.) Sexes are 
separate in nearly all marine worms, but freshwater 
and terrestrial species may be hermaphroditic. An indi- 
vidual worm has multiple testes or ovaries, each with a 
separate opening to the outside. Fertilization is exter- 
nal. In most species, the zygote develops into a ciliated, 
helmet-shaped larval form called pilidium. Most nem- 
erteans also possess remarkable powers of regenera- 
tion, which can be an important means of asexual 
reproduction. Representative genera of ribbon worms 
include Cerebratulus, Lineus, and Tubulanus. 


[| Ribonuclease 


Ribonuclease (RNase) is the designation given to 
a group of enzymes that change ribonucleic acid 
(RNA) by severing phosphorus-oxygen bonds. 


The best-studied RNase is from the pancreas of 
cattle. Its main portion, called ribonuclease A, was the 
first enzyme whose entire sequence of amino acids was 
determined. It was also the first protein to be totally 
synthesized from amino acid. 


In the living cell, RNases may break down RNA 
that has served its purpose, so that the components 
can be used again. RNases may also play a part in 
forming an RNA molecule for a specific purpose, such 
as messenger RNA and ribosomal RNA. The roles of 
other RNases are still unclear. 


Some RNases act only on specific groups, such as 
pyrimidine bases. Some RNases work only on specific 
RNA structures. Exoribonucleases act only the free 
ends of RNA molecules; endoribonucleases work else- 
where in the molecule. Some RNases work on RNA 
only in certain directions; that is, proceeding along the 
RNA strand in one or another direction. 
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Ribonuclease P requires an RNA component in 
order to be active. RNase H functions by breaking 
down a copy of the RNA molecule when it is no longer 
needed for viral reproduction. It is a component of 
reverse transcriptase, made by retroviruses (viruses 
with RNA genetic material). Mammals’ cells also pro- 
duce RNase inhibitors, which keep RNases from 
breaking down RNA molecules. 


| Ribonucleic acid (RNA) 


Ribonucleic acid (RNA), like deoxyribonucleic 
acid (DNA), is composed of nucleic acids that are 
found in the nucleus of plants and animals. Nucleic 
acids consist of high—molecular—weight macromole- 
cules, which are made up of hundreds or thousands 
of smaller single unit molecules called nucleotides, all 
bound together. These molecules are the storehouse 
and delivery system of genetic traits and represent an 
organism’s instruction manual for its protein—com- 
prised manufacturing system. RNA, unlike DNA, is 
also found in parts of the cell other than the nucleus. In 
fact, the majority of the RNA is present in the cyto- 
plasm in various forms. Nuclear RNA is comprised of 
single stranded sequences (DNA is double stranded) 
and has a lower molecular weight than DNA. 


Each nucleotide molecule consists of a sugar 
group, a phosphate group, and an amino (nitrogen 
containing) group. The main difference between 
RNA and DNA is that in RNA the sugar is ribose (a 
five carbon sugar), while in DNA the sugar is deoxy- 
ribose. The prefix deoxy means that one oxygen atom 
is missing from the ribose. RNA is built from the same 
nucleotides as DNA just as proteins are built up from 
amino acids. There are only four bases that makeup 
RNA: adenine, cytosine, guanine, and uracil (A, C, 
G, and U, respectively). DNA contains thymine (T) 
instead of U. Structurally, the backbone consists of 
alternating sugar and phosphate parts, while the 
amino groups stick out like branches from the back- 
bone. This coiled backbone in RNA if stretched out, 
would resemble a stretched out slinky. 


The discovery of RNA 


Knowledge of the chemistry of a living cell 
nucleus is thought to have begun in 1869, when the 
Swiss biochemist Friedrich Miescher (1844-1895) sep- 
arated the nucleus from the other parts of the cell and 
isolated phosphorus—containing substances that we 
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Molecular structure of RNA. (Hans & Cassidy. Courtesy of Gale 
Group.) 


now call nucleic acids, the molecular substrate of the 
genetic code. It was later found that there were two 
kinds of nucleic acids, according to the bases that were 
identified. One type of nucleic acid was obtained from 
animalglands and later called DNA, while the other 
type, obtained from yeast cells, was called RNA. It 
was not until the 1940s that biochemists realized that 
both DNA and RNA are present in all living cells, 
whether plant or animal. Although DNA is present 
only in the nucleus of the cell, RNA is found in both 
the nucleus as well as the cytoplasm. 


Many key discoveries lead to the identification of 
the source, structure and function of an organism’s 
genetic material. In 1950, American biochemist Erwin 
Chargaff (1929-1992) determined that the arrange- 
ment of nitrogenous bases in DNA was variable, how- 
ever, the specific bases seemed to occur in a one-to— 
one ratio (now known as complementary base pair- 
ing). In 1953, British James D. Watson (1928—) and 
American Francis H. C. Crick (1916-2004) deciphered 
the molecular structure of DNA using research from 
their own lab as well as vital results obtained from 
colleagues. They determined the structure of DNA to 
be a double helix with two long molecular threads or 
strands, twisted around each other. American chemist 
Marshall Nirenberg (1927—) was later credited with 
translating the code of life and was awarded the 
Nobel Prize in 1968. He demonstrated that RNA 
could be translated into protein. Initially, it was 
thought that there was only one kind of RNA, but 
other types of RNA with specialized functions have 
since been discovered. 


The role of RNA in gene expression 


DNA contains all the necessary information to 
pass on inherited characteristics to the next genera- 
tion. It represents an alphabet, just like the alphabet 
used to read words in English textbooks. The genetic 
alphabet, which is comprised of only four letters, 
produces proteins instead of words based on the spe- 
cific DNA sequence. These sequences of word-like 
instructions dictate which specific proteins must be 
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manufactured in order to create a specific trait such 
as brown or green eyes in a human, a muscle cell in the 
legs of a lizard, or a brain cell in an elephant. RNA 
serves as an intermediate molecule that translates the 
instructions from DNA into protein. 


During the initiation of gene expression, the DNA 
double helix unwinds to produce two separate strands 
with their amines sticking out from the backbones. 
These strands of DNA then serve as an exposed pat- 
tern that can bind to complementary base pairs made 
up of RNA. The complementary base pairing is the 
same as DNA (A binds to T and C binds to G, vice 
versa) except that when RNA base pairs with DNA, 
the A ina DNA strand will bind to U instead of T to 
create the RNA strand. 


RNA plays an important role in each step in gene 
expression. In the first, the DNA molecule containing 
a gene is transcribed into RNA. In the next step, these 
instructions, in the form of messenger RNA (mRNA), 
exit the nucleus into the cytoplasm. In the last step, the 
RNA is translated into protein by matching the cor- 
rect amino acid with its cognate RNA codon (three 
base pair) sequence. Various unique RNA molecules 
play a role in these processes. The RNA molecule is 
transcribed from DNA by an enzyme called RNA 
polymerase. DNA is replicated or copied by a different 
enzyme called DNA polymerase. RNA polymerase 
differs from DNA polymerase in that it pairs U with 
A. The transcribed RNA molecule undergoes exten- 
sive processing such as splicing out the introns (non- 
coding regions that separate exons) so that only 
the exons (regions that code for protein) remain. 
Additionally, its structure is stabilized by a long tail 
consisting of repeated A bases, called a polyadenyla- 
tion tail that prevents the molecule from being 
degraded by proteins in the cytoplasm called 
RNases. mRNA is the processed form of RNA and 
represents a form of RNA that can be delivered from 
the nucleus to the cytoplasm. Once in the cytoplasm, 
the mRNA attaches to the ribosome, a particle that is 
10 to 20 nanometers in size and is made up of both 
protein and RNA. The RNA in the ribosome is called 
ribosomal RNA (rRNA). Specific amino acids are 
then matched to the appropriate corresponding 
mRNA sequence, or codon, by another type of RNA 
called transfer RNA (tRNA). The tRNA transfers 
specific amino acids to the mRNA on the ribosomes 
during protein synthesis. 


RNA, therefore, represents a group of molecules 
that form various structures with unique functions 
that are critical for both transcription and 
translation. 
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KEY TERMS 


Cytoplasm—All the protoplasm in a living cell that 
is located outside of the nucleus, as distinguished 
from nucleoplasm, which is the protoplasm in the 
nucleus. 


Gene—A specific sequence of amines, or bases, on 
a DNA molecule. The sequence is a code for the 
production of a specific kind of protein or RNA 
molecule, and therefore for a specific inherited 
characteristic. 


Nucleus—The part of a living cell that is enclosed 
within a membrane and that contains all the 
genetic information in the form of DNA. 


Protoplasm—The thick, semi-fluid, semi—transpar- 
ent substance that is the basic living matter in all 
plant and animal cells. 
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l Ribosomes 


Ribosomes are structures that are critical in the 
making of protein within cells. Deoxyribonucleic acid 
(DNA) housed within the chromosomes in the nucle- 
aus of eukaryotes, and dispersed in the interior of 
prokaryotic organisms such as bacteria uses a univer- 
sal language called the genetic code. The information 
encoded in DNA acts as a set of instructions for the 
synthesis of protein and other molecules. Cells assem- 
ble thousands of different kinds of proteins using the 
information within DNA. 


The protein molecules are synthesized by ribo- 
somes, which use messenger ribonucleic acid (mRNA) 
molecules as guides. Constructed by copying portions 
of DNA in chromosomes, mRNA molecules are able to 
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Ribosomes translating an MRNA strand to produce proteins. 
(Omikron/Science Source/Photo Researcher, Inc.) 


leave the nucleus of the cell and go to the site of protein 
synthesis in the cytosol (or cytoplasm). Once in the 
cytosol, the process of interpreting the recipe of DNA 
into protein involves two phases. The first is called 
transcription. Transcription creates the mRNA copy 
of a gene to be expressed. The process is like creating 
many photocopies of a portion of DNA that can then 
be sent elsewhere in the cell. 


The second process, called translation, directly 
involves ribosomes, which interpret the information 
of mRNA molecules. A ribosome recognizes nucleo- 
tide sequences of mRNA and facilitates the delivery 
and linkage of the appropriate amino acid to the site. 
As this process continues, a chain of amino acids is 
made. The full-length chain, which adopts its final 
shape as it is being made, represents the particular 
protein encoded by the DNA sequence. 


Ribosomes are composed of a large subunit and a 
small subunit. Additionally, ribosomes contain a dis- 
tinct kind of RNA found only in ribosomes, called 
ribosomal RNA (rRNA). During translation, the 
two separate subunits of a ribosome clasp around a 
single mRNA molecule. As the ribosome reads the 
information, it slides along the length of the mRNA 
molecule until it reaches the end and drops off, leaving 
the finished protein product. Messenger RNA mole- 
cules that have many ribosomes attached to them 
simultaneously, called polysomes, are formed when 
multiple protein products are produced from the 
same mRNA molecule. Ribosomes are found existing 
free within the cytosol, or as attached structures of the 
rough endoplasmic reticulum, the organelle that 
modifies and refines non-functional proteins into 
functional ones. 


Terry Watkins 
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Rice 


| Rice 


Rice is a species of grass (family Poaceae) that is 
an extremely important cereal crop. Two species of 
rice are grown as food: Oryza sativa and O. glaber- 
rima. The natural range of both these rice species is 
tropical Asia, although rice can also be cultivated in 
warm-temperate regions. Of the two species, O. sativa 
is much more widely grown. In addition, there are 
seven major varieties of O. sativa (and also a much 
larger number of minor varieties), variously cultivated 
on four continents, and each with slightly different 
characteristics. Rice varieties vary in height from less 
than 3 ft (1m) to over 15 ft (5 m) tall, and they also vary 
in other important respects. 


Rice is usually cultivated as a semi-aquatic plant 
that is harvested once a year. Less commonly, there 
may be several crops per year, or the rice may be 
cultivated as an upland crop (that is, not in water). 
Flooded fields used for rice cultivation are some- 
times known as “paddies.” The portion of the rice 
plant that is eaten is the seed, called a grain (or 
caryopsis). 


Rice feeds more people in the world than any 
other crop. The global production of rice was 656 
million tons (596 million metric tonnes) in 1999, culti- 
vated over an area of 383 million acres. In the United 
States, 10.5 million tons (9.6 million tons) were grown 
on 3.6 million acres. However, after a record in 1999, 
world rice production has shown a general decline in 
subsequent years of approximately 3% per year, with 
397.35, 396.59 and 384.4 million metric tons in 2000/1, 
2001/2, and 2002/3 respectively. The years following 
these have also seen a lowering of rice production due 
to unfavorable weather conditions such as the El Nino 
(Spanish for the little boy, referring to the Christ child 
since the storms often occur around Christmas time) 
phenomenon, reduction of growing areas and unat- 
tractive prices. 


Rice has been an extremely important plant in 
the development of many human cultures, being inti- 
mately intermingled in their economy, food resource, 
and society. For instance, rice plays an important 
role in Japanese culture. It is viewed as a symbol of 
health and abundance, is prominent in religious rit- 
uals and folklore, and even has deities associated with 
it. In fact, the emperor of Japan, according to Shinto 
belief, is the mortal form of the god of the rice plant. 
Similar cultural aspects showing the importance of 
rice are seen in societies of India and other Asian 
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nations. In western culture, including the United 
States, a familiar use for rice that reveals its prom- 
inence among grains is its use at weddings—the tradi- 
tional throwing of rice grains at newlyweds after their 
matrimonial ceremony is a symbol of fertility, pros- 
perity, and good luck. In much of western culture, 
including the United States, however, throwing rice is 
no longer practiced by many people who are aware of 
preserving the well-being of birds, since the birds eat 
the uncooked rice seed that is left on the ground, after 
which it swells within them and causes illness or 
death. 


Terry Watkins 


Richter magnitude see Earthquake 


l Ricin 

Ricin is a highly toxic protein that is derived from 
the bean of the castor plant (Ricinus communis). The 
toxin causes cell death by inactivating ribosomes, 
which are responsible for protein synthesis. Ricin can 
be produced in liquid, crystal, or powdered forms and 
it can be inhaled, ingested, or injected. Ricin poisoning 
causes fever, cough, weakness, abdominal pain, vom- 
iting, diarrhea and dehydration, and death. There is 
no cure for ricin poisoning, and medical treatment is 
simply supportive. 


Chemical structure and pathological 
pathway 


Ricin is a protein composed of two hemaggluti- 
nins and two toxins (RCL III and RCL IV). The toxins 
are made up of an A polypeptide chain and a B poly- 
peptide chain, which are joined by a disulfide bond. 
The general molecular structure of ricin is similar to 
other biologically produced toxins, such as botulinum, 
cholera, diptheria, and tetanus. 


The B portion of ricin binds to glycoproteins and 
glycolipids that terminate with galactose on the exte- 
rior of cell membranes. ricin is then transported inside 
the cell by endocytosis. Once inside the cytosol of the 
cell, the A portion of the molecule binds to the 60S 
ribosome, stopping protein synthesis. A single mole- 
cule of ricin can kill an entire cell. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Ricin poisoning 


Ricin poisoning can occur by dermal (skin) expo- 
sure, aerosol inhalation, ingestion, or injections and 
the symptoms vary depending on the route of expo- 
sure. If ricin comes in contact with the skin, it is 
unlikely to be fatal, unless combined with a solvent 
such as DMSO. Aerosol inhalation of ricin can cause 
symptoms within four to eight hours. Fever, chest 
tightness, cough, nausea, and joint pain may occur. 
Ricin can cause cell death in the respiratory system 
and eventual respiratory failure. If ricin is ingested, it 
can cause severe lesions in the digestive system within 
two hours of exposure. It may cause abdominal pain, 
nausea, vomiting, and bloody diarrhea. Eventual com- 
plications include cell death in the liver, kidney, adre- 
nal glands, and central nervous system. Injection of 
ricin causes local cell death in muscles, tissue, and 
lymph nodes. Ricin poisoning causes death generally 
within three to five days. If ricin exposure does not 
cause death within five days, the victim will probably 
survive. 


There is no cure for ricin poisoning, although a 
vaccine is currently under development. Treatment for 
dermal exposure includes decontamination using soap 
and water or a hypochlorite (bleach) solution, which 
deactivates ricin. In case of aerosol inhalation, treat- 
ment is the administration of oxygen, intubation, and 
ventilation. Ingestion of ricin is treated with activated 
charcoal. 


Ricin production and use as 
a biological weapon 


Ricin comes from castor beans, which produce 
castor oil, a component of brake fluid and hydraulic 
fluid. One million tons of castor beans are processed 
each year and the resulting waste mash contains 5— 
10% ricin. The 66,000 Dalton protein can be purified 
from the mash using chromatography. Once purified, 
Ricin is a very stable molecule, able to withstand 
changes in environmental conditions. 


Ricin is considered moderately threatening as a 
biological warfare agent. Although it is environmen- 
tally stable, relatively easy to obtain, highly toxic, and 
has no vaccine, it is not communicable like other bio- 
logical agents such as anthrax and smallpox. Ricin is 
most often considered a threat as a food or water 
contaminant. A large amount would be required to 
cover a significant area. 


See also Bioterrorism. 
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| Rickettsia 


Rickettsia is a group of bacteria that cause 
a number of serious human diseases, including the 
spotted fevers and typhus. Rod- or sphere-shaped, 
rickettsia lack both flagella (whip like organs that 
allow bacteria to move) and pili (short, flagella like 
projections that help bacteria adhere to host cells). 
Rickettsia was named after American pathologist 
Howard Taylor Ricketts (1871-1910), who found that 
the Rocky Mountain wood tick carried bacteria that 
later would cause a disease called Rocky Mountain 
spotted fever. 


Specific species of rickettsia include Rickettsia rick- 
ettsii, which causes the dangerous Rocky Mountain 
spotted fever; R. akari, which causes the relatively 
mild rickettsial pox; R. prowazekii, which causes the 
serious diseaseepidemic typhus; R. typhi, the cause of 
the more benign endemic or rat typhus; and R. tsutsu- 
gamushi, the cause of scrub typhus. 


Rickettsial disease transmission 


Rickettsia are transmitted to humans by insects 
such as ticks, mites, and chiggers. Usually the insect 
has acquired the bacteria from larger animals that they 
parasitize, such as rats, mice, and even humans. When 


3727 


PIS}}991Y 


Rickettsia 


an insect infected with rickettsia bites a human, the 
bacteria enter the bloodstream. From there, unlike 
most other bacteria that cause infection by adhering 
to cells, rickettsia enter specific human cells, where 
they reproduce. Eventually these host cells lyse (burst 
open), releasing more rickettsia into the bloodstream. 
Fever and a rash characterize most rickettsial diseases. 
Although all can be effectively cured with antibiotics, 
some of the rickettsial diseases, such as epidemic 
typhus and Rocky Mountain spotted fever, can be 
fatal if not treated promptly. 


The spotted fevers 


Rocky Mountain spotted fever is one of the most 
severe rickettsial diseases. First recognized in the Rocky 
Mountains, it has since been found to occur throughout 
the United States. The U.S. Centers for Disease 
Control and Prevention (CDC) report about 600 to 
1,000 cases occurring annually in the United States, 
but this number may be underestimated due to under- 
reporting. Rickettsia rickettsii are carried and transmit- 
ted by four species of the hard-shelled tick, all of which 
feed on humans, wild and domestic animals, and small 
rodents. When a tick feeds on an infected animal, the 
bacteria are transmitted to the tick, which can in turn 
infect other animals with its bite. Human-to-human 
transmission of R. rickettsii does not occur. Once inside 
the human bloodstream, the bacteria invade cells that 
line the small blood vessels. 


The symptoms of Rocky Mountain spotted fever 
reflect the presence of bacteria inside blood vessel 
cells. Within two to 12 days of being bitten by an 
infected tick, the infected person experiences a severe 
headache, fever, and malaise. After about two to four 
days, a rash develops, first on the extremities, then the 
trunk. A characteristic sign of this disease is that the 
rash involves the soles of the feet and palms of the 
hands. If the disease is not treated with antibiotics, the 
infected blood vessel cells lyse, causing internal hem- 
orrhage, blockage of the blood vessels, and eventual 
death of the cells. Shock, kidney failure, heart failure, 
and stroke may then occur. Rocky Mountain spotted 
fever is fatal if not treated. 


A similar but milder disease is rickettsial pox, 
caused by R. akari. Mites that live preferentially on 
the common house mouse, only occasionally biting 
humans, transmit these bacteria. A rash that does 
not affect the palms or soles of the feet characterizes 
rickettsial pox. The rash includes a lesion called an 
eschar—a sore that marks the spot of the infected mite 
bite. The mild course of this disease and the presence 
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Pathogenic—Able to cause disease. 


Rocky Mountain spotted fever—A disease caused 
by Rickettsia ricketsii transmitted by the hard- 
shelled tick. The disease is characterized by a 
fever and a rash that starts on the extremities, 
including the soles of the feet and palms of the 
hands. 


Typhus—A disease caused by various species 
of Rickettsia, characterized by a fever, rash, and 
delirium. Typhus is transmitted by insects 
such as lice and chiggers. Two forms of typhus, 
epidemic disease and scrub typhus, are fatal if 
untreated. 


of the rash has sometimes led to its misdiagnosis as 
chicken pox, but the eschar clearly distinguishes rick- 
ettsial pox from chicken pox. 


Outside of the United States, spotted fevers such 
as North Asian tick typhus, Queensland tick typhus, 
and boutonneuse fever are caused by other rickettsia 
species. As their names suggest, these diseases are 
found in Asia, Mongolia, and the Siberian region of 
Russia; in Australia; and in the Mediterranean region, 
Africa, and India, respectively. Symptoms of these 
spotted fevers resemble those of rickettsial pox. 
Although these spotted fevers share some of the symp- 
toms of Rocky Mountain spotted fever, they are 
milder diseases and are usually not fatal. 


Rickettsial typhus diseases 


Three forms of typhus are also caused by rickett- 
sia. Epidemic typhus is caused by R. prowazekii, a 
bacterium that is transmitted by the human body 
louse. Consequently, episodes of this disease occur 
when humans are brought into close contact with 
each other under unsanitary conditions. Endemic 
typhus and scrub typhus are caused by R. typhi and 
R. tsutsugamushi, respectively. Transmitted by rat 
fleas, endemic typhus is a mild disease of fever, head- 
ache, and rash. Scrub typhus, named for its predilec- 
tion for scrub habitats—although it has since been 
found to occur in rainforests, savannas, beaches, and 
deserts as well—is transmitted by chiggers. Unlike 
endemic typhus, scrub typhus is a serious disease that 
is fatal if not treated. 
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Nonpathogenic rickettsia 


Not all rickettsia cause disease. Some species, such 
as R. parkeri and R. montana, normally live inside 
certain species of ticks and are harmless to the insect. 
These rickettsia are nonpathogenic (they do not cause 
disease) to humans as well. 


Prevention 


With the exception of epidemic typhus, no vaccine 
exists to prevent rickettsial infection. Prevention of 
these diseases should focus on the elimination of insect 
carriers with insecticides and wearing heavy clothing 
when going into areas in which rickettsial carriers 
dwell. For instance, appropriate clothing for a forest 
expedition should include boots, long-sleeved shirts, 
and long pants. Treating the skin with insect repellents 
is also recommended to prevent insect bites. 


It is important to know how to remove a tick if 
one is found on the skin. It takes several hours from 
the time a rickettsia-infected tick attaches to the skin 
for the rickettsia to be transmitted to the human 
bloodstream, so removing a tick promptly is crucial. 
When removing a tick, be careful not to crush it, as 
crushing may release rickettsia that can contaminate 
the hands and fingers. Use tweezers to grasp the tick as 
close to the skin as possible, and then pull slowly away 
from the skin. Make sure the mouthparts are removed 
from the skin (sometimes the body of a tick will sepa- 
rate from the head as it is being pulled). Do not try to 
remove a tick with gasoline or try to burn a tick off the 
skin with a match. After the tick is removed, wash 
hands immediately. If the tick cannot be removed, 
seek immediate medical help. 
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Right angle see Angle 


l Rigor mortis 


Rigor mortis, from the Latin for “stiffness of 
death” is the rigidity that develops in a body after 
death. This rigidity may begin shortly after death— 
within 10-15 minutes—or may not begin until several 
hours later, depending on the condition of the body at 
the time of death and on environmental factors, such 
as moisture content of the air and particularly temper- 
ature. A colder temperature promotes a slower onset 
of rigor mortis. 


Knowledge of the progression of rigor mortis can 
be very useful for a forensic investigator in a determi- 
nation of the time that has lapsed since death. 


Typically, rigor mortis affects facial muscles 
first. Spreading to other parts of the body follows. 
The body will remain fixed in the rigid position until 
decomposition of tissue begins, about 24-48 hours 
after death. 


Rigor mortis occurs because metabolism contin- 
ues in muscles for a short while after death. As part 
of the metabolic activity, adenosine triphosphate 
(ATP) is produced from the metabolism of a sugar 
compound called glycogen. ATP is a principal energy 
source for muscular activity. As long as ATP is 
present, muscles continue to maintain their tone. As 
the store of glycogen is exhausted, ATP can no longer 
be made and its concentration decreases. 


One of the consequences of ATP depletion is the 
formation of abnormal links between two components 
of muscle tissue, actin and myosin. The leakage of 
calcium into the muscle cells also contributes to the 
formation of abnormal actin-myosin links. The abnor- 
mality produces the stiffening of the muscle, which 
persists until the links are decomposed. 
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This burn victim’s hands show an extreme example of contortion very similar to a stage of extreme rigidity and contortion in 
classical rigor mortis that eventually lessens with time. (© Richard Melloul/Sygma/Corbis.) 


See also Crime scene investigation; Forensic sci- 
ence; Muscular system; skeletal system. 


Brian Hoyle 


| Rivers 


A river is a natural stream of freshwater that 
carries a larger volume of water than streams and the 
smaller tributaries that can empty into it. Rivers can 
range in size from only tens of yards wide to water- 
courses like the Mississippi River and the Nile, whose 
maximum width can approach a mile. 


Rivers are normally the main channels or largest 
tributaries of drainage systems. Typical rivers begin 
with a flow from headwater areas made up of small 
tributaries, such as springs. They then travel in mean- 
dering paths at various speeds before ultimately emp- 
tying into basins, lakes, or oceans. 
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Sixteen of the world’s largest rivers account for 
close to half of the world’s river flow. By far, the 
largest river is the Amazon River, running 3,900 
miles (6,275 km) long. Discharging an average of 
four million cubic feet (112,000 m°) of water each 
second, the Amazon River alone accounts for 20% 
of the water discharged each year by all the rivers on 
the planet. 


Formation of rivers 


Precipitation in the form of rain or snow is the 
source of the water flowing in rivers. Rainwater can 
return to the oceans as run-off, or it can be evaporated 
directly from the surface from which it falls, or it can 
be passed into the soil and mantle rock. Water can 
reappear by evaporation from Earth’s surface, by 
transpiration directly from vegetation, and by emerg- 
ing from underground sources. 


When a heavy rain falls on ground that is steeply 
sloped or is already saturated with water, water run- 
off trickles down Earth’s surface, rather than being 
absorbed. Initially, the water runs in an evenly distrib- 
uted, paper-thin sheet, called surface run-off. After it 
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The Klamath River, northern California. (Visuals Unlimited.) 


travels a short distance, the water begins to run in 
parallel formations called rills and, at the same time, 
gathers turbulence. As these rills pass over fine soil or 
silt, they begin to dig shallow channels, called runnels. 
This is the first stage of erosion. 


These parallel rills last only a few yards, before 
uniting to form a small watercourse (typically a 
stream). As a stream acquries more water and grows 
larger, it represents a brook. As a brook gains suffi- 
cient volume from groundwater supplies, the volume 
of water it carries becomes more constant. Once the 
volume of water carried reaches a certain level, the 
brook becomes a river. 


River systems 


Rivers can have different origins and, as they travel, 
often merge with other bodies of water. Thus, the com- 
plete river system consists of not only the river itself but 
also of all the converging tributaries. Every river has a 
beginning. Because gravity plays a key role in the 
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direction that rivers take, rivers almost always follow a 
down hill gradient. The point of origin for rivers tends to 
be the highest point in the watercourse. Some rivers start 
from springs, which are the most common type of river 
source in humid climates. Springs occur as groundwater 
rises to Earth’s surface and flows away. Other rivers are 
initiated by run-off from melting glaciers located high in 
the mountains. Often, rivers having their origins in huge 
glaciers are quite large by the time they emerge from 
openings in the ice. 


Lakes and marshes are the sources for other riv- 
ers. As river sources, lakes can be classified in three 
ways. They can be true sources for rivers; they can be 
an accumulation of water from small feeder streams; 
or they can hide a spring that is actually the true source 
of the river. The Great Lakes are prime examples of 
source lakes. Although there are a few springs that 
feed them, the majority of the water coming into the 
lakes arises from precipitation falling onto their surfa- 
ces. Therefore, they, not their tributaries, are the 
source of surrounding rivers. 


As rivers make the trip from their source to their 
eventual destination, the larger ones tend to meet and 
merge with other rivers. Resembling the trunk and 
branches of a tree, the water flowing in the main 
stream often meets the water from its tributaries at 
sharp angles, combining to form the river system. As 
long as there are no major areas of seepage and as long 
as the evaporation level remains reasonable, the vol- 
ume of water carried by rivers increases from its source 
to its mouth with every tributary. 


When two bodies of water converge, it is clearly 
evident as their shorelines merge. However, the water 
from the two bodies often continues to flow separately, 
like two streams flowing in a common river bed. This 
occurrence is especially clear when two rivers meet that 
contain different amounts and types of suspended sedi- 
ment. For example, when the Ohio and the Mississippi 
rivers meet, a clear difference in the color of water in the 
Mississippi river can be seen by a strip of clear water 
one quarter of a mile wide on the river’s eastern side 
that runs for miles. To the west of this strip, however, 
the water color is a cloudy yellow. 


Along its path, a single river obtains water from 
surface run-off from different sections of land. The 
area from which a particular section of a river obtains 
its water is defined as a catchment area (sometimes 
called a drainage area). The lines that divide different 
catchment areas are called watersheds. A watershed is 
usually the line that joins the highest point around a 
particular river basin. Therefore, at every point along 
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the line of a watershed, there is a downward slope 
going into the middle of the catchment area. 


Climactic influences 


Rivers are highly influenced by the climate con- 
ditions, which determine the amount of precipitation, 
its seasonality, and its form as rainwater or as ice. 
Because of the climate and subsequent rainfall pat- 
terns, three general types of rivers exist. The first are 
the perennial or permanent rivers. Normally, these 
rivers are located in more humid climates where rain- 
fall exceeds evaporation rates. Thus, although these 
rivers may experience seasonal fluctuations in their 
levels of water, they have constant streamflow 
throughout the year. With few exceptions, streamflow 
in these rivers increases downstream, and these rivers 
empty into larger bodies of water, such as oceans. In 
fact, 68% of rivers drain into oceans. All of the world’s 
major rivers are perennial rivers. 


The second type of river is the periodic river. 
These rivers are characterized with predictably inter- 
mittent streamflow. Usually appearing in arid climates 
where evaporation is greater than precipitation, these 
rivers run dry on occasion, but there are regular inter- 
vals of streamflow. Typically, these rivers have a 
decrease in streamflow as they travel due largely to 
high levels of evaporation. Often, they do not reach 
the sea, but instead run into an inland drainage basin. 


The third type of river is the episodic river. These 
rivers are actually the run-off channels of very dry 
regions. In these regions of the world, there are only 
slight amounts of rainfall and it evaporates quickly. 
This type of streamflow occurs rarely. 


Interestingly, some rivers span two types of cli- 
mactic regions. These rivers, known as exotic rivers, 
begin in humid or polar regions and flow into dry 
areas. The largest of these rivers have enough water 
at their sources to enable them to reach the sea. The 
Nile River, for example, gets sufficient water at its 
humid source to travel over the Nubian and Arabian 
deserts. While it receives a substantial amount of water 
from the Blue Nile at Kartoum, it then must travel 
1,676 miles (2,700 km) before it reaches the 
Mediterranean Sea. 


Hydrological cycle 


The hydrologic cycle is very important to the exis- 
tence of rivers, as it is to all life on Earth. Without this 
cycle, every stream and watercourse would dry up. 
The hydrological cycle is the continuous alternation 
between evaporation of surface water, precipitation, 
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and streamflow. It is a cycle in which water evaporates 
from the oceans into the atmosphere and then falls as 
rain or snow on land. The water, then, is absorbed by 
the land and, after some period of time, makes its way 
back to the oceans to begin the cycle again. 


The water content of the atmosphere is estimated 
to be no greater than 0.001% of the total volume of 
water on the globe. Despite its seemingly insignificant 
amount, atmospheric water is essential in the hydro- 
logical cycle. As water falls as rain, three things can 
happen. First, usually some of the rain falls directly 
into rivers. Second, some of it is soaked up by ground, 
where it is either stored as moisture for the soil or 
where it seeps into ground water aquifers. Third, rain- 
fall can freeze and become either ice or snow. 
Interestingly, water is sometimes stored outside the 
hydrological cycle for years in cavities as fossil ground 
water in continental glaciers. The next event, evapo- 
ration, is the most critical link in the cycle of water 
circulation. If rain water evaporates too rapidly, rivers 
cannot form. For example, in hot deserts, heavy 
downpours sometimes occur, but the water evaporates 
completely in a short period of time. However, as long 
as the evaporation is slower than the typical amount of 
rainfall, viable rivers can exist. 


Rivers, like precipitation and evaporation, are a 
vital part of the hydrological cycle. Of all of the forms 
of water in nature, watercourses (rivers and streams) 
make up the smallest total amount of water on Earth, 
about 0.0001% of the total volume. However, when 
combined with the precipitation falling on the ocean 
and the run-off from melting ice in Antarctica and 
Greenland, rivers replace about the same amount of 
water as is evaporated by the oceans. In addition to 
this, because they carry water away from saturated 
soil, they prevent marshes and bogs from forming in 
many low-lying areas. 


Although the hydrologic cycle is a constant phe- 
nomenon, it is not always evident in the same place, 
year after year. If it occurred consistently in all loca- 
tions, floods and droughts would not exist. Thus, each 
year some places on Earth experience more than aver- 
age rainfall, while other places endure droughts. It is 
not surprising, then, that people living near rivers 
often endure floods at some time or other. 


River floods 


River levels have a direct influence on the activ- 
ities and well-being of human beings. While low flow- 
ing rivers interfere with transport, trade, and 
navigation, high water threatens human life and prop- 
erty. Basically, floods are a result of a river’s discharge 
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behavior and the climate within which it is located. 
The most common cause of flooding is when it rains 
extremely hard or for an unusually long period of time. 
Additionally, areas that experience a great deal of snow in 
the wintertime are prone to springtime flooding when the 
snow and ice melt, especially if the thaw is relatively 
sudden. Furthermore, rainfall and snowmelt can some- 
times combine to cause floods, such as when rain falls on 
an area covered with melting snow. 


Under normal conditions, rivers move fairly slowly 
as they transport silt and other debris produced by rain 
and snow. During floods, however, this transport is 
achieved much more rapidly, sometimes with beneficial 
side effects and sometimes with disastrous ones. One 
example of beneficial flooding is where the high water 
transports new top soil to local crops. Furthermore, 
floods can provide local crops badly needed moisture. 
The negative aspects of flooding are fairly obvious; 
often people drown and their property is destroyed. 


Rivers in more humid regions are less likely to 
experience significant flooding than those located in 
more arid climates. In fact, floods in humid areas 
occur an average of about one time per year. Although 
on rare occasions these rivers experience larger floods, 
the water is normally no more than twice the size of a 
normal flood. While rivers in arid regions experience 
small flooding on an annual basis as well, when they 
experience rare, large floods, it can be devastating. 


Human control of rivers 


For centuries, rivers have been very important to 
human society. Aside from soil, no other feature on 
Earth is as closely bound to the advancement of human 
civilization. Trying to control river flow has been a key 
part of civil engineering. This is especially true because of 
the need to avoid natural flooding and the desire to take 
advantage of the benefits that flood plains offer agricul- 
ture. Furthermore, managing rivers can also satisfy 
human needs to store water for times of drought. 


While the techniques of river management are 
fairly well understood, true river management is not 
commonly put into practice because of the expense 
and the size of the projects involved. In fact, few of 
the major rivers in the world is controlled or even 
managed in a way that modern engineering and bio- 
logical techniques would allow. One river that has 
been dammed is China’s Yangtze River. The Three 
Gorges Dam, which was completed in 2006, is creating 
a lake that will displace almost two million people. 
Management of smaller watercourses is more typical. 
For example, the San Joaquin in California has been 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Catchment area—The area from which a particular 
section of a river obtains its water; also known as a 
drainage area. 


Erosion—Movement of material caused by the flow 
of ice, water, or air, and the modification of the 
surface of the earth (by forming or deepening val- 
leys, for example) produced by such transport. 


Exudation—The oozing of water out of the ground. 


Hydrologic cycle—The continuous, interlinked 
environmental circulation of water. 


Transpiration—The movement of water from 
plants into the atmosphere. 


Tributary—A stream or other body of water that 
flows into a larger one. 


Watershed—The land from which water flows into 
a wetland, waterbody, or stream. 


completely developed to take advantage of the irriga- 
tion opportunities that the stream offers. 
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RNA see Ribonucleic acid (RNA) 


| RNA function 


Ribonucleic acid (RNA), which is made up of 
nucleic acids, has a variety of functions in a cell and 
is found in many organisms including plants, animals, 
viruses, and bacteria. RNA and deoxyribonucleic acid 
(DNA) differ functionally. DNA primarily serves as 
the storage material for genetic information. RNA can 
function as a carrier of genetic information, a catalyst 
of biochemical reactions, a participant molecule in 
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RNA function 


A computer-generated model of ribonucleic acid (RNA). (Ken Eward. National Audubon Society Collection/Photo Researchers, Inc.) 


protein synthesis, and a structural molecule in cellular 
organelles. 


Since the discovery of DNA and RNA in the 
1950s, scientists have studied the function and struc- 
ture of the components that make up these structures. 
The various types and functions of RNA have 
been investigated by numerous researchers, including 
Spanish physiologist Severo Ochoa (1905-1993), who 
received a Nobel Prize in 1959 for his contributions to 
our understanding of how RNA is synthesized. 


There are five major types of RNA that are found in 
the cells of eukaryotes. These include heterogeneous 
nuclear RNA (hnRNA), messenger RNA (mRNA), 
transfer RNA (tRNA), ribosomal RNA (rRNA), and 
small nuclear RNA. Structurally, hnRNA and mRNA 
are both single stranded, while rRNA and tRNA form 
three—dimensional molecular configurations. Each type 
of RNA has a different role in various cellular processes. 
In addition to these functions, RNA plays an important 
role in the ability of certain viruses to cause infection. 


One of the primary functions of RNA is to facil- 
itate the translation of DNA into protein. This process 
begins in the nucleus of the cell with a series of 
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enzymatic reactions that transcribe DNA into hetero- 
geneous nuclear RNA by complementary base pair- 
ing. Since hnRNA is a direct copy of DNA, it contains 
exons and introns which are coding and noncoding 
regions of nucleotides, respectively. hnRNA under- 
goes post—transcriptional processing that involves 
removal of the introns and the addition of adenines 
to the end of single stranded RNA molecules (a proc- 
ess called capping), which are now referred to as 
mRNA. mRNA is transported out of the nucleus 
into the cytoplasm of the cell. In this way, it functions 
as a carrier for information from the cells DNA to the 
protein synthesizing organelle, called the ribosome. 


The mRNA attaches to the ribosome to allow for 
the initiation of protein synthesis. Part of this process 
involves another type of RNA that is located in the 
ribosome called tRNA. tRNA is an adapter molecule, 
which functions as a bridge between a specific three- 
base sequence or codon in the mRNA strand and the 
amino acids that are used to construct the protein. The 
tRNA carries an amino acid that matches the specific 
codon and this process begins and stops based on 
specific sequences in the mRNA. Each amino acid 1s 
transferred to the growing polypeptide by chemical 
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interactions to produce a full-length protein. Another 
type of RNA that is part of the ribosome and is 
involved in protein synthesis is rRNA. rRNA has two 
primary functions. Firstly, it provides the structure and 
shape producing the catalytic regions of the ribosome. 
Secondly, it helps speed up, or catalyze, protein syn- 
thesis by interactions between the tRNA and the pro- 
tein synthesis machinery. 


While DNA and RNA are very similar in their 
composition, RNA has different roles. RNA can 
serve as a component of the translation machinery 
and catalyze chemical reactions. For example, in addi- 
tion to RNA molecules such as rRNA, ribozymes are 
also a type of RNA that can serve catalytic functions. 
rRNA functions as a ribozyme during protein synthe- 
sis. Another form of RNA that acts as a ribozyme is the 
small nuclear ribonucleoprotein. During the process of 
RNA splicing, this ribozyme—like, RNA—containing 
structure catalyzes reactions in the spliceosome, a 
group of biomolecules that are involved in removal of 
the intron, or splicing the hnRNA. These molecules, 
therefore, play a role in the processing of the hnRNA. 


Certain viruses contain RNA as their primary 
genetic material. Viruses bind to a specific protein or 
receptor on the surface of the cell that it is going to 
infect. RNA, the virus’s genetic material, is injected 
into the cell. The viral RNA associates with the ribo- 
somes that belong to the cell it is infecting. In a sense, 
viruses hijack the host’s molecular machinery, using 
the cells transcriptional abilities for its own purpose, 
to produce viral proteins. The viral proteins then form 
new viruses. Viral RNA can also form replication 
complexes where it can copy itself. This copied RNA 
then gets packaged into the newly created viruses that 
can cause the cell to lyse, or break open, and these 
released viruses can infect other cells. 


Small RNA that does not undergo translation to 
form protein is nonetheless important in regulating 
gene expression. Called RNA genes, these small mol- 
ecules were initially identified in the species of worm 
Caenorhabditis elegans. They were shown to turn off 
gene expression during worm development. This func- 
tion was later demonstrated in other species. This may 
make RNA genes a useful target of therapy in diseases 
such as cancer. 
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l RNA splicing 


RNA splicing is the process in which introns, or 
intervening sequences within a gene, are removed from 
ribonucleic acid (RNA) transcribed from deoxyribo- 
nucleic acid (DNA), prior to translation of RNA into 
protein. 


Prior to the early 1970s, the structure of genes had 
been elucidated and it was understood that genes were 
located with linear DNA sequences. The central 
dogma of molecular biology had been established, 
which described the flow of information to be from 
DNA to RNA to protein. Since many experiments 
investigating gene regulation were performed in bac- 
teria, the molecular biology of vertebrate cells were 
later found to be more complex. An indication that 
eukaryotic cells utilized a more complicated pathway 
of gene expression than bacteria was suggested and 
prompted further investigation. It soon became clear 
that a subpopulation of RNA in the nucleus called 
heterogeneous nuclear RNA (hnRNA) was found to 
be approximately 4-5 fold longer than the cytoplasmic 
mRNA, necessitating the establishment of a molecular 
relationship between the two related RNA molecules. 


American chemist Phillip A. Sharp used an adeno- 
virus (a human virus that can cause the common cold) 
as a model for gene regulation and began by identifying 
the critical gene regions in the virus’s genome. Next, he 
characterized the individual transcripts (mRNA) and 
compared it to the genomic DNA sequence of the virus 
by hybridizing (based on complementary base pairing) 
single stranded DNA to the mRNA. In these experi- 
ments, it was observed that the adenoviral DNA did 
not hybrize completely to the mRNA. There were 
loops on the DNA representing missing sequences 
on the mRNA strand. Soon after, other researcher 
reported this split gene structure in higher organisms. 
It was later determined that these extra regions on the 
DNA were removed shortly after the RNA strand was 
produced. The sequences removed were later called 
introns, while the sequences that remained in the proc- 
essed RNA, which represented mRNA, were called 
exons. This process of removing introns is called 
RNA splicing. Sharp was later awarded the Nobel 
Prize for his scientific discoveries. 
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RNA splicing occurs in the nucleus of the cell 
where DNA transcription takes place. There are sev- 
eral types of known splicing mechanisms. One of 
which involves the spliceosome, an array of proteins 
that function to splice out introns. The human spli- 
ceosome has been found to contain 44 different com- 
ponents. Another mechanism involves excision of 
introns by the RNA itself. Introns have also been 
shown to be removed by tRNA. 


The spliceosome system is one of the most widely 
understood splicing mechanisms. Five small nuclear 
RNAs (snRNAs) and more than 50 different proteins 
comprise the splicing machinery. snRNAs are essen- 
tial splicing factors. Each snRNA aggregates with 
various proteins to achieve five distinct small nuclear 
ribonucleoprotein (snRNPs) complexes (U1, U2, U3, 
U4, US). These snRNP complexes and other protein 
splicing factors, collectively called the spliceosome, 
determine the exon—intron borders of the pre—proc- 
essed mRNA. It is believed that the RNA (not the 
protein) are the active sites for the reaction. The pro- 
teins serve to initiate, stabilize, and break the RNA— 
RNA interactions that form during this process. A set 
of enzymes cuts the intron from the RNA and joins the 
two ends or exons. 


In comparing different tissues or developmental 
stages, the mRNA produced from the same gene may 
be different depending on how the RNA gets proc- 
essed. Thus, for an identical gene, many different pro- 
teins can be produced. The process is called alternative 
splicing and represents an important principle in how 
the genetic message is determined. It is not definitely 
determined at the stage when the RNA is first synthe- 
sized. Instead, the splicing pattern determines how the 
genetic information will be delivered and the nature of 
the final protein product. 
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| Robins 


Robins are songbirds in the family Turdidae, 
which contains more than 300 species, including vari- 
ous thrushes, chats, solitaires, redstarts, nightingale, 
wheatear, and others. The members of this family, 
known as robins, tend to have dark backs and reddish 
breasts. Except for this superficial resemblance, these 
robins are not particularly closely related, other than 
being members of the same avian family. Like other 
thrushes, robins are highly musical, with rich and loud 
songs. Because some species of robins are relatively 
familiar birds that live in close proximity to humans, 
their songs are well known and highly appreciated by 
many people. 


The European robin (Erithacus rubecula) is the 
familiar “robin red-breast.” Robins elsewhere were 
given their common name, robin, because of their 
superficial likeness to the European robin, which to 
many English-speaking colonists was a common and 
much-loved songbird of gardens and rural places. 
During the era of European exploration and conquest 
of distant lands, these settlers longed for familiar sur- 
roundings and contexts in their newly colonized, but 
foreign countries. Consequently, they often intro- 
duced European species to achieve that effect, and 
named native species after familiar European ones 
with which there was an outward resemblance. As a 
result of this socio-cultural process, many species in 
the thrush family were variously named “robin” in far- 
flung places that were settled by the British, including 
Australia, Asia, and North America. The Australian 
robin belongs to the super family Corvoidea, in the 
family Eopsaltriidae. 


The European robin has a body length of 5.5 in 
(14 cm), an olive-brown back, a white belly, and a 
orange-rust breast and face. This species is common 
and widespread in Europe and western Russia, where 
it breeds in forests, shrubby habitats, hedgerows, and 
urban and suburban parks and gardens. The European 
robin is a migratory species, wintering in North Africa. 
The closely related Japanese robin (£. akahinge) has a 
more reddish brown coloration of the face and breast, 
and breeds on many of the islands of Japan and on 
nearby Sakhalin and the Kurils of far-eastern Russia. 


The American robin is probably the most familiar 
native species of bird to North Americans. American 
robins live up to ten years, breed when one year old 
and lay four to six eggs. They suffer high mortality 
with up to 50% of the population dying annually. The 
American robin is considerably larger than the 
European robin, weighing up to 2.8 oz (80 g) with a 
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body length of 8.7 in (22 cm), a slate-gray back, a white 
throat, and a brick-red breast. Young birds have a 
spotted breast, with reddish tinges on the flanks. The 
American robin is very widespread in North America, 
breeding from just south of the high-arctic tundra at 
the limit of trees and taller shrubs, to southern Mexico. 
The American robin utilizes most natural habitats, 
minimally requiring only a few shrubs for nesting, 
and its food of abundant invertebrates during the 
breeding season. The American robin also widely 
occurs in suburban and urban parks and gardens. 
Most American robins are migratory, wintering in 
the southern parts of their breeding range and as far 
south as Guatemala. However, some birds winter rel- 
atively far north in southern Canada and the northern 
states, where they subsist primarily on berries during 
the cold months. 


The American robin is an accomplished and pleas- 
ing singer. Because the species is so widespread, virtu- 
ally all North Americans hear, and are warmed by, the 
lovely melody of the robin during the spring and 
summer, although many people do not recognize its 
song as such. Those who do, however, widely regard 
the early migrating American robin to be a longed-for 
harbinger of springtime and warmer weather, because 
this bird often arrives at the northern parts of its range 
and sings while there is still snow on the ground. 


Status of North American robins 


« American robin (Turdus migratorius). On rare occa- 
sions the cowbird may lay eggs in the robin’s nest. 
The American robin was once hunted for food. It has 
expanded into the Great Plains and dry western low- 
lands with the planting of trees, the erection of struc- 
tures, and the introduction of irrigation systems, all 
of which have increased the availability of nesting 
sites and moist land for foraging. Today, this bird is 
abundant and widespread, and the population shows 
no signs of changing. 


Clay-colored robin (Turdus grayi). Southwestern 
stray. A native of eastern Mexico and northern 
Colombia, this bird is now a frequent visitor to 
southernmost Texas where it has been known to nest. 


Rufous-backed robin (Turdus rufopalliatus). South- 
western stray. A native of Mexico, this bird has been 
making winter appearances in the United States since 
1960. Strays have been in Arizona, Texas, New Mex- 
ico, and California. 


- Siberian blue robin (Luscinia cyane). Alaskan stray. 
A native of eastern Asia, this bird is an accidental 
visitor to the outer Aleutians. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


« White-throated robin (Turdus assimilis). Southwest- 
ern stray. A native of the mountain tropics, this bird 
has been an occasional winter stray to southern 
Texas. 
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I Robotic vehicles 


From the late 1980s onward, robotic vehicles have 
become an increasingly important component of security 
operations and related activities. They can be used to 
gather information in areas where a human could not 
safely go, and to undertake tasks a human could not safely 
perform. Robotic vehicles can be used, for instance, in 
underwater minesweeping, and in sites contaminated by 
nuclear, biological, or chemical materials. The use of 
robotic vehicles on scientific expeditions to such inhospit- 
able locales as the polar ice cap and the surface of Mars 
portends a variety of applications for intelligence gather- 
ing. Robotic technology also has uses in energy harvest- 
ing, or the gathering of energy from ambient sources such 
as sunlight, wind, or barometric fluctuations. 


Robotic operation 


Many experts assert that there are five key param- 
eters or “subtasks” of robotic operation: localization, 
motion control, mapping, path planning, and commu- 
nication with the operating station. The subtask of 
localization is a matter highly analogous to human 
movement. If a person does not know their location, 
that person cannot know where he or she is going; in 
order to stay on the right path, it is necessary to receive 
continual data regarding the environment. For the 
human mind, these skills are largely automatic—one 
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Robotic vehicles 


A wheeled robot with various sensors checks a simulated suspect vehicle during a terrorism response exercise. Participants 
responded to a simulated biological attack and a chemical attack at the start of the weeklong drill. (Stan Honda/AFP/Getty Images.) 


does not have to think about walking around an 
obstacle, for instance—but for the robot, course cor- 
rection must be built into the overall operating system. 


Closely related to the problem of localization is that 
of motion control. Some robots operate on set paths 
analogous to a railroad track, but as technology has 
progressed, scientists have developed means that will 
allow robotic vehicles to operate in a less modified 
environment, using navigational markers. These markers 
are reflective targets that serve as beacons, allowing the 
robotic vehicle to correct its course when it strays from a 
desired path. Efforts to make these vehicles capable of 
operating in a completely unrestricted environment are 
ongoing. 


Also closely related to localization is the issue of 
mapping the environment—a function that, once 
again, is automatic for humans. Robots use visual, 
ultrasonic, and touch sensors. More sophisticated 
machines made for operating in an outdoor locale 
have means of navigating by visual methods using 
focus-enhancing technology. 


Robotic scientists are using ever more sophisti- 
cated means of navigation. Among these is the use of 
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a camera to provide data allowing the home station to 
implement course correction measures. The global 
positioning system, or GPS, also offers a method of 
aiding navigation in large, open environments. Still 
more complex are various techniques applying tele- 
operation through virtual-reality systems. 


Path planning and communication 


Path planning involves addressing the problem of 
minimizing the output of time or energy required to 
reach a certain goal. In spatial terms, path planning 
involves helping the robot to find the shortest possible 
distance between two points. Temporal or time-based 
path planning may be more challenging in view of 
unpredictable inputs from the environment. 


Finally, there is the matter of communication with 
the home station, a problem encountered by humans 
in tasks ranging from intelligence gathering to space 
travel. In addition to receiving information on chang- 
ing courses or tasks, robots undertaking sophisticated 
activities may need to send back video data or other 
forms of intelligence. 
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Uses for robotic vehicles 


The applications, and potential applications, of 
robotic vehicles are myriad. Within the realm of indus- 
try, they can be used for everything from moving 
containers in ports (an application demonstrated in 
1994) to clearing snow off of airport runways. On a 
consumer level, robotic technology can be employed 
in wheelchairs, and in cleaning homes or offices. 


In the realm of scientific study, robotic vehicles 
provide a means of conducting research in environ- 
ments that are either presently or forever inaccessible 
to humans. The use of a robotic vehicle to collect 
data during the 1997 National Aeronautics and 
Space Administration (NASA) Mars Pathfinder 
Expedition gained widespread attention, but scien- 
tists also use robots much closer to home. Small, 
submarine-like robots known as autonomous under- 
water vehicles (AUVs) have in some cases taken the 
place of acoustic remote-sensing technology to map 
seabed topography. They also offer promise in areas 
impenetrable to more traditional methods—for 
instance, for mapping hydrothermal vents beneath 
the Arctic Ocean. 


Security and related activities 


Applications for robotic technology in security and 
related functions are fast emerging. At the simplest 
level, a robotic vehicle “walking a beat” could be used 
to patrol a parking garage by providing real-time video 
data to a facility security station. The U.S. Navy in the 
1980s began using AUVs to conduct minesweeping 
operations in the Persian Gulf. In 1996, scientists at 
Lawrence Livermore National Laboratory created a 
prototype for a robotic vehicle that could be outfitted 
for a variety of tasks, including not only mine detection 
and clearance, but also intelligence-gathering. 


In 2000, Design News reported that technicians at 
Sandia National Laboratory were in the process of 
developing a highly sophisticated machine called a 
MARV, or miniature autonomous robotic vehicle. 
Very small—a cubic inch (16.4 cc) in size—the MARV 
is designed to “rove in packs” for purposes such as 
surveying a contaminated area, sweeping for and dis- 
abling mines, or locating biological weapons. Engineers 
at Sandia have addressed the problem of course correc- 
tion through genetic algorithm-based software, a fasci- 
nating innovation intended to mimic the functions of a 
human brain. from 2003 to 2006 robotic vehicles were 
used by U.S. and Coalition troops to help clear sus- 
pected terrorist or insurgent hideouts in Iraq. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Energy harvesting 


An area of research in which robotic technology 
plays a dual role, both as a tool and as a potential 
beneficiary, is energy harvesting. The latter is the gather- 
ing of energy from ambient sources, including sunlight, 
wind, wave action, water currents, geothermal compo- 
nents such as volcanoes, chemical and thermal gradients, 
barometric fluctuations, electromagnetic radiation, and 
human and other biological systems. The aim of energy- 
harvesting efforts using robotic technology and other 
means is to increase the efficiency of power delivery by 
a factor of 10 with respect to conventional systems. 


See also Mars. 
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[ Robotics 


Robotics is the science of designing and building 
electro-mechanical machines that can be programmed 
to perform more than one autonomous or preprog- 
rammed function traditionally performed by humans. 
Robots are designed to do tasks that are regarded as 
too dangerous for humans to do. They are also designed 
to perform tasks that are deemed too repetitious for 
humans or needs more precision than can be accurately 
performed by humans. An example of a well-known 
robot is the remote manipulator system (RMS), com- 
monly called the Canadarm, used on NASA’s space 
shuttle. The word robot comes from a play written 
in 1920 by Czech author Karel Capek (1890-1938). 
Capek’s R.U.R. (for Rossum’s Universal Robots) is the 
story of an inventor who creates human-like machines 
designed to take over many forms of human work. 


Historical background 


The idea of a machine that looks and behaves like a 
human being goes back at least 2,000 years. According 
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A police robot handling a live bomb by remote control. (Spencer Grant. National Audubon Society Collection/Photo Researchers, Inc.) 


to Greek mythology, Hephaestus, the god of fire, con- 
structed artificial women out of gold. These women 
were able to walk, talk, and even to think. 


By the eighteenth century, scientists and inventors 
had created an impressive array of mechanical figures 
that looked and acted like humans and other animals. 
Swiss watchmaker Pierre Jacquet-Droz (1721-1790), 
and his son Henri-Louis (1752-1791), for example, 
designed and constructed animated dolls, called 
automata, and mechanical birds to help sell watches. 
One doll was able to play the piano, swaying in time 
with the music, and a young scribe who could write 
messages of up to 40 characters. 


The modern robot is considered today to have been 
built by Serb-American physicist, engineer, and inventor 
Nikola Tesla (1856-1943). He constructed a remote- 
operated boat and showed its abilities at an 1898 exhibi- 
tion in New York City. He also built remote vehicles for 
use in the air and on the ground. One of the first compa- 
nies to build robots was Westinghouse in the 1930s. The 
company built Elektro, which was programmed to talk, 
walk, and move its head and arms. The first electrically 
operated robot was built in England by American-born 
English neurophysiologist W. Grey Walter (1919-1977). 
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Many of these early accomplishments had little 
practical value. They were built in order to impress or 
charm viewers, or to demonstrate the inventor’s crea- 
tive and technological skills. That line of research 
continues today. Many modern robots have little 
function beyond demonstrating what can be done in 
building machines that more and more closely resem- 
ble the appearance and function of humans. 


One function for such robots is in advertising. 
They are used to publicize some particular product 
or to inform the public about the robots themselves. 
Robots of this kind are most commonly found at 
conventions, conferences, or other large meetings. As 
one example, a robot named Argon was used in April 
1983 to walk a dog through a veterinary congress in 
London, England, promoting the “Pets Are Good 
People” program. 


Robots at work: the present day 


Robots have come to play a widespread and cru- 
cial role in many industrial operations today. These 
robots are almost always without human features— 
rather than the Jacquet-Droz doll-like style. The work 
that robots do can be classified into three major 
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categories: in the assembly and finishing of products; 
in the movement of materials and objects; and in the 
performance of work in environmentally difficult or 
hazardous situations. 


The most common single application of robots is 
in welding. About one-fourth of all robots used by 
industry have this function. In a typical operation, 
two pieces of metal will be moved within the welding 
robot’s field and the robot will apply the heat needed 
to create the weld. Welding robots can have a variety 
of appearances, but they tend to consist of one large 
arm that can rotate in various directions. At the end of 
the arm is a welding gun that actually performs the 
weld. 


Closely related types of work now done by robots 
include cutting, grinding, polishing, drilling, sanding, 
painting, spraying, and otherwise treating the surface 
of a product. As with welding, activities of this kind 
are usually performed by one-armed robots that hang 
from the ceiling, project outward from a platform, or 
reach into a product from some other angle. 


There are some obvious advantages for using a 
robot to perform tasks such as these. They are often 
boring, difficult, and sometimes dangerous tasks that 
have to be repeated over and over again in exactly the 
same way. Why should a human be employed to do 
such repetitive work, robotics engineers ask, when a 
machine can do the same task just as efficiently? 


That argument can be used for many of the other 
industrial operations in which robots have replaced 
humans. Another example of such operations is the 
assembly of individual parts into some final product, 
as in the assembly of automobile parts in the manu- 
facture of a car. At one time, only a crew of humans, 
each of whom had his or her own specific responsibil- 
ity, could have done this kind of assembly: moving a 
body section into position, welding it into place, instal- 
ling and tightening bolts, turning the body for the next 
operation, and so forth. In many assembly plants 
today, the assembly line of humans has been replaced 
by an assembly line of robots that does the same job, 
but more safely and more efficiently than was the case 
with the human team. 


Mechanical robots have been successfully built to 
evolve the automobile assembly. Such an robotic sys- 
tem would eliminate most or all the human element. 
Its replacement would consist of automatic controls 
that guarantee a level of accuracy and quality that is 
beyond human skills. Advanced computerization has 
resulted in assembly lines that are completely run by 
computers controlling numerous types of industrial 
robots. Such robots perform repetitive, elementary 
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tasks, but also are increasingly able to regulate or 
adjust their own performance to changing situations. 


Movement of materials 


Many industrial operations involve the lifting and 
moving of large, heavy objects over and over again. 
For example, a particular process may require the 
transfer of steel ingots onto a conveyor belt and then, 
at some later point, the removal of shaped pieces of 
steel made from those ingots. One way to perform 
these operations is with heavy machinery operated 
by human workers. But another method that is more 
efficient and safer is to substitute robots for the human 
and his or her machine. 


Another type of heavy-duty robot is an exoskel- 
eton, that is, a metallic contraption that surrounds a 
human worker. The human can step inside the exo- 
skeleton, placing his or her arms and legs into the 
corresponding limbs of the exoskeleton. By operating 
the exoskeleton’s controls, the human can magnify his 
or her strength many times, picking up and handling 
objects that would otherwise be much too heavy for 
the operator’s own capacity. 


Mobile robots are used for many heavy-duty 
operations. The robots operate on a system of wheels 
or legs, on a track, or with some other system of 
locomotion. They pick up a material or an object in 
one location and move it to a different location. The 
robots need not be designed to handle very large loads 
only. As an example, some office buildings contain 
tracks along which mobile robots can travel delivering 
mail to various locations within the building. 


As another example of robots in everyday usage, 
automated guided vehicles (AGVs) are used in medical 
facilities, such as hospitals, to move materials such as 
medicines and supplies from one location to another 
with the use of markers. Some AGVs are laser-guided 
and do not even need markers to guide them. 
Consumers not are seeing advertisements for vacuum 
cleaners and lawn mowers that are robots. The 
RoboMower® from the company Friendly Robotics, 
is advertised to cut grass automatically without the use 
of human effort, gasoline, oil and harmful environ- 
mental emissions. 


Hazardous or remote duty robots 


A common application of robots is for use in 
places that humans can go only at risk to their own 
health or safety or that humans can not go at all. 
Industries where nuclear materials are used often 
make use of robots so that human workers are not 
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exposed to the dangerous effects of radioactive mate- 
rials. In one type of machine, a worker sits in a chair 
and places his or her hands and arms into a pair of 
sleeves. The controls within the sleeves are connected 
to a robot arm that can reach into a protected area 
where radioactive materials are kept. The worker can 
operate the robot arm and hand to perform many 
delicate operations that would otherwise have to be 
carried out by a human worker. 


Robots have also been useful in space research. In 
1975, for example, two space probes, code-named 
Viking I and Viking 2, landed on the planetMars. 
These probes were two of the most complex and 
sophisticated robots ever built at that time. Their job 
was to analyze the planet’s surface. In order to accom- 
plish this task, the probes were equipped with a long 
arm that was able to operate across a 120° radius, 
digging into the ground and taking out samples of 
Martian soil. The samples were then transported to 
one of three chemical laboratories within the robot, 
where they underwent automated chemical analysis. 
The results of these analyses were then transmitted by 
automatic telemetry to receiving stations on the Earth. 


How robots work 


In order for a robot to imitate the actions of a 
human being, it has to be able to perform three funda- 
mental tasks. First, it must be conscious of the world 
around it, just as humans obtain information about 
the world from five senses. Second, the robot must 
somehow be programmed to know what to do. One 
way for it to get that knowledge is to have a human 
prepare a set of instructions that are then implanted 
into the robot’s brain (central processing center). 
Alternatively, it must be able to analyze and interpret 
data it has received from its senses and then make a 
decision based on that data as to how it should react. 
Third, the robot must be able to act on the instructions 
or data it has received. 


Not all robots have all of these functions. For 
example, some of the earliest ‘for fun’ robots like the 
Jacquet-Droz doll and scribe knew what to do because 
of the instructions that had been programmed into them 
by their inventors. The inventors also gave their toys the 
mechanical means with which to carry out their instruc- 
tions: arms, fingers, torsos, eyes, and other body parts 
that were able to move in specific ways. 


Mechanical systems 
The human-like movements that a robot makes as 


it works can be accomplished with a relatively small 
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number of mechanical systems. One of those systems is 
known as the rectangular or Cartesian coordinate sys- 
tem. This system consists of a set of components that 
can move in any one of three directions, all at right 
angles to each other. 


Think of a three-dimensional system in which an 
x-axis and a y-axis define a flat plane. Perpendicular to 
that plane is a third axis, the z-axis. A rule can be made 
to travel along the x-axis, along the y-axis, or along the 
z-axis. Overall, the ruler has the ability to move in 
three different directions, back and forth along the x- 
and y-axes and up and down along the z-axis. A sys- 
tem of this type is said to have three degrees of freedom 
because it has the ability to move in three distinct 
directions. 


Another type of mechanical system is the cylindri- 
cal coordinate system. This system consists of a cylin- 
der with a solid column through the middle of it. The 
cylinder can move up and down on the column (one 
degree of freedom), and an arm attached to the outside 
of the cylinder can rotate around the central column 
(a second degree of freedom). Finally, the arm can be 
constructed so that it will slide in and out of its housing 
attached to the cylinder (a third degree of freedom). 


A third type of mechanical system is the spherical 
coordinate system. To understand this system, imag- 
ine a rectangular box-shaped component attached to a 
base. The box can rotate on its own axis (one degree of 
freedom) or tilt up or down on its axis (a second degree 
of freedom). An arm attached to the box may also be 
able to extend or retract, giving it a third degree of 
freedom. 


Many robots have more than three degrees of 
freedom because they consist of two or more simple 
systems combined with each other. For example, a 
typical industrial robot might have one large arm 
constructed on a Cartesian coordinate system. At the 
end of the arm, there might then be a wrist-type com- 
ponent with the same or a different mechanical system. 
Attached to the wrist might then be a hand with fin- 
gers, each with a mechanical system of its own. 
Combinations of mechanical systems like this one 
make it possible for an industrial robot to perform a 
variety of complex maneuvers not entirely different 
from those of a human arm, wrist, hand, and finger. 


Sensory systems 


The component of modern robots that was most 
commonly missing from their early predecessors was 
the ability to collect data from the outside world. 
Humans accomplish this task, of course, by means 
of hands, eyes, ears, noses, and tongues. With some 
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important exceptions, robots usually do not need to 
have the ability to hear, smell, or taste things in the 
world around them, but they are often required to be 
able to see an object or to feel it. 


The simplest optical system used in robots is a 
photoelectric cell. A photoelectric cell converts light- 
energy into electrical energy. It allows a robot to 
determine yes/no situations in its field of vision, such 
as whether a particular piece of equipment is present 
or not. Suppose, for example, that a robot looks at a 
place on the table in front of it where a tool is supposed 
to be. If the tool is present, light will be reflected off it 
and sent to the robot’s photoelectric cell. There, the 
light waves will be converted to an electrical current 
that is transmitted to the robot’s computer-brain. 


More complex robot video systems make use of 
television cameras. The images collected by the cam- 
eras are sent to the robot’s brain, where they are 
processed for understanding. One means of processing 
is to compare the image received by the television 
camera with other images stored in the robot’s com- 
puter-brain. 


The human sense of touch can be replicated in a 
robot by means of tactile sensors. One kind of tactile 
sensor is nothing more than a simple switch that goes 
from one position to another when the robot’s fingers 
come into contact with a solid object. When a finger 
comes into contact with an object, the switch may 
close, allowing an electrical current to flow to the 
brain. A more sophisticated sense of touch can be 
provided by combining a group of tactile sensors at 
various positions on the robot’s hand. This arrange- 
ment allows the robot to estimate the shape, size, and 
contours of an object being examined. 


Microcomputer-driven robots 


Probably the most important development in the 
history of robotics has been the evolution of the micro- 
computer. The microcomputer makes it possible to 
store enormous amounts of information as well as 
huge processing programs into the brain of a robot. 
With the aid of a microcomputer, a robot can not only 
be provided with far more basic programming than 
had been possible before, but it can also be provided 
with the programming needed to help the robot teach 
itself, that is, to learn. For example, some computers 
designed to carry out repetitious tasks have developed 
the ability to learn from previous mistakes and, there- 
fore, to work more efficiently in the future. 


An android named Repliee has been designed and 
constructed by Japanese scientists from Osaka University. 
The android, which looks like a Japanese woman, has 
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KEY TERMS 


Degrees of freedom—The number of geometric 
positions through which a robot can move. 


Exoskeleton—An external bodily framework; in the 
field of robotics, an exoskeleton is a metallic frame 
within which a human can stand or sit in order to 
manipulate the frame itself. 


Tactile sensor—A device that converts mechanical 
pressure into an electrical current. 


flexible silicone for skin and numerous sensors and motors 
for fluttering eyelids moving hands, and making general 
human-like motions. Repliee has numerous actuators 
within the upper body and four high sensitive tactile 
sensors under the left arm that react to various pressures. 


Advancements 


Robots are increasing used in hazardous condi- 
tions, such as bomb disposal robots that are used in 
the military. The iRobot Packbot is an explosive ordi- 
nance disposal (EOD) robot that is used when explo- 
sives are involved. Onboard the Packbot are cameras, 
laser pointers, sensors, and other equipment that can 
sense explosive materials. When identified as such, the 
robot is able to defuse the explosive so soldiers are not 
placed in danger. As of November 2006, hundreds of 
PackBots had been deployed by the United States 
military in the countries of Afghanistan and Iraq. 


Other robots are being designed and constructed 
for more mundane efforts. Robots are being devel- 
oped to provide companionship to people (social 
robots) such as robotic pets. Sony’s AIBO pet dog is 
designed with a variety of preprogrammed behaviors. 
However, based on human interactions, the robot can 
learn other new behaviors. The dog is programmed to 
play with its pink ball, however, by petting the dog’s 
head repeatedly, for example, it will begin to like such 
activity. 


Medical scientists are working on the design of 
tiny nanomachines that will eventually travel inside 
the human body to destroy cancer cells, clean arteries, 
and repair tissues and organs. Such robots will also 
perform highly delicate surgeries or allow surgeons in 
one part of the world to perform surgery at other 
locations. In June 2003, a robot helped a surgeon 
to perform the first robot-assisted cardiac operation. 
The minimally evasive heart surgery was performed at 
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Johns Hopkins Hospital (Maryland) with the use of 
the da Vinci Surgical Robotic System. Aerospace sci- 
entists are also designing tiny machines, some at nano- 
meter scale sizes (where one nanometer is one- 
billionth of one meter) that will help explore the dan- 
gerous environments of outer space. 


See also Artificial intelligence; Automation. 
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David E. Newton 


[ Rockets and missiles 


The term rocket refers both to any reaction motor 
that carries its own oxidant and to any vehicle that it 
propels. A reaction motor is a propulsion device that 
generates a forward push by expelling matter in a 
backward direction. Rocket fuels may be either solid 
or liquid. 


In weapons terminology, a missile is an uncrewed 
rocket vehicle containing some form of guidance sys- 
tem and, generally carrying some type of explosive. A 
missile may also be guided by a ground-based com- 
mand center. A rocket, in military parlance, is an 
unguided rocket-propelled weapon. A large part of 
the research and development on modern rocketry 
systems has been carried out by or under the super- 
vision of various military organizations. 


Rockets are used not only in weapons but to carry 
scientific instruments or human beings to locations 
not accessible by other kinds of transportation, such 
as the upper atmosphere, Earth orbit, or outer space. 
Rockets designed to carry instruments no farther than 
the upper levels of the atmosphere are known as 
sounding rockets. Those designed to lift spacecraft 
into orbit or into outer space are known as boosters 
or as launch vehicles. 


History 


The first rocket was almost certainly constructed 
in China, but the date of that invention is not known. 
There is evidence that the Chinese knew about black 
gunpowder at least two centuries before the birth of 
Christ, but the explosive was probably used exclu- 
sively for ceremonial purposes. The concept of using 
gunpowder to propel an object through space prob- 
ably did not arise for more than a thousand years, 
perhaps during the thirteenth century. Records of the 
time indicate that gunpowder was attached to sticks 
for use as offensive weapons during battle. The birth 
of rocketry was, therefore, intimately associated with 
their first use as missiles. 


For a short period of time, rockets were a reason- 
ably effective weapon in warfare. For example, French 
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First flight of the Ariane 4 rocket. (European Space Agency/ 
Photo Researchers, Inc.) 


troops under Joan of Arc apparently used simple rock- 
ets to defend the city of Orleans in 1429. Military 
strategists of the time devised imaginative and some- 
times bizarre variations on the rocket for use in bat- 
tles, but such concepts were apparently seldom put 
into practice. The development of more efficient weap- 
ons of war, in any case, soon relegated the use of 
rockets to recreational occasions, such as those still 
popular in the United States at Fourth of July 
celebrations. 


Scientific basis of rocketry 


The scientific principle on which rocket propul- 
sion is based was first described precisely in 1687 by 
the English physicist Isaac Newton (1642-1727). In his 
monumental work on force and motion, Philosophiae 
Naturalis Principia Mathematica (Mathematical Princi- 
ples of Natural Philosophy), Newton laid out three laws 
of motion. The third of these stated that for every 
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action, there is an equal and opposite reaction. For 
example, if you push against a wall, the wall pushes 
back at your hand with equal and opposite force. 


The application of Newton’s third law to propul- 
sion is used by a variety of marine animals as a means 
of movement. The body of the squid, for example, 
contains a sac that holds a dark, watery fluid. When 
the squid finds it necessary to move, it contracts the 
sac and expels some of the fluid from an opening in the 
back of its body. In this case, the expulsion of the 
watery fluid in a backward direction can be thought 
of as an “action.” The equal and opposite reaction that 
occurs to balance that action is the movement of the 
squid’s body in a forward direction. 


Rocket propulsion 


A rocket is propelled in a forward direction when, 
like the squid, a fluid is expelled from the back of its 
body. In the most common type of rocket, the expelled 
fluid is a mass of hot gas produced by a chemical 
reaction inside the rocket. In other types of rockets, 
the expelled fluid may be a stream of charged particles 
or plasma produced by an electrical, nuclear, or solar 
process. 


Chemical rockets are of two primary types, those 
that use liquid fuels and those that use solid fuels. The 
most familiar type of liquid rocket is one in which 
liquid oxygen is used to oxidize liquid hydrogen. In 
this reaction, water vapor at very high temperatures 
(about 4,935°F [2,725°C]) is produced. The water 
vapor is expelled from the rear of the rocket, pushing 
the rocket itself forward. 


The liquid oxygen/liquid hydrogen rocket 
requires an external source of energy, such as an elec- 
trical spark, in order for a chemical reaction to occur. 
Some combinations of fuel and oxidizer, however, will 
ignite as soon as they are brought into contact. Such 
combinations are known as hypergolic systems. An 
example of a hypergolic system is the liquid combina- 
tion of nitrogen tetroxide and monomethylhydrazine. 
These two compounds react spontaneously with each 
other when brought into contact to produce a temper- 
ature of the order of 5,200°F (2,871°C). 


The use of liquid fuels in rockets requires a number 
of special precautions. For example, with a liquid oxy- 
gen/liquid hydrogen system, both liquids must be kept at 
very low temperatures. Oxygen gas does not become a 
liquid until it is cooled below —297°F (—183°C) and 
hydrogen gas, not until it is cooled below —421°F 
(—252°C). The two liquids must, therefore, first be cooled 
to very low temperatures and then kept in heavily 
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insulated containers until they are actually brought into 
combination in the rocket engine. 


Hypergolic systems also require special care. Since 
the two liquids that make up the system react with 
each other spontaneously, they must be kept isolated 
from each other until combustion is actually needed. 


A third type of liquid propellant is known as a 
monopropellant. As the name suggests, a monopro- 
pellant consists of only a single compound. An exam- 
ple is hydrogen peroxide. When the proper catalyst is 
added to hydrogen peroxide, the compound decom- 
poses, forming oxygen and water vapor, and produc- 
ing heat sufficient to raise the temperature of the 
product gases to 1,370°F (743°C). The expulsion of 
these hot gases provides the thrust needed in a rocket. 


Liquid fuel rockets have a number of advantages. 
For example, they can be turned on and off rather 
simply (at least in concept) by opening and closing 
the valves that feed the two components to each 
other. In general, they tend to provide more power 
than do solid rockets. Also, when problems develop in 
a liquid fuel rocket, they tend to be less serious than 
those in a solid-fuel rocket. 


However, liquid-fuel rockets also have a number 
of serious disadvantages. One has been pointed out 
above, namely that the liquid components often 
require very special care. Also, liquid fuels must be 
added to a rocket just before its actual ignition since 
the components can not be stored in the rocket body 
for long periods of time. Finally, the mechanical 
demands needed for the proper operation of a liquid- 
fuel operation can be very complex and, therefore, 
subject to a number of possible failures. 


Solid fuel rockets 


Like liquid-fuel rockets, solid-fuel rockets have 
both advantages and disadvantages. With solid fuel, 
the rocket can be fueled a long time in advance of a 
launch without too much danger of the fuel’s deterio- 
rating or damaging the rocket body. The construction 
of the rocket body needed to accommodate the solid 
fuel is also much simpler than that which is needed for 
a liquid-fuel rocket. Finally, the fuels themselves in a 
solid-fuel rocket tend to be safer and easier to work 
with than those in a liquid fuel rocket. 


Still, solid-fuel rockets have their own drawbacks. 
Once the fuel in a solid-fuel rocket begins to burn, 
there is no way to slow it down or turn it off. That 
means that some of the most serious accidents that can 
occur with a rocket are those that involve solid-fuel 
combustion that gets out of control. 
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The solid fuels used in rockets tend to have a clay- 
like texture. The material, called the grain, contains 
the oxidizer, the fuel, a binder, and other components 
all mixed with each other. Ignition occurs when a 
spark sets off a chemical reaction between the oxidizer 
and the fuel. The chemical reaction that results pro- 
duces large volumes of hot gases that escape from the 
rear of the rocket engine. 


Many combinations of materials have been used 
for the grain in a solid-fuel rocket. One common mix- 
ture consists of powdered aluminum metal as the fuel 
and ammonium perchlorate or ammonium nitrate as 
the oxidizer. The flame produced by the reaction 
between these two substances has a temperature of at 
least 5,400°F (2,982°C). Nitroglycerine in combina- 
tion with easily oxidizable organic compounds is also 
widely used. Such combinations have flame temper- 
atures of about 4,100°F (2,260°C). 


The shape into which the grain is formed is espe- 
cially important in the operation of the solid-fuel 
rocket. The larger the surface area of grain exposed, 
the more rapidly the fuel will burn. One could con- 
struct a solid-fuel rocket by simply packing the rocket 
body with the fuel. However, simply boring a hole 
through the center of the fuel will change the rate at 
which the fuel will burn. One of the most common 
patterns now used is a star shape. In this pattern, the 
solid fuel is actually put together in a machine that has 
a somewhat complex cookie-cutter shape in its inte- 
rior. When the fuel has been cured and removed 
from the machine, it looks like a cylinder of cookie 
dough with its center cut out in the shape of a seven- 
pointed star. 


In some cases, a rocket engineer might want to 
slow down the rate at which a solid fuel burns. In that 
case, the surface area of fuel can be decreased or a 
slow-burning chemical can be added to the fuel, reduc- 
ing the fuel’s tendency to undergo combustion. A 
grain that has been treated with an inhibitor of this 
kind is known as a restricted-burning grain. 


Specific impulse 


The effectiveness of a fuel in propelling a rocket 
can be measured in a number of ways. For example, 
the thrust of a rocket is the mass that can be lifted by a 
particular rocket fuel. The thrust of most rocket pro- 
pulsion systems is in the range from 500,000 to 
14,700,000 newtons (10,000 to 3,300,000 pounds). 


The velocity of exhaust gases is also an indication 
of how effectively the rocket can lift its payload, the 
cargo being carried by the rocket. One of the most 
useful measures of a rocket’s efficiency, however, is 
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specific impulse. Specific impulse (I,,) is a measure of 
the mass that can be lifted by a given fuel system for 
each pound of fuel consumed per second of time. The 
unit in which I,,, is measured is seconds. 


For example, suppose that a rocket burns up one 
pound of fuel for every 400 lb of weight (equivalent to 
182 kg of mass at Earth’s surface) that it lifts from the 
ground per second. Then its specific impulse is said to 
be 400 seconds. A typical range of specific impulse 
values for rocket engines would be between 200 to 
400 seconds. Solid rockets tend to have lower specific 
impulse values than do liquid rockets. 


Multistage rockets 


In some cases, rocket engineers combine solid and 
liquid rockets in the same vehicle in order to take 
advantage of the unique advantages each has to offer. 
A classical example is the National Aeronautics and 
Space Administration’s (NASA’s) space shuttles. The 
shuttles make use of 67 individual rockets in order to 
lift the vehicle off Earth’s surface, maneuver it through 
space, and control its re-entry to Earth’s surface. 
Forty-nine of those rockets are liquid engines and the 
other 18, solid motors. 


The three largest of these rockets are liquid oxy- 
gen/liquid hydrogen engines that provide part of the 
thrust needed to lift the shuttle off the pad. Two more 
liquid rockets, powered by a nitrogen tetroxide/mono- 
methylhydrazine mixture, are used to place the shuttle 
into orbit and to carry out a number of orbital maneu- 
vers. Another 44 nitrogen tetroxide/monomethylhy- 
drazine rockets are used for fine tuning the shuttle’s 
orientation in orbit. 


Of the solid fuel rockets, two, the solid rocket 
booster motors, provide nearly 15,000 newtons 
(3,300,000 Ib) of thrust at take-off. The remaining 16 
rockets, composed of ammonium perchlorate, alumi- 
num, and polybutadiene, are used to separate the solid 
rocket booster capsules from the main shuttle body for 
re-use. 


Non-chemical rockets 


Rockets that operate with solid and liquid chem- 
icals are currently the only kinds of vehicles capable of 
lifting off Earth’s surface for scientific research or 
military applications. But both types of chemical 
rockets suffer from one serious drawback for use in 
vehicles traveling through outer space. The fuels they 
use are much too heavy for long distance travel above 
Earth’s atmosphere. In other words, their specific 
impulse is too small to be of value in outer space travel. 
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Rocket engineers have long recognized that other 
types of rockets would be more useful in travel outside 
Earth’s atmosphere. These rockets would operate with 
power systems that are very light in comparison to 
chemical rockets. As early as 1944, for example, engi- 
neers were exploring the possibility of using nuclear 
reactors to power rockets. The rocket would carry a 
small nuclear reactor, the heat from which would be 
used to vaporize hydrogen gas. The hydrogen gas 
would then be expelled from the rear of the rocket, 
providing its propulsive force. Calculations indicate 
that a nuclear rocket of this type would have a specific 
impulse of about 1,000 seconds, more than twice that 
of the traditional chemical rocket. 


Other types of so-called low-thrust rockets have 
also been suggested. In some cases, the propulsive 
force comes from atoms and molecules that have 
been ionized within the rocket body and then acceler- 
ated by being placed within a magnetic or electrical 
field. In other cases, a gas such as hydrogen is first 
turned into a plasma, and then ionized and acceler- 
ated. As attractive as some of these ideas sound in 
theory, they have thus far found relatively few practi- 
cal applications in the construction of rocket engines. 


Missiles 


The modern age of missile science began toward 
the end of World War II (1939-1945). During this 
period, German rocket scientists developed the ability 
to produce vehicles that could deliver warheads to tar- 
gets hundreds of miles from their launch point. The 
missiles were effective only as terror weapons, however, 
and had little military significance; Germany’s war 
position was already hopeless and the V-2 was by mod- 
ern military standards a mere rocket, stabilized by 
gyroscopes but without effective guidance. 


The Cold War that followed the end of World War 
II provided a powerful incentive for the United States, 
the then Soviet Union, and a few other nations to 
spend huge amounts of money on the development of 
newer and more sophisticated missile systems. Missiles 
have the great advantage of being able to deliver a large 
destructive force at great distance from the launch site. 
The enemy can be damaged or destroyed with essen- 
tially no damage to the party launching the missile. 


As the Cold War developed, however, it became 
obvious that the missile-development campaign was a 
never-ending battle. Each new development by one 
side was soon made obsolete by improvements in 
anti-missile defense mechanisms by the other side. As 
a result, there is now a staggering variety of missile 
types with many different functions and capabilities. 
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Rockets and missiles 


Missile classification 


Missiles can be classified in a number of different 
ways. Some are said to be unguided because, once they 
are launched, there is no further control over their 
flight. The German V-2 rockets were unguided. Such 
devices can be directed at the launch site in the general 
vicinity of a target, but once they are on their way, 
there is no further way that their path can be adjusted 
or corrected. 


Today, however, the weapons called “missiles” 
are guided. This means that the missile’s pathway 
can be monitored and changed either by instruments 
within the missile itself or by a guidance station. 


Missiles can also be classified as aerodynamic or 
ballistic missiles. An aerodynamic missile is one equipped 
with wings, fins, or other structures that allow it to 
maneuver as it travels to its target. Aerodynamic missiles 
are also known as cruise missiles. Ballistic missiles are 
missiles that follow a free-fall path once they have 
reached a given altitude. In essence, a ballistic missile is 
fired into the air, the way a baseball player makes a throw 
from the outfield, and the missile (the ball) travels along a 
path determined by its own velocity and Earth’s gravita- 
tional attraction. 


Finally, missiles can be classified according to the 
place from which they are launched and the location of 
their final target. V-2 rockets were surface-to-surface 
missiles since they were launched from a station on the 
ground in Germany and were designed to strike tar- 
gets on the ground in Great Britain. 


An air-to-air missile is one fired from the air (usu- 
ally from an aircraft) with the objective of destroying 
another aircraft. One of the best known air-to-air 
missiles is the United States’ Sidewinder missile, first 
put into operation in 1956. The first Sidewinders were 
9.31 ft (2.84 m) long and 5.00 in (12.7 cm) in diameter, 
with a weight of 165 lb (5 kg) and a range of 0.68 mi 
(1.1 km). 


A surface-to-air missile is one fired from a ground 
station with the goal of destroying aircraft. The first 
surface-to-air missile used by the United States mili- 
tary was the Nike Ajax, a rocket with a weight of 2,295 
Ib (1,042 kg), a length of 34.8 ft (10.6 m), a diameter of 
12.0 in (30.5 cm), and a range of 30 mi (48 km). 


Some other types of missiles of importance to the 
military are anti-ship and anti-submarine missiles, 
both of which can be launched from ground stations, 
from aircraft, or from other ships. Military leaders 
were at one time also very enthusiastic about another 
type of missile, the anti-ballistic missile (ABM). The 
ABM program was conceived of as a large number of 
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solid rockets that could be aimed at incoming missiles. 
U.S. engineers developed two forms of the ABM: the 
Spartan, designed for long-distance defensive uses, 
and the Spring, designed for short-range interception. 
The former Soviet Union, in the meanwhile, placed its 
reliance on an ABM given the code name of Galosh. 
The ABM program came to a halt in the mid-1970s 
when the cost of implementing a truly effective defen- 
sive system became apparent. 


Structure of the missile 


Any missile consists essentially of four parts: a 
body, known as the airframe; the propulsive system; 
the weapon; and the guidance system. Specifications 
for the airframes of some typical rockets were given 
above. The propulsive systems used in missiles are essen- 
tially the same as those described for rockets above. 
That is, they consist of one or more liquid rockets, one 
or more solid rockets, or some combination of these. 


In theory, missiles can carry almost any kind of 
chemical, biological, or nuclear weapon. Anti-tank 
missiles, as an example, carry very high powered 
chemical explosives that allow them to penetrate a 
24-in (60 cm) thick piece of metal. Nuclear weapons 
have, however, become especially popular for use in 
missiles. One reason, of course, is the destructiveness 
of such weapons. But another reason is that anti- 
missile jamming programs are often good enough 
today to make it difficult for even the most sophisti- 
cated guided missile to reach its target without inter- 
ference. Nuclear weapons cause destruction over such 
a wide area, however, that defensive jamming is less 
important than it is with more conventional explosive 
warheads. 


Guidance systems 


At one time, the methods used to guide a missile to 
its target were relatively simple. One of the most prim- 
itive of these systems was the use of a conducting wire 
trailed behind the missile and attached to a ground 
monitoring station. The person controlling the mis- 
sile’s flight could make adjustments in its path simply 
by sending electrical signals along the trailing wire. 
This system could be used, of course, only at a distance 
equal to the length of wire that could be carried by the 
missile, a distance of about 984 ft (300 m). 


The next step up from the trailing wire guidance 
system is one in which a signal is sent by radio from the 
guidance center to the missile. Although this system is 
effective at much longer ranges than the trailing wire 
system, it is also much more susceptible to interference 
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KEY TERMS 


Ballistic missile—A missile that travels at a velocity 
less than that needed to place it in orbit and which, 
therefore, follows a trajectory back to Earth’s surface. 


Grain—The fuel in a solid propellant. 


Hypergolic system—A propellant system in which 
the components ignite spontaneously upon coming 
into contact. 


Monopropellant—A system in which fuel and oxi- 
dizer are combined into a single component. 


Specific impulse—The thrust provided to a rocket 
by a fuel as measured in pounds of payload lifted 
per pound of fuel per second. 


(jamming) by enemy observers. Much of the essence of 
the missile battles that took place on paper during the 
Cold War was between finding new and more secure 
ways to send messages to a missile, and new and more 
sophisticated ways to interrupt and “jam” those 
signals. 


Some missile systems carry their own guidance 
systems within their bodies. One approach is for the 
missile to send out radio waves aimed at its target and 
then to monitor and analyze the waves that are 
reflected back to it from the target. With this system, 
the missile can constantly make adjustments that keep 
it on its path to the target. As with ground-directed 
controls, however, a system such as this one is also 
subject to jamming by enemy signals. 


Another guidance system makes use of a TV cam- 
era mounted in the nose of the missile. The camera is 
pre-programmed to lock in on the missile’s target. 
Electronic and computer systems on board the missile 
can then keep the rocket on its correct path. 
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| Rocks 


Geologists define rocks as aggregates of minerals, 
which are naturally occurring, inorganic substances 
with specific chemical compositions and structures. 
A rock can consist of many crystals of one mineral 
or combinations of many minerals. Several excep- 
tions, such as coal and obsidian, are not composed of 
minerals but are considered to be rocks. Common uses 
for rocks include building materials, roofs, sculpture, 
jewelry, tombstones, chalk. Coal is mined and burned 
for heat. Many metals are derived from rocks known 
as ores. Oil and natural gas are also found in rocks. 


Prehistoric humans used rocks as early as 2,000,000 
BC. Flint and other hard rocks were important raw 
materials for crafting arrowheads and other tools. By 
500,000 BC, rock caves and structures made from stones 
had become important forms of shelter for early man. 
During that time, early man had learned to use fire, a 
development that allowed humans to cook food and 
greatly expand their geographical range. Eventually, 
probably no later than 5000 BC, humans realized that 
metals such as gold and copper could be derived from 
rocks. Many ancient monuments were crafted from 
stone, including the pyramids of Egypt, built from lime- 
stone around 2500 BC, and the buildings of Chichen 
Itza in Mexico, also of limestone, were built around 
AD 450. 


Since at least the 1500s, scientists have studied 
minerals and mining, fundamental aspects of the 
study of rocks. Georgius Agricola (the Latin name for 
Georg Bauer) published De Re Metallica (Concerning 
Metallic Things) in 1556. By 1785, the British geologist 
James Hutton published Theory of the Earth, in which 
he discussed his observations of rocks in Great Britain 
and his conclusion that Earth is much older than pre- 
vious scientists had estimated. 


Types of rocks 


Geologists, scientists who study Earth and rocks, 
distinguish three main groups of rocks: igneous rocks, 
sedimentary rocks, and metamorphic rocks. These 
distinctions are made on the basis of the types of 
minerals in the rock, the shapes of individual mineral 
grains, and the overall texture of the rock, all of which 
indicate the environment, pressure, and temperature 
in which the rock formed. 


Igneous rocks 


Igneous rocks form when molten rock, known as 
magma (if below the surface of Earth) or lava (at the 
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surface of Earth), solidifies. The minerals in the rock 
crystallize or grow together so that the individual 
crystals lock together. Igneous rocks make up much 
of the oceanic and continental crust, as well as most of 
the rock deeper in the Earth. 


Igneous rocks can be identified by the interlocking 
appearance of the crystals in them. Typical igneous 
rocks do not have a layered texture, but exceptions 
exist. For example, in large bodies of igneous rock, 
relatively dense crystals that form early can sink to the 
bottom of the magma, and less dense layers of crystals 
that form later can accumulate on top. Igneous rocks 
can form deep within Earth or at the surface of Earth 
in volcanoes. In general, igneous rocks that form deep 
within Earth have large crystals that indicate a longer 
period of time during which the magma cools. Igneous 
rocks that form at or near the surface of Earth, such as 
volcanic igneous rocks, cool quickly and contain 
smaller crystals that are difficult to see without mag- 
nification. Obsidian, sometimes called volcanic glass, 
cools so quickly that no crystals form. Nevertheless, 
obsidian is considered to be an igneous rock. 


Igneous rocks are classified on the basis of their 
mineral content and the size of the crystals in the 
rock. Extrusive igneous rocks have small crystals 
and crystallize at or near Earth’s surface. Intrusive 
igneous rocks cool slowly below Earth’s surface 
and have larger crystals. Rocks made up of dense, 
dark-colored minerals such as olivine, pyroxene, 
amphibole, and plagioclase are called mafic igneous 
rocks. Lighter-colored, less dense minerals, including 
quartz, mica, and feldspar, make up felsic igneous 
rocks. 


Common igneous rocks include the felsic igneous 
rocks granite and rhyolite, and the mafic igneous 
rocks gabbro and basalt. Granite is an intrusive igne- 
ous rock that includes large crystals of the minerals 
quartz, feldspar, mica, and amphibole that form deep 
within the Earth. Rhyolite includes the same minerals, 
but forms as extrusive igneous rock near the surface of 
Earth or in volcanoes and cools quickly from magma 
or lava, so its crystals are difficult to observe with 
the naked eye. Similarly, gabbro is more coarse- 
grained than basalt and forms deeper in Earth, but 
both rocks include the minerals pyroxene, feldspar, 
and olivine. 


Excellent exposures of igneous rocks occur in the 
volcanoes of Hawaii, volcanic rocks of Yellowstone 
National Park (located in Wyoming, Idaho, and 
Montana), in Lassen Volcanic National Park and 
Yosemite National Park (both in California), and in 
the crater of Mount St. Helens (Washington). 
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Sedimentary rocks 


Sedimentary rocks are those made of grains of pre- 
existing rocks or organic material that, in most cases, 
have been eroded, deposited, compacted, and cemented 
together. They typically form at the surface of Earth as 
sediment moves as a result of the action of wind, water, 
ice, gravity, or a combination of these. Sedimentary 
rocks also form as chemicals precipitate from seawater, 
or through accumulation of organic material such as 
plant debris or animal shells. Common sedimentary 
rocks include shale, sandstone, limestone, and con- 
glomerate. Sedimentary rocks typically have a layered 
appearance because most sediment is deposited in hor- 
izontal layers and buried beneath later deposits over 
long periods of time. Sediments deposited rapidly, 
however, tend to be poorly layered if layers are present 
at all. 


Sedimentary rocks form in many different environ- 
ments at the surface of Earth. Eolian, or wind blown, 
sediments can accumulate in deserts. Rivers carry sedi- 
ments and deposit them along their banks or into lakes 
or oceans. Glaciers deposit sediments that were picked 
up as the glacier expands and moves; glacial deposits 
are well exposed in the northern United States. 
Sediments can travel in currents below sea level to the 
deepest parts of the ocean floor. Secretion of calcium 
carbonate shells by reef-building organisms produce 
large quantities of limestone. Evaporation of seawater 
has resulted in the formation of widespread layers of 
salt and gypsum. Swamps rich in plants can produce 
coal if organic material accumulates and is buried 
before aerobic bacteria can destroy the dead plants. 


Sedimentary rocks are classified on the basis of the 
sizes of the particles in the rock and the composition of 
the rock. Clastic sedimentary rocks comprise fragments 
of preexisting rocks and minerals. Chemical precipi- 
tates are sedimentary rocks that form by precipitation 
of minerals from seawater, salt lakes, or mineral-rich 
springs. Organic sedimentary rocks form from organic 
matter or organic activity, such as coal and limestone 
made by reef-building organisms like coral. Grain sizes 
in sedimentary rocks range from fine clay and silt to 
sand to boulders. 


The sediment in a sedimentary rock reflects its 
environment of deposition. For example, wind- 
blown sand grains commonly display evidence of 
abrasion of their surfaces as a result of colliding with 
other grains. Sediments transported long distances 
tend to decrease in size and are more rounded than 
sediment deposited near their precursor rocks because 
of wearing against other sediments or rocks. Large or 
heavy sediments tend to settle out of water or wind if 
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the energy of the water or wind is insufficient to carry 
the sediments. Sediments deposited rapidly as a result 
of landslides or slumps tend to include a larger range 
of sediment sizes, from large boulders to pebbles to 
sand grains and flakes of clay. Such rocks are called 
conglomerate. Along beaches, the rhythmic activity of 
waves moving sediment back and forth produces 
sandstones in which the grains are well rounded and 
of similar size. Glaciers pick up and carry a wide 
variety of sediments and often scratch or scrape the 
rocks over which they travel. 


Sedimentary rocks are the only rocks in which 
fossils can be preserved because at the elevated tem- 
peratures and pressures in which igneous and high 
grade metamorphic rocks form, fossils and organic 
remnants are destroyed. The presence of fossils and 
the types of fossil organisms in a rock provide clues 
about the environment and age of sedimentary rocks. 
For example, fossils of human beings are not present 
in rocks older than approximately two million years 
because humans did not exist before then. Similarly, 
dinosaur fossils do not occur in rocks younger than 
about 65 million years because dinosaurs became 
extinct at that time. Fish fossils in sedimentary rock 
indicate that the sediments that make up the rock were 
deposited in a lake, river, or marine environment. By 
establishing the environment of the fossils in a rock, 
scientists learn more about the conditions under which 
the rock formed. 


Spectacular exposures of sedimentary rocks 
include the Grand Canyon (Arizona), the eolian sand- 
stones of Zion National Park (Utah), the limestone of 
Carlsbad National Park (New Mexico), and glacial 
features of Voyageurs National Park (Minnesota). 


Metamorphic rocks 


Metamorphic rocks are named for the process of 
metamorphism, or change, that affects rocks. The 
changes that form metamorphic rocks usually include 
increases in the temperature (generally to at least 
392°F [200°C]) and the pressure of a precursor rock, 
which can be igneous, sedimentary, or metamorphic, 
to a degree that the minerals in the rock are no longer 
stable. The rock might change in mineral content or 
appearance, or both, although the general chemical 
composition remains unchanged. Clues to identifying 
metamorphic rocks include the presence of minerals 
such as mica, amphibole, staurolite, and garnet, and 
layers in which minerals are aligned as a result of 
pressure applied to the rock. Common metamorphic 
rocks include slate, schist, and gneiss. Metamorphic 
rocks commonly occur in mountains, such as the 
Appalachian Mountains, parts of California, and the 
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ancient, eroded metamorphic rocks in the Llano 
Uplift of central Texas. 


Metamorphic rocks are classified according to 
their constituent minerals and texture. Foliated 
metamorphic rocks are those that have a layered 
texture. In foliated metamorphic rocks, elongate or 
platy minerals such as mica and amphibole become 
aligned as a result of pressure on the rock. Foliation 
can range from alternating layers of light and dark 
minerals typical of gneiss to the seemingly perfect 
alignment of platy minerals in slate. Some metamor- 
phic rocks are unfoliated and have a massive texture 
devoid of layers. Mineralogy of metamorphic rocks 
reflects the mineral content of the precursor rock and 
the pressure and temperature at which metamor- 
phism occurs. 


As sediments undergo metamorphism, the layers 
of sediment can be folded or become more pro- 
nounced as pressure on the rock increases. Elongate 
or platy minerals in the rock tend to become aligned in 
the same direction. For example, when shale meta- 
morphoses to slate, it becomes easier to split the well- 
aligned layers of the slate into thin, flat sheets. This 
property of slate makes it an attractive roofing mate- 
rial. Marble-metamorphosed limestone-typically does 
not have the pronounced layers of slate, but is used for 
flooring and sculptures. 


Metamorphism of igneous rocks can cause the 
different minerals in the rocks to separate into layers. 
When granite metamorphoses into gneiss, layers of 
light-colored minerals and dark-colored minerals 
form. As with sedimentary rocks, elongate or platy 
minerals become well-aligned as pressure on the rock 
increases. 


It is possible for metamorphic rocks to metamor- 
phose into other metamorphic rocks. In some regions, 
especially areas where mountain building is taking 
place, it is not unusual for several episodes of meta- 
morphism to affect rocks. It can be difficult to unravel 
the effects of each episode of metamorphism. 


The rock cycle 


The rock cycle illustrates how the three main rock 
types can change from one type to another. As rocks 
exposed at the surface weather, they form sediments 
that can be deposited to form sedimentary rocks. As 
sedimentary rocks are buried beneath more sediment, 
they are subjected to increases in both pressure and 
temperature, which can result in metamorphism and 
the formation of metamorphic rock. If the temper- 
ature of metamorphism is extremely high, the rock 
might melt completely and later recrystallize as an 
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KEY TERMS 


Cementation—Process through which minerals are 
glued together, usually as a result of precipitation of 
solids from solutions in sediments. Calcite, quartz, 
and clay minerals such as chlorite are common 
cement-forming minerals in sedimentary rocks. 


Compaction—Reduction of volume of material. 
Sediments typically compact following burial 
beneath newer sediments. 


Igneous rock—Rock formed by solidification of mol- 
ten minerals. 


Lava—Molten rock that occurs at the surface of 
Earth, usually through volcanic eruptions. Lava sol- 
idifies into igneous rock when it cools. 


Magma—Molten rock found below the surface of 
Earth. It can crystallize, or solidify, to form igneous 
rock. 


Metamorphic rock—Rock formed by alteration of 
preexisting rock through changes in temperature, 
pressure, or activity of fluids. 


igneous rock. Igneous, sedimentary, and metamorphic 
rocks can erode and later form sedimentary rock. 
Rocks can move through the rock cycle along other 
paths, but uplift or burial, weathering, and changes in 
temperature and pressure are the primary causes of 
changes in rocks from one type to another. 


Current research 


Geologists who study rocks attempt to answer a 
variety of questions: What do rocks and the ratios of 
stable to unstable isotopes within rocks tell us about 
the age of Earth, the times at which Earth’s tectonic 
plates collided to produce mountains, and global 
warming? At what times were glaciers present on dif- 
ferent continents? Where might we expect to have 
earthquakes and volcanic eruptions? What types of 
fossils occur in rocks and how do the fossils differ 
among rocks from all over the world? In which rocks 
might we find safe supplies of water, hydrocarbons, 
and mineral resources such as copper, diamonds, 
graphite, and aluminum? Although these problems 
are not often easy to solve, rocks supply important 
information about them. 


Geologists examine rocks in various settings. 
Some go out to places where rocks are exposed at 
the surface of Earth in order to map occurrences and 
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Mineral—A naturally occurring, inorganic sub- 
stance with a definite chemical composition and 
structure. 


Rock—A naturally occurring solid mixture of minerals. 


Rock cycle—The processes through which rocks 
change from one type to another, typically through 
melting, metamorphism, uplift, weathering, burial, 
or other processes. 


Sedimentary rock—Rock formed by deposition, 
compaction, and cementation of weathered rock or 
organic material, or by chemical precipitation. Salt 
and gypsum form from evaporation and precipita- 
tion processes. 


Uplift—An episode in the history of a region when 
tectonic forces lift the region’s crust to a higher 
elevation. 


Weathering—Biological, chemical, and mechanical 
attack on rock which breaks it up and alters it at or 
near the surface of Earth. 


to collect samples of rocks for further study in the 
laboratory. Others work in the laboratory examining 
thin slices of rock under microscopes, determining 
the structure and chemical composition of individual 
crystals within a rock, determining the ratios of dif- 
ferent isotopes of atoms within a crystal or rock, or 
examining the fossils in rocks. Geologists who work 
in different areas of Earth try to compare the rocks 
and fossils they find in order to determine how Earth 
has changed through time. For example, the eastern 
coast of South America and the western coast of 
Africa share many common rocks and fossils, sug- 
gesting that these areas might have been closer in the 
past. 


Geologists also pay close attention to ongoing 
phenomena: large, destructive earthquakes in 
California and Japan; a surge in the Bering Glacier 
of Alaska, the largest glacier in North America; and 
volcanic activity in Mexico, West Indies, Indonesia, 
Papua New Guinea, and Italy. Scientists are actively 
involved in the search for safe locations to dispose of 
some of our dangerous wastes. Our understanding of 
Earth’s processes are also helping unravel questions 
about other planets and astronomical bodies in our 
solar system. In addition, studies of how and where 
rocks form continue. 


See also Geology; Metal; Ore. 
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| Rodents 


A rodent is any mammal that belongs to the 
order Rodentia, which includes most mammals 
equipped with continuously growing incisor teeth 
that are remarkably efficient for gnawing on tough 
plant matter. The name rodent comes from the Latin 
word rodere meaning “to gnaw.” Rodents live in 
virtually every habitat, often in close association 
with humans. This close association between rodents 
and humans is frequently detrimental to human 
interests, since rodents (especially rats and mice) eat 
huge quantities of stored food and spread serious, 
often fatal, diseases. There are far more members in 
the order Rodentia than in any other order of mam- 
mals. Nearly 40% of all mammal species belong to 
this order. 


Some rodents such as beavers have been econom- 
ically important. Others, such as guinea pigs, ham- 
sters, and gerbils, are fun pets. However, most of the 
about 1,600 species (the exact number changes fre- 
quently as various groups of rodents are studied 
closely) play little role in human lives. Instead, they 
carry on their own lives in virtually every environment, 
rarely noticed by the humans around them. 


Rodents are distinguished from other mammals 
primarily by their 16 teeth. Lagomorphs (rabbits and 
hares) also have continuously growing incisors, and 
they were, for many years, included among the 
rodents. But they have an additional pair of tiny inci- 
sors that grows just behind the big front teeth, so they 
are now classified in a separate order. 


The two pairs of rodent incisors work together, 
like scissors. They grow continuously from birth and 
must regularly be used for gnawing to keep them worn 
down and sharp. They have a heavy coating of enamel 
on the front surface but none on the back. Because the 
enamel wears away more slowly than the rest of the 
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tooth, a sharp, chisel-like edge is maintained on the 
gnawing teeth. If a rodent breaks one of its incisors, 
the animal usually soon dies because it cannot eat 
properly. 

Unlike many mammals, rodents have no canine 
teeth. Instead, there is an empty space between the 
incisors and flat-topped cheek-teeth, or molars, at 
the side of the mouth. This space lets rodents suck in 
their cheeks or lips to shield their mouths and throats 
from chips flying from whatever material they are 
gnawing. When using their cheek-teeth to grind up 
the plant matter they have gnawed, rodents have 
special jaw muscles that keep their incisors out of 
the way. 


Rodents are divided into three groups according to 
the way their jaw muscles and associated skull struc- 
tures are arranged. This is very important because these 
muscles control gnawing. 


The squirrel-like rodents (Sciuromorpha) have a 
very simple jaw muscle that extends onto the snout in 
front of the eye. This group includes the squirrels as 
well as such unsquirrel-like animals as beavers and 
pocket gophers. They are mostly found in the northern 
hemisphere. 


The mouse-like or rat-like rodents (Myomorpha) 
have jaw muscles that anchor on the side of the nose. 
Because their jaw muscles are the most efficient, this 
group contains the most species and is found all over 
the world. It includes the mice, rats, voles, lemmings, 
and even the riverbank-dwelling muskrat. Two-thirds 
of all rodents belong to only one family in this group, 
the mice. 


The cavy-like rodents (Caviomorpha) have very 
large cheekbones and muscles that anchor to the side 
of the face. This group includes the porcupines, as well 
as primarily South American mammals such as the 
cavy. Some fossil mammals in this group were as 
large as bears. The Old World members of this group 
are sometimes placed in a separate group called the 
porcupine-like rodents (Hystricomorpha). 


Most rodents are very small, averaging less than 5 
oz (150 g). However, the capybara, a large South 
American rodent, may weigh as much as 145 Ib (66 
kg). Rodents usually breed easily and quickly, produc- 
ing large litters. This fact played a major role in their 
worldwide distribution. Genetic changes can develop 
into new species quite rapidly when animals breed so 
quickly. Such changes allowed rodents to take over 
many habitats that might not otherwise have been 
suitable. Rodents swim, glide, burrow, climb, and sur- 
vive different uncomfortable climates. 
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A mole rat, Cryptomys hottentotus, from southern Africa. (© Tom McHugh, Photo Researchers, Inc.) 


KEY TERMS 


Canines—Pointed teeth of most mammals, used for 
stabbing food. Rodents lack canine teeth. 


Cheek-teeth—Molars and premolars, the grinding 
teeth located on the side of the mouth in rodents 
and many other mammals. 


Incisors—The front cutting teeth of a mammal. In 
rodents, they grow continuously. 


Rodents are known to carry disease-causing agents 
of at least 20 important human diseases including 
bubonic plague. About 500 years ago, at least 25 mil- 
lion people died in Europe from the “black death,” as 
the plague was called. The plague-causing bacteria 
(Yersinia pestis) were carried by fleas that were spread 
from rodents to people. 


See also Agouti; Capybaras; Chinchilla; Chip- 
munks; Coypu; Deer mouse; Dormouse; Jerboas; 
Kangaroo rats; Mole-rats; Prairie dog. 
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Rollers are 17 species of terrestrial birds in the 
family Coraciidae. Rollers occur in Africa, Eurasia, 
and Australia. Most species are tropical, but some 
occur in temperate climates. 


Rollers are stout-bodied birds, ranging in body 
length from 9.5 to 14.5 in (24 to 37 cm). Most species 
have rounded wings and a square or forked tail, 


although a few have elongated, decorative tail feath- 
ers. Rollers have a short neck and short legs with 
strong feet. Their beak is stout, broad, slightly down- 
ward curving, and hooked at the tip. 


Rollers are generally attractive, brightly colored 
birds, with patches of brown, yellow, blue, purple, 
green, black, or white. The sexes do not differ in 
coloration. Rollers received their common name 
from the aerial rolls and tumbles that many species 
perform during their prenuptial display flights. 


Many species of rollers feed by hunting from a con- 
spicuous perch and making quick sallies to prey on 
insects, lizards, small mammals, or other suitable prey 
that they detect visually. Flying prey may be pursued 
aerially, or the rollers may seize their prey on the ground. 


Rollers defend a territory by conspicuous visual 
displays, and not by song. Rollers nest in cavities in 
trees, earthen banks, or rock piles. The three to six 
eggs are incubated by both parents, who also rear the 
young together. 


The most diverse genus is Coracias, nine species of 
which breed in Africa alone. The racquet-tailed roller 
(C. spatulata) is an especially attractive African spe- 
cies, having a pale-blue body, with violet and brown 
wings, and two elongated, outer tail feathers. The 
European roller (Coracias garrulus) is a migratory 
species of Europe, wintering in the tropics of Africa. 

The dollarbird or broad-billed roller (Eurystomus 
orientalis) is a blue-bodied bird with white wing- 
patches. The dollarbird ranges widely from India and 
China, through Indonesia and New Guinea, to 
Australia and the Solomon Islands. Various subspecies 
of the dollarbird have evolved in some parts of its range. 


Bill Freedman 


Root see Radical (math) 


Root of equation see Solution of equation 


! Root system 


In most plants, the root system is a below-ground 
structure that serves primarily to anchor the plant in 
the soil and take up water and minerals. Roots may be 
less familiar than the more visible flowers, stems, and 
leaves, but they are no less important to the plant. 


Roots have four regions: a root cap; a zone of 
division; a zone of elongation; and a zone of maturation 
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(Figure 1). The root cap is a cup-shaped group of cells 
at the tip of the root which protects the delicate cells 
behind the cap as it pushes through the soil. The root 
cap secretes mucigel, a substance that acts as a lubricant 
to aid in its movement. The root cap also plays a role in 
a plant’s response to gravity. If a flower pot is placed on 
its side, the stem would grow upward toward the light, 
and the root cap would direct the roots to grow down- 
ward. Above the root cap is the zone of division, and 
above that is the zone of elongation. The zone of divi- 
sion contains growing and dividing meristematic cells. 
After each cell division, one daughter cell retains the 
properties of the meristem cell, while the other daughter 
cell (in the zone of elongation) elongates sometimes up 
to as much as 150 times. As a result, the root tip is 
literally pushed through the soil. 


In the zone of maturation, cells differentiate and 
serve such functions as protection, storage, and con- 
ductance. Seen in cross section, the zone of maturation 
of many roots has an outer layer (the epidermis), a 
deeper level (the cortex), and a central region that 
includes the conducting vascular tissue. 


The epidermis is usually a single layer of cells at 
the outer edge of the root, which absorbs water and 
dissolved minerals, a function greatly facilitated by the 
presence of root hairs. Root hairs form from the out- 
ward growth of epidermal cells and are restricted to a 
small area near the root tip. A single four-month-old 
rye plant was estimated to have approximately 14 
billion root hairs (Figure 2). 


The cortex occupies most of the volume of young 
roots, and is important for storing substances such as 
starch. 


At the root’s center is the region of vascular tissue 
which functions in the transport of water up the root and 
into the stem (in xylem tissue), and in the transport of 
carbohydrates and other substances from the stem down 
into the root (in phloem tissue). Cells in the xylem and 
phloem either attach to each other end-to-end or are 
tapered, with overlapping walls, facilitating the move- 
ment of substances from cell to cell. In many plants, a 
single cluster of xylem and phloem cells occupies a rela- 
tively small area of the root cross section. In other plants, 
a cylinder of vascular tissue forms a ring around a center 
of relatively undifferentiated cells, called the pith. 


Roots often form symbiotic associations with soil 
fungi called mycorrhizae. In this association, the plant 
benefits from phosphorus that is taken up and sup- 
plied by the fungus, and the fungus benefits from 
carbohydrates produced by the plant. Plants grown 
in the absence of soil mycorrhizae generally do less 
well than when mycorrhizae are present. 
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Figure 1. Early stages in the development of a root tip, illustrating its four regions. (I/lustration by Hans & Cassidy. Courtesy of Gale 


Group.) 


Another symbiotic root association is between 
plants such as peas and beans (family Leguminosae) 
and Rhizobium bacteria. The bacteria penetrate the 
root cells, multiply, and in doing so form nodules 
where the bacteria have access to carbohydrates syn- 
thesized by the plant. In return, the bacteria “fix” 
nitrogen, converting nitrogen gas from the atmos- 
phere into nitrogen-containing compounds that can 
be used by plants. 


Types of roots 


In most trees and wildflowers, one root, the tap- 
root, is more prominent than the other fibrous roots. 
The taproot is usually relatively large in diameter and 
extends more deeply than the plant’s other roots, and 
often has additional lateral roots. 
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Other plants, particularly grasses, have fibrous 
root systems formed from many roots of more or less 
equal size. In general, taproots extend more deeply 
than fibrous roots, with fibrous roots occupying a 
greater proportion of the upper soil layers. 


Plants may also form other types of roots, such as 
buttress roots, which form large above-ground sup- 
port structures such as the lower trunks of plants like 
the bald cypress and some fig trees. Buttress roots are 
especially useful in supporting these trees in moist soil. 
Prop roots arise either from the lower stem (as in corn) 
or from lower branches (as in red mangrove, banyan, 
and certain palms), and provide extra stability for 
these shallow-rooted plants. Climbing plants (such as 
ivy) produce roots that aid in attaching the plant to 
other plants, buildings, and walls. Other air roots, 
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Figure 2. The root cap shown in relation to root hairs and 
emerging lateral roots. (I//ustration by Hans & Cassidy. Courtesy 
of Gale Group.) 


such as those found in mangroves, grow up out of the 
oxygen-deprived mud in which these plants typically 
grow and aid in the uptake of oxygen. This growth is 
unusual for roots, for these roots grow away from the 
force of gravity, rather than toward it. Perhaps the 
most unusual root system is that of the flower-pot 
plant, whose roots grow into a hollow structure 
formed from the plant’s own modified leaves. This 
hollow structure collects rainwater, which the roots 
then absorb. 


Importance of roots 


Carrots, sugar beets, turnips, and cassava are all 
roots specialized for the storage of carbohydrates. 
These compounds are stored over winter by the plant 
for use in the following growing season. 


Onions, garlic, potatoes, and ginger grow under- 
ground but are not roots; rather, they are stem tissue 
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KEY TERMS 


Cortex—tThe root cortex is a relatively soft tissue 
that occurs between the epidermis and the internal, 
vascular tissues. Functions primarily in storage 
and in movement of water into the vascular 
cylinder. 


Epidermis—The outermost and usually single layer 
of cells in the root. Gives rise to root hairs. 


Fibrous root system—A root system comprised of 
many roots of approximately equal size. Fibrous 
roots are found primarily in the upper horizons of 
the soil. 


Meristem—A group of cells whose primary func- 
tion is cell division. Divisions result in one daughter 
cell that continues to function as a meristem cell 
and one daughter cell that differentiates into a dif- 
ferent cell type. 


Mucigel—A polysaccharide produced by roots that 
aids root penetration, inhibits desiccation, and 
increases absorption. 


Taproot—The dominant root formed by most 
plants, and from which additional lateral roots 
arise. 


modified to serve a storage function. A root is defined 
by its structure, rather than its function. 


Roots penetrate, bind, and stabilize the soil, 
helping to prevent soil erosion. Roots also stimulate 
the growth of soil micro- and macroorganisms, 
compact the soil, alter soil chemistry through their 
secretions, and add organic material upon their 
death. 


See also Mycorrhiza; Nitrogen fixation. 
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Rose family (Rosaceae) 


| Rose family (Rosaceae) 


The rose family (Rosaceae), in the order Rosales, is 
a large plant family containing more than 100 genera 
and 2,000 species of trees, shrubs, and herbs. This family 
is represented on all continents except Antarctica, but 
the majority of species are found in Europe, Asia, and 
North America. Fossil evidence from Colorado, reli- 
ably identified as belonging to the genus Rosa, suggests 
that this family has been in existence for at least 35 
million years. 


Most species in the Rosaceae have leaves with ser- 
rated margins and a pair of stipules where the leaf joins 
the stem. The majority of tree-sized arborescent species 
have leaves that are simple except for species of moun- 
tain ash (Sorbus spp.), which have compound leaves 
divided into five to seven leaflets. Conversely, most 
woody shrubs and herbs have compound leaves which 
are composed of three to 11 leaflets. Branch spines and 
prickles are common on trees and shrubs in the rose 
family. However, there is variability in the appearance 
of these structures even among species which occur in 
very similar habitats. For example, blackbrush, 
(Coleogyne ramosissima), a species found in pinion-juni- 
per woodlands in the American Southwest, has long 
spines on which it bears flowers, while Apache plume 
(Fallugia paradoxa, is found in the same region and 
habitat but has no spines. On a much larger scale, 
trees of the genus Crataegus, which are collectively 
called thornapples or hawthorns, have prominent 
branch spines while most species of Malus and Prunus 
are without spines. Herbaceous species typically lack 
spines or prickles. 


Flowers in this family are typically radially sym- 
metrical flat discs (actinomorphic) and contain both 
male and female floral structures in a single flower. 
Flower ovaries may be positioned below the sepals 
and petals (inferior) or above them (superior). In flow- 
ers having an inferior ovary, the carpels are sur- 
rounded by a hollow receptacle. Flowers typically 
have five sepals, five petals, numerous stamens, and 
one to 50 carpels. Carpels in this family tend to remain 
free instead of becoming fused into a many cham- 
bered, single carpel. Anthers have two chambers, 
called locules, which split lengthwise to release thou- 
sands of pollen grains. Another distinguishing feature 
of flowers in this family is the presence of a structure 
called the epicalyx. The epicalyx is composed of five 
sepal-like structures which occur below and alternate 
with the true calyx. 


Most species have large white, pink, or red petals 
which are designed to attract pollinating insects. Many 
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A dwarf apple tree (from the genera, Malus). (James Sikkema.) 


white and pale pink flowers also produce volatile 
esters, chemicals which we perceive as pleasant 
odors, but are produced to attract insects. The chief 
pollinators of rose flowers are bees ranging in size 
from tiny, metallic green flower bees of the genus 
Augochlora, through honey bees (Apis), to large bum- 
ble bees (Bombus). These pollinators are unspecialized 
and also pollinate many other species which have 
actinomorphic flowers and offer copious pollen as a 
reward for flower visitation. 


Insect pollination is the most common type in the 
Rosaceae, but some species have evolved to be polli- 
nated by wind. Flowers adapted for wind pollination are 
found in species of Acaena, which are native to wind- 
swept mountain areas of New Zealand, Australia, and 
the Andes Mountains of South America. Wind pollina- 
tion also occurs in species of the genus Poterium which 
are native to high elevations in Europe, western Asia 
and northern Africa. Both of these genera inhabit hab- 
itats where the combination of frequent low temper- 
atures and windy periods make wind more reliable 
than insects as a mechanism to achieve pollination. 
Also, unlike the usual bisexual condition found in insect 
pollinated flowers, species of Acaena and Poterium have 
distinct male and female flowers. 


Woody shrubs and herbs in the Rosaceae also 
propagate through asexual means. Shrubs in the gen- 
era Chaenomeles (flowering quince), Rosa (Rose), and 
Rubus (blackberry and raspberry) produce suckers 
from their rootstock or spread by rhizomes. Species 
of Rubus may also spread by stems that produce roots 
when they bend and the tip touches the ground. Some 
herbaceous species of the genera Fragaria (straw- 
berry), Duchesnea (Indian strawberry), and Potentilla 
(cinquefoil) produce plantlets at the end of stolons 
that take root and eventually live as independent, but 
genetically identical plants. 
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Ornamental rose. (Robert J. Huffman. Field Mark Publications.) 


There are many different types of fruits in the rose 
family, ranging from single-seeded, soft, fleshy, fruits 
known as drupes to harder, fleshy pseudocarps such as 
a pome or hip. In the genera Malus (apples and cra- 
bapples), Chaenomeles, and Rosa, the true fruit is 
engulfed in a fleshy structure called the hypanthium, 
which is composed of the swollen bases of petals and 
sepals. In the mature pseudocarp (pome or hip), the 
true fruit is centrally located and contains five distinct 
carpels which may contain one or more seeds each. 
The fleshy tissue which surrounds the fruit is the 
hypanthium. This type of fruit is called a pome or hip. 


In the genus Prunus (cherry, peach, and plum), 
fruits contain a single seed enclosed in a hard structure 
that is not part of the seed coat called the endocarp. 
The mesocarp and ectocarp are fleshy. This type of 
fruit is called a drupe. 


Other members of the rose family have a small 
drupe called a drupelet, as in the genus Rubus. In these 
plants, several distinct pistils are attached to the recep- 
tacle, each of which becomes a drupelet. Because there 
are as many as 30 drupelets on each receptacle, the 
fruit of a blackberry is referred to as a aggregate fruit. 
The commercial raspberry is the result of crosses 
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among the dominant parent plant, Rubus ideas, and 
other Rubus species. Similarly, in the genus Fragaria 
(strawberry), there are as many as 50 distinct, single- 
ovule pistils in each individual flower. Here, however, 
the matured carpel becomes a small, dry, hard, and 
single-seed containing fruit called an achene. The 
bright red structure on which all these achenes rest is 
developed from the floral receptacle and is the part of 
the flower which we eat. The commercial strawberry is 
a cultivated version of the sand strawberry, Fragaria 
chiloensis, which is native to dunes on the western 
coast of North America. 


Most members of the Rosaceae have fruits that 
are fleshy and conspicuously red, purple or yellow in 
color. These fruits serve as important sources of nutri- 
tion for many species of wild animals. From the evolu- 
tionary perspective of the plant, the function of these 
edible fruits is not primarily to serve as food. Instead, 
these pomes, drupes, and aggregate fruits are designed 
to entice an animal into eating the fruit, so the 
enclosed seeds are then either discarded or ingested. 
In this way, the plant offers food to the animal, and the 
animal acts as an agent of seed dispersal for the plant. 
The hard endocarp of drupes and drupelets enables 
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Rose family (Rosaceae) 


the enclosed seed to pass safely through the digestive 
tract of a bird and to be excreted intact. 


Certain species in the Rosaceae are also of impor- 
tance because of their value as ecological indicators of 
habitat conditions. In open habitats where soil is acidic, 
species such as the cinquefoils, Potentilla canadensis and 
P. simplex, can become common understory herbs. Also 
in this type of habitat, Indian strawberry (Duchesnea 
indica) may become quite common. Duchesnea indica is 
interesting because it has a similar appearance and 
growth habit to strawberries (Fragaria). However, 
where true strawberries have flowers with white petals, 
D. indica has yellow petals. Also, leaflets of Fragaria 
species have smaller serrations on the margins, and are 
more generally round in shape than are leaflets of 
D. indica. The rose family has both specialized and 
unspecialized insect herbivores. Unspecialized herbi- 
vores such as the rose chafer, (Macrodactylus subspino- 
sis), and the Japanese beetle, (Popillia japonica), eat the 
flowers of roses and other plants. More specialized her- 
bivores include the rose curculio, (Rhynictes bicolor), a 
bright-red weevil that eats parts of flowers in the rose 
genus (Rosa) and is rarely found on flowers of other 
genera in the Rosaceae, or on species of other plant 
families. One of the most specialized herbivores is the 
rose leafhopper, (Typhlocyba rosae), which has adjusted 
to the secondary chemistry of rose plants and does not 
attack flowers, but instead feeds on sap from stems. 


Most of the tree-sized species of the Rosaceae 
which provide us with edible fruit, such as apricot 
(Prunus armeniaca), domestic apple (Malus pumila), 
peach (Prunus persica), pear (Pyrus communis and 
P. pyrifolia), and plum (Prunus domestica), are native 
to Europe and Asia and have been in cultivation for 
hundreds of years. Today, there are relatively few 
cultivars of apple, peach, and plum available for sale. 
However, 100 years ago there were many different 
cultivated versions of each of these species. One of 
the most popular cherry trees in cultivation, sour 
cherry (Prunus cerasus), is also probably native to 
Europe or Asia, although its true origin is unknown. 


In addition, many species of Malus and Prunus are 
native to North America. Beach plum (Prunus mari- 
tima) and black cherry (P. serotina) are common mem- 
bers of barrier island maritime forest and mainland 
forests of southeastern North America. Choke cherry 
(Prunus virginiana) and sweet cherry (Prunus avium) 
are common components of recently disturbed areas 
within inland forests in eastern North America. Sweet 
cherry is also a popular cultivated species. 


Climbing species of Rosa are far less common 
than those with a shrub growth habit. Species such as 
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dog rose (R. canina) of Europe and R. virginiana of 
eastern North America are noted for their prodigious 
growth, in which stems may attain lengths of several 
meters. This is possible because these climbing species 
do not devote as much growth to structural support, as 
do shrub roses, and instead use surrounding vegeta- 
tion for support. With this growth form, climbing 
roses may obscure and kill supporting vegetation and 
can cover a substantial surface area with an impene- 
trable thicket. European folk tales feature the vigo- 
rous growth of climbing rose plants which was said to 
have engulfed even the largest man-made structures. 
In fact, the stems of the dog rose may reach 9.8 ft (3 m) 
in length. This may have been enough engulf an aban- 
doned cottage. This probably suggests the extent to 
which species such as R. canina, also called English 
briar, have been associated with human culture since 
ancient times. 


The genus Rosa is of major importance in the 
floriculture industry, and today there are well over 
300 kinds of hybrid roses in cultivation. Rose hybrids 
are divided into “new” and “old” types. Old hybrid 
roses such as “Rosa Mundi” and “Frau Karl Drushki” 
result from simple crosses between European species 
and moderate selection for double-petalled flowers. 
Some of the older hybrid roses retain functional 
anthers and may form hips. 


The modern hybrids, such as “Peace,” differ from 
old hybrids in that hybridization has been more inten- 
sive and selection has led to exclusively sterile poly- 
petalous cultivars. Because selection has focused on 
obtaining forms with large flowers and many petals, 
modern hybrid roses are commonly not very resistant 
to pathogens, and are susceptible to bacterial and 
fungal infections. Also, where wild roses suffer few 
major infestations from insect herbivores, modern 
rose hybrids are susceptible to attack from many gen- 
eralist herbivores including species of aphids and 
earwigs. 


In addition to the genus Rosa, many other mem- 
bers of the rose family are also valued as ornamentals. 
Plants of the genera Chaenomeles, Filipendula, Geum, 
Kerria, Potentilla, and Spirea, are commonly used in 
landscaping and in flower gardens as ornamentals. 
Some species of Potentilla and Geum native to 
Europe and Asia have also been extensively hybridized 
to yield double petalled, sterile cultivars. One species 
of Geum native to North America, G. rivale, or Indian 
chocolate, was once a dietary item in the cultures of 
Native American groups in eastern North America. 


Trees in the genera Crataegus, Cotoneaster, and 
Sorbus are valued not only for their flowers but also 
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for their interesting leaves and fruit clusters. Another 
popular cultivated member of the rosaceae is the 
climbing, woody plant Pyracantha coccinea. This 
plant produces many clusters of white flowers in 
spring and orange-red fruits in fall which are eaten 
by migrating birds. 


In addition to important contributions to our 
food and horticulture, the Rosaceae has been impor- 
tant in human culture. The best-known flower in the 
family is that of the genus after which the family is 
named, Rosa. This genus is well represented in Europe 
and the Mediterranean region, where it has been used 
for ornamental purposes for several thousand years. 
The earliest known, man-made image of a rose is in a 
fresco found in the city of Knossos on Crete. This 
image dates back to the sixteenth century BC. On the 
nearby island of Rhodes, 6,000-year-old coins had the 
image of a rose flower. The island’s name, Rhodes, 
may in fact be derived from the word rose. 


In many cultures of Europe and Asia a white rose 
flower symbolizes purity, while a red rose flower sym- 
bolizes strength. In ancient Greece and Rome, rose 
petals were strewn along the path where important 
people walked, and in Sybaris, an ancient city in 
Italy, mattresses were filled with rose petals. This 
may be where we get the phrase, “a bed of roses.” 
The Romans may have also constructed special houses 
for the cultivation of rose plants during the winter. 
These houses were heated by hot water running 
through pipes. This system would have made rose 
petals available for use during winter festivities. Also, 
during certain festivals, when a rose flower was placed 
on the ceiling of a room, anything said sub rosa, 
(that is, “under the rose’’), could not be repeated to 
anyone else. 


Rose flowers have also been important in British 
heraldry. For example, rose flowers were traditional 
symbols used by royal families in England. White and 
red roses were the symbols of the two competing royal 
lines of England that fought the War of the Roses. 
Another famous member of the rose family, the rowan 
tree (Sorbus aucuparia), was sacred to the Celtic 
peoples. 


In more modern times, rose petals have been used 
to add color to wine, and scent to soap. Also, rose hips 
are a natural, herbal source of vitamin C for people. 


The genus Rosa is widespread and indigenous to 
many areas of North America, Asia, and Europe. The 
majority of Rosa species grow in a shrub habit, and 
can be difficult to tell apart at first glance. Several 
other species native to Europe and North America 
grow as climbing vines or brambles. European and 
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Asian shrub species such as Turkestan rose (R. 
rugosa), damask rose (R. damascena), and tea rose 
(R. odorata), have been grown near human habitations 
for centuries, and have been extensively hybridized in 
horticulture. In North America, similar appearing 
shrub roses can be found in a wide range of habitats. 
Species such as swamp rose (Rosa palustris) can be 
found in low and marshy ground in the east, while 
prairie rose (R. arkansana) grows in dry upland areas 
of the tallgrass prairie in the midwest. In the arid 
southwest, Fendler rose (R. fendleri) can be found 
growing on dry mountain slopes, while Arizona rose 
(R. arizonica) can be found growing along streams and 
forest edges. While most of these shrub rose species 
may attain mature heights of 3.3-6.6 ft (1-2 m), their 
root systems may be far more substantial. For exam- 
ple, the root system of Rosa arkansana may extend to a 
depth of 19.7-23 ft (6-7 m) into the soil. 


Because Atlantic coastal barrier islands are located 
along migratory bird routes and because few wind- 
dispersed plant seeds may reach these remote islands, 
the maritime forest plant communities are composed of 
many bird dispersed species, many of which belong 
to the rose family. For example, Prunus maritima and 
P. serotina are commonly found on barrier islands 
from Massachusetts to Florida. Birds eat fruits from 
established plants on some islands and defecate seeds 
onto different islands, thereby spreading these plants 
across most of the chain of barrier islands. This rela- 
tionship, between species of Prunus and birds, is exem- 
plified by the species named Prunus avium, also called 
bird cherry and by one of the common names for P. 
serotina, wild bird cherry. This relationship between 
many fruits produced by members of the rose family 
and birds is common, and is also the reason why certain 
species such as blackberry and hawthorn can often be 
found growing in suburban lawns when no parent 
plants are established in the immediate area. While 
most fruits of the rose family are eaten by birds, fruits 
of the prostrate growing strawberries may be eaten by a 
wider variety of wildlife such as mammals and reptiles. 
For instance, the aggregate fruits of wild strawberry 
(Fragaria virginiana) are a favorite food of box turtles 
(Terrapene ornata and T. caroliniana). 


Many members of the rose family, particularly 
species of the intermountain west, are important for- 
age plants for cattle. Species such as bitter cherry 
(Prunus emarginata), cliffrose (Cowania mexicana 
var. stansburiana), desert peach (Prunus andersonii), 
and fern bush, (Chamaebataria millefolium) are eaten 
by sheep and cattle and are browsed on by deer. 
Perhaps the most important species to cattle ranchers 
is bitterbrush (Purshia tridentata). Bitterbrush is 
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Rotation 


KEY TERMS 


Endocarp—tThe innermost layer of tissue in a fruit. 
Fruits of all flowering plants have three distinct 
layers of tissue called ectocarp, mesocarp, and 
endocarp, respectively. 


Hip—A false fruit typical of the genus Rosa. It is 
composed of a hollow, cup-shaped receptacle that 
differs from a pome in texture and color of tissues. 


Prickle—A short, woody, pointed growth which 
originates in the epidermis of a plant. Prickles are 
common plant adaptations to discourage herbi- 
vores and exists in some climbing species. 
Prickles may also provide a means of attachment 
to a supporting structure. 


Receptacle—The enlarged tip of a peduncle where 
the parts of a flower are attached. Four distinct 
whorls of modified leaves, the sepals, petals, sta- 
mens, and carpels make up the parts of the flower. 
Each carpel is composed of a stigma, style, and 
ovary. 


Spine—A modified leaf or part of a leaf that is 
formed into a sharp point. 


Stipule—An appendage found at the base of a leaf 
where it joins a branch or stem. 


similar in appearance to sagebrush (Artemisia triden- 
tata; family Asteraceae), and grows in the same 
ecological conditions. However, while sagebrush is 
not edible, bitterbrush is edible, nutritious, and 
abundant. 
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fi! Rotation 


A rotation, in geometry, is a transformation 
where a figure is turned about a point (the center of 
rotation). It is one of three rigid motions that move a 
figure in a plane without changing its size or shape. As 
its name implies, a rotation moves a figure by rotating 
it around a center somewhere on a plane. This center 
can be somewhere inside or on the figure, or outside 
the figure completely. A rotation completely around 
the central point is called a full turn. It consists of a 
rotation of 360 degrees. A one-half rotation involves a 
rotation of 180 degrees, and it is called a half turn. 
The two other rigid motions are reflections and 
translations. 


Figure 1 illustrates a rotation of 30° around a 
point C. This rotation is counterclockwise, which is 
considered positive. Clockwise rotations are negative. 
The product of two rotations, that is, following one 
rotation with another, is also a rotation. This assumes 
that the center of rotation is the same for both. When 
one moves a heavy box across the room by rotating it 
first on one corner then on the other, that product is 
not a rotation because the movement was not about 
the same central point. 


Rotations are so commonplace that it is easy to 
forget how important they are. A person orients a map 
by rotating it. A clock shows time by the rotation of its 
hands. A person fits a key in a lock by rotating the key 
until its grooves match the pattern on the keyhole. 
Rotating the letter M 180° changes it into a letter W; 
while 6s and 9s are alike except for a rotation. 


Rotary motions are one of the two basic motions 
of parts in a machine. An automobile wheel converts 
rotary (circular) motion into translational (straight- 
line) motion, and propels the car. A drill bores a hole 
by cutting away material as it turns. The Earth rotates 
on its axis. Earth and its Moon rotate around their 
centers of gravity, and so on. 


Astronomy prior to Polish astronomer Nicolaus 
Copernicus (1473-1543) was greatly complicated by 
trying to use Earth as the center of the rotation of the 
planets. When German astronomer and mathemati- 
cian Johannes Kepler (1571-1630) and Copernicus 
made the sun the gravitational center, the motions of 
the planets became far easier to predict and explain 
(but even with the sun as the center, planetary motion 
is not strictly rotational). 


When points are represented by coordinates, a 
rotation can be effected algebraically. How difficult 
this is to do depends upon the location of the center of 
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Center of rotation 


Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


polar axis 


pole, origin 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


rotation and on the kind of coordinate system that is 
used. In the two most commonly employed systems, 
the rectangular Cartesian coordinate system and the 
polar coordinate system, the center of choice is the 
origin or pole. 


In either of these systems a rotation can be 
thought of as moving the points and leaving the 
axes fixed, or vice versa. The mathematical connec- 
tion between these alternatives is a simple one: rotat- 
ing a set of points clockwise is equivalent to rotating 
the axes, particularly with reflections, it is usually 
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preferable to leave the axes in place and move the 
points. 


When a point or a set of points is represented with 
polar coordinates, the equations that connect a point 
(r, 9) with the rotated image (r’, 8’) are particularly 
simple (Figure 2). If @; is the angle of rotation: 


r=r 
0’ =60+ 86, 


Thus, if the points are rotated 30° counterclockwise, 
(7,80°) is the image of 7,50°). If the set of points 
described by the equation r = 6/2 is rotated m units 
clockwise, its image is described by r = (0 - 2)/2. 
Rectangular coordinates are related to polar coordi- 
nates by the equations x = rcos 8 and y = rsin 0. 


Therefore the equations that connect a point (x, y) 
with its rotated image (x’, y’) are 


x’ = rcos (8 + 0,) and y’ = rsin (6 + 9,). 


Using the trigonometric identities for cos (8 + 6,) and 
sin (8 + @,), these can be written x’ = x cos 0, - y sin 0; 
and y’ = x sin 0; + ycos 9, or, after solving for x and 
y:x = x’cos 0, + ysin 0; and y = -x’ sin, + ycos Q). 

To use these equations one must resort to a table 
of sines and cosines, or use a calculator with SIN and 
COS keys. 


One can use the equations for a rotation many 
ways. One use is to simplify an equation such as x? - xy 
+ y? = 5. For any second-degree polynomial equa- 
tion in x and y there is a rotation that will eliminate the 
xy term. In this case, the rotation is 45°, and the 
resulting equation, after dropping the primes, is 3x* 
+ y* = 10. 

Another area in which rotations play an impor- 
tant part is in rotational symmetry. A figure has rota- 
tional symmetry if there is a rotation such that the 
original figure and its image coincide. A square, for 
example, has rotational symmetry because any rota- 
tion about the square’s center, which is a multiple of 
90° will result in a square that coincides with the 
original. An ordinary gear has rotational symmetry. 
So do the numerous objects such as vases and bowls 
that are decorated repetitively around the edges. 
Actual objects can be checked for rotational symmetry 
by looking at them. Geometric figures described ana- 
lytically can be tested using the equations for rota- 
tions. For example, the spiral r = 28 has two-fold 
rotational symmetry. When the spiral is rotated 180°, 
the image coincides with the original spiral. 
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Roundworms 


KEY TERMS 


Rotation—The spinning of an object on its axis. 


Rotational symmetry—A property of a figure that 
allows it to coincide with its image after a suitable 
rotation. 
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| Roundworms 


With more than 10,000 species described, round- 
worms (phylum Nematoda) are among the most 
numerous and widespread animals. They occur in all 
habitats, including freshwater, marine, and terrestrial 
ecosystems, from the tropics to the polar regions. They 
often occur in staggering numbers: 10.8 sq ft (1 sq m) 
of mud has been found to contain more than four 
million nematodes. Because of their distribution and 
ability to adapt to different situations, it is not surpris- 
ing to find that nematodes have adapted to a wide 
range of living conditions. Many are free-living, but 
others are parasitic on both plants and animals. 


All nematodes are characterized by their slender, 
elongate body, in which the two ends are slightly 
tapered to form a head and anal region. Many species 
measure less than 0.04 in (1 mm) in length; most are 
microscopic. The body is enclosed in a thin layer of 
collagen which represents the body wall, and is also 
supplied with a layer of muscle, enabling the worm to 
move in a sideways manner by contracting and 
expanding these muscles. 
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Among the free-living species, many roundworms 
are carnivorous, feeding on a wide range of protozo- 
ans as well as other nematodes; aquatic species feed 
largely on bacteria, algae, and microscopic diatoms. 
Some terrestrial species attack the roots of plants, 
extracting nutrients and essential fluids. 


Most nematodes are dioecious (either male or 
female), with males commonly being smaller than 
females. When ready to breed, females of some species 
are thought to give off a pheromone that serves to 
attract potential suitors. During copulation, the male 
inserts its sperm into the female and fertilization takes 
place. The egg then develops a toughened outer coat- 
ing and may either be held within the body for a short 
period or released to the outside. In hermaphrodite 
species, the sperm develop ahead of the eggs and are 
stored in special chambers until the eggs are ready for 
fertilization to take place. The young larvae that 
emerge progress through a series of body molts until 
they develop adult characteristics. 


Many species of parasitic nematodes are unable to 
complete their life cycle without the presence of 
another animal. Commonly eggs are deposited on 
plants, which are then ingested or absorbed into the 
body in some manner. Once within the host animal, 
the eggs hatch and burrow their way into the flesh 
(often the intestine or lungs), where they attach firmly 
to the lining of the chamber and begin to mature. 
From there the nematodes absorb nutrients from the 
host animal and release additional eggs, which pass 
out of the body in the feces. 


Although some nematodes are beneficial in the 
manner in which they break down dead or decaying 
matter, many are of considerable economic impor- 
tance: a great number are pests of animals and plant 
crops, while others are the cause of serious illnesses in 
humans. The tiny hookworms, for example, are 
believed to affect millions of people worldwide, caus- 
ing serious bleeding and tissue damage. Larvae of the 
guinea worm (Dracunculus medinensis), which lives in 
freshwater streams in parts of Africa and Asia, seek an 
open wound in the body through which they pass and 
become installed in the connective tissue. Females of 
this species may develop to a length exceeding 3.3 ft 
(1 m), causing considerable discomfort. 


See also Parasites. 


David Stone 


Rubber tree see Spurge family 


Rubidium see Alkali metals 
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| Rumination 


Rumination is a specialized digestion process 
found in most hoofed mammals with an even number 
of toes, such as cattle, sheep, goats, deer, antelope, 
camels, buffalo, giraffes, and chevrotains. All of these 
plant-eating animals lack the enzyme cellulase, which is 
capable of breaking down the tough cellulose in plant- 
cell walls. The stomach of these grazing herbivores, 
called ruminants, consists of four chambers—the 
rumen, the reticulum, the omasum, and the aboma- 
sum—each playing different roles in the digestion proc- 
ess. The ruminant animal swallows its food rapidly 
without chewing, and later regurgitates it (brings it 
back up into the mouth), then masticates it (chews), 
and finally re-swallows it. 


When grazing, ruminants swallow their food rap- 
idly, sending large amounts into the largest chamber of 
the stomach, the rumen, where it is stored and partly 
digested before regurgitation and chewing when the 
animal is resting. Rumination is an adaptation by 
which herbivores can spend as little time as possible 
feeding (when they are most vulnerable to predation) 
and then later digest their food in safer surroundings. 
Muscular contractions of the stomach move food back 
and forth between the rumen and the second stomach 
chamber, the reticulum, which is often called the hon- 
eycomb due to the complex appearance of its inner 
lining. Bacteria and microorganisms in the rumen 
(which can digest cellulose) begin the digestion of the 
plant fibers. Fine fibers are broken down, so providing 
protein, vitamins, and organic acids, which are then 
absorbed into the bloodstream of the animal. Coarser 
plant fibers are passed from the rumen to the reticulum, 
where further bacterial fermentation takes place, and 
the food is formed into soft chunks called the cud. The 
cud is regurgitated and ground thoroughly between the 
molars with an almost circular motion of the lower jaw. 


During the chewing process, called chewing the 
cud, copious quantities of highly alkaline saliva aid in 
breaking down the fibers, and the food is re-swal- 
lowed, this time bypassing the rumen and entering 
the smallest chamber, the omasum, or third stomach. 
Here, water and essential acids are reabsorbed. It is the 
third stomach of a bullock (young bull), which is eaten 
by humans as tripe. Muscular contraction by the walls 
of the omasum mashes and compacts the food still 
further, passing it directly into the fourth stomach, 
the abomasum, where gastric secretions further digest 
the food before it moves into the intestine. 


Large amounts of two gases, carbon dioxide and 
methane, form during bacterial fermentation in the 
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first two chambers—the reticulorumen. Here, frothing 
occurs as part of the digestive process. Often, however, 
excessive frothing caused by certain foods traps gas 
normally eliminated by belching, and bloating occurs. 
Certain cows are particularly susceptible to this, and 
farmers often lose animals unless these gases are 
released. Anti-foaming medications sometimes help, 
as does an invasive procedure that punctures the stom- 
ach wall and allows gases to escape. The methane 
produced by the digestive systems of the billions of 
domestic ruminants in the world is considered by some 
to be a major factor in the destruction of the ozone 
layer in the upper atmosphere. 


See also Antelopes and gazelles; Herbivore. 


| Rushes 


Rushes are monocotyledonous plants in the genus 
Juncus. Rushes make up most of the species in the 
family Juncaceae. There are about 400 species in the 
rush family, distributed among eight or nine genera. 
The most species-rich groups are the rushes (Juncus 
spp.) with 225 species, and the wood-rushes (Luzula 
spp.) with 80 species. 


Species in the rush family occur worldwide, but 
they are particularly abundant in moist and wet hab- 
itats of cool-temperate, boreal, arctic, and alpine 
zones, especially in the Northern Hemisphere. 


Biology of rushes 


Rushes are grass and sedge like in their superficial 
morphology, but they differ from plants in these fam- 
ilies (Poaceae and Cyperaceae, respectively) in impor- 
tant respects. 


Most species of rushes are herbaceous perennial 
plants, although a few have an annual life cycle. Many 
species of rushes typically grow erect, but a few grow 
close to the ground surface. The stems of rushes are 
usually hollow, cylindrical, or somewhat flattened, 
and often with occasional cross-sections or nodes. 
The leaves of rushes are commonly arranged around 
the base of the flowering stems, but in some species the 
leaves are reduced to small sheaths around the flower- 
bearing shoots. The roots of rushes are generally 
fibrous, and some species have well developed systems 
of rhizomes. 


Rushes have small, inconspicuous florets with 
many reduced floral parts. The florets are typically 
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Rushes 


Spike rushes. (JLM Visuals.) 


aggregated into inflorescences or groups of various 
types and are wind-pollinated. Each floret typically 
contains both staminate and pistillate parts and is 
therefore bisexual. The fruit is a small capsule that 
contains large numbers of tiny seeds. 


Rushes in North America 


Many species of rushes are native to North 
America, but some of these are also found on other 
continents. The Baltic rush (Juncus balticus) is a very 
widespread species and is common along moist lake- 
shores in Eurasia and in North and South America. 
The soft rush (J. effusus) and path rush (J. tenuis) are 
similarly cosmopolitan species. Unlike the previous 
species, which are perennial, the toad rush (J. bufonius) 
is an annual species of moist soils, and it also has a very 
wide distribution, occurring on most continents. 


Some species of rushes can grow as aquatic plants 
that root in the sediment of shallow water but grow 
into the atmosphere where they develop their flowers. 
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KEY TERMS 


Cosmopolitan—In biogeography, this refers to spe- 
cies that are widely distributed, occurring on many 
of the continents, as are the cases of some species of 
rushes. 


Floret—This is a small flower, often with some 
reduced or missing parts. Florets are generally 
arranged within a dense cluster. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Rhizome—This is a modified stem that grows hor- 
izontally in the soil and from which roots and 
upward-growing shoots develop at the stem nodes. 


Examples of these relatively tall rushes include Juncus 
articulatus and J. militaris which can grow as tall as 3.3 
ft (1 m). 


Rushes in ecosystems 


The usual habitat of rushes is wetlands of many 
types, including marshes, fens, wet meadows, and the 
shallow-water edges of streams, ponds, and lakes. 
Rushes can be quite abundant and productive in 
some of these habitats, but they rarely dominate the 
vegetation over an extensive area. 


Rushes are an important component of the hab- 
itat of many species of animals, especially in wetlands. 
For example, some of the best habitats for waterfowl 
will have an abundant component of rushes. Some 
species of birds eat the seeds of rushes, while other 
species graze on the leaves and shoots. 


Economically important rushes 


Rushes are not of much direct economic benefit to 
humans. The Japanese mat rush or soft rush (Juncus 
effusus) and the wicker rush (J. squarrosus) are used for 
weaving and making wicker chair-bottoms. Rushes are 
rarely cultivated for these purposes. The raw materials 
are usually collected from habitats that are being man- 
aged for other purposes or from natural wetlands. 


Rushes are sometimes abundant in pastures, but 
they are not a preferred forage species because their 
stems are not very palatable or nutritious for domestic 
livestock. 


Rushes also provide useful ecological functions in 
some of the habitats in which they are abundant. For 
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example, on sloping ground with moist soil rushes may 
be important in binding the surface soil and thereby 
helping to prevent some erosion. 


A few species of rushes have naturally spread or 
been introduced by humans beyond their native hab- 
itats and are considered to be weeds in some parts of 
their new range. In North America, the soft rush and 
path rush (J. tenuis) are minor weeds of pastures, 
lawns, and some other habitats. 


See also Grasses; Sedges. 
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| Rusts and smuts 


Rusts and smuts are fungi belonging to the orders 
Urediniales (rusts) and Ustilaginales (smuts) which 
are basidiomycete fungi. The rusts have complicated 
life cycles which involve the infection of two different 
plant species. The most well-known members of these 
groups are wheat rust (Puccinia graminis tritici) and 
corn smut (Ustilago myadis). Rust fungi attack plants 
such as ferns, gymnosperms, and flowering plants. 
When a wheat plant is infested by Puccinia graminis 
tritici, the infestation may become obvious during the 
summer growing season when rust colored growth 
appears on the stems of infected plants. Fungal 
hyphae are composed of groups of spore generating 
structures (sporangia) called uredinia that rupture the 
stem and become visible. It is the spores released from 
the uredinia (called urediniospores) that infect new 
wheat plants and spread the disease. In the fall, 
Puccinia produces black sporangia (called telia) and 
the infected wheat plants have distinct black patches 
on their stems. Spores from the telia (called telio- 
spores) do not attack other wheat plants but instead 
infect barberry plants. Teliospores which land on bar- 
berry leaves germinate and form small cup-shaped 
structures called spermagonia. Each spermagonium 
produces long filaments called receptive hyphae 
which extend above the spermagonium and spermatia, 
which are sexual gametes. The spermagonium also 
produces a nectar-like substance which is attractive 
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Smut on corn. (© Leonard Lee Rue III, National Audubon Society 
Collection/Photo Researchers, Inc.) 


to flies. Spermatia are mixed with this nectar and 
flies transfer the spermatia from adjacent spermagonia 
as they feed. New fungal mycelia, resulting from the 
union of the spermatia with the receptive hyphae of 
spermagonia of different genetic strains, grow on the 
underside of the barberry leaf. There, the mycelium 
produces a larger bell-shaped sporangium called an 
aecium, which generates aeciospores which in turn 
infect new wheat plants. 


Smut fungi differ from rust fungi in several ways. 
While rust fungi require two different hosts to com- 
plete their life cycle, smut fungi may complete their life 
cycle on only one host, which is always a flowering 
plant. Another difference between rust and smut fungi 
is seen in the way that they infect their host plants. 
Infections from rust fungi are localized to that part of 
the plant close to where a germinated urediniospore, 
aeciospore, or teliospore becomes established. Smut 
fungi spread to infest the entire plant from a single 
initial infection site, often targeting specific organs. 
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KEY TERMS 


Aecium (plural, aecia)—Ulcer-like sporangium 
produced by mycelium in the spring stage of a 
rust fungus. 


Hypha (plural, hyphae)—Cellular unit of a fungus, 
typically a branched and tubular filament. Many 
strands (hyphae) together are called mycelium. 
Spermagonium (plural, spermagonia)—Small pus- 
tules formed by mycelium in the early spring stage 
of a rust fungus. 


Telium (plural, telia)—Sporangium produced by 
mycelium in the fall or early spring stage of rust or 
smut fungi. 


Uredinium—Sporangium produced by mycelium 
in the summer stage of a rust fungus. 


This is exemplified by the smut fungus Ustilago viola- 
cea which attacks plants of the genus Silene. Ustilago 
violacea infests the entire plant but its presence within 
the plant is only apparent where mycelia grow within 
the anthers of the plant. There, hyphae divide to 
become teliospores and these take the place of pollen 
grains. Pollinating insects then carry the teliospores 
from infected Silene plants to uninfected ones. 
Teliospores mature along with the Silene flower and 
fall to the ground along with seeds of the host Silene 
plant. When the seeds germinate, the smut fungus 
teliospores germinate along with them and immedi- 
ately infect the Silene seedlings. Ustilago myadis, is a 
well-known smut fungus that infects corn, where its 
immature teliospores are enclosed in sacs which 
replace the kernels of corn. When these sacs burst, 
U. myadis spores are released and cling to normal 
corn kernels. When these kernels are planted, telio- 
spores are planted along with them, infecting new corn 
plants when they germinate. 
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Rust and smut fungi are both of great economic 
importance due to their destruction of cash crops. An 
effort to eliminate Puccinia graminis tritici by the 
eradication of barberry was not successful. This rust 
fungus is now controlled by selection for genetically 
resistant wheat plants, but rust fungi frequently 
mutate and override wheat resistance, so an ongoing 
genetic selection program for wheat is necessary. 
Another economically important rust fungus is 
Gymnosporangium juniperus-virginiae, which has as 
its two plant hosts the common juniper (Juniperus 
virginianus) and the domestic apple, and other species 
of the rose family. This fungus produces large orange 
colored spore-generating structures on juniper trees, 
which then infect apple trees, causing the tree to pro- 
duce deformed and unmarketable apples. The best 
way to avoid ruined apples is to keep apple trees 
away from juniper trees and to remove all infected 
juniper trees in the area. 


One way that humans have reduced infection of 
corn by smut has been to wash away any clinging 
fungal spores from the kernels of corn. In the south- 
western United States and in Mexico immature corn 
smut sacs are fried and eaten as a delicacy. 


See also Fungicide. 
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Saiga antelope 


The saiga antelope (Saiga tatarica) is a relatively 
northern, Eurasian antelope in the family Bovidae. 
Historically, the range of the saiga antelope extended 
from Poland in the west, to the Caucasus Mountains 
of northwestern Turkey, Georgia, and Azerbaijan, 
the vicinity of the Caspian Sea in Kazakhstan, and as 
far east as Mongolia. However, mostly because of 
overhunting, this species now only occurs in a rela- 
tively small part of its former range, mostly in 
Kazakhstan. 


The habitat of the saiga antelope is treeless grass- 
lands, known as steppe, in eastern Eurasia. Much of 
this natural habitat has been converted to agricultural 
use, an ecological change that has contributed to the 
decline in saiga populations. 


Saiga are large animals, with a body length of 
4-5.6 ft (1.2-1.7 m), and a weight of 79-152 Ib (36-69 kg). 
Their coat is cinnamon-brown during the summer, and 
thicker and whitish during the winter. Male saiga ante- 
lopes have horns. 


The saiga has downward-pointing nostrils, and an 
inflated nasal cavity that has a convoluted develop- 
ment of the internal, bony structures. The nasal tracts 
are also lined with fine hairs, and mucous glands. 
These structures may be useful in warming and mois- 
tening inhaled air, or they may somehow be related to 
the keen sense of smell of the saiga antelope. 


Saiga aggregate into large herds during the win- 
ter. The herds typically migrate to the south, to spend 
that difficult season in relatively warm valleys. Males 
move north first in the spring, followed later by 
females. The young saiga antelopes are born in the 
early springtime. Saiga forage on a wide range of 
grasses and forbs. 


Remarkably, it appears that the saiga occurred in 
North America at the end of the most recent ice age. 
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Along with other large mammals of eastern Eurasia, 
the saiga likely colonized western North America by 
traversing a land bridge from Siberia, which was 
exposed because sea level was relatively low as a 
result of so much water being tied up in continental 
ice sheets. About 11,000 years ago, at a time roughly 
coincident with the colonization of North America 
by humans migrating from Siberia, the saiga and 
many other species of large animals became extinct 
in North America. This wave of extinctions affected 
more than 75 species of mammals, including ten spe- 
cies of horses, several species of bison, four species 
of elephants (including the mastodon and several 
types of mammoths), the saber-tooth tiger, the 
American lion, and the saiga antelope. A widely 
held theory is that these extinctions were caused 
directly or indirectly by primitive, colonizing humans 
that acted as effective predators and overhunted 
these animals. 


Up until about the 1920s and 1930s, the popula- 
tions of saiga in Eurasia were rather small and endan- 
gered. The most important reasons for the decline of 
saiga were losses of habitat and, most importantly, 
overhunting of these animals for sport, and for the 
horns of the male animals. The horns are sought for 
use in traditional Chinese medicine, because of their 
presumed pharmaceutical qualities. During the 1920s, 
the government of the then-Soviet Union instituted a 
strict program of protection of the saiga, and its pop- 
ulations rebounded to more than one million individ- 
uals by the mid-1970s. Subsequently, however, the 
population declined again due to uncontrolled illegal 
hunting following the break-up of the Soviet Union. 
The global population is now about 50,000 and the 
saiga is classified as a critically endangered species by 
the IUCN (International Union for the Conservation 
of Nature). 


See also Endangered species. 


Bill Freedman 
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Salamanders 


A male saiga antelope (Saiga tatarica). (© Akira Uchiyama, 
National Audubon Society Collection/Photo Researchers, Inc.) 


| Salamanders 


Salamanders and newts are about 500 species of 
aquatic or amphibious animals in the order Caudata 
(sometimes known as the Urodela). Salamanders have 
an ancient fossil lineage, extending back to the Upper 
Jurassic period, more than 140 million years ago. 


Like other amphibians, salamanders have a com- 
plex life cycle, the stages of which are egg, larva, and 
adult. The morphology, physiology, and ecology of 
salamanders in their different stages are very different, 
and the transitional process involves a complex 
metamorphosis. 


Salamanders are most abundant in the temperate 
regions of the Northern Hemisphere, with fewer spe- 
cies occurring elsewhere. The greatest number of spe- 
cies of salamanders occurs in the eastern United 
States, and to a lesser degree in eastern China. 


Biology of salamanders 


Species of salamanders display a wide range of 
body plans and life histories. The smallest salamander 
is an unnamed species of Thorius from Mexico; mature 
males of which have a total body length of only 1 in (2.5 
cm). The world’s largest living salamanders can be as 
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long as 5.5 ft (1.7 m). These are the giant Asiatic sala- 
manders, Andrias davidianus and A. japonicus, which 
can achieve body weights of 88 Ib (40 kg) or more. 
One individual giant Japanese salamander (A. japoni- 
cus) lived for an extraordinary 55 years in captivity. 


Adult salamanders have four relatively small, 
similar-sized walking legs, and a long tail. The skeletal 
structure of living salamanders 1s relatively little modi- 
fied from their geologically ancient relatives, and 
among the tetrapod vertebrates is considered to be 
relatively primitive. 


Some species of salamanders have lost key elements 
of the skeleton during their evolution. For example, 
species within the salamander family Sirenidae have 
lost their limbs, and are eel-like in appearance. Remark- 
ably, the numbers and shapes of limb bones are not 
necessarily the same within some salamander species, 
as is the case of the red-backed salamander (Plethodon 
cinereus) of North America. Within the same popula- 
tion, individuals of this species can have varying num- 
bers of limb bones, and these structures can vary 
significantly in size, shape, and degree of calcification. 


Salamanders have a protrusile tongue, used for 
feeding and sensory purposes. Many species are very 
brightly colored, usually to warn predators of the 
poisonous nature of the skin of these animals. Some 
salamanders secrete a chemical known as tetrodotoxin 
from their skin glands. This is one of the most poison- 
ous substances known, and it can easily kill predators 
that are intolerant of the chemical, as most are. 


Salamanders vary greatly in their reproductive 
biology. They typically have internal fertilization, 
meaning the ova are fertilized by male sperm within 
the reproductive tract of the female. During the breed- 
ing season, male salamanders of many species deposit 
packets of sperm, known as spermatophores, on the 
surface of aquatic sediment or debris. The male sala- 
mander then manipulates a female to pass over the 
spermatophores, which are picked up by the slightly 
prehensile lips of her cloaca, and stored in a special, 
internal structure known as a spermatheca. The sperm 
then fertilize the ova as they are laid by the female, 
producing fertile zygotes. These are then laid as single 
eggs encased in a protective jelly, or sometimes as a 
larger egg mass that can contain several or many eggs 
within a jelly matrix. 


Hatched larvae of typical salamanders look rather 
similar to the adults, but they are fully aquatic ani- 
mals, with gill slits and external gills, a large head, 
teeth, a flattened tail used for swimming, and initially 
they lack legs. The metamorphosis to the adult form 
involves the loss of the external gills, the growth of 
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A salamander (Tylototriton verrucosus). (Tom McHugh/Steinhart Aquarium. The National Audubon Society Collection/Photo 
Researchers, Inc.) 


legs, and the development of internal lungs, which, 
together with the moist skin of the body, act in the 
exchange of respiratory gases. Adult salamanders also 
have eyelids that can close. 


Salamanders in the family Plethodontidae show 
direct development. For example, the aquatic larval 
state of the fully terrestrial red-backed salamander 
occurs within the egg. What hatches from the egg is a 
miniature replica of the adult salamander. The red- 
backed salamander lacks lungs, so that all gas exchange 
occurs across the moist skin of the body and mouth. 


The female of the European salamander, Salamandra 
atra, retains the eggs within her body. There they develop 
through the larval stage, so that the young are born as 
miniature adults. 


Some salamanders do not have a terrestrial adult 
stage, and become sexually mature even though they 
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still retain many characteristics of the larval stage. This 
phenomenon is known as neoteny, and occurs in species 
such as the mudpuppy (Necturus maculosus) of central 
and eastern North America. Neoteny also occurs in the 
axolotyl (Ambystoma mexicanum), a rare species found 
in Mexico, in which the breeding adults have external 
gills, a large head, a flattened tail, and other typically 
larval traits. The axolotyl is a common species in labo- 
ratories where developmental biology is studied, and 
sometimes individuals of this species will undergo meta- 
morphosis and develop more typical, adult character- 
istics. Often, particular populations of other species in 
the genus Ambystoma will display neoteny, for example 
the tiger salamander (A. tigrinum), common in small 
lakes and ponds over much of North America. 


The red-spotted newt (Notophthalmus viridescens) 
of North America has two distinct, adult stages. The 
stage that follows from transformation of the aquatic 
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larva is known as the red eft. This is a bright-red 
colored, adult form that wanders widely for several 
years in forests, especially on moist nights. The red eft 
eventually returns to an aquatic habitat, adopts a 
yellowish color, and becomes a breeding adult. 


Salamanders with a terrestrial adult stage generally 
have a keen ability to home back to the vicinity of their 
natal or home pond. One study done in California 
found that red-bellied newts (Taricha rivularis) were 
capable of returning to their native stream over a dis- 
tance of 5 mi (8 km), within only one year. 


Salamanders in North America 


Most of the 112 species of North America sala- 
manders occur in the Appalachian region. In terms of 
species richness of salamanders, no other part of the 
Earth compares with Appalachia. However, salaman- 
ders also occur over most of the rest of North 
America, in moist habitats ranging from boreal to 
subtropical. 


The mudpuppies and waterdogs are five species 
of aquatic, neotenous salamanders in the family 
Proteidae, occurring in eastern North America. The 
most widespread and abundant species is the mud- 
puppy (Necturus maculosus). 


The hellbender (Cryptobranchus alleganiensis) is 
the only North American representative of the 
Cryptobranchidae, the family of giant salamanders. 
The hellbender is an impressively large animal, which 
can reach a body length of 2.5 ft (74 cm). Hellbenders 
live in streams and rivers. The hellbender is one of the 
relatively few salamanders that does not have internal 
fertilization of its eggs. The male hellbender deposits 
sperm over the ova after they are laid, so that external 
fertilization takes place. 


Amphiumas (family Amphiumidae) are long, eel- 
like, aquatic creatures with tiny legs, that live in 
streams, swamps, and other wet places in the extreme 
southeastern United States. Amphiumas are vicious 
animals when disturbed, and can inflict a painful 
bite. The most widespread of the three North American 
species is the two-toed amphiuma (Amphiuma means) of 
Florida and parts of coastal Georgia and the Carolinas. 
The three-toed amphiuma (Amphiuma tridactylum) can 
achieve a body length of about 3 ft (1 m), and is the 
longest amphibian in North America. 


Sirens (family Sirenidae) are also long and slen- 
der, aquatic salamanders. Sirens have diminutive fore- 
limbs, and they lack hind limbs. These animals are 
aquatic, and they retain gills and other larval charac- 
ters as adults. Mating of sirens has not been observed, 
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but it is believed that they have external fertilization. 
There are three species of sirens in North America, the 
most widespread of which is the lesser siren (Siren 
intermedia), occurring in the drainage of the 
Mississippi River and in the southeastern states. The 
greater siren (S. /acertina) of the southeastern coastal 
plain can be as long as 3 ft (95 cm). 


The mole salamanders (family Ambystomidae) 
are terrestrial as adults, commonly burrowing into 
moist ground or rotting wood. The largest of the 9 
North American species is the tiger salamander 
(Ambystoma tigrinum), measuring up to 12 in (30 cm) 
in length. This is a widespread species, occurring over 
most of the United States, parts of southern Canada, 
and into northern Mexico. Other relatively wide- 
spread mole salamanders are the spotted salamander 
(A. maculatum) of the eastern United States and south- 
eastern Canada, the marbled salamander (A. opacum) 
of the southeastern states, and the blue-spotted sala- 
mander (A. /aterale) of northeastern North America. 


The four species of Pacific giant salamanders (fam- 
ily Dicamptodontidae) inhabit the Pacific Northwest 
from northern California to British Columbia. The 
California giant salamander (Dicamptodon ensatus) is 
a fairly large species, with a length of up to 12 in 
(30 cm). The four species of torrent salamanders 
(family Rhyacotritonidae) also occur in the Pacific 
Northwest from northern California to Washington 
state. Their common name is misleading, since these 
small, yellowish green salamanders are most often 
found in seeps, springs, or gravelly habitats beside 
fast-moving streams. 


There are at least 77 species of lungless salaman- 
ders (family Plethodontidae) in North America. The 
red-backed salamander (Plethodon cinereus) is a com- 
mon and widespread species in the northeastern 
United States and southeastern Canada. The ensatina 
salamander (Ensatina eschscholtzi) occurs in subalpine 
conifer forests of the humid west coast. 


There are six species of newts (family Salamandridae) 
in North America. The eastern newt (Notophthalmus 
viridescens) is widespread in the east. Initially trans- 
formed adults usually leave their natal pond to wander 
in moist forests for several years as the red-eft stage. 
The eft eventually returns to an aquatic habitat where 
it transforms into a sexually mature adult, and it 
spends the rest of its life in this stage. Some races of 
eastern newts do not have the red eft stage. The most 
widespread of the western newts is the rough-skinned 
newt (Taricha granulosa), occurring in or near various 
types of still-water aquatic habitats of the humid west 
coast. 
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Salamanders and humans 


Other than a few species that are sometimes kept as 
unusual pets, salamanders have little direct economic 
value. However, salamanders are ecologically impor- 
tant in some natural communities, in part because they 
are productive animals that may be fed upon by a wide 
range of other animals. In addition, salamanders are 
interesting creatures, with great intrinsic value. 


Considering these direct and indirect values of sala- 
manders, it is very unfortunate that so many species are 
threatened by population declines, and even extinction. 
The most important threat to salamanders is the con- 
version of their natural habitats, such as mature forests, 
into other types of ecosystems, such as agricultural fields, 
residential developments, and clear-cuts and other types 
of harvested forests. These converted ecosystems do not 
provide adequate habitat for many species of salaman- 
ders, and sometimes for none at all. It is critically impor- 
tant that a sufficient area of natural forest and other 
native habitat types be provided to sustain populations 
of species of salamanders, and other native wild life. 


On January 31, 2000, the U.S. Fish and Wildlife 
Service, Division of Endangered Species, listed the 
following 11 species of North American salamanders 
as being endangered: 


- Barton Springs salamander (Eurycea sosorum). First 
listed: April 30, 1997. Historic range: Texas 


« Cheat Mountain salamander (Plethodon nettingi). First 
listed: August 18, 1989. Historic range: West Virginia 


- California tiger salamander [Ambystoma califor- 
niense (A. tigrinum c.)]. First listed: January 19, 
2000. Historic range: California 


- Desert slender salamander (Batrachoseps aridus). 
First listed: June 4, 1973. Historic range: California 


- Flatwoods salamander (Ambystoma cingulatum). 
First listed: April 1, 1999. Historic range: Alabama, 
Florida, Georgia, South Carolina 


« Red Hills salamander (Phaeognathus hubrichti). First 
listed: December 3, 1976. Historic range: Alabama 


« San Marcos salamander (Eurycea nana). First listed: 
July 14, 1980. Historic range: Texas 


- Santa Cruz long-toed salamander (Ambystoma mac- 
rodactylum croceum). First listed: March 11, 1967. 
Historic range: California 


«Shenandoah salamander (Plethodon shenandoah). 
First listed: August 18, 1989. Historic range: Virginia 


- Sonoran tiger salamander (Ambystoma tigrinum steb- 
binsi). First listed: January 6, 1997. Historic range: 
Arizona, Mexico 
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KEY TERMS 


Complex life cycle—A life marked by several rad- 
ical transformations in anatomy, physiology, and 
ecology. 


Neoteny—The retardation of typical development 
processes, so that sexual maturity occurs in animals 
that retain many juvenile characteristics. 


« Texas Blind Salamander (Typhlomolge rathbuni). First 
listed: March 11, 1967. Historic range: Texas 
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| Saliva 


Saliva is a clear liquid that is made and is present in 
the mouth, where it has a number of functions. It wets 
food and makes the food easier to swallow. As well, 
specialized proteins that are present in saliva trigger 
chemical reactions that begin to break apart chemical 
bonds in the food (the proteins are generically termed 
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A drug swipe is tested by the Traffic Alcohol Section after a 
volunteer was subjected to a random test for Ecstasy. Ina 
world breakthrough, they have perfected the technology to 
detect the drug in saliva and blood samples. (Mark Dadswell/ 
Getty Images.) 


enzymes). This begins the process of digestion, whereby 
the food is converted to a form that can be utilized by 
the body to provide energy. For example, the salivary 
enzyme alpha-amylase initiates the breakdown of 
starch into its constituent maltose sub-units. 


In addition to wetting the food, saliva also wets the 
tongue, which aids the various receptors on the surface 
of the tongue in differentiating the different tastes of 
foods. Washing of saliva over the surface of teeth, and 
the presence of antibacterial enzymes, helps keep teeth 
clean and helps lessen the chance of infections. 


Saliva production lessens during sleep. The result- 
ing build-up of bacteria on the teeth and in the mouth 
produces the characteristic objectionable morning 
breath. Even though production lessens during sleep, 
the production of saliva is a round-the-clock affair. 
Every day, 2-4 pints (approximately 1—2 liters) of saliva 
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are produced. This large volume is secreted by three 
pairs of salivary glands located in the mouth. 


Within each gland a cluster of cells called the 
acinus secrete the salivary fluid. The fluid contains 
water, electrolytes (minerals such as sodium, potas- 
sium, and calcium that are present in body fluids and 
cells, and whose concentrations are important in 
maintaining proper body function), mucus (a slippery, 
jelly like substance that helps coat and protect cells) 
and the aforementioned enzymes. 


From the acinus, the fluid collects in ducts within 
each salivary gland. Here, the composition of the fluid 
is changed. Most of the sodium is reabsorbed and 
potassium and bicarbonate ions are added. The latter 
is particularly important in ruminant animals like 
cows, since, when swallowed, it helps counteract the 
corrosive action of the large quantity of acid that is 
produced in the forestomachs. 


From the collecting ducts, the saliva passes to 
larger ducts, which ultimately merge to form a single 
large duct, from which the saliva empties into the 
mouth. 


Most animals, including humans, have three pairs 
of salivary glands that are located on either side of the 
mouth in three different locations. They differ in the 
nature of the saliva that is produced. 


The parotid glands are located near the upper 
teeth, in a broad area underneath the earlobe. The 
secreted saliva is watery and reminiscent of the serum 
portion of blood; indeed, it is described as being 
serous. Submaxillary (or submandibular) glands 
are located on the floor of the mouth, underneath the 
back portion of the tongue. The saliva produced by 
these glands is a mixture of serous and mucus por- 
tions. Finally, the sublingual glands are located on the 
floor of the mouth in the region of the chin. Sublingual 
saliva is predominantly mucous in composition. 


In addition to the three pairs of glands, hundreds 
of small glands called minor salivary glands are 
located in the lips, inside of the cheeks, and through- 
out the remainder of the mouth and throat. 


Saliva can be of forensic significance because 
traces of drugs that are circulating in the body can be 
present in saliva. The composition of the saliva accu- 
rately mirrors the proteins that are present in both the 
blood and the urine. Thus, testing of saliva, which is 
easier and less obtrusive than obtaining a blood or 
urine sample, can be used to reveal the presence of 
prescription and illicit drugs. 


Similar tests are being refined that will enable the 
detection of viral and bacterial infections as well as 
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diseases such as cancer. These tests are based on the 
presence of signature proteins that are unique to the 
maladies, such as antibodies, from the microorganism 
or cancerous cells. 


For example, an antibody-based saliva test for the 
Human Immunodeficiency Virus (HIV; the accepted 
cause of Acquired Immunodeficiency Syndrome) is 
available for clinical use. No home-use tests are offi- 
cially approved as of yet, although a number of non- 
sanctioned and independently evaluated tests are 
available through Internet-based companies. 


Promising preliminary research results have 
shown that aberrant genetic material (deoxyribonu- 
cleic acid; DNA) and the messenger ribonucleic acid 
(mRNA) that helps process the genetic information 
into a protein from cancerous cells can also be detected 
in saliva. In the future, forensic analysis of saliva may 
help determine if the subject has (or did have) cancer. 


See also Crime scene investigation; Digestive sys- 
tem; Enzyme; Serology. 


Brian Hoyle 


| Salmon 


Salmon are various species of medium-sized, fusi- 
form (a vertically compressed, torpedo shape) fish with 
small scales. Their fins are arranged like those of most 
freshwater fish. On the underside are two pectoral fins, 
a pair of pelvic fins, an anal fin, and a caudal (or tail) 
fin. On the back are a dorsal fin and a smaller adipose 
fin located in front of the tail. The mouth is wide and 
has numerous strong teeth. The coloring ranges from 
silvery, to green, brown, gold, or red, and changes with 
environmental conditions and stage of life. At sea, the 
muscle of most salmon becomes pink-colored as they 
accumulate fat; in freshwater, most species become 
somewhat paler-green. Salmon are native to the 
Northern Hemisphere, but some species have been 
introduced to the Southern Hemisphere. The lifestyles 
of the various species are broadly similar; they lay their 
eggs in freshwater, are born and spend their early 
juvenile life there, then migrate to ocean to feed, and 
return as adults to their natal river to spawn. 


Salmon belong to the family Salmonidae of the 
order Salmoniformes. The salmon family is broken 
down into three subfamilies, containing species of 
salmon, whitefish, and grayling. Within the subfamily 
of salmon, there are five genera: Salmo (Salmon, also 
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Salmon leaping up the waterfall to return to their home waters 
to spawn. (Randy Wells/Corbis.) 


containing trout), Oncorhynchus (Pacific salmon), 
Hucho, Salvelinus (charrs), and Brachymystax. 


Atlantic salmon (Salmo salar) 


Atlantic salmon live in the north Atlantic Ocean, 
from Cape Cod to Greenland, and from the Arctic coast 
of western Russia south to northern Spain. This is per- 
haps the best known species in the family Salmonidae. It 
has a rounded body and a slightly forked caudal fin. 
Their scales are round and show annual growth rings, 
and their position can be interpreted to reveal aspects of 
an individual’s life history, such as the number of times it 
has spawned. The lower jaw of males develops a pro- 
nounced upward hook, similar to an underbite. 


Life cycle of Atlantic salmon 


The life-cycle of the Atlantic salmon is typical of 
other species. While some populations live their entire 
lives in inland waters, most leave the river where they 
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were born, going out to sea to feed and grow. At sea, 
Atlantic salmon feed voraciously on smaller species of 
fish. When they become sexually mature they return to 
their natal freshwater habitat to spawn. Individuals 
may enter the rivers at different times of the year, but 
spawning always takes place from about October to 
January. 


When preparing to spawn, the female digs a shal- 
low nest, called a redd, by pushing pebbles on the river 
floor out of the way with her tail. The redd is generally 
6-12 in (15-30 cm) deep, and a few stones are usually 
present on the bottom. In a crouching position, the 
female then lays her eggs; at the same time, the male, 
also crouching, fertilizes them with his milt. While this 
is occurring, young males who have never been to sea 
may dart in and out of the nest, spreading their own 
sperm. This behavior ensures that most of the eggs will 
be fertilized. 


The female repeats this nesting procedure several 
times in separate locations, moving upstream each 
time. She covers her older nests with the pebbles from 
the newer ones, thus protecting her eggs. Overall, 
spawning lasts about two weeks, during which time 
the salmon lose about 35% of their body weight. In 
this depleted condition, they are known as kelts. They 
return downstream, and in their weakened physical 
state, many of them die of disease or are taken by 
predators. Unlike Pacific salmon, Atlantic salmon are 
capable of spawning more than once during their life. 
Typically, about 5-10% of the kelts return to spawn the 
following year. 


The eggs stay in the nest all winter and hatch in the 
springtime. During their incubation, it is important 
that they have a steady supply of clean freshwater 
and oxygen. When they hatch, they are said to be in 
the alevin stage, and they feed on the remainder of 
their yolk sac. When the yolk runs out of nutrients, the 
young, now called fry, come out of the gravel and feed 
on aquatic invertebrates. As they grow, they become 
parrs, and are camouflaged by dark splotches on their 
body. The young salmon spend 1-6 years in their natal 
river. When they grow to 4-7.5 in (10-19 cm) long, they 
lose their splotches, becoming completely silver, and 
migrate out to sea. At this point they are called smolts. 


The smolts remain at sea for one to five years, 
feeding on fish and growing and building up a large 
store of fat. Then they return to freshwater to breed, 
usually to the river where they were born. They swim 
energetically up streams and rivers, going through 
rapids, and even leaping up small waterfalls. They do 
not feed during this migration. They may travel hun- 
dreds of miles inland during this trip. During their 
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journey, they change color and physical appearance. 
Originally silver, they turn brown or green, and males 
develop a hooked lower jaw, called a kype. Males use 
their kypes for fighting other males while defending 
their breeding territory. 


Pacific salmon (Oncorhynchus species) 


Pacific salmon have an elongated, compressed 
body, and their head comes to a point at their mouth, 
which contains well-developed teeth. When they feed at 
sea, their coloring is metallic blue with a few brown 
spots, and their flesh is pale pink and contains 9-11% 
fat. When spawning in freshwater their external color- 
ing turns greenish yellow with pinkish red streaks on 
the sides. 


Pacific salmon live off the coast of areas in the 
northern Pacific Ocean, from California to Japan to 
Russia. Some species extend to the southern Arctic 
Ocean. There are seven species of Pacific salmon, five 
of which are native to North American waters. The 
largest species is the king salmon, also called the chi- 
nook or quinnat salmon. One large king salmon was 
caught that weighed 125 lb (57 kg), but a more com- 
mon maximum weight is around 55 Ib (25 kg). Other 
species of Pacific salmon weigh 3-18 Ib (1.5-8 kg). 


Spawning activities are similar to those of the 
Atlantic salmon. The majority of species spawn in the 
winter, and the activity occurs over three to five days. 
The eggs are about 0.3 in (7 mm) in diameter. However, 
both males and females die soon after spawning. 


Water pollution, fishing, and fish-farming 


Because of their migratory habits and abundance, 
salmon have a long history of being a valuable source 
of food for people. In fact, before water pollution 
became a major problem, these fish were cheap and 
easy to get. However, with the onset of the industrial 
revolution, many rivers became polluted or were 
blocked by dams, and salmon populations declined or 
disappeared. Furthermore, decreases in salmon popu- 
lations were intensified by increased fishing in salmon 
feeding habitat at sea. Fishery biologists are attempting 
to stem the salmon declines by enhancing wild stocks, 
for example, by releasing large numbers of captive- 
reared, young fish. This so-called “stock enhancement” 
can help, but it is also necessary to stop or repair the 
damage to aquatic habitat, and control the rate of 
fishing. 


As a result of their decline, salmon became a high 
priced luxury item. Subsequently, the industry of fish 
farming arose, introducing the practice of rearing 
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KEY TERMS 


Adipose fin—A small, extra dorsal fin located well 
back on the fish’s spine in front of the tail. 


Alevin stage—The time in a salmon’s life right after 
it hatches when it feeds on its yolk sac. 


Anal fin—The fin located on the belly just before 
the tail fin. 


Caudal fin—The tail fin of a fish. 
Dorsal fin—A fin located on the back of a fish. 


Fry—Follows the alevin stage, when the young fry 
leaves the gravel and feeds on invertebrates. 


Kelts—Atlantic salmon that have lived through 
their spawning, and try to return to sea. They may 
spawn again the following year. 


Kype—The hooked lower jaw of a male Atlantic 
salmon, grown when spawning to fight other 
males. 


Parrs—The name for salmon when they have 
grown around an inch or so long and become 
camouflaged by dark splotches on their body. 


Pectoral fins—The first two fins on the fish’s lower 
sides, almost to its belly. 


Pelvic fin—Located on the fish’s belly, slightly to 
the rear of the dorsal fin and in front of the anal fin. 


Redd—A shallow nest dug by the female prior to 
spawning. 

Smolts—When the salmon grows 4—7.5 in (10-18 
cm) long, it loses its splotches, becomes silver col- 
ored, and migrates to sea. 


salmon in cages in embayments or at sea, or in ponds 
on land. The most popular species of salmon being 
farmed are Atlantic salmon, rainbow trout, Coho sal- 
mon, pink salmon, and American brook trout. Fish 
farming has helped to offset some of the decreases in 
salmon populations. However, other important prob- 
lems have developed, because of chemicals used to 
prevent diseases in captive salmon and the build-up 
of organic sludge beneath fish-cages. Until measures 
are taken to control water pollution and to stop overf- 
ishing, salmon populations will not be able to return to 
their once abundant numbers. 
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| Salmonella 


Salmonella is the common name given to a type 
of food poisoning caused by the bacteria called 
Salmonella enteritidis (other types of illnesses are 
caused by other species of Sa/monella bacteria, includ- 
ing typhoid fever). When people eat food contaminated 
by S. enteritidis, they suffer from gastroenteritis, an 
inflammation of the stomach and intestines, usually 
accompanied by diarrhea and vomiting. 


Salmonella food poisoning is most often caused by 
improperly handled or cooked poultry or eggs. 
Because chickens carrying the bacteria do not appear 
at all ill, infected chickens go on to lay eggs or to be 
used as meat. 


Early in the study of Salmonella food poisoning, it 
was thought that Sa/monella bacteria were only found 
in eggs that had cracks in them. It was thought that the 
bacteria existed on the outside of the eggshell, and 
could only find their way in through such cracks. 
Stringent guidelines were put into place to ensure 
that cracked eggs do not make it to the marketplace, 
and to make sure that the outside of eggshells are 
all carefully disinfected. However, outbreaks of 
Salmonella poisoning continued. Research then ulti- 
mately revealed that, because the egg shell has tiny 
pores, even uncracked eggs which have been left for a 
time on a surface (such as a chicken’s roost) contami- 
nated with Salmonella could become contaminated. 
Subsequently, further research has demonstrated that 
the bacteria can also be passed from the infected 
female chicken directly into the substance of the egg 
prior to the shell forming around it. 


Currently, the majority of Salmonella food poi- 
soning occurs due to unbroken, disinfected grade 
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A eggs, which have become infected through bacteria 
which reside in the hen’s ovaries. In the United States, 
the highest number of cases of Salmonella food poi- 
soning occur in the Northeast, where it is believed that 
about one out of 10,000 eggs is infected with 
Salmonella. 


The only way to avoid Salmonella poisoning is to 
properly cook all food which could potentially harbor 
the bacteria. Neither drying nor freezing are reliable 
ways to kill Salmonella; only sufficient heat can be 
trusted to kill Salmonella. While the most common 
source for human infection with Salmonella bacteria 
is poultry products, other carriers include pets such as 
turtles, chicks, ducklings, and iguanas. Products 
which contain animal tissues may also be contami- 
nated with Salmonella. 


While anyone may contract Salmonella food poi- 
soning from contaminated foods, the disease proves 
most threatening in infants, the elderly, and individu- 
als with weakened immune systems. People who have 
had part or all of their stomach or their spleen 
removed, as well as individuals with sickle cell anemia, 
cirrhosis of the liver, leukemia, lymphoma, malaria, 
louse-borne relapsing fever, or acquired immunodefi- 
ciency syndrome (AIDS) are particularly susceptible 
to Salmonella food poisoning. In the United States, 
about 18% of all cases of food poisoning are caused by 
Salmonella. 


Causes and symptoms 


Salmonella food poisoning occurs most com- 
monly when people eat undercooked chicken or eggs, 
or sauces, salad dressings, or desserts containing raw 
eggs. The bacteria can also be spread if raw chicken, 
for example, contaminates a cutting board or a cook’s 
hands, and is then spread to some other food that isn’t 
cooked. Cases of Salmonella infections in children 
have been traced to the children handling a pet (such 
as a turtle or an iguana) and then eating without first 
washing their hands. An individual who has had 
Salmonella food poisoning will continue to pass the 
bacteria into their feces for several weeks after the 
initial illness. Poor handwashing can allow others to 
become infected. 


Symptoms of Salmonella food poisoning gener- 
ally occur about 12 to 72 hours after the bacteria is 
acquired. Half of all patients experience fever; other 
symptoms include nausea, vomiting, diarrhea, and 
abdominal cramping and pain. The stools are usually 
quite liquid, but rarely contain mucus or blood. 
Diarrhea usually lasts about four days. The entire ill- 
ness usually resolves itself within about a week. 
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While serious complications of Salmonella food 
poisoning are rare, individuals with other medical ill- 
nesses are at higher risk. Complications occur when 
the Salmonella bacteria make their way into the blood- 
stream. Once in the bloodstream, the bacteria can 
invade any organ system, causing disease. Infections 
which can be caused by Salmonella include: 


- bone infections (osteomyelitis) 
+ joint infections (arthritis) 
- infections of the sac containing the heart (pericarditis) 


- infections of the tissues that cover the brain and 
spinal cord (meningitis) 


- liver infections (hepatitis) 
- lung infections (pneumonia) 


- infections of aneurysms (aneurysms are abnormal 
outpouchings that occur in weakened areas of blood 
vessel walls) 


- infections in the center of already-existing tumors or 
cysts 


Diagnosis 


Salmonella food poisoning is diagnosed by exam- 
ining a stool sample. Under appropriate laboratory 
conditions, the bacteria in the stool can be encouraged 
to grow, and then processed and viewed under a 
microscope for identification. 


Treatment 


Simple cases of Salmonella food poisoning are 
usually treated by encouraging good fluid intake in 
order to avoid dehydration. Although the illness is 
caused by a bacteria, studies have shown that using 
antibiotics does not really shorten the course of the 
illness. Instead, antibiotics have the adverse effect of 
lengthening the amount of time the bacteria appear in 
the feces, thus potentially increasing others’ risk of 
exposure to Salmonella. Antibiotics are used when 
Salmonella causes more severe types of infection. 


Prevention 


Efforts to prevent Salmonella food poisoning have 
been greatly improved now that it is understood that 
eggs can be contaminated during their development 
inside the hen. Flocks are carefully tested, and eggs 
from infected chickens can be pasteurized to kill the 
bacteria. Efforts have been made to carefully educate 
the public about safe handling and cooking practices for 
both poultry and eggs. People who own pets that can 
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carry Salmonella are also being more educated about 
more careful handwashing practices. It is unlikely that a 
human immunization will be developed, because there 
are so many different types of Salmonella enteritidis. By 
2000, researchers had developed several poultry vaccines 
that help prevent Salmonella bacteria from infecting 
eggs. As a consequence, cases of people with poultry- 
related Salmonella food poisoning dropped. Recent 
Salmonella outbreaks have come from other sources, 
such as a September 2006 outbreak in Minnesota, 
Massachusetts, and Connecticut caused by tomatoes 
infected with Salmonella typhimurium that were served 
in restaurants. 
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I Salt 


Salt, the most commonly known of which is 
sodium chloride, or table salt, is a compound formed 
by the chemical reaction of an acid with a base. During 
this reaction, the acid and base are neutralized pro- 
ducing salt, water and heat. Sodium chloride, is dis- 
tributed throughout nature as deposits on land created 
by the evaporation of ancient seas and is also dissolved 
in the oceans. Salt is an important compound with 
many uses including food preservation, soap produc- 
tion, and de-icing roads and walkways. It is also the 
primary source of chlorine and sodium for industrial 
chemicals. 
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One of the identifying characteristics of most salts 
is that they have an ionic lattice (a regular arrangement 
of ions) when in a solid crystal state and completely 
dissociate (break down into smaller components) when 
in solution. However, there are many different catego- 
ries of salts, including: 


- Simple salts, such as NaCl, which have only one kind 
of positive ion. 


- Basic salts, such as aluminum hydroxide dichloride 
(Al(OH)CI,), which contain at least one hydroxyl 
group that can act as a base. 


- Acidic salts, such as sodium dihydrogen phosphate 
(NaH>PO,), which still has an acidic proton that can 
neutralize a base. 


-Amphoteric salts, such as aluminum hydroxide 
(Al(OH)3), which can react with either bases or 
acids depending on the conditions. 


- Mixed salts, in which there are two or more different 
cations or anions. An example is sodium zinc uranyl 
acetate, NaZn(UO2)3(CH3COO) *6H20. 


- Double salts, in which two simple salts crystallize 
together such as iron(II) ammonium sulfate hexahy- 
drate (Fe(NH4)2)(SO4)*6H20), which can be crystal- 
lized from an aqueous solution of iron(II)sulfate 
(FeSO,) and ammonium sulfate ((NH4]2SOx). 


In terms of chemistry, a salt can be any compound 
formed by the reaction of an acid with a base. Energy, 
in the form of heat, is given off during this neutraliza- 
tion reaction so it is said to be exothermic. The most 
common salt, sodium chloride (NaCl), is a product of 
the reaction between hydrochloric acid (HCl) and the 
base sodium hydroxide (NaOH). In this reaction, pos- 
itively charged hydrogen ions (H+) from the acid are 
attracted to negatively charged hydroxyl ions (OH-) 
from the base. These ions combine and form water. 
After the water forms, the sodium and chlorine ions 
remain dissolved and the acid and base are said to be 
neutralized. Solid salt is formed when the water evap- 
orates and the negatively charged chlorine ions com- 
bine with the positively charged sodium ions. 


Solid sodium chloride exists in the form of tiny, 
cube-shaped particles called crystals. These crystals 
are colorless, have a density of 2.165 g/cm? and melt 
at 1,472°F (800.8°C). They also dissolve in water, 
separating into the component sodium and chlorine 
ions. This process known as ionization is important to 
many industrial chemical reactions. 


Common salt (sodium chloride) is found through- 
out nature. It is dissolved in the oceans with an average 
concentration of 2.68%. On land, thick salt deposits, 
formed by the evaporation of prehistoric oceans, are 
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widely distributed. These deposits are true sedimen- 
tary rocks and are referred to as rock salt or halite. 


People obtain salt from the environment in many 
different ways. Solid salt deposits are mined directly as 
rock salt and purified. Salt from seawater is isolated by 
solar evaporation. Underground salt deposits are sol- 
ution-mined. This type of mining involves pumping 
water underground to dissolve the salt deposit, recov- 
ering the water with salt dissolved in it, and evaporat- 
ing the water to isolate the salt. 


Beyond being essential to the survival of most plants 
and animals, salt is also used extensively in many indus- 
tries. In the food industry, it is used to preserve meats and 
fish because it can slow down the growth of unhealthy 
microorganisms. It is also used to improve the flavor of 
many foods. In the cosmetic industry, it is used to make 
soaps and shampoos. In other chemical industries, it is 
the primary source of sodium and chlorine, which are 
both raw materials used for various chemical reactions. 
Salt is used when manufacturing paper, rubber, and 
ceramics. In addition, it is commonly used for de-icing 
roads during the winter. 


See also Acids and bases. 


Saltpeter see Potassium nitrate 


| Saltwater 


Saltwater is a geological term that refers to natu- 
rally occurring solutions containing large concentra- 
tions of dissolved, inorganic ions. In addition, this 
term is often used as an adjective in biology, usually 
to refer to marine organisms, as in saltwater fish. 


Saltwater most commonly refers to oceanic waters, 
in which the total concentration of ionic solutes is 
typically about 35 grams per liter (also expressed as 
3.5%, or 35 parts per thousand). As a result of these 
large concentrations of dissolved ions, the density of 
saltwater (1.028 g/L at 4° C) is slightly greater than that 
of freshwater (1.00 g/L). Therefore, freshwater floats 
above saltwater in poorly mixed situations where the 
two types meet, as in estuaries and some underground 
reservoirs. 


The ions with the largest concentrations in marine 
waters are sodium, chloride, sulfate, magnesium, cal- 
cium, potassium, and carbonate. In oceanic waters, 
sodium and chloride are the most important ions, 
having concentrations of 10.8 g/L and 19.4 g/L, 
respectively. Other important ions are sulfate (2.7 g/L), 
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magnesium (1.3 g/L), and calcium and potassium 
(both 0.4 g/L). However, in inland saline waters, the 
concentrations and relative proportions of these and 
other ions can vary widely. 


Other natural waters can also be salty, sometimes 
containing much larger concentrations of salt than the 
oceans. Some lakes and ponds, known as salt or brine 
surface waters, can have very large concentrations of 
dissolved, ionic solutes. These water bodies typically 
occur in a closed basin, with inflows of water but no 
outflow except by evaporation, which leaves salts 
behind. Consequently, the salt concentration of their 
contained water increases progressively over time. For 
example, the Great Salt Lake of Utah and the Dead 
Sea in Israel have salt concentrations exceeding 20%, 
as do smaller, saline ponds in Westphalia, Germany, 
and elsewhere in the world. 


Underground waters can also be extremely salty. 
Underground saltwaters are commonly encountered 
in petroleum and gas well-fields, especially after the 
hydrocarbon resource has been exhausted by mining. 


Both surface and underground saltwaters are 
sometimes “mined” for their contents of economically 
useful minerals. 


Saltwater intrusions can be an important environ- 
mental problem, which can degrade water supplies 
required for drinking or irrigation. Saltwater intru- 
sions are caused in places near the ocean where there 
are excessive withdrawals of underground supplies of 
fresh waters. This allows underground saltwaters to 
migrate inland and spoils the quality of the aquifer for 
most uses. Saltwater intrusions are usually caused by 
excessive usage of ground water for irrigation in agri- 
culture, or to supply drinking water to large cities. 


Samarium see Lanthanides 


l Sample 


In statistics, a sample is a subset of actual observa- 
tions taken from any larger set of possible observations. 
The larger set of observations is known as a population. 
Samples are collected and the results analyzed so the 
inferences (or, conclusions) can be made to the popula- 
tion. Such a procedure is called sampling. For example, 
suppose that a researcher would like to know how many 
hours the average 11th grade student in the United 
States spends studying English literature every night. 
One way to answer that question would be to interview 
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a select number (say 50, 500, or 5,000) of 11th grade 
students and ask them how many hours they spend on 
English literature each evening. The researcher could 
then draw some conclusions about the time spent study- 
ing English literature by all 11th grade students based on 
what he or she learned from the sample that was studied. 


Samples and populations 


Sampling is a crucial technique in the science of 
statistical analysis. It represents a compromise between 
a researcher collecting all possible information on some 
topic and the amount of information that he or she can 
realistically collect. For example, in the example used 
above, the ideal situation might be for a researcher to 
collect data from every single 11th grade student in the 
United States. However, the cost, time, and effort 
required to do this kind of study would be enormous. 
No one could possibly do such a study. 


The alternative is to select a smaller subset of 11th 
grade students and collect data from them. If the 
sample that is chosen is typical of all 11th grade stu- 
dents throughout the United States, the data obtained 
could also be considered to be typical. That is, if the 
average 11th grade student in the sample studies 
English literature two hours every evening, then the 
researcher might be justified in saying that the average 
11th grade student in the United States also studies 
English literature two hours a night. 


Random samples 


The key to using samples in statistical analysis is to 
be sure that they are random. A random sample is one 
in which every member of the population has an equal 
chance of being selected for the sample. For example, a 
researcher could not choose 11th grade students for a 
sample if they all came from the same city, from the 
same school, were of the same sex, or had the same last 
name. In such cases, the sample chosen for study would 
not be representative of the total population. 


Many systems have been developed for selecting 
random samples. One approach is simply to put the 
name of every member of the population on a piece of 
paper, put the pieces of paper into a large fishbowl, 
mix them up, and then draw names at random for the 
sample. Although this idea sounds reasonable, it has a 
number of drawbacks. One is that complete mixing of 
pieces of paper is very difficult. Pieces may stick to 
each other, they may be of different sizes or weight, or 
they may differ from each other in some other respect. 
Still, this method is often used for statistical studies in 
which precision is not crucial. 
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KEY TERMS 


Extrapolation—The process of using some limited 
set of data to make predictions about a broader set 
of data on the same subject. 


Population—Any set of observations that could 
potentially be made. 


Random sample—A sample in which every mem- 
ber of the population has an equal chance of being 
selected for the sample. 


Today, researchers use computer programs to 
obtain random samples for their studies. When the 
U.S. federal government collects statistics on the num- 
ber of hours that people work, the kinds of jobs they 
do, the wages they earn, and so on, they tell a com- 
puter to sift through the names of every citizen for 
whom they have records and choose every hundredth 
name, every five-hundredth name, or to make selec- 
tions at some other interval. Only the individuals 
actually chosen by the computer are used for the sam- 
ple. From the results of that sample, extrapolations 
are made for the total population of all working 
Americans. 


Sample size and accuracy 


The choice a researcher always has to make is how 
large a sample to choose. It stands to reason that the 
larger the sample, the more accurate will be the results 
of the study. Consequently, a smaller sample that is 
used, results in less accurate results. Statisticians have 
developed mathematical formulas that allow them to 
estimate how accurate their results are for any given 
sample size. The sample size used depends on how 
much money they have to spend, how accurate the 
final results need to be, how much variability among 
data are they willing to accept, and so on. 


Interestingly enough, the sample size needed to pro- 
duce accurate results in a study is often surprisingly small. 
For example, the Gallup Poll (which is a public opinion 
poll that is performed by The Gallup Organization) reg- 
ularly chooses samples of people of whom they ask a 
wide variety of questions. The organization is perhaps 
best known for its predictions of presidential and 
other elections. For its presidential election polls, the 
Gallup organization interviews no more than a few 
thousand people out of the tens of millions who 
actually vote. Yet, their results are often accurate 
within a percentage point or so of the actual votes 
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cast in an election. The secret of success for Gallup— 
and for other successful polling organizations—is to 
be sure that the sample they select is truly random; that 
is, that the people interviewed are completely typical 
of everyone who belongs to the general population. 
When invalid populations are used, erroneous predic- 
tions, such as those that took place relative to the 2004 
U.S. presidential election, often occur. 
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| Sand 


Sand is any material composed of loose, stony 
grains between 1/16 mm and 2 mm in diameter. 
Larger particles are categorized as gravel, smaller par- 
ticles are categorized as silt or clay. Sands are usually 
created by the breakdown of rocks, and are trans- 
ported by wind and water, before depositing to form 
soils, beaches, dunes, and underwater fans or deltas. 
Deposits of sand are often cemented together over 
time to form sandstones. 


Pure quartz sands are mined to make glass and the 
extremely pure silicon employed in microchips and 
other electronic components. 


The most common sand-forming process is 
weathering, especially of granite. Granite consists of 
distinct crystals of quartz, feldspar, and other miner- 
als. When exposed to water, some of these minerals 
(e.g., feldspar) decay chemically faster than others 
(especially quartz), allowing the granite to crumble 
into fragments. Sand formed by weathering is termed 
epiclastic. 


Where fragmentation is rapid, granite crumbles 
before its feldspar has fully decayed and the resulting 
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sand contains more feldspar. If fragmentation is slow, 
the resulting sand contains less feldspar. Fragmentation 
of rock is enhanced by exposure to fast-running water, so 
steep mountains are often source areas for feldspar-rich 
sands and gentler terrains are often source areas for 
feldspar-poor sands. Epiclastic sands and the sandstones 
formed from them thus record information about the 
environments that produce them. A sedimentologist 
can deduce the existence of whole mountain ranges 
long ago eroded, and of mountain-building episodes 
that occurred millions of years ago from sandstones 
rich in relatively unstable minerals like feldspar. 


The behavior of sand carried by flowing water can 
inscribe even more detailed information about the 
environment in sand deposits. When water is flowing 
rapidly over a horizontal surface, any sudden vertical 
drop in that surface splits the current into two layers, 
(1) an upper layer that continues to flow downstream 
and (2) a slower backflow that curls under in the lee of 
the dropoff. Suspended sand tends to settle out in the 
backflow zone, building a slope called a “slip face” 
that tilts downhill from the dropoff. The backflow 
zone adds continually to the slip face, growing it 
downstream, and as the slip face grows downstream 
its top edge continues to create a backflow zone. The 
result is the deposition of a lengthening bed of sand. 
Typically, periodic avalanches of large grains down 
the slip face (or other processes) coat it with thin layers 
of distinctive material. These closely-spaced lamina- 
tions are called “cross-bedding” because they angle 
across the main bed. Cross-bedding in sandstone 
records the direction of the current that deposited the 
bed, enabling geologists to map currents that flowed 
millions of years ago (paleocurrents). 


Evidence of grain size, bed thickness, and cross- 
bedding angle, allows geologists to determine how 
deep and fast a paleocurrent was, and thus how steep 
the land was over which it flowed. 


Ripples and dunes—probably the most familiar 
forms created by wind- or waterborne sand—involve 
similar processes. However, ripples and dunes are more 
typical of flow systems to which little or no sand is 
being added. The downstream slip faces of ripples and 
dunes are built from grains plucked from their 
upstream sides, so these structures can migrate without 
growing. When water or wind entering the system (e.g., 
water descending rapidly from a mountainous region) 
imports large quantities of sand, the result is net depo- 
sition rather than the mere migration of sandforms. 


Grain shape, too, records history. All epiclastic 
grains of sand start out angular and become more 
rounded as they are polished by abrasion during 
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transport by wind or water. Quartz grains, however, 
resist wear. One trip down a river is not enough to 
thoroughly round an angular grain of quartz; even a 
long sojourn on a beach, where grains are repeatedly 
tumbled by waves, does not suffice. The well-rounded 
state of many quartz sands can be accounted for only 
by crustal recycling. Quartz grains can survive many 
cycles of erosion, burial, cementation into sandstone, 
uplift, and re-erosion. Recycling time is on the order of 
200 million years, so a quartz grain first weathered 
from granite 2.4 billion years ago may have gone 
through 10 or 12 cycles of burial and re-erosion to 
reach its present day state. An individual quartz 
grain’s degree of roundness is thus an index of its 
antiquity. Feldspar grains can also survive recycling, 
but not as well, so sand that has been recycled a few 
times consists mostly of quartz. 


Sand can be formed not only by weathering but by 
explosive volcanism, the breaking up of shells by 
waves, the cementing into pellets of finer-grained mate- 
rials (pelletization), and the precipitation of dissolved 
chemicals (e.g., calcium carbonate) from solution. 


See also Beach nourishment; Dune; Geochemistry; 
Sediment and sedimentation; Sedimentary environ- 
ment; Sedimentary rock. 
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i Sand dollars 


Sand dollars or “sea biscuits” (phylum Echinodermata, 
class Echinoidea) are closely related to heart urchins 
and sea urchins, although they lack the visible long, 
protective spines of the latter. The body is flattened 
and almost circular in appearance—an adaptation for 
burrowing in soft sediment. It is protected by a tough- 
ened exterior known as the test, and is covered with 
short spines. The most striking feature of a sand dol- 
lar, however, is the distinctive five-arm body pattern 
on the aboral surface. The mouth is located on the 
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opposite side. Unlike sea urchins and most other echi- 
noderms, sand dollars are bilaterally symmetrical. 
Ranging in colors from black to purple, these animals 
live below the low tide mark in all oceans of the world. 


Sand dollars are active burrowing animals and do 
so with assistance from their moveable spines, which 
clear a path through the sediment. They are only 
capable of movement in a forward direction. Some 
species cover themselves with sediment while others 
leave their posterior end exposed. When submerged, 
the animal raises its hind end into the water column, its 
posterior end remaining buried in the sediment. By 
aligning itself at right angles to the water current, it 
is guaranteed a constant source of food. 


Sand dollars feed on tiny food particles that are 
obtained from the sediment while burrowing or from 
the water current. In contrast to the majority of other 
burrowing invertebrates, sand dollars do not ingest 
vast quantities of sediment and sift through the mate- 
rials. Instead, as the materials pass over the animal’s 
body, particles are sorted between the spines; fine food 
items fall to the body where they are trapped in a layer 
of mucus secreted by the spines. Tiny cilia between the 
spines move this mucus to and along a series of special 
grooves on the animal’s body towards the mouth. 
Some species, such as Dendraster exocentricus, feed 
on diatoms and other suspended matter. 


Adult sand dollars are either male or female. During 
the breeding season, large quantities of eggs and sperm 
are released into the sea, where fertilization takes place. 
The resulting larvae are free-living and, after some time 
in the water column, settle to the sea bed and undergo a 
process known as metamorphosis, which results in a 
minute replica of the adult sand dollar. 


| Sandfish 


A sandfish is a sand-dwelling lizard of the family 
Scincidae (a skink) found in desert regions of North 
Africa and southwestern Asia. It receives the name 
“sandfish” because it literally “swims” through the 
loose sand of its preferred habitat. 


Six or seven species of the genus Scincus are called 
sandfish. They range from Algeria, in northwestern 
Africa, to the Sind desert region of Pakistan. The 
best known of these, the medicinal skink (Scincus 
scincus) was used in potions for “the most diverse 
complaints” in the past. 
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Sandpipers 


These lizards are especially modified for living in 
sandy regions. They are 6-7 in (about 20 cm) long, with 
a moderately stout body and a relatively short tail. The 
head is conical with a shovel-shaped snout, and the 
lower jaws are countersunk behind the snout and 
upper jaws—a common adaptation in desert animals 
that prevents sand from getting into the mouth. The 
eyes are rather small and have a transparent “window” 
formed by several large scales in the lower lid. The 
body scales are smooth. The ears are completely cov- 
ered by scales and hidden from view. The limbs are 
well-formed and the toes are flattened and have a 
series of elongated scales along their sides. This pre- 
sumably aids them in walking over the surface of the 
sand at night, but they spend most of their time below 
the surface and move by folding their legs back and 
swimming with sinuous lateral movements. As 
expected in such a habitat, the upper part of the 
body is light tan (sand-colored), with some scattered, 
vertically elongated brown blotches on the sides. The 
lower surface is white. 


The habits and life history of these lizards are little 
known. They presumably feed on insects and other 
desert-dwelling arthropods. 


In 2000, scientists discovered that the skin of the 
sandfish has a lower friction than polished steel, glass, 
or nylon. Research into the biomechanical applica- 
tions of this discovery is ongoing. 


See also Skinks. 


[ Sandpipers 


Sandpipers are a varied group of shore birds in the 
family Scolopacidae, order Charadriiformes. The 86 
species in this family include the sandpipers, curlews, 
snipes, woodcocks, godwits, dowitchers, turnstones, 
and phalaropes. With the exception of Antarctica, 
this family occurs worldwide. Thirty-seven species in 
the sandpiper family breed regularly in North America. 
The smaller species of sandpipers and the closely 
related plovers (family Charadriidae) are commonly 
known as “peeps” to bird watchers, because of their 
high pitched vocalizations. 


It is difficult to describe a “typical” sandpiper. 
Members of this family vary greatly in body size and 
shape, for example, ranging from 5 to 24 in (13-61 cm) 
in body length, with either short or long legs, a beak 
that is straight, curves upward, or curves downward, 
and a neck that is either long or short. There are also 
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A red-backed sandpiper (Calidris alpina) at the Ottawa 
National Wildlife Refuge, Ohio. This bird feeds by probing or 
rapidly “stitching” with its bill (like the needle of a sewing 
machine), leaving a line of tiny holes in the mud. (Robert J. 
Huffman. Field Mark Publications.) 


great variations in color and behavior within this 
group of birds. Because of the enormous variations 
between species, the sandpiper family is extremely 
interesting, but difficult to concisely define. 


Most sandpipers feed actively, by walking and 
running in search of small invertebrates. They typi- 
cally feed by poking their bill into soft mud or soil, 
probing for invertebrates, or the birds pick inverte- 
brates from the surface of the substrate or from debris. 
However, the two species of turnstone, including the 
ruddy turnstone (Arenaria interpres) of North 
America and Eurasia, feed uniquely by turning over 
small stones and beach debris, searching for crusta- 
ceans hiding beneath. Curlews, such as the whimbrel 
(Numenius phaeopus), often eat berries in addition to 
invertebrates. 


Most sandpipers nest on the ground, usually mak- 
ing an open scrape that is well camouflaged by its 
surroundings and difficult to locate. When predators 
or humans are close to the nest, many sandpipers will 
exhibit a distraction display, calling vociferously, run- 
ning nearby on the ground, and sometimes feigning a 
broken wing, all the while attempting to lure the 
intruder safely away from the nest. Sandpiper chicks 
are precocial. That is, they can leave their nest within 
hours of hatching, and they roam and feed under the 
close attention of their parents. 


Many species of sandpipers, especially the larger 
ones, breed monogamously as solitary pairs, which 
often aggressively defend their territory against 
intruders of the same species. However, some species 
of sandpiper have a polyandrous breeding system, in 
which a female mates with one or several males, leav- 
ing them with eggs to incubate and care for, while she 
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lays another clutch to incubate and care for by herself. 
In phalaropes, such as the red-necked phalarope 
(Phalaropus lobatus) of North America and Eurasia, 
it is the female that is relatively brightly colored, and 
who courts the plainer-colored male, who then incu- 
bates the eggs and rears the young. This represents a 
reversal of the usual roles of the sexes. The ruff 
(Philomachus pugnax) of Eurasia has an unusual, pro- 
miscuous courtship and breeding system called 
lekking, in which the male birds (called ruffs) exhibit 
a remarkable array of “ear” and “collar” feathers 
of differing shapes and colors. These are displayed 
erect to each other and to females (called reeves) dur- 
ing a frenzied, communal courtship at a designated 
arena. 


Depending on the species, the appropriate habitat 
of members in the sandpiper family may be shorelines, 
mudflats, wetlands, prairies, tundra, or fields. How- 
ever, most species in this family breed at relatively 
high latitudes of the Northern Hemisphere, with some 
species occurring to the very limits of land on northern 
Greenland and Ellesmere Island. Sandpipers that breed 
at high latitudes undertake long-distance migrations 
between their breeding and wintering ranges. The 
most accomplished migrant is the surfbird (Aphriza 
virgata), which breeds in mountain tundra in central 
Alaska, and winters on the Pacific Coast as far south as 
Tierra del Fuego at the southern tip of South America. 
Other extreme cases are the red knot (Calidris canutus) 
and the sanderling (Calidris alba), which breed in the 
High Arctic of North America (and Eurasia) but winter 
on the coasts of northern South America and Central 
America. 


Other species are more temperate in at least part 
of their breeding range, such as the American wood- 
cock (Philohela minor) of the eastern United States 
and southeastern Canada, and the spotted sandpiper 
(Actitis macularia) of temperate and boreal North 
America. Only a few species breed in the tropics. For 
example, the East Indian woodcock (Scolopax satu- 
rata), closely related to the Eurasian woodcock (S. 
rusticola), ranges from South Asia to New Guinea. 
Only a few species of sandpipers are exclusively of 
the Southern Hemisphere. These include the New 
Zealand snipe (Coenocorypha aucklandica), breeding 
on a few islands in the vicinity of New Zealand, and 
the Tuamotu sandpiper (Aechmorhynchus cancellatus) 
of the Tuamotu Archipelago of the South Pacific 
Ocean. 


Some species of sandpiper are rare and endangered. 
In North America, the Eskimo curlew (Numenius bor- 
ealis) is critically endangered because of overhunting. 
The last observed nest of this species was in 1866, and 
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there have been no confirmed records of the Eskimo 
curlew since the mid-1980s. However, the species can- 
not be considered extinct until all its potential breeding 
sites have been surveyed and until unconfirmed reports 
of sightings stop. Another North American species, 
Cooper’s sandpiper (Pisobia cooperi), apparently became 
extinct in 1833 because of overhunting. Other than its size 
and taste, virtually nothing was learned about this species 
before it disappeared. 


During their migrations, certain species of sand- 
pipers are highly social, sometimes occurring in huge 
flocks of their own species, often mixed with similar 
sized sandpipers and plovers. For example, semipal- 
mated sandpipers (Calidris pusilla) aggregate in individ- 
ual flocks of hundreds of thousands of individuals when 
they stage in the Bay of Fundy of eastern Canada during 
their southward migration. This is a critical habitat for 
these and other shore birds, because they must “fatten 
up” on the large populations of amphipods in tidal 
mudflats of the Bay of Fundy, in preparation for the 
arduous, usually non-stop flight to the wintering hab- 
itats on the coasts of Central America, the Caribbean, 
and northern South America. 


Most species of sandpipers occur predictably in 
large flocks in particular places and seasons, especially 
in their staging habitats during migration and on the 
wintering grounds. Sandpipers and associated shore 
birds are highly vulnerable at these times and places to 
both excessive hunting and habitat loss. These sorts of 
habitats are absolutely critical to the survival of these 
species, and they must be preserved in their natural 
condition if sandpipers and associated wildlife are to 
survive. 


Resources 


BOOKS 


del Hoyo, J., A. Elliott, and J. Sargatal. Handbook of the 
Birds of the World. Vol. 3, Hoatzin to Auks. Barcelona: 
Lynx Edicions, 1996. 


Forshaw, Joseph. Encyclopedia of Birds. 2nd ed. New York: 
Academic Press, 1998. 


Hayman, P., J. Marchant, and T. Prater. Shore Birds. An 
Identification Guide to the Waders of the World. 
London: Croom Helm, 1986. 


Johnsgard, Paul A. The Plovers, Sandpipers and Snipes of the 
World. Lincoln: University of Nebraska Press, 1981. 


Sibley, David Allen. The Sibley Guide to Birds. New York: 
Knopf, 2000. 


Bill Freedman 


Sap see Tree 


3785 


suadidpurs 


Sapodilla tree 


! Sapodilla tree 


The sapodilla, Achra zapota, or plum tree is a 
large evergreen tree native to Central and South 
America. Sapodilla trees can often grow to 100 ft (30 
m) tall with a girth of some 7 ft (2 m). The flowers are 
white to cream in color and usually open at night. The 
seeds of these trees are dispersed by bats, which excrete 
them after consuming the fruit. 


The durable wood of the sapodilla tree is used in 
building construction as well as for making furniture 
and ornaments. It is also desired for its soft, sweet- 
tasting fruit, the sapodilla plum or chiku. However, 
humans have primarily cultivated this species for its 
whitish latex, which is used to produce chicle, the 
elastic component of early forms of chewing gum. 


| Sardines 


Sardines are silvery, laterally-flattened fish. They 
are members of the order Clupeiformes, commonly 
known as the herring order, and the suborder 
Clupeoidei. These fish usually live in warm marine 
waters, are found around the shores of every conti- 
nent, and are an extremely valuable food fish. 


There are four or five families in the order 
Clupeiformes. Two of the families are small: Denticipitidae 
contains only the denticle herring and Chirocentridae 
contains two species wolf herring. The third family, 
Engraulidae, contains various species of anchovies. 
The fourth family, the family Clupeidae, is the largest 
family in the order, containing sardines, true herrings, 
shads, and menhadens. Sardines are classified in three 
to five genera, the most common of which are Sardina, 
Sardinops, and Sardinella. These genera contain 
approximately 22 species. The fifth family in the order 
Clupeformes is Pristigasteridae and contains three gen- 
era, however its classification is under debate. 


General characteristics and habits 


Sardines have a flat body which is covered with 
large, reflective, silvery scales. In the middle of their 
belly, they have a set of specialized scales, known as 
scutes, which are jagged and point backwards. Having 
very small teeth or no teeth at all, sardines eat plank- 
ton, which they filter from the water through their 
gills. While numerous species of sardines live off the 
coasts of India, China, Indonesia, and Japan, single 
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sardine species dominate in areas like the English 
Channel and the California coast. Sardines are basi- 
cally a warm-water fish, but occur as far north as 
Norway. 


Schools, or shoals, of sardines swim near the 
water surface and are primarily marine, although 
some live in freshwater. Most species are migratory; 
in the Northern Hemisphere, for example, they 
migrate northward in the summer and southward in 
the winter. During spring and summer, they spawn. 
After doing this, the young commonly move closer to 
the shore to feed. The young sardines eat plant plank- 
ton (or phytoplankton), while adults eat animal plank- 
ton (zooplankton). All sardine species are important 
prey for larger fish. 


Details about the sardine genera 


The genus of true sardines, Sardina, contains only 
one species, Sardina pilchardus. Also referred to as 
pilchards, these sardines live off of the European 
coast in the Atlantic Ocean and in the Mediterranean 
and Black Seas. Their habitat is limited to areas where 
the temperature measures at or above 68°F (20°C). 
During the past 50 years, they have been found further 
and further northward, probably as a result of increases 
in global and seawater temperatures. 


True sardines grow to about 10-12 in (25-30 cm) in 
body length. Their spawning period is rather long 
because of their wide distribution; in fact, depending 
on their location, fish of this species spawn almost 
continuously somewhere in their habitat. In the 
Northern Atlantic Ocean, these sardines migrate 
northward in the summer and southward in the fall 
to take advantage of better feeding opportunities. 


The largest of the sardine genera, Sardinella, con- 
tains about 16 species, and fish from this genus are 
known by a variety of common names. For example, 
in the eastern United States, people refer to them as 
anchovies and Spanish sardines. In the southern 
Pacific, they are called oil or Indian sardines. These 
sardines inhabit the tropical parts of the Atlantic and 
Indian Oceans as well as the western portion of the 
Pacific Ocean. Sardinella aurita, the largest of all sar- 
dine species, is found in the Mediterranean and Black 
Seas and along the African coast. The majority of fish 
in this genus grow no longer than 4-8 in (10-20 cm) 
long and have only limited commercial value as a food 
source. 


The third genus, Sardinops, contains one species 
(Sardinops sagax) that is known by a variety of com- 
mon names. These are: blue pilchard, blue-bait, the 
Californian pilchard, the Pacific sardine, the Chilean 
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sardine, the Japanese pilchard, the South African pil- 
chard, and the Australian pilchard. They can grow to 
about 12 in (30 cm) long and, with the exception of the 
Australian pilchard, are very important commercially. 


Sardinops sagax is known as the Pacific sardine 
along the coasts of eastern Asia and western North 
America. In North America, they are found from Baja 
California to British Columbia. Although this species 
spawns from January until June, most spawning 
occurs in March and April; and spawning occurs as 
far as 300 nautical miles away from shore. 


Three or four days after spawning, the larvae hatch 
and make their way toward the coast; they measure 
about 3-5 in (7-12 cm). At this point, they are caught in 
large quantities by fishermen and used for bait to catch 
tuna. When they grow to about 7 in (17 cm), they leave 
the coast and meet the adults in the open sea. At two or 
three years old, they measure between 7-10 in (17-25 
cm) and attain sexual maturity. These fish can live as 
long as 13 years. The population of this species is 
declining, probably because of overfishing. 


Sardines are a very important source of food for 
many human populations. In fact, their importance is 
equal to that of the herring. People consume sardines 
in a variety of ways: dried, salted, smoked, or canned. 
People also use sardines for their oil and for meal. 


See also Anchovy. 
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Sarin gas 


Sarin gas (O-Isopropyl methylphosphonofluori- 
date), also called GB, is one of the most dangerous 
and toxic chemicals known. It belongs to a class of 
chemical weapons known as nerve agents, all of which 
are organophosphates. The G nerve agents (including 
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tabun, sarin, and soman) are all extremely toxic, but 
not very persistent in the environment. Pure sarin is a 
colorless and odorless gas, that is extremely volatile, 
and can spread quickly through the air. A lethal dose 
of sarin is about 0.5 milligrams; it is approximately 500 
times more deadly than cyanide. 


History and global production of sarin 


Sarin was first synthesized in 1938 by a group of 
German scientists researching new pesticides. Its name 
is derived from the names of the chemists involved in 
its creation: Schrader, Ambros, Rudriger and van der 
Linde. A pilot plant to study the use of sarin was built 
in Dyernfurth. Although they produced between 500 
kg and 10 tons of sarin, the German government 
decided not to use chemical weapons in artillery dur- 
ing World War II. The Soviet army captured the plant 
at Dyernfurth at the end of the war and resumed 
production of sarin in 1946. 


Between about 1950 and 1956, the United States 
produced sarin. Several other countries also have con- 
firmed or suspected stocks of sarin. 


Sarin as a weapon 


Iraq produced sarin between 1984 and 1985, when 
weapons inspectors were ordered to leave the country. 
Prior to Operation Iraqi Freedom in 2003, Iraq had 
admitted to once having at least 790 tons of the 
nerve agent. In 1987 and 1988, the United Nations 
confirmed that Iraq used a combination of organo- 
phosphorous nerve agents against Kurds in northern 
Iraq. It is estimated that 5,000 people were killed and 
65,000 others were wounded in these attacks. There 
was also extreme environmental damage. 


On March 20, 1995, the Aum Shinrikyo dooms- 
day cult released the nerve agent sarin in a Tokyo 
subway. This incident killed 11 and injured more 
than 5,500 people. Members of the cult left soft drink 
containers and lunch boxes filled with the toxin on the 
floor of subway trains. They punctured the containers 
with umbrellas just as they exited the cars. The attack 
was timed for rush hour, so as to affect as many people 
as possible. Because the sarin was of low quality and 
the affected cars were quickly sealed once the sarin was 
detected, the magnitude of the attack was suppressed. 


Sarin poisoning 


Like other organophosphate nerve agents, sarin inhi- 
bits the break down of the enzyme acetyl-cholinesterase. 
Under normal conditions, this enzyme hydrolyzes the 
neurotransmitteracetylcholine. When sarin is present, 
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the build up of acetyl-cholinesterase results in the 
accumulation of excessive concentrations of acetyl- 
choline in nerve synapses. This overstimulates para- 
sympathetic nerves in the smooth muscle of the eyes, 
respiratory tract, gastrointestinal tract, sweat glands, 
cardiac muscles, and blood vessels. 


After exposure to sarin, symptoms begin within 
minutes. If a person survives for a few hours after expo- 
sure, he or she will likely recover from the poisoning. The 
first symptoms of sarin poisoning include a runny nose, 
blurred vision, sweating and muscle twitches. Longer 
exposures result in tightness of the chest, headache, 
cramps, nausea, vomiting, involuntary defecation and 
urination, convulsions, coma, and respiratory arrest. 


Atropine acts an antidote for nerve agent, includ- 
ing sarin. Atropine binds to one type of acetylcholine 
receptor on the post-synaptic nerve. A second antidote 
is pralidoxime iodide (PAM), which blocks sarin from 
binding to any free acetyl-cholinesterase. Both should 
be administered as soon as possible following expo- 
sure to the toxin. Diazapam can also be used to pre- 
vent seizures and convulsions. Soldiers fighting in 
regions where chemical weapons are likely to be 
deployed are now equipped with a Mark I antidote 
kit containing both atropine and PAM. 
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Juli Berwald 


| Satellite 


While the word satellite simply means some 
object or person that is attendant to another more 
important object or person, in astronomy it has taken 
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on a much more specific meaning. Here the term 
refers to any object that is orbiting another larger 
more massive object under the influence of their 
mutual gravitational force. Thus, any planetary 
moon is most properly called a satellite of that planet. 
For example, Earth’s only natural satellite is called 
the moon. 


Since the word is used to describe a single object, it 
is not used to designate rings of material orbiting a 
planet even though such rings might be described as 
being made up of millions of satellites. In those rare 
instances where the mass of the satellite approaches 
that of the object around which it orbits, the system is 
sometimes referred to as a binary. This is the reason 
that some people refer to the dwarf planet Pluto and its 
moon Charon as a binary dwarf planet system. This 
description is even more appropriate for some recently 
discovered asteroids that are composed of two similar 
sized objects orbiting each other. 


In the late twentieth century, humans began 
launching objects from the Earth that orbit Earth and 
other planets. A tradition has developed to refer to 
these objects as artificially made satellites to distinguish 
them from the naturally occurring kind, such as Earth’s 
moon. Surveillance satellites orbiting Earth have been 
used to measure everything from aspects of the planet’s 
weather to movements of ships. Communications sat- 
ellites revolve about Earth in geostationary orbits 
25,000 mi (40,225 km) above the surface and a recent 
generation of navigation satellites enables one’s loca- 
tion on the surface of Earth to be determined with 
errors measured in centimeters. Such a system is called 
the global positioning system (GPS). 


Different types of satellites built by humans include: 
astronomical satellites (used to observe celestial 
bodies); communications satellites (used for telecom- 
munications); Earth observation satellites (used to 
observe Earth from a civilian standpoint); navigation 
satellites (such as GPS); reconnaissance satellites (used 
to observe Earth from a military standpoint); space 
station satellites (designed to house humans for 
extended periods of time); and weather satellites 
(used to observe and predict the weather of Earth). 


Astronomical satellites have been placed in orbit 
about the sun, moon, Mars, Venus, Jupiter, Saturn, 
and Uranus to provide detailed maps of their surfaces 
and measure properties of their surrounding environ- 
ment. This series of satellites is being extended by the 
United States to the dwarf planet Pluto when the 
Pluto-Kuiper Belt Mission, or New Horizons mission, 
was launched by NASA on January 19, 2006 from 
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Intelsat VI floating over Earth. Within hours of this shot, astronauts grabbed the satellite, attached a perigee stage, and released 
it back into space. (U.S. National Aeronautics and Space Administration [NASA].) 


Cape Canaveral, Florida. It was sent directly into an 
Earth- and solar-escape trajectory on its way to Pluto, 
Charon, and the Kuiper Belt (a large region of icy, 
rocky bodies located past the orbit of Neptune and 
continuing past Pluto’s orbit). The New Horizons 
mission will be the first reconnaissance of Pluto and 
Charon. After leaving the two prime celestial bodies, 
the probe will go on to explore objects in the Kuiper 
Belt. As of September 2006, the Pluto-Kuiper Belt 
mission should encounter Pluto and Charon in the 
summer of 2015, with a target date (as of June 2006) 
of July 14. Observations of Kuiper Belt Objects past 
Pluto should occur approximately between 2016 and 
2020. Other countries are also sending astronomical 
satellites to planets and other bodies within the solar 
system. Some of these countries include: China, 
Australia, Israel, India, Japan, Russia, and the coun- 
tries of the European Space Agency (such as France 
and England). 


Spacecraft missions to other planets in the solar 
system have revealed the existence of numerous pre- 
viously unknown natural satellites. In addition, the 
nature of many of the planetary satellites has become 
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far clearer because of these voyages. It is said thatmore 
information concerning the four major Galilean 
Satellites of Jupiter was gained from the first flyby by 
Pioneer 10 than had been gained since the time of 
Italian astronomer and physicist Galileo Galilei 
(1564-1642). The knowledge gained from the satellites 
in the solar system have revealed considerable insights 
into their formation and evolution. As scientists con- 
tinue to probe the solar system, there can be little 
doubt that the scientific knowledge of the satellites of 
the planets will continue to broaden human under- 
standing of planetary moons and the nature of the 
solar system as a whole. 


See also Gravity and gravitation; Space probe. 


Satellite and weather see Atmosphere 
observation 


Saturated fat see Fat 
Saturated hydrocarbons see Hydrocarbon 


Saturated solution see Solution 
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Saturn 


| Saturn 


Saturn, sixth planet from the sun, is the most 
remote of the planets that were known to ancient 
astronomers. Saturn is a gas giant with no solid sur- 
face; it is 9.45 times wider than the Earth and 95 times 
more massive. It is circled by hundreds of rings con- 
sisting of small, ice-covered particles and is also host to 
56 confirmed natural satellites (as of 2006), including 
Titan, largest moon in the solar system and the only 
one with an extensive atmosphere. 


Basic characteristics 


Saturn orbits the sun at a mean distance of 9.539 
astronomical units (AU, where 1 AU is the average 
distance between Earth and the sun). Its slightly eccen- 
tric (noncircular) orbit, however, allows the planet to 
be far from the sun as 10.069 AU and as close as 9.008 
AU. Saturn takes 29.46 Earth years to complete one 
orbit around the sun. Saturn has an equatorial diame- 
ter of 74,855 mi (120,540 km), making it the second- 
largest planet in the solar system (Jupiter is about the 
same size as Saturn but is 3.35 times more massive). 
Saturn spins on its axis 2.25 times more rapidly than 
Earth, that is, every 10 hours 14 minutes. This rapid 
rotation causes it to be 8,073 mi (13,000 km) wider at 
the equator than it is from pole to pole. 


Saturn has an average density of 0.69 g/cm*, less 
than that of water (1.0 g/cm?) and lowest of all the 
planets in the solar system. This low density indicates 
that the planet must be composed mainly of hydrogen 
and helium (the most abundant elements in the uni- 
verse). Theoretical models suggest that Saturn has a 
rocky inner core that accounts for only about 26% of 
its mass. This central core is surrounded by a thick 
layer of liquid metallic hydrogen, a form of hydrogen 
that occurs only under extreme pressure. This mantle 
is surrounded by an atmosphere composed mostly of 
molecular hydrogen and helium that is liquid at its 
base and gradually becomes less dense at higher alti- 
tudes, finally becoming a gaseous atmosphere at the 
highest levels. 


When the two Voyager spacecraft flew past 
Saturn in 1980 and 1981, they confirmed that Saturn 
has a magnetic field. Like Jupiter’s magnetic field, 
Saturn’s is probably produced in the planet’s metallic- 
hydrogen mantle. The magnetic field at Saturn’s cloud 
tops, however, is about one tenth that observed on 
Jupiter. Indeed, Saturn’s equatorial magnetic field is 
only about two-thirds as strong as Earth’s. 
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Careful measurements of Saturn’s energy budget 
(balance of energy absorbed versus energy radiated) 
show that the planet radiates 1.5 to 2.5 times more 
energy into space than it receives from the sun. This 
radiated energy indicates that the planet must have an 
internal heat source. Scientists accept that Saturn 
draws its extra energy from two sources: (1) heat left 
over from the planet’s formation approximately 4.5 
billion years ago, still radiating out into space, and (2) 
the raining out of atmospheric helium. Just as water 
condenses in terrestrial clouds to produce rain, drop- 
lets of liquid helium form in Saturn’s atmosphere. As 
these droplets fall through Saturn’s atmosphere they 
acquire kinetic energy. This energy is absorbed into 
deeper layers where the droplets meet resistance and 
slow their fall, and the temperature in those regions 
increases. This thermal energy is eventually circulated 
by convection back up through the higher layers of the 
atmosphere and radiated into space. The helium rain- 
ing out of Saturn’s upper layers is left over from the 
planet’s formation; in about two billion more years all 
of Saturn’s helium will have sunk deep into the planet, 
at which time heating by helium condensation will 
cease. 


Support for the helium-condensation model was 
obtained during the Voyager encounters, when it was 
found that the abundance of helium in Saturn’s atmos- 
phere was much lower than that observed in Jupiter’s. 
Upper-atmospheric depletion of helium has not yet 
occurred on Jupiter because its atmosphere has only 
recently become cool enough to permit helium con- 
densation; on Saturn, in contrast, helium has been 
raining out for about two billion years, settling half 
the available helium toward the core. 


Saturn’s atmosphere 


The intensity of sunlight at Saturn’s orbit is about 
one hundredth that at Earth’s orbit and about one 
fourth that the orbit of Jupiter. Consequently, and in 
spite of its internal heat sources, Saturn’s surface is 
cold. When compared at levels with corresponding 
pressures, Saturn’s atmosphere is some 270°F (150°C) 
cooler than Earth’s and about 90°F (50°C) cooler than 
Jupiter’s. 


The atmospheres of both Saturn and Jupiter fea- 
ture distinctive banded structures, horizontal zones of 
wind flowing in opposite directions at high speeds 
(e.g., 1,100 mph [1,800 km/hr] at Saturn’s equator). 
Jupiter and Saturn’s zonal jets, as these winds are 
termed, are, according to one theory, the surface man- 
ifestations of gigantic, counter-rotating cylindrical 
shells of fluid in these planets’ interiors. Such cylinders 
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Saturian satellites larger than 200 km in diameter(2) 


Name Diameter (km) Density (kg/m) 


Mean distance 


Albedo (10,000 km) Orbital period (day) 


Phoebe 220 = 

Hyperion 255 = 

Mimas 390 1,200 
Enceladus 500 1,100 
Tethys 1,060 1,200 
Dione 1,120 1,400 
lapetus 1,460 1,200 
Rhea 1,530 1,300 
Titan 5,550 1,880 


0.05 12,960 
0.3 1,481 
0.8 187 
1.0 238 
0.8 295 
0.6 378 
0.08-0.4 3,561 
0.6 526 
0.2 1,221 


550.46 
21.276 
0.942 
1.370 
1.888 
2.737 
79.331 
4.517 
15.945 


(2) Distances are given in units of 1,000 km. The albedo is a measure of the amount of sunlight reflected by the satellite. An albedo of zero corresponds to no 


reflection, while an albedo of unity corresponds to complete reflection. 


Table 1. Saturian Satellites Larger than 200 KM in Diameter’. (Thomson Gale.) 


form because fluids in a rotating body tend to align 
their motions with the body’s axis of rotation (in this 
case, the planet’s); where the edges of these cylinders 
contact the approximately spherical outer surface of 
the planet, matching zonal jets are produced in the 
northern and southern hemispheres. 


Saturnian storms 


The outermost regions of Saturn’s hydrogen- 
helium atmosphere support ammonia, ammonium 
hydrosulfide, and water clouds. Saturn’s storm fea- 
tures are not as pronounced or as long-lived as those 
observed on Jupiter, and Saturn has no weather fea- 
ture as long-lived as Jupiter’s Great Red Spot. 
However, isolated spots and cloud features are occa- 
sionally distinguishable from Earth. English astrono- 
mer William Herschel (1738-1822), for example, 
reported seeing small spots on Saturn’s disk in 1780. 
Since that time, however, very few other features have 
been reported. The most dramatic recurring feature 
observed on Saturn is its Great White Spot. This 
feature was first observed by American astronomer 
Asaph Hall (1829-1907) on December 7, 1876, and 
six subsequent displays have been recorded. A Great 
White Spot was observed by the Hubble Space 
Telescope in 1990; smaller spots are observed in most 
Saturnian summer seasons. 


All the white spots observed on Saturn are thought 
to be giant storm systems. When they first appear, the 
Great White Spots—the largest of these storms—are 
circular in form and some 12,420 mi (20,000 km) in 
diameter. Atmospheric winds gradually stretch and 
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distort the spots into wispy bands, which can often be 
seen for several months. All of the Great White Spots 
have been observed in Saturn’s northern hemisphere, 
with a recurrence interval equal to one Saturnian year 
(29.51 years). That the storms tend to repeat every 
Saturnian year suggests that they are a seasonal effect, 
with the storms being produced whenever Saturn’s 
northern hemisphere is at maximum tilt toward the 
sun. It is likely that storms also occur in Saturn’s south- 
ern hemisphere when it is tilted toward the sun, but the 
angle for viewing such events from Earth is not favor- 
able. It is assumed that the Great White Spots are 
produced by an up-welling of warm gas. Indeed, they 
have been likened to atmospheric belches. In this man- 
ner, the spots are similar to the cumulonimbus thun- 
derheads observed in terrestrial storm systems. The 
prominent white color of the Saturnian storms is due 
to the freezing-out of ammonia ice crystals. These crys- 
tals form as the warm gas pushes outward into the 
frigid outer layers of the planet’s atmosphere. 


Saturn’s rings 


When Italian astronomer Galileo Galilei (1564— 
1642) first pointed his telescope towards Saturn in 
1610, he saw two features protruding from the planet’s 
disk. These puzzling side-lobes were in reality Saturn’s 
ring feature, though Galileo’s telescope was too small 
to resolve their shape and extent. When these side- 
lobes started vanishing, as the rings began gradually 
assuming a position edgewise to Earth, Galileo was 
not able to explain the nature of his observations. 
Dutch astronomer Christiaan Huygens (1629-1695) 
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Saturn, the second largest planet in the solar system, and its system of rings. (U.S. National Aeronautics and Space Administration 
[NASA].) 


was the first scientist to suggest, in 1659, that Saturn 
was surrounded by a flattened ring. 


Soon after Huygens had suggested that a ring 
existed around Saturn, the Italian-born French 
astronomer Jean-Dominique Cassini (1625-1712) dis- 
covered, in 1675, that there were in fact several distinct 
rings about the planet. Several divisions in Saturn’s 
rings are now recognized, the dark band between the A 
and B rings being known as the Cassini Division. The 
A ring is further subdivided by a dark band termed the 
Encke Division after German astronomer Johann 
F. Encke (1791-1865), who first observed this feature 
in 1838. 


Saturn’s rings are best seen when the planet is near 
opposition, that is, at its closest approach to Earth. At 
this time, the rings are seen at the greatest angle 
(Figure 1). The rings are aligned with Saturn’s equa- 
tor, thus tilted at 26.7 degrees to the ecliptic (i.e., the 
plane of the planets’ orbits about the sun). During the 
course of one Saturnian year the rings, as seen from 
Earth, are alternately viewed from above and below. 
Twice each Saturnian year (i.e., once every 15 years) 
the rings are seen edge-on, an event termed a ring- 


plane crossing. That the rings nearly disappear from 
when seen edge-on indicates that they must be thin. 
Recent measurements suggest that the rings are no 
more than 1.24 mi (2 km) thick. 


That the rings of Saturn cannot be solid was first 
proved mathematically by Scottish physicist James 
Clerk Maxwell (1831-1879) in 1857. Maxwell showed 
that a solid planetary disk would literally tear itself 
apart, and concluded that the rings must be composed 
of orbiting particles. Subsequent observations have 
confirmed Maxwell’s deductions, and it is now 
known that the rings are made of pieces of ice and 
ice-coated rock varying in size from dust particles to 
chunks on the order of 10 yards across. 


Images obtained by the Voyager and Pioneer space 
probes have shown that Saturn’s rings are really com- 
posed of numerous ringlets. The apparently empty 
regions between ringlets are thought to be caused 
both by gravitational resonance with Saturnian 
moons (which boost particles out of those regions by 
delivering periodic pushes or pulls) and by a mecha- 
nism called shepherding. Just as gaps (Kirkwood gaps) 
have been produced in the asteroid belt through 


Enceladus, one of Saturn’s seven intermediate moons, is the 
most reflective body in the solar system, largely because its 
surface is a thin crust of new ice. It is thought that the crust is 
continually being fractured and recoated from the interior. 
(U.S. National Aeronautics and Space Administration [NASA].) 


gravitational resonance with Jupiter, so gaps have been 
formed in Saturn’s rings due to resonance with its 
major satellites. The Cassini Division, for example, is 
the result of a 2-to-1 resonance with the moon Mimas. 
Some of the narrower rings, on the other hand, are 
believed to be maintained as distinct objects by shep- 
herding satellites. Orbiting nearby on either side of a 
ring, the shepherding satellites prevent the ring par- 
ticles from dispersing into higher or lower orbits. The 
faint F ring, 62 mi (100 km) wide, for example, is 
maintained by two small satellites, Prometheus (62 mi 
[100 km] in diameter) and Pandora (56 mi [90 km] in 
diameter). Indeed, the F ring, which was discovered by 
the Pioneer I] space probe in 1979, shows some 
remarkably complex structures, with the ring being 
made of several interlaced and (apparently) braided 
particle strands. 
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In 1995 and 1996, ring-plane crossings occurred 
three times with respect to Earth, as well as once with 
respect to the sun. This provided a unique opportunity 
for observing the rings and satellites of Saturn, since 
glare from the rings is greatly reduced during ring plane 
crossing, enabling astronomers to observe faint objects. 
On the ring-plane crossing of May 22, 1995, the Hubble 
Space Telescope discovered four new Saturn moons, 
including a third shepherd satellite which may account 
for the braiding of the F ring. The Hubble also discov- 
ered that the orbit of Prometheus had shifted, perhaps 
due to a collision with the F ring. During the August 
10, 1995, ring plane crossing, the Hubble detected 
clouds of debris near the outer edge of the ring system. 
These may be the remains of small satellites shattered 
in collisions. These clouds may be the source of mate- 
rial for Saturn’s rings. 


Saturn’s icy moons 


Saturn has many satellites. The known Saturnian 
moons range in size from a few tens of kilometers up to 
several thousand kilometers in diameter (Table 1). In 
all, as of October 2006, 56 Saturnian moons have been 
discovered (and confirmed) and 35 have received offi- 
cially sanctioned names from the International 
Astronomical Union. Titan, Saturn’s largest moon 
and the first to be discovered, was first observed by 
Huygens in 1655. The satellites discovered by Cassini 
were Iapetus (1671), Rhea (1672), Dione (1684), and 
Tethys (1684). Herschel discovered Mimas and 
Enceladus in 1789. The latest of Saturn’s moons to 
be named was the 3.7 to 5.0 mi (6 to 8 km) in diameter 
Daphnis, which was discovered by the Cassini 
Imaging Science Team on May 6, 2005, from images 
taken by the Cassini space probe. It is located within 
the Keeler Gap within the A ring. 


The densities derived for the larger Saturnian 
moons are all about | g/cm*; consequently their inte- 
riors must be composed mainly of ice. All of the larger 
Saturnian satellites except Phoebe were photographed 
during the Voyager flybys, and while the images 
obtained showed, as expected, extensive impact cra- 
tering, they also revealed many unexpected features 
indicating that several of the satellites had undergone 
extensive surface modification. This observation sup- 
ports an ice composition for these satellites, as ice— 
even the extremely cold, extremely rigid ice of the 
moons of the outer solar system—is easier to melt or 
deform than rock. 


The Voyager images showed that Rhea and Mimas 
have old, heavily cratered surfaces, just as one would 
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Saturn 


Cassini division 


Encke division 


Earth 
(to same scale) 


1.00 radius = 60,330 km = 9".74 (at mean opposition distance) 


Figure 1. Main ring features visible from Earth. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


expect for small, geologically inactive bodies. Images of 
Mimas revealed a remarkably large impact crater, sub- 
sequently named Herschel, that was nearly one-third 
the size of the satellite itself. If the body that struck 
Mimas to produce Herschel had been slightly larger it 
probably would have shattered the moon to pieces. 


In contrast to Rhea and Mimas, the surfaces of 
Dione and Tethys, while still heavily cratered, show 
evidence for substantial resurfacing and internal activ- 
ity. Both moons were found to support smooth, planar 
regions suggesting that icy material has oozed from 
the interior to the surface. The Saturnian moon that 
shows the greatest evidence for resurfacing and inter- 
nal activity is Enceladus. The surface of this moon is 
covered by a patchwork of smooth, icy surfaces, so 
shiny that they reflect nearly 100% of the light that 
strikes them. Even the most heavily cratered regions 
on Enceladus show fewer craters than the other 
Saturnian satellites. Enceladus also shows many sur- 
face cracks and ridges. Planetary geologists believe 
that the smooth regions on the surface of Enceladus 
may be no older than 100 million years. Since bodies as 
small as Enceladus, which is some 310 mi (500 km) in 
diameter, should have cooled off very rapidly after 
their formation, it is still unclear how such recent 


3794 


resurfacing could have taken place. Orbital resonance 
with Dione may supply the heat needed to keep the 
interior of Enceladus liquid. 


Voyager images of Iapetus revealed a remarkable 
brightness difference between the moon’s leading and 
trailing hemispheres. Iapetus, just like the other 
Saturnian moons, circles Saturn in a synchronous 
fashion, that is, it keeps the same hemisphere directed 
toward Saturn at all times (just as the moon orbits 
Earth). The images recorded by Voyager showed that 
the leading hemisphere, the one that points in the 
direction in which Iapetus is moving about Saturn, is 
much darker than the trailing hemisphere. Indeed, 
while the trailing hemisphere reflects about 40% of 
the light that falls on it, the leading hemisphere reflects 
only about 8%. The leading hemisphere is so dark, in 
fact, that no impact craters are visible. The most prob- 
able explanation for the dark coloration on Japetus is 
that the moon has swept up a thick frontal layer of 
dark, dusty material as it orbits around Saturn. 


Titan is the most remarkable of Saturn’s moons. 
With a diameter in excess of 3,100 mi (5,000 km), Titan 
is larger than the planet Mercury. The suggestion that 
Titan might have an atmosphere appears to have been 
first made by the Spanish astronomer Jose Comas 
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Sola (1868-1937), who noted in 1903 that the central 
regions of the moon’s disk were brighter than its limb 
(outer portions of its disk). Convincing spectroscopic 
evidence for the existence of a Titanian atmosphere 
was obtained in 1944 by American astronomer Gerard 
P. Kuiper (1905-1973). 


Initial Earth-based observations revealed that Titan 
had an atmosphere containing methane and ethane. The 
Voyager I space probe, however, showed that Titan’s 
atmosphere is mostly nitrogen, with traces of propane, 
acetylene, and ethylene. The atmospheric pressure at 
Titan’s surface is nearly that at sea-level on Earth. 


Titan’s aerosol-hazy atmosphere is estimated to be 
about 250 mi (400 km) thick, with the main body of the 
satellite being about 3,200 mi (5,150 km) in diameter. 
The escape velocity from Titan is a mere 1.5 mi/sec (2.5 
km/sec), which should have made escape of atmospheric 
gasses easy; the most likely reason that Titan has main- 
tained its atmosphere is that the Saturnian system itself 
originally formed at a low temperature. Titan’s present- 
day surface temperature is about —200°F (90K). 


Titan’s atmosphere is a distinctive dull orange 
color. Telescopic measurements at optical wavelengths 
have not been able to probe the surface of Titan; the 
atmospheric haze that surrounds the moon is too thick. 
However, bservations made at infrared wavelengths 
have been able to observe surface features, and Mark 
Lemmon and co-workers at the University of Arizona 
reported in early 1995 that Titan, as might well be 
expected, is in synchronous rotation about Saturn. 
The world’s largest telescope, the Keck telescope on 
Mauna Kea in Hawaii, detected dark areas on Titan in 
1996 that scientists consider may be liquid seas of 
hydrocarbons formed in Titan’s atmosphere by the 
action solar radiation and rained onto the surface. 


One of the many interesting features revealed by 
the Voyager space probes was that Titan’s atmosphere 
exhibits a distinct hemispherical asymmetry at visual 
wavelengths. The asymmetry observed on Titan is dif- 
ferent from that seen on Japetus, in the sense that the 
division on Titan is between the north and south hemi- 
spheres, rather than the leading and trailing hemi- 
spheres. When the Voyager probes imaged Titan, the 
northern hemisphere was slightly darker than the 
southern hemisphere. Follow-up observations of 
Titan made with the Hubble Space Telescope found 
that the hemispherical color asymmetry had switched 
during the ten years since the Voyager encounters, with 
the southern hemisphere being the darker one in 1990. 
Scientists believe that the color variation and hemi- 
sphere switching is a seasonal heating effect driven by 
periodic changes in Saturn’s distance from the sun. 
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KEY TERMS 


Albedo—The fraction of sunlight that a surface 
reflects. An albedo of zero indicates complete 
absorption, while an albedo of unity indicates total 
reflection. 


Oblateness—A measure of polar to equatorial flat- 
tening. A sphere has zero oblateness. 


Shepherding satellite—A satellite that restricts the 
motion of ringlet particles, preventing them from 
dispersing. 


The spacecraft Cassini, launched in 1997, traveled 
seven years (and 2.175 billion mi [3.5 billion km]) to 
reach Saturn on June 30, 2004. Cassini began sending 
back images and data to Earth a few days later. It will 
spend until 2008 probing the Saturnian system. 
Cassini, the first spacecraft to visit Saturn since 
Voyager 2 and the first spacecraft ever to take up 
orbit around Saturn, will observe Saturn’s atmos- 
phere, magnetic field, rings, and moons. 


Cassini released its Huygens Probe on December 
25, 2004. Huygens carried six science instruments 
onboard in order to study the dynamics of Titan’s 
atmosphere and information on its surface. During 
its descent, its camera took more than 750 images. 
Huygens five other instruments took samples of 
the atmosphere to determine its composition and 
structure. The probe landed on Titan on January 14, 
2005. 


Cassini contains a number of specialized cameras 
and other instruments. The Magnetosphere Imaging 
Instrument (MIMI), for example, is allowing the first- 
ever imaging of a planet’s magnetic field. MIMI is 
obtaining images of the plasma and radiation sur- 
rounding Saturn and enveloping its moons and is 
observing the glow of Titan’s exosphere (highest 
layer of atmosphere) caused by bombardment of 
high-speed protons trapped in Saturn’s magnetic field. 


The instruments onboard Cassini and Huygens 
are continuing to provide data and images of the 
Saturnian system. After the primary mission to study 
Saturn and its moons is finished, Cassini may fly closer 
to Saturn and pass inside the G ring while evading 
the regions known to contain a high density of poten- 
tially damaging ring particles. The spacecraft may 
also be sent into orbit around Titan to make a closer 
study. 


See also Kepler’s laws; Planetary ring systems. 
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| Savanna 


A savanna is a plant community characterized by 
a continuous grassy layer, often with scattered trees or 
shrubs, that is subject to regular, severe drought and 
occasional bush fires. A savanna is also the flat, open 
landscape in which such plant communities thrive. 
The word savanna comes from the Taino word 
zabana, which was used to describe a grassy, treeless 
plain. (Taino was the language of a now extinct Native 
American group that lived in the Greater Antilles and 
Bahamas.) The word entered the English, French, and 
Spanish languages almost simultaneously, between 
1529 and 1555, as a result of Spanish exploration of 
the Caribbean. 


Savannas occur in a broad band around the globe, 
occupying much of the land in the tropics and semi- 
tropics that is not a rain forest or a desert. Savanna 
grasslands occur predominantly in South America, 
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Africa, Madagascar, the Indian subcontinent, and 
northern Australia. Over time, the original meaning 
of savanna as a treeless, grassy plain has been lost, and 
the scientific definition has becoming increasingly 
broad. Thus, the term now encompasses the treeless 
grasslands of Florida; the grasslands with palm trees 
in the Orinoco basin in Venezuela; the open pampas, 
semi-enclosed cerrados, and thorny, brushy caatingas 
of Brazil; the woodlands (miombo) and park like grass- 
lands (veldt) of southern Africa; and various grass- 
lands in Asia that resulted from cutting of forests 
over the centuries. Overall, savanna accounts for 
20% of the land cover on Earth, and some savanna 
is to be found on every continent. 


Savannas still defy adequate classification, although 
several complex schemes have been developed that take 
into account soil types, distance between plants, average 
height of the woody layer in relation to the herbaceous 
(grassy) layer, and similar quantifiable factors. A useful 
four-part descriptive classification divides savannas 
according to the increasing proportion of trees and 
shrubs: grassy savannas, open savannas, closed savan- 
nas, and woodland. Even in the most heavily wooded 
savannas, however, where trees may reach 40% of the 
cover, the primary flow of energy and nutrients is still 
through the grassy layer. 


The water economy 


Water—its availability, its timing, its distribu- 
tion—is the primary factor shaping the dynamics of 
the savanna ecosystem. The savanna experiences 
recurrent episodes of drought lasting 4-8 months out 
of the year. During the xeropause, or “dry spell,” plant 
activities—growing, dying, decomposing—continue, 
but at vastly reduced rates. Studies have shown that 
resistance to drought is more important to savanna 
vegetation than resistance to fire. The plants that 
thrive in the savannas employ many strategies to 
exploit available water and to survive the xeropause. 
The mechanisms of survival endow the savanna with 
its characteristic appearance. 


The common savanna grasses grow in tussock 
form; from protected underground growing points the 
seasonal grasses grow in a bunch 12 in (30 cm) high or 
higher. A dense root system allows the individual plant 
to survive the annual drought, when the aerial (above- 
ground) grasses die. Typical savanna grasses are the 
sedges (Latin family name, Cyperaceae), the true 
grasses (Gramineae), and the bunch grasses (for exam- 
ple, the genera Andropogon and Stipa). The grasses are 
chiefly of the C4 group; that is, they follow the C4 
pathway of photosynthesis, which benefits from high 
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Zebras on the savanna in Masai Mara, Kenya. (JLM Visuals.) 


light intensity (such as is found in the tropics), high 
temperatures, and high evaporation rates. The domi- 
nance of C4 grasses is a useful way to demarcate sav- 
annas from temperate grasslands, where the grasses are 
predominantly of the C3 group. 


The primary water recruitment strategy of savanna 
tree species is to maintain an extensive root system. The 
root system may extend deep underground, sometimes 
reaching the water table, or it may be a shallow, lateral 
system designed to harvest water over a broad area. 
The leaves of the trees are often tough and fibrous; they 
may be leathery, sandpapery, or hairy—all features 
that enable them to husband water. Most leaves are 
lost during the dry period. Thorns, which may repre- 
sent leaves that have been reduced through evolution to 
save water, are common on African savanna tree and 
shrub species. Many savanna tree types are unfamiliar 
to North Americans. The more familiar ones are 
Eucalyptus, Acacia, and Adansonia, the last of which 
includes the storied baobab tree. Seeds grow within 
thick casings that allow them to survive until the first 
rainfall before germinating. And in the midst of this 
thorny, corky, leathery protection, delicate, showy 
flowers bloom briefly on grasses and shrubs. 
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Having survived the dry season, savanna plants 
next must survive the rainy season, which is not simply 
a respite from drought but a completely different life 
episode. For many savanna grasses, the entire repro- 
ductive cycle must be accomplished during the rainy 
season. As the new leaves, which serve photosynthesis, 
and new flowers are borne in close succession, the 
energy needs of the grasses zoom upward. These 
energy-consuming activities must then be reined in 
and shut down to a semidormant state in preparation 
for the next dry period. This general pattern has shown 
some partitioning, with precocious species blooming 
even before the start of the rainy season, early and 
intermediate bloomers blooming serially during the 
rainy season, and late bloomers blooming at the end 
of the rainy season or after the start of the dry season. 
The temporal niching strategies of similar species may 
take advantage of different nutrient availability, or 
may be driven by some other, unknown factor. For 
each species, however, the cycle of growth and dor- 
mancy is driven by water availability, not by genetics. 


In contrast to the grasses, savanna trees may con- 
duct the entirety of their reproductive cycle during 
the dry season. Such a strategy would maximize the 
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amount of foliage available for photosynthesis during 
the rainy season. 


Besides water, other primary factors that affect 
the savanna ecosystem are fire and soil type. Fire 
triggers the growth of seeds, protected in seed beds 
underground during the dry season. Fire also limits 
the growth of trees, maintaining the distinction 
between savanna and forest. In particular, juvenile 
trees that have not reached a certain height are suscep- 
tible to fire; the lack of young trees contributes to the 
open appearance of a savanna. Some fires result from 
lightning strikes, but the majority are set by humans as 
part of hunting or agricultural pursuits. Fire improves 
soil by adding the nutrients calcium, magnesium, and 
potassium, which occur in the ashes, to the soil. The 
timing of fire—early or late in the dry season—is 
critical, however, and the ideal time seems to differ 
for different plant associations. 


Soil determines whether the deep roots will grow 
to their potential length. Different soils have different 
moisture-holding and drainage capacities. The soils 
underlying savannas cover a wide range of types, and 
it is thought that at least some of these soils are inhos- 
pitable to tree growth, thereby maintaining the char- 
acteristic physiognomy of the savanna. Soil type and 
bedrock geology have a major controlling influence 
over the plant communities that will grow in them. 
Depending on their structure, degree of porosity, and 
so forth, the major soil types may determine whether a 
savanna is classified as moist or arid, independent of 
the amount of rainfall. There is usually a noticeable 
disconformity in soil type at the boundary between 
forest and savanna, and again at the boundary 
between savanna and desert. 


The faunas of the savannas 


The wild animals most commonly associated with 
savannas are herbivores, browsers of grass, palatable 
shrubs, and tree leaves, and the carnivores that prey on 
them. The greatest species richness occurs on the 
African savannas, where climatic changes over geolog- 
ical time have favored the evolution and branching of 
many different animal species. Indeed, it is probable 
that the first bipedal humans walked upright on 
African savannas. The best-known species of African 
herbivores include the elephant, rhinoceros, zebra, 78 
species of antelopes and buffalo, hippopotamus, pig, 
oryx, gemsbock, impala, waterbuck, kudu, eland, and 
hartebeest. On the Serengeti plains in Tanzania and 
elsewhere in Africa the proximity of different types of 
savanna vegetation, affording browse at different times 
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KEY TERMS 


Primary consumer—An organism that consumes 
primary producers as food; the latter are organ- 
isms—chiefly green plants—that convert simple 
organic substances to more complex ones that 
can be used as food. 


Xeropause—A period of low biological activity in 
plants as a consequence of insufficient water. 


of the year, has led to the great annual migrations of 
wild game. 


In savanna ecosystems the herbivores are the pri- 
mary consumers; they browse available producers such 
as grass. The African savannas also support large pop- 
ulations of secondary consumers—those that eat other 
animals. Among them are the lion, hyena, wild dog, 
anteater, and bat. Reptiles, birds, and insects are also 
well represented on African savannas. 


The savannas on other continents show highly 
impoverished or restricted faunas, in comparison to 
those of the African savannas. Some highly restricted 
species are the capybara, a large rodent that lives on 
the Brazilian campos, and the kangaroos and wallabies 
of Australia. The prehistoric American savannas once 
included mammals such as camelids, mastodons, giant 
ground sloths, and deer. Climatic changes in the 
Pleistocene that reduced available browse are believed 
to have contributed to the demise of these species. 


Today, domestic herds, especially sheep, cattle, and 
goats, graze the savannas side by side with the wild 
herbivores. If not too numerous, they are absorbed by 
the savanna ecosystem, with no change to the ecosys- 
tem. In India and West Africa, however, large domestic 
herds that exceed the carrying capacity of the land have 
devastated the savannas. Areas around waterholes and 
population centers are especially vulnerable to overgraz- 
ing. Because most of the world’s savannas occur in 
developing countries, where the local economy relies 
on exploitation of natural resources, the careful husban- 
dry of the savannas and the methods by which savanna 
grasslands are converted to farming or grazing use are 
likely to prove critical to the future survival of these 
large units of vegetation. 
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[| Savant 


Savants are people with extremely outstanding 
abilities, often in music, mathematics, memory, or 
art. Their talents stand in marked contrast to their 
intelligence in other areas, which is well below normal. 
For example, a savant who, given any date in the past 
hundred years, could say what day of the week it fell 
on, might not be able to perform simple tasks like 
tying his shoes or catching a bus. The cause of this 
condition, commonly labeled savant syndrome, has 
yet to be fully determined. 


Savant syndrome was first formally described in 
1877 by British physician J. Langdon Down, who 
lectured the Royal Society of London about develop- 
mentally disabled individuals he had seen performing 
amazing mental feats at Earlswood Asylum. Down 
called these people idiot savants because of their low 
level of intelligence. At that time the word “idiot” was 
the scientific classification for people who functioned 
at a two-year-old level, having IQs no higher than 
25. Researchers today believe that the term idiot sav- 
ant is misleading, because most savants, although 
developmentally disabled, function at higher levels of 
intelligence than this; all savants reported in medical 
and psychological literature have had IQs of at 
least 40. 


Today, some people with savant syndrome are 
called autistic savants. This is because many savants 
suffer from infantile autism, a developmental disorder 
involving some degree of retardation that first shows 
itself during infancy. Disturbed social interactions 
are a key part of autism. Autistic children dislike 
being held or touched, avoid eye contact, have poorly 
developed communication skills, and often perform 
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unusual repetitive behaviors such as head banging or 
rocking back and forth. The cause of autism is 
unknown. 


In the hundred years that have passed since Down 
brought savants to the attention of the scientific com- 
munity, hundreds of cases have been reported. Despite 
the level of interest it has generated, savant syndrome 
is a rare condition. Only an estimated one out of every 
2,000 developmentally disabled people living in insti- 
tutions can be called a savant. It is known that the rate 
of savant syndrome is as much as six times higher 
among males than among females. Some researchers 
believe that this is because more males are autistic than 
females. According to one study, about one in ten 
autistic children have special abilities that could clas- 
sify them as savants. 


Talents of savants 


The kinds of talents displayed by savants through- 
out the last century are remarkably similar. Music and 
memory appear to be the most common skills dis- 
played in savant syndrome. Often these two skills are 
tied together. 


Most savants with musical skills express their tal- 
ents by playing the piano, singing, or humming. One 
savant, an African American slave named Blind Tom, 
born in 1849, reportedly could play a different piece of 
music on the piano with each hand while singing a 
third. 


The memory capacity displayed by many savants 
is truly astounding. Some savants have memorized 
entire telephone directories; others have memorized 
sporting statistics or everyone they have met during 
their adult lives. They might memorize entire books, 
or population figures for all the cities in the country in 
which they live. 


Mathematical calculation talents reported in sav- 
ants have ranged from being able to figure and report 
the cube roots of six digit numbers within seconds to 
calculating complex word problems which would take 
a normal person hours to solve. Calendar calcula- 
tion—the ability to provide the day of the week on 
which a certain date fell or will fall—is a talent of some 
savants that requires not only memorization of large 
quantities of material, but mathematical abilities as 
well. One set of twin savants reportedly can do this 
for a time span of 8,000 years. 


The artistic talents of savants have been noted over 
the years. One three-year-old developmentally disabled 
girl could make accurate drawings of any animal that 
she saw. Some visually artistic savants seem to specialize 
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in certain subjects. Other skills that some savants 
exhibit are the ability to memorize maps, an extremely 
sensitive sense of touch and smell, and the ability to 
measure the passage of time without a clock. Model 
building and memorization in languages the savant 
does not understand have also been recorded. 


Savant or genius 


The skills displayed by savants, whether they are 
memorizing and reciting entire books or instantly cal- 
culating the square root of any number, are unlike the 
high levels of individual skills sometimes displayed by 
people of normal intelligence. Savant skills often 
appear in an individual very suddenly, rather than 
developing over time; the abilities are fully formed, 
and don’t increase as the savant grows older. One 
musical savant could hum complicated opera arias 
when she was six months old. Another, at the age of 
four, could flawlessly play the works of Mozart at the 
piano. In some cases, savant skills disappear just as 
suddenly as they appeared. 


The skills of savants appear to be almost robot- 
like in nature. For example, a musical savant may be 
able to reproduce a complex musical piece after hear- 
ing it once, but if the original rendition contains a 
mistake, the savant will repeat that mistake. An artis- 
tic savant may be able to produce an impressive copy 
of a specific artist’s work, but most cannot evolve a 
recognizable style of his or her own. 


Neither do savants seem able to make connections 
between their talents and the rest of their lives or the 
world around them. Further, they do not appear to be 
able to reason about what they are doing. For 
instance, a savant who can read and perfectly memo- 
rize a book containing the complete works of 
Shakespeare, even to the point of being able to recite 
a specific page of text when given a page number, 
probably cannot explain what those plays and poems 
mean. Furthermore, he or she might be unable to 
recall the same text if given some other cue, such as 
the title of a specific work. A musical savant will more 
than likely be unable to read music. A savant who can 
make complex mathematical calculations might be 
unable to make change for a dollar. 


Savants’ skills do not seem to require their total 
attention. Many can play a piece of music, draw a 
picture, or make complex mathematical calculations 
while their mind appears to be elsewhere. They seem to 
exercise their talents without conscious effort, as if 
some part of their brain, unconnected to the rest, 
operates automatically. 
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KEY TERMS 


Abstract thinking—The ability to understand abstract 
concepts such as love, justice, truth and friendship. 


Autism—A developmental disorder that involves 
some degree of retardation along with disturbed 
social interactions. 


Developmental disability—The failure to pass 
through the normal stages of mental and emotional 
growth as one matures. 


Intelligence—The ability to solve problems and 
cope successfully with one’s surroundings. 


IQ—A number calculated by dividing mental age 
as measured on an intelligence test by a child’s 
chronological age. 


Causes of savant syndrome 


Researchers remain uncertain about what causes 
some developmentally disabled or autistic people to 
become savants. Some believe that certain savants 
have eidetic (intensely visual) memories. Their skills 
are based entirely on their ability to memorize. While 
this theory can account for some savant skills, it fails 
to explain others. 


Some experts believe that intelligence is not a 
single quality, but rather that mental ability is sepa- 
rated into multiple intelligences which may be unre- 
lated to one another. If this is true, it could explain 
how mental retardation or autism and savant skills 
can coexist in one person. Some experts suspect that 
developmentally disabled savants have inherited two 
separate genes, one for mental retardation and one for 
the special ability; however, only some savants have 
family histories that contain special skills. 


Some researchers have speculated that autistic or 
developmentally disabled persons may receive only a 
limited amount of sensory stimulation. This low level 
of stimulation might be due to biological causes, or 
could be due to the fact that such people are sometimes 
ignored by others and live in relative isolation. 
According to this theory, the resulting boredom 
could lead to the development of super-intense con- 
centration levels that normal people are unable to 
achieve. Again, this theory can account for some but 
not all savants. 


Another theory holds that since savants cannot 
think abstractly, they come to rely entirely on concrete 
thinking, channeling all of their mental energy into 
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one form of expression, be it art or calendar calculat- 
ing. Finally, some researchers think that savants may 
have some brain injury or abnormality on the left side 
of the brain, the side which controls language, or to 
other areas of the brain which control abstract think- 
ing. While this may be true for some savants, others 
show normal electrical activity in the brain when they 
are tested. 
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Sawfish 


Sawfish are marine shark like cartilaginous fish in 
the family Pristidae in order Rajiformes. Sawfish are 
characterized by their long snout nose which has sharp 
teeth on each side. Like other rays, sawfish lurk to 
attack schools of preyfish with its long snout, and 
devour the injured fish. The long snout also serves as 
a defensive weapon, inflicting serious injury on any 
enemy attacking it. Sawfish have gill slits on the under- 
surface of the body on both sides, posterior to the 
mouth, as in other rays. 


Sawfish are generally found in shallow waters in 
tropical seas, with some species occurring in brackish 
or fresh water. A population of sawfish lives in Lake 
Nicaragua, completely separated from the sea. 
Sawfish can grow to large sizes. The small tooth saw- 
fish, Pristits pectinata averages 15 ft (5 m) in length, 
and specimens have been found up to 20 ft (6 m) long 
and weighing 800 Ib (360 kg). This species lives in the 
warm waters of the Atlantic from the Mediterranean 
to Africa and across the Atlantic Ocean to the coast of 
Brazil. Another Atlantic species is the large-tooth saw- 
fish, P. perotteti. 
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Sawfish in the Indo-Pacific Ocean grow to large 
sizes. Specimens of marine sawfish, P. microdon and 
P. cuspidatus, have been observed in the rivers of 
Thailand. Pristis pristis is found far up major rivers 
in African while P. leichhardit prefers fresh water. 


[ Saxifrage family 


The saxifrages, currants, and gooseberries are 
about 40 genera and about 850 species of plants that 
make up the family Saxifragaceae. These plants occur 
in all parts of the world, but are most diverse and 
prominent in arctic, boreal, and montane habitats of 
North America and Eurasia. The largest genera in the 
family are the saxifrages (Saxifraga spp.), of which 
there are about 300 species, most of which occur in 
the tundras of alpine and arctic environments, and the 
currants and gooseberries (Ribes), with about 150 spe- 
cies in boreal and temperate habitats. 


Most species in the saxifrage family are perennial 
herbs, while others are woody shrubs or small trees. 
Their leaves are usually simple, small, with a toothed 
margin or tip, and can be arranged alternately or 
oppositely on the stem. The flowers are perfect (that 
is, bisexual), containing both female and male repro- 
ductive structures. There are usually five sepals and 
five petals, and usually twice as many stamens as 
petals. The pistil usually has two (but as many as four) 
carpels, each with its own stigma and style, producing 
a distinctive, split unit with outward-curving stig- 
matic tips. The fruit is a dry capsule, containing 
many small seeds, or in the case of Ribes, a many- 
seeded berry. The stems of the shrub-sized currants 
and gooseberries (Ribes spp.) are often armed with 
spines and prickles. 


Species in North America 


Species of the saxifrage family are prominent in 
certain habitats in North America. The genera are 
described below, with particular reference to species 
occurring in North America. 


The most diverse group is the saxifrages. The 
swamp saxifrage (Saxifraga pensylvanica) occurs in 
wet meadows, bogs, and moist woods over much of 
eastern North America, while the early saxifrage 
(S. virginiensis) occurs in dry forests and rocky hab- 
itats. Most species, however, are alpine or arctic in 
their distribution. Relatively widespread species that 
occur in both alpine and arctic tundras include the 
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Saxifrage family 


Red currant. (JLM Visuals.) 


purple mountain saxifrage (S. oppositifolia), golden 
saxifrage (S. aizodes), spider-plant (S. flagellaris), 
prickly saxifrage (S. tricuspidata), snow saxifrage (S. 
nivalis), and bulblet saxifrage (S. cernua). 


The lace flowers or foam-flowers occur in moist 
woods and include Tiarella cordifolia of eastern North 
America and T. trifoliata and T. unifoliata of western 
North America. 


Miterworts occur in moist woods and bogs. 
Mitella diphylla and M. nuda occur in the east, while 
M. pentandra is in western North America. 


Several species of grass-of-parnassus occur in cool, 
open, wet places, including the widespread northern 
grass-of-parnassus (Parnassia palustris). 


Currants and gooseberries are shrubs that occur 
extensively in boreal and temperate habitats. The bristly 
black currant (Ribes lacustre), northern black currant 
(R. hudsonianum), skunk currant (R. glandulosum), and 
northern red currant (R. triste) all occur widely in bor- 
eal and montane habitats. More temperate species 
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include wild black currant (R. americanum), gooseberry 
(Ribes hirtellum), swamp currant (R. lacustre), and golden 
currant (R. odoratum). 


The hydrangea (Hydrangea arborescens) is another 
native shrub in the saxifrage family that occurs in 
southeastern North America. 


Ecological and economic importance 


Species in the saxifrage family are important com- 
ponents of certain natural habitats, especially in alpine 
and arctic tundras, where as many as 7-10 species of 
Saxifraga can occur in the same local habitat. 


Many species in the saxifrage family are grown as 
ornamentals in horticulture. Various species of native 
and Eurasian Saxifraga are commonly grown in rock 
gardens. Some other species native to temperate North 
America are also sometimes grown in horticulture, 
including bishop’s cap (Mitella spp.), coral bells or 
alum root (Heuchera spp.), and lace flower or foam- 
flower (Tiarella spp.). Currants and gooseberries that 
flower prominently are also grown as ornamental shrubs 
in gardens, including Ribes alpinum, R. americanum, R. 
speciosum, and other species. Hydrangeas are also culti- 
vated as flowering shrubs, including the Eurasian spe- 
cies, Hydrangea paniculata and H. macrophylla. 


The fruits of currants and gooseberries are impor- 
tant agricultural crops in some areas, particularly in 
Europe and Asia. Currants and gooseberries are not, 
however, widely grown in North America, because 
they are an alternate host for white pine blister rust 
(Cronartium ribicola), an important, introduced fun- 
gal pathogen of white pine (Pinus strobus) and other 
five-needled pines, which are economically important 
species of trees. 


The most common species of currants and goose- 
berries in cultivation are the red-fruited currant (Ribes 
rubrum); there is also a white-fruited variety of this 
species) of Europe, the black-fruited currant (R. nigrum) 
of Eurasia, and the gooseberry (R. grossularia) of 
Eurasia, which can have red, yellow, green, or white 
fruits, depending on the variety. Native North 
American species with abundant, edible fruits include 
the wild black currant (Ribes americanum) and wild 
gooseberry (Ribes hirtellum). The species of Ribes that 
are known as currants have smooth fruits and stems, 
and their flowers and fruits occur in elongate inflor- 
escences known as racemes. The gooseberries have 
prickly or spiny stems and fruits, and their flowers 
and fruits occur in a solitary fashion. Most currants 
and gooseberries are dried as a means of preservation, 
or are used to make jams, jellies, pies, and wine. 
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KEY TERMS 


Alternate host—Many pathogens and parasites 
must infect two or more different species in order 
to complete their reproductive cycle. If one of those 
alternate hosts can be eliminated from the ecosys- 
tem, then disease transmission can be interrupted, 
and the other host can be productive and healthy. 


Boreal—tThis refers to the conifer-dominated forest 
that occurs in the sub-Arctic, and gives way to 
tundra at more northern latitudes. 


Montane—This refers to the conifer-dominated for- 
est that occurs below the alpine tundra on 
mountains. 


Perfect—in the botanical sense, this refers to flow- 
ers that are bisexual, containing both male and 
female reproductive parts. 


Raceme—An elongate inflorescence, consisting of 
individual flowers arranged along a linear axis, 
with the oldest ones being closest to the bottom. 


Tundra—This is a treeless ecosystem that occurs at 
high latitude in the Arctic and Antarctic, and at high 
altitude on mountains. 
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| Scalar 


A scalar is a number or measure, usually repre- 
senting a physical quantity, that is not dependent upon 
direction. For example, distance is a scalar quantity 
since it may be expressed completely as a pure number 
without reference to spacial coordinates. Other exam- 
ples of scalar quantities include mass, temperature, 
and time. 
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The term scalar originally referred to any quantity 
that can be measured on a scale. Take, for example, the 
numbers on a thermometer scale, which measure tem- 
perature. These values require a positive or negative 
sign to indicate whether they are greater or less than 
zero, but they do not require an indication of direction 
because they have no component that describes their 
location in space. 


Scalars are physical quantities that can be described 
completely by a pure number and that do not require a 
directional component. On the other hand, there are 
other physical measurements that have not only a mag- 
nitude (scalar) component but a directional component 
as well. For example, although we do not normally think 
of it as such, velocity is described not only by speed, but 
by the direction of movement too. Similarly, other phys- 
ical quantities such as force, spin, and magnetism also 
involve spatial orientation. The mathematical expression 
used to describe such a combination of magnitude and 
direction is vector, from the Latin word for “carrier.” 


In its simplest form a vector can be described as a 
directed line segment. For example, if A and B are two 
distinct points, and AB is the line segment that runs 
from A to B, then AB can also be called vector, v. 
Scalars are components of vectors that describe the 
magnitude (or size) of vectors. For example, for a 
vector representing velocity, the scalar that describes 
the magnitude of the movement is called speed. The 
direction of movement is described by an angle, usu- 
ally designated as 0 (theta). 


The ability to separate scalar components from their 
corresponding vectors is important because it allows vec- 
tors to be manipulated mathematically. Two common 
mathematical manipulations involving scalars and vec- 
tors are scalar multiplication and vector multiplication. 
Scalar multiplication is achieved by multiplying a scalar 
and a vector together to give another vector with different 
magnitude. This is similar to multiplying a number by a 
scale factor to increase or decrease its value in proportion 
to its original value. In the example above, if the velocity 
is described by vector v and if c is a positive number, then 
cv is a different vector whose direction is that of v and 
whose length is c{v|. It should be noted that a negative 
value for c will result in a vector with the opposite direc- 
tion of v. When a vector is multiplied by a scalar it can be 
made larger or smaller, or its direction can be reversed, 
but the angle of its direction relative to another vector will 
not change. Scalar multiplication is also employed in 
matrixalgebra, where vectors are expressed in rectangular 
arrays known as matrices. 


While scalar multiplication results in another vec- 
tor, vector multiplication (in which two vectors are 
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KEY TERMS 


Dot product—Another term for scalar multiplication. 


Scalar multiplication—The multiplication of a sca- 
lar and a vector which yields another vector of 
different magnitude. 


Scalar product—The result of multiplication of two 
vectors, the value must be a real or complex number. 


Vector multiplication—The multiplication of two 
vectors to yield a scalar product. 


multiplied together) results in a scalar product. For 
example, if u and v are two different vectors with an 
angle between them of q, then multiplying the two gives 
the following: u - v = |uv|cosq. In this operation the 
value of the cos 8 cancels out and the result is simply 
the scalar value, uv. The scalar product is sometimes 
called the dot product since a dot is used to symbolize 
the operation. 
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| Scale insects 


Scale insects, mealybugs, or coccids are a diverse 
group of species of insects in the superfamily 
Coccoidea, order Homoptera. The females of scale 
insects are wingless, and are also often legless and 
virtually immobile. For protection, female scale insects 
are covered by a scale like, waxy material. Like other 
homopterans, scale insects are herbivores with piercing 
mouth parts that are used to suck juices from plant 
tissues. Male scale insects generally have a pair of wings 
and can fly, although some species are wingless. Male 
scale insects only have vestigial mouth parts and do not 
feed, dying soon after mating. 


Like other homopterans, scale insects have an 
incomplete metamorphosis with three stages: egg, 
nymph, and adult. The first nymphal stage is known 
as a “crawler,” because it has legs and actively moves 
about. After the next molt, however, the legs are lost in 
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most species, and the scale insect becomes sessile, 
secreting a scale like, waxy covering for protection. 


Some species of scale insects are economically 
important as agricultural pests, because of the severe 
damage that they cause to some crop plants. This 
injury is usually associated with mechanical damage 
to foliage caused by piercing by the feeding apparatus 
of the scale insect. Damage is also caused by the with- 
drawal of large quantities of carbohydrates and other 
nutrients with the sap. 


The cottony cushion scale (/cerya purchasi) is an 
important pest of citrus crops in the southern United 
States, where it has been introduced from its native 
Australia. This species is much less of a pest than it 
used to be, because it has been relatively well controlled 
by several predators that were later discovered in their 
native habitat and subsequently introduced to the United 
States, namely, the vedalia lady beetle (Vedalia cardinalis) 
and a parasitic fly (Cryptochetum iceryae). This case is 
commonly cited as one of the great successes of non- 
pesticidal, biological control of a serious insect pest. 


The California red scale (Aonidiella aurantii) is 
another important agricultural pest of western citrus 
trees. The San Jose scale (Quadraspidiotus perniciosus) 
was introduced to North America from Asia in the 
1880s, and is a serious pest of many species of orchard 
and ornamental trees and shrubs. Various species of 
mealybugs are also important pests, for example, the 
citrus mealybug (Planococcus citri), and the green- 
house mealybug (Pseudococcus longispinus). 


Females of the Indian lac insect (Laccifer lacca) of 
southern and southeastern Asia produce large quanti- 
ties of a waxy substance that is collected, refined, and 
used to prepare a varnish and shellac. Males of the 
Chinese wax scale (Ericerus pela) secrete relatively 
large amounts of a white wax, which can be collected 
for use in making candles. The Indian wax scale 
(Ceroplastes ceriferus) produces a wax that is collected 
for use in traditional medicine. 


The tamarisk manna scale (Trabutina mannipara) 
occurs in the Middle East, where it feeds on tamarisk 
trees (Tamarix spp.). The females of this insect excrete 
large quantities of honeydew, which in arid regions can 
accumulate abundantly on foliage, drying into a sweet, 
sugar-rich material known as manna. Manna is featured 
in the Old Testament of the Bible, in which it is por- 
trayed as a miraculous food delivered from the heavens, 
sustaining the Israelites as they wandered in the wilder- 
ness after their exodus from Egypt (Exodus 16: 14-36). 


Bill Freedman 
Scandium see Element, chemical 
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i Scanners, digital 


A digital scanner is a computer accessory (periph- 
eral) used to digitize pictures. It analyzes and then 
converts a visual image (such as text or a photograph) 
to a digital image. Most digital scanners are flatbed 
scanners. Other types of digital scanners include 3D 
scanners (which reproduce three-dimensional [3D] 
images) and planetary scanners (which are used to 
reproduce books and other similar documents). The 
scanning signal is interpretable by computer software, 
which allows the image to be recorded, manipulated, 
and even sent electronically to another computer. 


Even in the early 1990s, computers were used 
more for in-house functions, such as preparing docu- 
ments. But, with the expanding power of the Internet 
and the development of powerful and sophisticated 
software, computers became important for the prepa- 
ration and publication of professional quality docu- 
ments that included graphics. 


One means by which photographs can be effi- 
ciently transferred from one computer to another is 
by scanning the image and digitizing the information 
as a computer file. 


In the recording of music, compact discs (CDs) 
convert the spectrum of instrumental or vocal sound 
into the 1s and 0s of digital code. Scanners perform an 
analogous function for images. A digital scanner con- 
verts the continuous tones in a photograph (light) into 
the digital code that is the language understood by 
computers. All words, numbers, images, and instruc- 
tions to the computer ultimately consist of series of 
ones and zeroes. 


Digital scanners can use laser light to scan an 
image. These scanners, while offering superb quality, 
are much more expensive that other scanners. The 
scanners that use conventional visible light are more 
affordable and, hence, far more popular. 


The scanning process 


A scanner initially operates much like a photo- 
copier. An image such as a photograph or a drawing is 
placed on a transparent plate. The lid of the scanner is 
closed to keep stray outside light from entering. When 
the scan is begun, an incandescent or fluorescent light 
illuminates the image on the transparent plate. The 
light that reflects off the image enters a lens. At this 
point, the scanner operates differently from a photo- 
copier. In a photocopier the lens focuses the light onto 
a plate that creates an electric charge, which attracts 
the toner particles that produce the mirror image of 
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whatever document is being copied. In a scanner, 
however, the lens focuses the reflected light onto a 
row containing many electronic light sensors. 


The sensors convert the light to electric current. 
The strength of the current produced by each sensor 
(in volts) is proportional to the intensity of light strik- 
ing the particular sensor. The electrical output is in 
digital form. The signal, which now represents the 
tonal values of the original image in digital form, is 
ready to be read by a computer. 


After being scanned by a digital scanner, a photo- 
graph consists of a grid of points called pixels. A pixel 
is the smallest unit of information in a digital image. 
Each pixel has data attached that tells the computer 
what color to assign the pixel. For black-and-white- 
images, that data is usually a level of gray from 0, 
which is black, to 255, which is white. It sometimes 
may have more or fewer levels, depending on the 
sensitivity of the scanner. 


More expensive scanners often have more pixels per 
square inch of the scanned image than do less expensive 
scanners. More pixels translate to more information, 
which produces a digital image that more closely mirrors 
the actual image. In other words, the resolution of the 
denser pixel system is greater. 


Color scanning 


Depending on the configuration of the machine, a 
scanner can produce images that are black and white 
or color. In a color scanner, the digital color image 
consists of three gray-scale images. These images are 
often called layers. One layer defines which areas will 
be green in the final color image. The other two layers 
do the same for red and blue. 


To create the differently colored layers, the scan- 
ner must be able to distinguish those parts of the color 
image that are blue, red or green. 


The three colors can be created optically. Here, 
the scanner’s light is shown through a red, green, or 
blue color filter before it strikes the item that is being 
scanned. An image is scanned three times, once with 
each filter, to create the three layers. The actual proc- 
ess of shining the light through a filter is simple. 
However, overall, the method is relatively time- 
consuming because each image must be scanned three 
times. As well, problems can arise if the three scans are 
not aligned precisely. For example, if one of the scans is 
misaligned by even a pixel of less, discoloration and 
other problems can occur in the final image. 


Instead of using filters, some scanners use three 
different light sources to create red, green, and blue 
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light. The lights turn on and off in a regular and 
coordinated way for each line of pixels scanned. The 
advantage with this approach is that the three images 
are obtained in a single scan of the document or photo- 
graph. Thus, the three images are aligned correctly. 


A third approach uses a single white light. However, 
filters separate the red, green, and blue wavelengths of 
the visible light spectrum after the light reflects from the 
image being scanned. Each color of light is then focused 
onto its own row of light sensors. The three colors are 
read at the same time during one scan. 


Digital scanners for publishing 


High-end (technically complex and expensive) 
digital scanners are typically used where a professional 
quality image is necessary, such as in magazine pub- 
lishing. These scanners often use lasers to read the 
original images. The image is placed in a transparent 
drum, which rotates past the laser. The document is 
scanned in a precise pattern, and is scanned in great 
detail (i.e., one pixel at a time). After computer proc- 
essing to ensure the image will print correctly, the 
images are printed onto film in a process that again 
uses a laser. 


A primary reason that digital scanners became 
popular beginning in the 1980s was that they created 
better-published results more cheaply. Photographs 
reproduced in magazines and newspapers are con- 
verted into patterns of dots, called halftones, for pub- 
lication. Before digital scanners, halftones were 
produced using cameras. With scanners, halftones in 
most cases could be made more cheaply and easily. 
Using digital scanners also allowed for adjusting the 
size, sharpness, and type of halftone screen to a degree 
not possible with cameras. 


As well, because the digital images are maintained 
as computer files, they are much easier to store than 
photographic prints and negatives, and are hardier 
than negatives (which can be scratched or decay over 
time). The files can also be easily shared between 
computers via electronic mail. Thus, in a publishing 
company, each branch does not need to have its own 
repository of photographs. A central data bank of 
filed images can be useful to employees all over the 
globe. 


Scanners that can read 


Scanning artwork and photographs for reproduc- 
tion is only one reason to use a digital scanner. 
Another important use is to enable computers to 
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KEY TERMS 


Digital code—Binary code, the series of ones and 
zeroes that make up all information used by a 
computer. 


Halftone screen—Pattern of minute dots that 
defines a color or a black-and-white tone on a 
printed page. 

Light sensor—Device that translates light into an 
electric current, the stronger the light the stronger 
the current. 


Optical character recognition—Process in which a 
typewritten document is scanned as an image, and 
translated into words using computer software. 


Pixel—The smallest unit of color or tonality in a 
digital image; a single point. 

Resolution—The number of pixels a scanner can 
read per square inch. 


read printed documents. This process is called optical 
character recognition (OCR). 


In optical character recognition, a black-and- 
white digital scan is first made of a document. Using 
various software programs, a computer is able to rec- 
ognize this image as various letters and words. 
The text can then be edited in a word-processing pro- 
gram, just like text typed in by a person at a keyboard. 


Because converting paper documents to digital 
format is very important to many businesses; some 
scanners have been made for this specific purpose. 
The primary technology is the same as for desktop 
scanners, but these special scanners use a mechanism 
that feeds pieces of paper one-by-one onto the scan- 
ning plate. 


See also Computer, digital; Digital recording. 
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j Scanning electron microscopy 


The scanning electron microscope (SEM) is an 
important tool in modern forensic science due to its 
wide range of applications. SEM allows the rapid anal- 
ysis of elements that compose very small specimens and 
the conclusive determination of the origin of many 
materials that are crucial to the chain of evidence. 
Paint particles, fibers (both natural and artificial), bullet 
fingerprints, gunshot residue, counterfeit bank notes, 
forged documents, and trace evidence are all examples 
of specimens that can be analyzed using the scanning 
electron microscope. Scanning electron microscopy also 
renders detailed three-dimensional (3-D) images of 
extremely small microorganisms, 3-D anatomical pic- 
tures of insect, worm, spore, or other organic structures, 
and the analysis of gems and gem fragments. 


Conventional microscopes use light and several 
lenses to magnify images, whereas SEM uses electron 
beams to sweep the surface of specimens, producing 
magnified images in black and white. In most SEMs, 
samples are placed in a vacuum chamber after being 
adequately prepared to conduct electricity. Once the 
sample is in the chamber, the air is extracted and an 
electron gun at the top of the chamber emits a beam of 
electrons, which passes through a series of magnetic 
lenses that condense the beam into an extremely fine 
focus, capable of sweeping nano spots on the sample 
surface. A scanning device near the bottom of the 
vacuum chamber controls the movement of the elec- 
tron beam across the specimen, row by row. As the 
electron beam sweeps the surface, it excites electrons 
present in the atomic structure of molecules, causing 
some of them to escape from the surface. These escap- 
ing electrons, known as deflected secondary electrons, 
have specific energies that can be measured. As 
they are released from each area of the sample, they 
are collected and counted by a detector that sends their 
amplified signals. The various electronic energies pro- 
duced are analyzed by computer software, and the 
resulting image is displayed on a computer monitor. 
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Scanning electron microscope view of mosquito head. 
(© Bettmann/Corbis.) 


Some modern SEMs offer an additional advant- 
age for forensic purposes because of new methods of 
biological sample analysis that do not corrupt the 
specimen, a major drawback with conventional 
SEMs. In conventional electron microscopy, biolog- 
ical samples have to be dehydrated and then coated 
with a material that conducts electricity, such as a 
thin layer of gold or carbon. Modern SEMs allow the 
adjustment of the internal pressure in the chamber to 
dissipate the electric charge that would otherwise 
charge the sample, thus dispensing with coating 
and dehydration. Examples of non-conductive 
materials that require special preparation in conven- 
tional SEMs are paper, paint, textiles, bone, hair, and 
glass. 


Each chemical element consists of an atomic struc- 
ture composed by a given number of particles in the 
nucleus and of electrons vibrating in different levels or 
shells around the nucleus, each at a specific distance 
from the nucleus. Electrons in different shells (“orbits”) 
have different energies and the atomic weight of the 
nucleus determines the quantity of electrons of an 
atom. Atoms are usually neutral because all their pos- 
itive and negative particles are in a state of dynamic 
electrical balance. However, when free atoms collide or 
when they are bound through molecular chemical reac- 
tions, some atoms gain or lose an extra electron, thus 
becoming positive or negatively charged (cations or 
anions). When the electron beam of a SEM hits the 
sample, it deflects two types of electrons from the 
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A microbiologist scanning a specimen of bacteria. (© CDC/PHIL/Corbis.) 


sample: inelastic electrons and elastic electrons. Inelastic 
electrons are low-energy particles that give informa- 
tion about the topographic variations on the sample 
surface and are responsible for 3-D black and white 
images. They are also known as secondary electrons 
and most of them have charges inferior to ten electron 
volts (<10 eV). Elastic electrons are those that collide 
with the electrons generated by the SEM (that are 
present in the beam). The collision of electrons produ- 
ces specific energy quanta that are retained by the 
elastic electrons. By calibrating the microscope to dif- 
ferent beam intensities, analysts can study several 
types of data provided by elastic electrons, such as 
the sample composition and crystallographic structure 
of the surface, the internal structure of semi-conductor 
materials, the distribution and energy levels of phos- 
phorous compounds, and information about the ele- 
ments and chemicals present in the several layers of the 
surface. 


Forensic analytical tests such as scanning electron 
microscopy, spectrometers, chromatography, and 
x-ray dispersion aim at producing individualized evi- 
dence that allows the identification and origin of sam- 
ples and the accurate interpretation of data in relation 
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to a crime or a suspect investigation or to help explain 
an explosion, arson, or airplane crash. Modern scan- 
ning electron microscopy provides non-destructive 
analysis of both organic and inorganic samples. 
Another application of this method in forensics is the 
analysis and identification of dust particles in the air of 
indoor environments to either assess the air quality or 
to detect possible pathogens (disease-causing organ- 
isms) or hazardous substances. Mineral grains (such as 
carbonates, glass, quartz, or mica), biological materi- 
als (such as mold spores, pathogen spores, insect par- 
ticles, skin cells, and rodent fecal dust), fibers (such as 
hair, textile fibers, carpet fibers, cellulose, and asbes- 
tos), and miscellaneous particles (such as metallic par- 
ticles, paint, soot, rubber, and plastic) are all materials 
that have been used in forensic analysis done with 
scanning electron microscopy. 


See also Electron; Microscope; Microscopy. 


Sandra Galeotti 


Scanning tunneling microscope see 
Microscopy 
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| Scarlet fever 


Scarlet fever (sometimes called scarletina), is a bac- 
terial disease, so named because of its characteristic 
bright red rash. Before the twentieth century, and the 
age of antibiotics, scarlet fever (at one time called the 
fever) was a dreaded disease and a leading cause of death 
in children. The disease is caused by a group A beta- 
hemolytic streptococcus bacteria (genus Streptococcus 
pyogenes), the same bacteria that cause tonsillitis and 
streptococcal pharyngitis (“strep throat”). Scarlet fever 
occurs when group A streptococcal pharyngitis is caused 
by a lysogenic strain of the streptococcus bacteria that 
produce a pyrogenic exotoxin (erythrogenic toxin), which 
causes the rash. 


Scarlet fever was named by Thomas Sydenham 
(1624-1689), an English physician who was known 
as the English Hippocrates. From the time that he 
began his medical career in 1656, Sydenham kept 
thorough records of patients. Astute observations led 
him to conclude that there were differences between 
measles and scarlet fever, which up until that time were 
thought to be the same disease. He named scarlet fever 
for its most distinguishing characteristics. 


In the early twentieth century, Alphonse Dochez, 
a pioneer in the field of respiratory diseases, studied 
many cases of scarlet fever as a doctor during World 
War I. When he returned to his professorship at Johns 
Hopkins Medical School (Baltimore, Maryland), and 
later at Columbia University (New York City), he 
worked on the relationship between streptococcus 
bacteria and scarlet fever. Many doctors of the time 
did not believe that scarlet fever was caused by strep- 
tococci, but Dochez was convinced it was caused by 
the bacterium. Definitive proof was obtained when he 
inoculated a pig with the streptococcus bacteria. Late 
one night Dochez called an associate of his and asked 
him to come over to see “his little pig, as rosy as a 
boiled lobster,” thus showing that the bacteria did 
cause scarlet fever symptoms. He also used an anti- 
toxin injection (called antiserum at the time) that whit- 
ened the rash of scarlet fever and had a therapeutic 
effect. 


At the same time that Dochez was developing his 
scarlet fever antitoxin, another group of American 
researchers, George and Gladys Dick, were develop- 
ing their diagnostic test for scarlet fever (the Dick test) 
and their antitoxin treatment. Although Dochez had 
obtained a British patent for his antitoxin in 1924 
(earlier than the Dicks), his U.S. patent was dated 
1926—later than those obtained by the Dicks. Thus, 
a court ruling forced Dochez to give up his work on the 
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antitoxin in favor of the Dicks. From the mid 1920s, 
the Dick test was administered to thousands of chil- 
dren. For those without immunity to the disease, the 
antitoxin was prescribed. 


In 1924, Anna Wessels Williams (1863-1954), an 
American doctor and bacteriologist who isolated the 
diphtheria bacteria and developed lab procedures for 
detecting typhoid fever and rabies, also began working 
with scarlet fever. She published papers detailing the 
use of the Dick test to diagnose scarlet fever with more 
than 21,000 schoolchildren. Like Dochez, Williams 
performed laboratory experiments with the strepto- 
cocci that cause scarlet fever. She helped discover 
that toxin producing hemolytic (capable of destroying 
red blood cells) streptococci could be isolated not only 
from infected wounds but even from the throats of 
healthy people. She found that not all scarlet fever 
toxins were identical, which led to her explanation of 
why the disease could recur even after immunization. 


During the 1930s and 1940s, the world was forever 
changed with the development of antibiotic drugs. 
Because scarlet fever is caused by streptococcus bacteria, 
it was a good candidate for treatment with antibiotics. 
Penicillin worked especially well, wiping out the strepto- 
coccus infection in individuals and, on a larger scale, 
preventing the kinds of epidemics that had been com- 
mon in the past. With these modern medicines, scarlet 
fever is usually cured without any permanent damage. 


Current research suggests that the erythrogenic 
toxin produced by the bacteria is actually one of 
three exotoxins, called streptococcal pyrogenic exo- 
toxins A, B, and C. Some people possess a neutralizing 
antibody to the toxin and are protected from the dis- 
ease. So, if a person has strep throat, scarlet fever can 
develop only if the infecting bacteria is an erythrogenic 
toxin producer, and if the person lacks immunity to 
the disease. 


The first stage of scarlet fever is essentially strep 
throat (sore throat, fever, headache, sometimes nausea 
and vomiting). The second stage, which defines, or 
provides, the diagnosis for scarlet fever, is a red rash 
appearing two to three days after the first symptoms. 
Areas covered by the rash are bright red with darker, 
elevated red points, resembling red goose pimples and 
having a texture like sandpaper. The tongue has a 
white coating with bright red papillae showing 
through, later becoming a glistening beefy red (straw- 
berry or raspberry tongue). The rash, which blanches 
(fades) with pressure, appears first on the neck and 
then spreads to the chest, back, trunk, and then 
extremities. The extent of the rash depends on the 
severity of the disease. The rash does not appear on 
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KEY TERMS 


Beta-hemolytic—One of three types of hemolytic 
reactions on a blood agar medium. Beta-hemolytic 
produces a clear zone around a colony of bacteria. 


Erythrogenic—Producing erythema, a redness of 
the skin, produced by the congestion of the 
capillaries. 


Group A streptococcus—A serotype of the strepto- 
coccus bacteria, based on the antigen contained in 
the cell wall. 

Lysogenic—Producing lysins or causing lysis 
(dissolution). 

Pyogenic—Pus-producing. 
Pyrogenic—Fever-producing. 

Streptococcus—A genus of microorganism. The 
bacteria are gram-positive spheres that grow in a 
chain. Classification depends on antigenic compo- 
sition, pattern of hemolysis observed on a blood 
agar growth plate, growth characteristics, and bio- 
chemical reactions. 


the palms or soles of hands and feet, nor on the face, 
which is brightly flushed with a pale area circling the 
mouth (circumoral pallor). The rash usually lasts four 
to five days and then fades away. The red color of the 
rash is due to toxic injury to the tiny blood vessels in 
the skin, causing them to dilate and weaken. Another 
characteristic of scarlet fever is the peeling of skin 
(desquamation) after the rash fades away. The peeling 
occurs between the 5th and 25th day, starting with a 
fine scaling of the face and body, and then extensive 
peeling of the palms and soles. The outer layer of skin, 
damaged as a result of the erythrogenic toxin, is 
replaced by new skin growth at the intermediate level 
of the epidermis (skin). 


The disease is usually spread from person to person 
by direct, close contact or by droplets of saliva from 
sneezing or coughing. Therefore, scarlet fever can be 
“caught” from someone who has only streptococcal 
pharyngitis. Scarlet fever is most common among chil- 
dren, although any age is susceptible. Scarlet fever can 
also develop because of group A streptococcal infection 
in a wound, or from food contaminated by the same 
bacteria. Today, scarlet fever is not a common occur- 
rence, most likely due to early treatment of “strep 
throat” and possibly because antibiotics have made 
their way into the food chain. Complications and treat- 
ment of scarlet fever are the same as with streptococcal 
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pharyngitis, but have also become uncommon due to the 
widespread use of antibiotics. 


Penicillin is the drug of choice unless the infected 
person is allergic to it. After 24 hours of treatment with 
penicillin, the infected person is no longer contagious, 
but the patient should take the antibiotic for ten days 
to ensure total eradication of the bacteria. If left 
untreated, suppurative (pus-forming) complications 
such as sinusitis, otitis media (middle ear infection), 
or mastoiditis (infection of the mastoid bone, just 
behind the ear), can occur. Treatment of scarlet fever 
is especially important to prevent nonsuppurative 
complications such as acute rheumatic fever or acute 
glomerulonephritis (inflammation of the kidneys). 
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! Scavenger 


A scavenger is an animal that seeks out and feeds 
upon dead and/or decaying organic matter. Some 
scavengers specialize on feeding upon dead animals, 
or carrion, while others feed more generally on dead 
plants and animals. 


Scavengers are part of the detrital food web of 
ecosystems. Scavengers provide a very important eco- 
logical service, because they help to rapidly reduce dead 
animals and plants to simpler constituents, and thereby 
prevent an excessive accumulation of dead biomass. 
Large quantities of dead animal biomass can represent 
an indirect health hazard to living animals, by enhancing 
the survival of pathogens. A similar effect can be caused 
to living plants by dead plant biomass. Excessive accu- 
mulations of dead plants can also bind up much of the 
nutrient capital of ecosystems, so that not enough is 
recycled for use by living plants, and ecosystem produc- 
tivity becomes constrained by nutrient limitations. The 
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Vultures feeding on a giraffe in Kenya. (JLM Visuals.) 


valuable ecological service of recycling of dead biomass 
is not just performed by scavengers—other detritivores 
such as bacteria, and fungi are also important, and in 
fact are largely responsible for the final stages of the 
decomposition and humification process. However, 
scavengers are important in the initial stages of biomass 
decomposition and recycling. 


There are many examples of scavengers. Inverte- 
brates are the most abundant scavengers in terrestrial 
ecosystems, especially earthworms and insects such as 
beetles, flies, and ants. Many marine crustaceans are 
important scavengers, including most species of crabs 
and gammarids. Some birds are specialized as scav- 
engers, most notably the New World vultures (family 
Cathartidae) and Old World vultures (family Accipitri- 
dae). The turkey vulture (Cathartes aura) of the Amer- 
icas is one of the only bird species that has a sense of 
smell, which is utilized to find carrion. Some mammals 
are opportunistic scavengers, eating dead animals when 
they can find them. Examples of such species in North 
America are black bear (Ursus americanus), grizzly bear 
(Ursus arctos), and wolverine (Gulo gulo). 


See also Food chain/web. 
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[ Schizophrenia 


Schizophrenia is a psychotic disorder (or a group 
of disorders) marked by severely impaired thinking, 
emotions, and behaviors. The term schizophrenia 
comes from two Greek words that mean split mind. 
It was coined around 1908, by Swiss doctor and psy- 
chiatrist Paul Eugen Bleuler (1857-1940), to describe 
the splitting apart of mental functions that he 
regarded as the central characteristic of schizophre- 
nia. (Note that the splitting apart of mental functions 
in schizophrenia differs from the split personality of 
people with multiple personality disorder.) Schizophrenic 
patients are typically unable to filter sensory stimuli 
and may have enhanced perceptions of sounds, colors, 
and other features of their environment. Most schizo- 
phrenics, if untreated, gradually withdraw from inter- 
actions with other people, and lose their ability to take 
care of personal needs. 


Schizophrenia affects about one in every 100 peo- 
ple worldwide, males and females equally, has the 
highest suicide rate of all psychiatric disorders, and 
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predominantly manifests in adolescence (oftentimes 
during late teenage and early adult years) through 
about the age of forty years. (However, outcome 
may vary from culture to culture, depending on the 
familial support of the patient.) Most patients are 
diagnosed in their late teens or early twenties, but the 
symptoms of schizophrenia can emerge at any point in 
the life cycle. Male patients typically have their first 
acute episode in their early twenties, while female 
patients are usually closer to 30 years of age when 
they are diagnosed. Its onset is unlikely for people 
under ten years of age or over 40 years of age. 
Overall, it happens to all peoples of the world, without 
distinction of race, social class, level of education, or 
cultural influences. According to the Harvard School 
of Public Health (Massachusetts), in association with 
the World Health Organization and the World Bank, 
schizophrenia is among the top ten causes of disability 
in the developed countries around the world. 


Although schizophrenia was described by doctors 
as far back as Greek physician Hippocrates (460-377 
BC, it is a difficult disease to classify. Many scientists 
prefer the plural terms schizophrenias or schizo- 
phrenic disorders to the singular schizophrenia 
because of the lack of agreement in classification, as 
well as the possibility that different subtypes may 
eventually be shown to have different causes. 


The schizophrenic disorders are a major social 
tragedy because of the large number of persons 
affected and because of the severity of their impair- 
ment. It is estimated that people who suffer from 
schizophrenia fill 50% of the hospital beds in psychi- 
atric units and 25% of all hospital beds. 


Schizophrenia is rarely diagnosed in preadoles- 
cent children, although patients as young as five or 
six years of age have been reported. Childhood schiz- 
ophrenia is at the upper end of the spectrum of severity 
and shows a greater gender disparity. It affects one or 
two children in every 10,000; the male/female ratio is 
two males to one female. 


The course of schizophrenia in adults can be divided 
into three phases or stages. In the acute phase, the 
patient has an overt loss of contact with reality (psy- 
chotic episode) that requires intervention and treatment. 
In the second or stabilization phase, the initial psychotic 
symptoms have been brought under control, but the 
patient is at risk for relapse if treatment is interrupted. 
In the third or maintenance phase, the patient is rela- 
tively stable and can be kept indefinitely on antipsy- 
chotic medications. Even in the maintenance phase, 
however, relapses are not unusual and patients do not 
always return to full functional ability. 
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Recently, some psychiatrists have begun to use a 
classification of schizophrenia based on two main 
types. People with Type I, or positive schizophrenia, 
have a rapid (acute) onset of symptoms and tend to 
respond well to drugs. They also tend to suffer more 
from the positive symptoms, such as delusions and 
hallucinations. People with Type II, or negative schiz- 
ophrenia, are usually described as poorly adjusted 
before their schizophrenia slowly overtakes them. 
They have predominantly negative symptoms, such 
as withdrawal from others and a slowing of mental 
and physical reactions (psychomotor retardation). 


It is still customary to divide schizophrenia into a 
number of subtypes, as specified in the fourth (1994) 
edition of the Diagnostic and Statistical Manual of 
Mental Disorders (DSM-IV) as well as the fourth edi- 
tion update (DSM-IV-TR), which specify five sub 
types of schizophrenia: paranoid, disorganized, cata- 
tonic, undifferentiated, and residual. 


Paranoid schizophrenia 


The key feature of this subtype of schizophrenia is 
the combination of false beliefs (delusions) and hearing 
voices (auditory hallucinations), with more nearly nor- 
mal emotions and cognitive functioning. (Cognitive 
functions include reasoning, judgment, and memory.) 
The delusions of paranoid schizophrenics usually 
involve thoughts of being persecuted or harmed by 
others or exaggerated opinions of their own impor- 
tance, but may also reflect feelings of jealousy or exces- 
sive religiosity. The delusions are typically organized 
into a coherent framework. Paranoid schizophrenics 
function at a higher level than other subtypes, but are 
at risk for suicidal or violent behavior. 


Disorganized schizophrenia 


Disorganized schizophrenia (formerly called hebeph- 
renic schizophrenia) is marked by disorganized speech, 
thinking, and behavior on the patient’s part, coupled 
with flat or inappropriate emotional responses to a 
situation (affect). Most patients in this category have 
weak personality structures prior to their initial acute 
psychotic episode. 


Catatonic schizophreina 


Catatonic schizophrenia is characterized by dis- 
turbances of movement that may include rigidity, 
stupor, agitation, bizarre posturing, and repetitive 
imitations of the movements or speech of other people. 
These patients are at risk for malnutrition, exhaustion, 
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or self-injury. For unknown reasons, this type is pres- 
ently uncommon in developed countries. Catatonia as 
a symptom is most commonly associated with mood 
disorders. 


Undifferentiated schizophrenia 


Patients in this category have the characteristic 
positive and negative symptoms of schizophrenia but 
do not meet the specific criteria for the paranoid, 
disorganized, or catatonic subtypes. 


Residual schizophrenia 


This category is used for patients who have had at 
least one acute schizophrenic episode, but do not pres- 
ently have strong positive psychotic symptoms, such 
as delusions and hallucinations. They may have neg- 
ative symptoms, such as withdrawal from others, or 
mild forms of positive symptoms, which indicate that 
the disorder has not completely resolved. 


Causes and symptoms 


No single cause of schizophrenia has been identi- 
fied to date, but a number of causes have been impli- 
cated and are the subject of research. Schizophrenia is 
thought to be the end result of a combination of 
genetic, neurobiological, and environmental causes. 
A leading neurobiological hypothesis looks at the con- 
nection between the disease and excessive levels of 
dopamine, a chemical that transmits signals in the 
brain (neurotransmitter). The genetic factor in schizo- 
phrenia has been underscored by recent findings that 
first-degree biological relatives of schizophrenics are 
ten times as likely to develop the disorder as are mem- 
bers of the general population. 


Prior to recent findings of abnormalities in the 
brain structure of schizophrenic patients, several gen- 
erations of psychiatrists advanced a number of psy- 
choanalytic and sociological theories about the origins 
of schizophrenia. These theories ranged from hypoth- 
eses about the patient’s problems with anxiety or 
aggression to theories about stress reactions or inter- 
actions with disturbed parents. Psychosocial factors 
are now thought to influence the expression or severity 
of schizophrenia, rather than cause it directly. 


Another hypothesis suggests that schizophrenia 
may be caused by a virus that attacks the hippocam- 
pus, a part of the brain that processes sense percep- 
tions. Damage to the hippocampus would account for 
schizophrenic patients’ vulnerability to sensory over- 
load. Although concerted efforts have been made over 
the past ten years, as of 2006, no conclusive evidence 
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have been learned to connect a specific virus to the 
etiology (causes) of schizophrenia. 


Symptoms of schizophrenia 


Patients with a possible diagnosis of schizophrenia 
are evaluated on the basis of a set or constellation of 
symptoms; there is no single symptom that is unique to 
schizophrenia. In 1959, German psychiatrist Kurt 
Schneider proposed a list of so-called first-rank symp- 
toms, which he regarded as diagnostic of the disorder. 
These symptoms include: delusions, somatic hallucina- 
tions, hearing voices commenting on the patient’s 
behavior, and thought insertion or thought withdrawal. 


Somatic hallucinations refer to sensations or per- 
ceptions concerning body organs that have no known 
medical cause or reason, such as the notion that one’s 
brain is radioactive. Thought insertion and/or with- 
drawal refer to delusions that an outside force (for 
example, the U.S. Federal Bureau of Investigation 
(FBI), the U.S. Central Intelligence Agency (CIA), 
Martians [supposed space aliens from the planet 
Mars], etc.) has the power to put thoughts into one’s 
mind or remove them. 


Positive symptoms 


The positive symptoms of schizophrenia are those 
that represent an excessive or distorted version of nor- 
mal functions. Positive symptoms include Schneider’s 
first-rank symptoms as well as disorganized thought 
processes (reflected mainly in speech) and disorganized 
or catatonic behavior. Disorganized thought processes 
are marked by such characteristics as looseness of asso- 
ciations (in which the patient rambles from topic to 
topic in a disconnected way), tangentially (which 
means that the patient gives unrelated answers to ques- 
tions), and word salad (in which the patient’s speech is 
so incoherent that it makes no grammatical or linguis- 
tic sense). Disorganized behavior means that the 
patient has difficulty with any type of purposeful or 
goal-oriented behavior, including personal self-care or 
preparing meals. Other forms of disorganized behavior 
may include dressing in odd or inappropriate ways, 
sexual self-stimulation in public, or agitated shouting 
or cursing. 


Negative symptoms 


The DSM-IV and DSM-IV-TR definition of 
schizophrenia includes three so-called negative symp- 
toms. They are termed negative because they represent 
the lack or absence of behaviors. The negative symp- 
toms that are considered diagnostic of schizophrenia 
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are a lack of emotional response (affective flattening), 
poverty of speech, and absence of volition or will. In 
general, the negative symptoms are more difficult for 
doctors to evaluate than the positive symptoms. 


Diagnosis of schizophrenia 


A physician must make a diagnosis of schizophre- 
nia on the basis of a standardized list of outwardly 
observable symptoms, not on the basis of internal 
psychological processes. There are no specific labora- 
tory tests that can be used to diagnose schizophrenia. 
Researchers have, however, discovered that patients 
with schizophrenia have certain abnormalities in the 
structure and functioning of the brain compared to 
normal test subjects. These discoveries have been 
made with the help of imaging techniques such as 
computed tomography (CT) scans. 


When a psychiatrist assesses a patient for schizo- 
phrenia, he or she will begin by excluding physical 
conditions that can cause abnormal thinking and 
some other behaviors associated with schizophrenia. 
These conditions include organic brain disorders 
(including traumatic injuries of the brain) temporal 
lobe epilepsy, Wilson’s disease, Huntington’s chorea, 
and encephalitis. The doctor will also need to rule out 
substance abuse disorders, especially amphetamine use. 


After ruling out organic disorders, the physician 
will consider other psychiatric conditions that may 
include psychotic symptoms or symptoms resembling 
psychosis. These disorders include mood disorders 
with psychotic features; delusional disorder; dissocia- 
tive disorder not otherwise specified (DDNOS) or 
multiple personality disorder; schizotypal, schizoid, 
or paranoid personality disorders; and atypical reac- 
tive disorders. In the past, many individuals were 
incorrectly diagnosed as schizophrenic. Some patients 
who were diagnosed prior to the changes in categori- 
zation introduced by DSM-IV and DSM-IV-TR 
should have their diagnoses, and treatment, reeval- 
uated. In children, the physician must distinguish 
between psychotic symptoms and a vivid fantasy life, 
and also identify learning problems or disorders. After 
other conditions have been ruled out, the patient must 
meet a set of criteria specified by DSM-IV and DSM- 
IV-TR: 


« Characteristic symptoms. The patient must have two 
(or more) of the following symptoms during a one- 
month period: delusions; hallucinations; disorgan- 
ized speech; disorganized or catatonic behavior; neg- 
ative symptoms. 


- Decline in social, interpersonal, or occupational 
functioning, including self-care. 
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- Duration. The disturbed behavior must last for at 
least six months. 


» Diagnostic exclusions. Mood disorders, substance 
abuse disorders, medical conditions, and develop- 
mental disorders have been ruled out. 


Treatment 


The treatment of schizophrenia depends in part 
on the patient’s stage or phase. Patients in the acute 
phase are hospitalized in most cases, to prevent harm 
to the patient or others and to begin treatment with 
antipsychotic medications. The best results are usually 
obtained when drugs are combined with social treat- 
ments. A patient having a first psychotic episode 
should be given a CT or MRI (magnetic resonance 
imaging) scan to rule out structural brain disease. 


Antipsychotic medications 


The primary form of treatment of schizophrenia is 
antipsychotic medication. Antipsychotic drugs help to 
control almost all the positive symptoms of the disorder. 
They have minimal effects on disorganized behavior and 
negative symptoms. Between 60 to 70% of schizo- 
phrenics will respond to antipsychotics. In the acute 
phase of the illness, patients are usually given medica- 
tions by mouth or by intramuscular injection. After the 
patient has been stabilized, the antipsychotic drug may 
be given in a long-acting form called a depot dose. 
Depot medications last for two to four weeks; they 
have the advantage of protecting the patient against 
the consequences of forgetting or skipping daily doses. 
In addition, some patients who do not respond to oral 
neuroleptics have better results with depot form. 
Patients whose long-term treatment includes depot med- 
ications are introduced to the depot form gradually 
during their stabilization period. Most people with 
schizophrenia are kept indefinitely on antipsychotic 
medications during the maintenance phase of their dis- 
order to minimize the possibility of relapse. 


The most frequently used antipsychotics fall into 
two classes: the older dopamine receptor antagonists, 
or DAs, and the newer serotonin dopamine antago- 
nists, or SDAs. (Antagonists block the action of some 
other substance; for example, dopamine antagonists 
counteract the action of dopamine.) The exact mech- 
anisms of action of these medications are not known, 
but it is thought that they lower the patient’s sensitiv- 
ity to sensory stimuli and so indirectly improve the 
patient’s ability to interact with others. 


DOPAMINE RECEPTOR ANTAGONIST. The dopamine 
antagonists include the older antipsychotic (also called 
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KEY TERMS 


Affective flattening—A loss or lack of emotional 
expressiveness. It is sometimes called blunted or 
restricted affect. 


Akathisia—Agitated or restless movement, usually 
affecting the legs and accompanied by a sense of 
discomfort. It is a common side effect of neuroleptic 
medications. 


Catatonic behavior—Behavior characterized by 
muscular tightness or rigidity and lack of response 
to the environment. In some patients rigidity alter- 
nates with excited or hyperactive behavior. 


Delusion—A fixed, false belief that is resistant to 
reason or factual disproof. 


Depot dosage—A form of medication that can be 
stored in the patient’s body tissues for several days 
or weeks, thus minimizing the risks of the patient’s 
forgetting daily doses. Haloperidol and fluphenazine 
can be given in depot form. 


Dopamine receptor antagonists (DAs)—The older 
class of antipsychotic medications, also called neu- 
roleptics. These primarily block the site on nerve 
cells that normally receives the brain chemical 
dopamine. 


Dystonia—Painful involuntary muscle cramps or 
spasms. Dystonia is one of the extrapyramidal side 
effects associated with antipsychotic medications. 


Extrapyramidal symptoms (EPS)—A group of side 
effects associated with antipsychotic medications. 
EPS include Parkinsonism, akathisia, dystonia, and 
tardive dyskinesia. 


First-rank symptoms—A set of symptoms designated 
by Kurt Schneider in 1959 as the most important 
diagnostic indicators of schizophrenia. These symp- 
toms include delusions, hallucinations, thought 
insertion or removal, and thought broadcasting. 
First-rank symptoms are sometimes referred to as 
Schneiderian symptoms. 


Hallucination—A sensory experience of something 
that does not exist outside the mind. A person can 
experience a hallucination in any of the five senses. 
Auditory hallucinations are a common symptom of 
schizophrenia. 


neuroleptic) drugs, such as haloperidol (Haldol®), chlor- 
promazine (Thorazine®), and fluphenazine (Prolixin®). 
These drugs have two major drawbacks: it is often 
difficult to find the best dosage level for the individual 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Huntington’s chorea—A hereditary disease that typ- 
ically appears in midlife, marked by gradual loss of 
brain function and voluntary movement. Some of its 
symptoms resemble those of schizophrenia. 


Negative symptoms—Symptoms of schizophrenia 
that are characterized by the absence or elimination 
of certain behaviors. DSM-IV and DSM-IV-TR spec- 
ify three negative symptoms: affective flattening, 
poverty of speech, and loss of will or initiative. 


Neuroleptic—Another name for the older type of 
antipsychotic medications given to schizophrenic 
patients. 


Parkinsonism—A set of symptoms originally associ- 
ated with Parkinson’s disease that can occur as side 
effects of neuroleptic medications. The symptoms 
include trembling of the fingers or hands, a shuffling 
gait, and tight or rigid muscles. 


Positive symptoms—Symptoms of schizophrenia 
that are characterized by the production or presence 
of behaviors that are grossly abnormal or excessive, 
including hallucinations and thought-process disor- 
der. DSM-IV and DSM-IV-TR subdivide positive 
symptoms into psychotic and disorganized. 


Poverty of speech—A negative symptom of schizo- 
phrenia, characterized by brief and empty replies to 
questions. It should not be confused with shyness or 
reluctance to talk. 


Psychotic disorder—A mental disorder character- 
ized by delusions, hallucinations, or other symptoms 
of lack of contact with reality. The schizophrenias 
are psychotic disorders. 


Serotonin dopamine antagonists (SDAs)—The newer 
second-generation antipsychotic drugs, also called 
atypical antipsychotics. SDAs include clozapine 
(Clozaril®), risperidone (Risperdal®), and olanza- 
pine (Zyprexa®). 

Wilson’s disease—A rare hereditary disease marked 
by high levels of copper deposits in the brain and 
liver. It can cause psychiatric symptoms resembling 
schizophrenia. 


Word salad—Speech that is so disorganized that it 
makes no linguistic or grammatical sense. 


patient, and a dosage level high enough to control 
psychotic symptoms frequently produces extrapyrami- 
dal side effects, or EPS. EPSs include Parkinsonism, in 
which the patient cannot walk normally and usually 
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develops a tremor; dystonia, or painful muscle spasms 
of the head, tongue, or neck; and akathisia, or rest- 
lessness. A type of long-term EPS is called tardive 
dyskinesia, which features slow, rhythmic, automatic 
movements. Schizophrenics with AIDS (acquired 
immune deficiency syndrome) are especially vulner- 
able to developing EPS. 


SERATONIN DOPANINE ANTAGONISTS. The seroto- 
nin dopamine antagonists, also called atypical antipsy- 
chotics, are newer medications that include clozapine 
(Clozaril®), risperidone (Risperdal®), and olanzapine 
(Zyprexa®). The SDAs have a better effect on the neg- 
ative symptoms of schizophrenia than do the older 
drugs and are less likely to produce EPS than the 
older compounds. The newer drugs are significantly 
more expensive in the short term, although the SDAs 
may reduce long-term costs by reducing the need for 
hospitalization. The SDAs are commonly used to treat 
patients who respond poorly to the DAs. However, 
many psychiatrists now regard the use of these atypical 
antipsychotics as the treatment of first choice. 


Psychotherapy 


Most schizophrenics can benefit from psychother- 
apy once their acute symptoms have been brought under 
control by antipsychotic medication. Psychoanalytic 
approaches are not recommended. Behavior therapy, 
however, is often helpful in assisting patients to acquire 
skills for daily living and social interaction. It can be 
combined with occupational therapy to prepare the 
patient for eventual employment. 


Family therapy 


Family therapy is often recommended for the fami- 
lies of schizophrenic patients, to relieve the feelings of 
guilt that they often have as well as to help them under- 
stand the patient’s disorder. The family’s attitude and 
behaviors toward the patient are key factors in minimiz- 
ing relapses (for example, by reducing stress in the 
patient’s life), and family therapy can often strengthen 
the family’s ability to cope with the stresses caused by the 
schizophrenic’s illness. Family therapy focused on com- 
munication skills and problem-solving strategies is par- 
ticularly helpful. In addition to formal treatment, many 
families benefit from support groups and similar mutual 
help organizations for relatives of schizophrenics. 


Prognosis 


One important prognostic sign is the patient’s age 
at onset of psychotic symptoms. Patients with early 
onset of schizophrenia are more often male, have a 
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lower level of functioning prior to onset, a higher rate 
of brain abnormalities, more noticeable negative 
symptoms, and worse outcomes. Patients with later 
onset are more likely to be female, with fewer brain 
abnormalities and thought impairment, and more 
hopeful prognoses. 


The average course and outcome for schizo- 
phrenics are less favorable than those for most other 
mental disorders, although as many as 30% of patients 
diagnosed with schizophrenia recover completely and 
the majority experience some improvement. Two fac- 
tors that influence outcomes are stressful life events 
and a hostile or emotionally intense family environ- 
ment. Schizophrenics with a high number of stressful 
changes in their lives, or who have frequent contacts 
with critical or emotionally over-involved family 
members, are more likely to relapse. Overall, the 
most important component of long-term care of schiz- 
ophrenic patients is complying with their regimen of 
antipsychotic medications. 


As of 2006, there are over 15 medicines under 
development for the treatment of schizophrenia. 
According to schizophrenia.com, a leading non-profit 
Web community dedicated to “providing high quality 
information, support and education to the family 
members, caregivers and individuals whose lives have 
been impacted by schizophrenia.” 


Along with medication in order to treat schizo- 
phrenia, rehabilitation and psychotherapy are essen- 
tial in order to minimize the affects of the illness. 
Friends and family, along with the patient, must 
accept that the illness can be controlled so the patient 
can make the most of his or her life and not be limited 
by it. 


See also Hormones; Nervous system; Neurosci- 
ence; Neurosurgery; Psychoanalysis; Psychology; 
Psychosurgery. 
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| Scientific method 


Scientific thought seeks to make sense of nature. 
One test of the adequacy of a scientific explanation is 
its ability to make accurate predictions about future 
events and observations. Just as the engineer who 
designs a bridge ensures that it will withstand the 
forces of nature and use, so the scientist considers the 
ability of any new scientific model to hold up under 
scientific scrutiny as new data become available. 


Until the seventeenth century, scientific prediction 
simply amounted to observing the changing events of 
the world, noting any regularities, and making predic- 
tions based upon those regularities. The Irish philoso- 
pher and bishop George Berkeley (1685-1753) was the 
first to rethink this notion of predictability. 


Berkeley noted that each person experiences 
directly only the signals of his or her five senses. An 
individual can infer that a natural world exists as the 
source of his sensations, but he or she can never know 
the natural world directly; one can only know it 
through one’s senses. In everyday life, people tend to 
forget that their knowledge of the external world 
comes to them through their five senses. 


The physicists of the nineteenth century described 
the atom as though they could see it directly. Their 
descriptions changed as new data arrived, and these 
physicists had to remind themselves that they were 
only working with a mental picture built with frag- 
mentary information, not with a direct vision of 
atomic reality. 


Scientific models 


In 1913, Niels Bohr used the term model for his 
published description of the hydrogen atom. This term 
is now used to characterize theories developed long 
before Bohr’s time. Essentially, a model implies some 
structure of ideas and images that is intended to corre- 
spond to some physical reality. A partial correspondence 
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is often enough to provide a very useful model, but the 
intent of creating the model is to make predictions as well 
as to describe existing data, and all scientific models are 
ultimately judged by their ability to make correct pre- 
dictions. The events predicted may be observations, not 
just experiments: for example, the theory of evolution 
makes many predictions about what kinds of fossils will 
be found (transitional forms). When such fossils are 
found, as they frequently are, an “event” has been cor- 
rectly predicted by the theory. 


There are many types of models. A conceptual 
model refers to a mental picture of a model that is 
introspectively present when one thinks about it. A 
geometrical model refers to diagrams or drawings that 
are used to describe a model. A mathematical model 
refers to equations or other relationships that provide 
quantitative predictions. 


It is an interesting fact that if a mathematical 
model predicts the future accurately, there may be no 
need for interpretation or visualization of the process 
described by the mathematical equations. Many math- 
ematical models have more than one interpretation. 
But the interpretations and visualization of the math- 
ematical model should facilitate the creation of new 
models. 


New models are not constructed from observa- 
tions of facts and previous models; they are postu- 
lated. That is to say that the statements that describe 
a model are assumed and predictions are made from 
them. The predictions are checked against the meas- 
urements or observations of actual events in nature. If 
the predictions prove accurate, the model is said to be 
validated. If the predictions fail, the model is discarded 
or adjusted until it can make accurate predictions. 


The formulation of the scientific model is subject 
to no limitations in technique; the scientist is at liberty 
to use any method he can come up with, conscious or 
unconscious, to develop a model. Validation of the 
model, however, follows a single, recurrent pattern. 
Note that this pattern does not constitute a method for 
making new discoveries in science; rather it provides a 
way of validating new models after they have been 
postulated. This method is called the scientific method 
and is an idealized account—not a fully realistic one— 
of how science works. In fact, a description of the 
scientific method is itself a model. 


The scientific method (1) postulates a model con- 
sistent with existing experimental observations; (2) 
checks the predictions of this model against further 
observations or measurements; (3) adjusts or discards 
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the model to agree with new observations or 
measurements. 


The third step leads back to the second, so, in 
principle, the process continues without end. (Such a 
process is said to be recursive.) No assumptions are 
made about the reality of the model. The model that 
ultimately prevails may be the simplest, most conven- 
ient, or most satisfying model; but it will certainly be 
the one that best explains those problems that scien- 
tists have come to regard as most acute. 


Paradigms are models that overarch or include a 
whole way of looking at a scientific field. Sometimes, a 
new paradigm is sufficiently unprecedented and convinc- 
ing to attract a group of adherents away from an older 
paradigm. A new paradigm must explain what is already 
known better than the paradigm it seeks to replace, while 
making testable predictions about future observations. A 
paradigm is thus a theory or explanatory structure from 
which a coherent tradition of scientific research springs. 
Examples of such traditions include Ptolemaic astron- 
omy, Copernican astronomy, Aristotelian dynamics, 
Newtonian dynamics, relativity, evolution, and more. 


Paradigms acquire status because they are more 
successful than their competitors in solving a few prob- 
lems that scientists have come to regard as acute. 
Normal science consists of extending the knowledge 
of those facts that are key to understanding the para- 
digm, and in further articulating the paradigm itself. 


Scientific thought should in principle be cumula- 
tive; that is, a new model should be capable of explain- 
ing everything the old model did. In some sense the old 
model may appear to be a special case of the new 
model. This is particularly clear in the case of 
Newtonian physics, whose equations are recovered 
as special cases or approximations of the equations 
of the next paradigm, quantum mechanics and 
relativity. 


The descriptive phase of normal science involves 
the acquisition of experimental data. Much of science 
involves classification of these facts. Classification 
systems constitute abstract models, and it is often the 
case that examples are found that do not precisely fit in 
classification schemes. Whether these anomalies war- 
rant reconstruction of the classification system 
depends on the consensus of the scientists involved. 


Predictions that do not include numbers are called 
qualitative predictions. Only qualitative predictions can 
be made from qualitative observations. Predictions that 
include numbers are called quantitative predictions. 
Quantitative predictions are often expressed in terms 
of probabilities, and may contain estimates of the accu- 
racy of the prediction. 


3818 


Historical evolution of the scientific method 


The Greeks constructed a model in which the stars 
were lights fastened to the inside of a large, hollow 
sphere (the sky), and the sphere rotated about the 
Earth as a center. This model predicts that all of the 
stars will remain fixed in position relative to each 
other. But certain bright stars were found to wander 
about the sky. These stars were called planets (from 
the Greek word for wanderer). The model had to be 
modified to account for motion of the planets. In 
Ptolemy’s (AD 90-168) model of the solar system, 
each planet moves in a small circular orbit, and the 
center of the small circle moves in a large circle around 
Earth as center. 


Copernicus (1473-1543) assumed the Sun was 
near the center of a system of circular orbits in which 
Earth and planets moved with fair regularity. Like 
many new scientific ideas, Copernicus’ idea was ini- 
tially greeted as nonsense, but over time it eventually 
took hold. One of the factors that led astronomers to 
accept Copernicus’ model was that Ptolemaic astron- 
omy could not explain a number of astronomical 
discoveries. 


In the case of Copernicus, the problems of calen- 
dar design and astrology evoked questions among 
contemporary scientists. In fact, Copernicus’s theory 
did not lead directly to any improvement in the calen- 
dar. Copernicus’s theory suggested that the planets 
should be like Earth, that Venus should show phases, 
and that the universe should be vastly larger than 
previously supposed. Sixty years after Copernicus’s 
death, when the telescope suddenly displayed moun- 
tains on the moon, the phases of Venus, and an 
immense number of previously unsuspected stars, the 
new theory received a great many converts, particu- 
larly from non-astronomers. 


The change from the Ptolemaic model to 
Copernicus’s model is a particularly famous case of a 
paradigm change. As the Ptolemaic system evolved 
between 200 BC and AD 200, it eventually became 
highly successful in predicting changing positions of 
the stars and planets. No other ancient system had 
performed as well. In fact Ptolemaic astronomy is 
still used today as an engineering approximation. 
Ptolemy’s predictions for the planets were as good as 
Copernicus’s. But with respect to planetary position 
and precession of the equinoxes, the predictions made 
with Ptolemy’s model were not quite consistent with 
the best available observations. Given a particular 
inconsistency, astronomers for many centuries were 
satisfied to make minor adjustments in the Ptolemaic 
model to account for it. But eventually, it became 
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KEY TERMS 


Inference—The action of drawing a conclusion from 
data or premises. Compare with deduction, an infer- 
ence from the general to the particular. 

Normal science—Scientific activity involving the 
extension of knowledge of facts key to understanding 
a paradigm, and in further articulating the paradigm 
itself. Most scientific activity falls under the category 
of normal science. 

Paradigm—A model that is sufficiently unprece- 
dented to attract an enduring group of adherents 
away from competing scientific models. A paradigm 
must be sufficiently open-ended to leave many 
problems for its adherents to solve. The paradigm 
is thus a theory from which springs a coherent 


apparent that the web of complexity resulting from the 
minor adjustments was increasing more rapidly than 
the accuracy, and a discrepancy corrected in one place 
was likely to show up in another place. 


Tycho Brahe (1546-1601) made a lifelong study of 
the planets. In the course of doing so he acquired the 
data needed to demonstrate certain shortcomings in 
Copernicus’s model. But it was left to Johannes Kepler 
(1571-1630), using Brahe’s data after the latter’s death, 
to come up with a set of laws consistent with the data. 
It is worth noting that the quantitative superiority of 
Kepler’s astronomical tables to those computed from 
the Ptolemaic theory was a major factor in the con- 
version of many astronomers to Copernicanism. 


In fact, simple quantitative telescopic observa- 
tions indicate that the planets do not quite obey 
Kepler’s laws, and Isaac Newton (1642-1727) pro- 
posed a theory that shows why they should not. To 
redefine Kepler’s laws, Newton had to neglect all 
gravitational attraction except that between individual 
planets and the sun. Since planets also attract each 
other, only approximate agreement between Kepler’s 
laws and telescopic observation could be expected. 


Newton thus generalized Kepler’s laws in the 
sense that they could now describe the motion of any 
object moving in any sort of path. It is now known that 
objects moving almost as fast as the speed of light 
require a modification of Newton’s laws, but such 
objects were unknown in Newton’s day. 


Newton’s first law asserts that a body at rest 
remains at rest unless acted upon by an external force. 
His second law states quantitatively what happens when 
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tradition of scientific research. Examples of such 
traditions include Ptolemaic astronomy, Copernican 
astronomy, Aristotelian dynamics, Newtonian dynam- 
ics, etc. 

Postulate—Something assumed as a basis of 
reasoning. 


Qualitative prediction—A prediction that does not 
include numbers. Only qualitative predictions can 
be made from qualitative observations. 


Quantitative prediction—A prediction that includes 
numbers. Quantitative predictions are often expressed 
in terms of probabilities, and may contain estimates 
of the accuracy of the prediction. 


a force is applied to an object. The third law states that if 
a body A exerts a force F on body B, then body B exerts 
on body A, a force that is equal in magnitude but 
opposite in direction to force F. Newton’s fourth law is 
his law of gravitational attraction. 


Newton’s success in predicting quantitative astro- 
nomical observations was probably the single most 
important factor leading to acceptance of his theory 
over more reasonable but uniformly qualitative 
competitors. 


It is often pointed out that Newton’s model 
includes Kepler’s laws as a special case. This permits 
scientists to say they understand Kepler’s model as a 
special case of Newton’s model. But when one consid- 
ers the case of Newton’s laws and relativistic theory, 
the special case argument does not hold up. Newton’s 
laws can only be derived from Albert Einstein’s (1876- 
1955) relativistic theory if the laws are reinterpreted in 
a way that would have only been possible after 
Einstein’s work. 


The variables and parameters that in Einstein’s 
theory represent spatial position, time, mass, etc. appear 
in Newton’s theory, and there still represent space, time, 
and mass. But the physical natures of the Einsteinian 
concepts differ from those of the Newtonian model. In 
Newtonian theory, mass is conserved; in Einstein’s 
theory, mass is convertible with energy. The two ideas 
converge only at low velocities, but even then they are 
not exactly the same. 


Scientific theories are often felt to be better than 
their predecessors because they are better instruments 
for solving puzzles and problems, but also for their 
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superior abilities to represent what nature is really like. 
In this sense, it is often felt that successive theories 
come ever closer to representing truth, or what is 
“really there.” Thomas Kuhn, the historian of science 
whose writings include the seminal book The Structure 
of Scientific Revolution (1962), found this idea implau- 
sible. He pointed out that although Newton’s mechan- 
ics improve on Ptolemy’s mechanics and Einstein’s 
mechanics improve on Newton’s as instruments for 
puzzle-solving, there does not appear to be any coher- 
ent direction of development. In some important 
respects, Kuhn has argued, Einstein’s general theory 
of relativity is closer to early Greek ideas than to 
Newton’s. 


See also Geocentric theory; Heliocentric theory; 
Laws of motion; Relativity, general; Relativity, special. 


Randall Frost 


l Scorpion flies 


The scorpion fly, despite its name, is neither a 
scorpion nor a fly. The name is a suggestion of the 
general appearance of the insect. They have four mem- 
branous wings that are the same size and shape. The 
head is rather elongated and points down in a beak- 
like fashion with the chewing mouthparts located at 
the tip of the beak. The genital segment of the male 
scorpion fly has an enlarged, rounded appearance. In 
addition, it curves up over the back of the insect, 
resembling a scorpion’s tail. However, the tail is not 
an offensive weapon; it is used for grasping the female 
during copulation. 


Scorpion flies are so unique they have been given 
their own taxonomic order: Mecoptera. They undergo 
complete metamorphosis and most are 0.4-0.8 in (9-22 
mm) in length. The majority of the Mecopterans that 
are encountered in the wild constitute two of the five 
families: Panorpidae (common or “true” scorpion 
flies) and Bittacidae (hanging scorpion flies). The 
three remaining families, Panorpodidae, Meropeidae, 
and Boreidae, have a combined total of 14 North 
American species and are not very common. 


The Panorpidae are, for the most part, scavengers. 
The larvae and the adults feed on dead animals, 
including insects with the occasional diet supplement 
of mosses, pollen, fruit, and nectar. The eggs are laid in 
the soil in small clusters, eventually hatching into lar- 
vae that have a caterpillar like appearance. If the 


3820 


larvae are not on the surface feeding, they are in 
shallow burrows that have been dug in the soil. 
Pupation takes place in an elongated cell just under 
ground by the fourth instar larvae. 


The Bittacidae are similar in appearance to the 
Panorpidae but lack the scorpion like tail. In addition, 
the Bittacids are hunters. The second and third pair of 
legs are extremely long and raptorial (modified for 
grasping), thus preventing the insect from standing in 
a normal fashion. By hanging from the front pair of 
legs, the Bittacids reach for passing prey with the hind 
legs, hence the nickname “hanging scorpion fly.” Prey 
often includes spiders, moths, flies, and other small, 
soft-bodies insects. 


[ Scorpionfish 


Scorpionfish are ray-finned bony marine fish 
belonging to the family Scorpaenidae. Most of the 
450 species of scorpionfish live in tropical and temper- 
ate waters from California to Hawaii and especially in 
the Indo-Pacific. Some scorpionfish, often called lion- 
fish, live in the Caribbean. Major anatomical charac- 
teristics of scorpionfish include a bony structure 
extending from the eye to the operculum or gill cover 
as well as a dorsal fin with 11 to 17 long spines and 
pectoral rays with 11 to 25 spines. The common name 
of scorpionfish refers to both to the spines and venom 
of the members of this family, many of which are 
colored red. 


The plumed scorpionfish, Scorpaena grandicornis, 
of the Atlantic derives its name from the spines and 
fleshy outgrowths around its head that superficially 
resemble the shaggy mane ofa lion. The first dorsal fin 
bears a series of heavy sharp spines of which the most 
anterior ones are hollow and contain poison glands at 
their base. 


The plumed scorpionfish is relatively small, rang- 
ing from 6-12 in (15-30.5 cm) and is found in the 
subtropical seas from Florida to the Caribbean. 


The western representative of this group is the 
California scorpionfish, S. guttata, which is found off 
the coast of California. They can reach 1.5 ft (0.5 m) 
in length, and are a red color dorsally, grading gradu- 
ally to pink below. California scorpionfish are a favor- 
ite of sport fishermen but dangerous to catch because of 
12 pointed spines on the dorsal fin. 
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A lionfish (Pterois volitans) in the Coral Sea. (ULM Visuals.) 


The deadliest species of scorpionfish are found in 
the Indo-Pacific region. The stonefish (genus Syanceja) 
may lurk on coral reefs or on rocky bottoms in shallow 
water. Venom injected from the hollow spine (like a 
hypodermic needle) may result in extreme pain which 
may persist for a long time, frequently resulting in 
death. 


Scorpions see Arachnids 


| Screamers 


Screamers are three species of large birds in the 
family Anhimidae. This family is in the order 
Anseriformes, which also includes the ducks, geese, 
and swans, although screamers bear little superficial 
resemblance to these waterfowl. Screamers are non- 
migratory birds that inhabit a wide range of aquatic 
habitats in the tropics of South America, especially 
marshy places. 


Screamers are large birds, with a body length of 28- 
36 in (71-91 cm), and a heavy body, weighing as much 
as 10 lb (4.5 kg). The wings are large and rounded, and 
have two pairs of prominent, sharp spurs at the bend 
(which is anatomically analogous to the wrist). The 
spurs are used to attack other screamers intruding on 
a defended territory, or in defense against predators. 
The legs and feet are long and strong, and the toes are 
slightly webbed. The head has a crest at the back, and 
the beak is small, downward curved, and fowl-like in 
appearance. Almost all of the bones of screamers are 
hollow, and their body has numerous air-sacs. Both of 
these features serve to lighten the weight of these large- 
bodied birds. The coloration of screamers is typically 
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gray, with some black markings. The sexes are alike in 
size and coloration. 


Screamers are strong but slow fliers, and they 
often soar. They are semi-aquatic animals, spending 
much of their time walking about in the vicinity of 
aquatic habitats, and often on mats of floating vege- 
tation, but not usually in the water itself. They feed on 
aquatic plants, and sometimes on insects. 


True to their name, screamers have very loud, 
shrill cries that they use to proclaim their breeding 
territory. Screamers build their nest on the ground, 
and lay from one to six unspotted eggs. The eggs are 
incubated by both parents, who also raise the young 
together. The babies are precocious, and can leave the 
nest soon after they hatch, following their parents and 
mostly feeding themselves. Screamers are monoga- 
mous, and pair for life. 


The horned screamer (Anhima cornuta) has a 6-in 
(15 cm) long, forward-hanging, horny projection on 
its forehead, probably important in species recogni- 
tion, or in courting displays. This species ranges 
through much of the South American tropics. 


The black-necked or northern screamer (Chauna 
chavaria) occurs in Colombia and northern Venezuela. 
The crested or southern screamer (C. torquata) occurs 
in Brazil, Bolivia, northern Argentina, and Paraguay. 


[ Screwpines 


Screwpines are shrubs, trees, or vines belonging to 
the family Pandanaceae in order Pandanales, and the 
class Arecidae, which also includes the palms. 
Screwpines are native to the tropics of South and 
Southeast Asia, northern Australia, and west Africa. 
Despite their common name, screwpines are not 
related to the true pines, which are gymnosperms of 
the phylum Coniferophyta. 


Screwpines are common elements of wet riverside 
and coastal forests. Screwpines typically grow with 
many stilt-like, prop roots arising from the stem of 
the plant, much like red mangroves. These prop roots 
provide additional support for the plants, which grow 
in soft, wet substrates. 


Screwpines are much used by local peoples. In 
India, male flowers of breadfruit pardanus or pardong 
(Pandanus odoratissimus) are soaked in water to extract 
a perfume. In Malaysia, leaves of the thatch screwpine 
(Pandanus tectorius), are used for roof thatching and 
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for flavoring certain kinds of bread. On the island of 
Madagascar, leaves of the common screwpine (P. utilis) 
are used to make woven baskets and mats. 


The fruits of many screwpines are large and 
greatly resemble pineapples. Fruits of P. odoratissimus 
serve as a source of nutrition in much of the Old World 
tropics. Breadfruit was the major cargo being carried 
by the mutinous British merchant ship, Bounty. Many 
other species of Pandanus produce large and nutritious 
fruits that are eaten by local people. 


Screwpines are also fairly commonly used in the 
florist’s trade. Several species are used, but Pandanus 
vetchii is the most popular. There is even a florist’s 
cultivar of P. vetchii on the market called compacta. 


See also Gymnosperm; Mangrove tree; Wetlands. 


I Sculpins 


The sculpins are about 245 species of small, rather 
grotesquely shaped fish that make up the family 
Cottidae. Most species of sculpins occur in cold or cool- 
temperate marine waters of the Northern Hemisphere, 
but a few species occur in fresh waters of northern Asia, 
Europe, and North America. 


Sculpins are short, stout-bodied fishes, with a 
large and broad head, large eyes, a large mouth, and 
broad, coarsely veined fins. Sculpins are bottom- 
dwelling fishes, feeding voraciously on diverse types 
of aquatic invertebrates and plant matter. Sculpins do 
not have typical scales covering their body, but are 
coated by a slimy mucus, with numerous tubercles or 
prickles that give these fish a rough feel when handled. 


Most species of sculpin occur in northern marine 
waters. The sea raven (Hemitripterus americanus) 
occurs on continental-shelf waters of the northeastern 
Atlantic Ocean, from New England to Labrador. This 
is a relatively large species of sculpin, attaining a 
weight as much as 6.5 Ib (3 kg). When they are cap- 
tured, sea ravens will quickly swallow water and air to 
distend their body, presumably hoping to make it 
more difficult to be swallowed whole by a predator. 


The grubby (Myoxocephalus aenaeus) is a smaller 
species of the northeastern Atlantic, sometimes con- 
sidered a nuisance by human fishers because when this 
fish is abundant it takes baited hooks set for other 
species. 


Several species of sculpins occur in fresh waters in 
North America. The slimy sculpin (Cottus cognatus) is a 
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A mottled sculpin. (ULM Visuals.) 


5-8-cm-long species that is very widespread in rivers in 
temperate regions of the United States. The similar-sized, 
mottled sculpin (Cottus bairdi) is widespread in north- 
eastern regions. The deepwater sculpin (Myoxocephalus 
quadricornis) is a relatively large species, attaining a 
length of up to 8.4 in (21 cm), and occurring in deeper 
waters of the Great Lakes and some other large lakes. 


l Sea anemones 


Sea anemones are invertebrate animals belonging 
to the phylum Cnidaria, a name derived from the 
Greek word cnidos, which means stinging nettle. Sea 
anemones are found in all major oceans from the polar 
regions to the equator. All are exclusively marine- 
dwelling with a strong tendency for shallow, warm 
waters. More than 1,000 species have been described 
so far. These vary considerably in size, with a body 
diameter that ranges from just 0.15 in (4 mm) to more 
than 3.3 ft (1 m), and a height of 0.6 in (1.5 cm) to 2 in 
(5 cm). Many are strikingly colored with vivid hues of 
blue, yellow, green, or red or a combination of these, 
but others may blend into the background through an 
association with symbiotic algae that live within the 
body wall of the anemone. 


Related to corals and more distantly to jellyfish, 
sea anemones have a very simple structure, comprising 
an outer layer of cells which surround the body, an 
inner layer lining the gut cavity, and a separating layer 
of jelly like material that forms the bulk of the animal. 
The central gut serves as stomach, intestine, circula- 
tory system, and other purposes. The single mouth, 
through which all materials enter and leave the gut, is 
typically surrounded by a ring of tentacles that vary in 
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A sea anemone. (JLM Visuals.) 


size, appearance, and arrangement according to the 
species. Many of these tentacles are armed with special 
barbed stinging cells (nematocysts). These are used 
both in defense and in capturing prey. Whenever the 
tentacles come into contact with a foreign object, spe- 
cial capsules in the cell walls are triggered to unleash a 
number of nematocysts, some of which may carry 
toxic materials that serve to sting or paralyze the 
intruding object. Some tentacles produce a sticky 
mucus substance which serves a similar purpose, repel- 
ling potential predators and adhering to any small 
passing animals. 


Unlike their coralline relatives, sea anemones are 
solitary animals that live firmly attached by a pedal 
disk to some object, either a branching coral, sub- 
merged rocks, or shells. A few species even bury them- 
selves partly in soft sediments. All are free-living 
species that feed on a wide range of invertebrates; 
some of the larger species even feed on small fish that 
are captured and paralyzed by the nematocysts. In 
general, however, most of the smaller food items are 
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captured by the regular beating movements of the 
tentacles, which draw small food particles down 
towards the mouth region. As food such as plankton 
is trapped on the surface of the tentacles, the latter 
bend down towards the mouth and deposit the food. 


Sea anemones can reproduce by sexual or asexual 
means. Some species are either male or female, while 
others may be hermaphroditic. In the latter, eggs and 
sperm are produced at different times and released to 
the sea where external fertilization may take place. 
Another means of reproduction is by fission, with the 
adult anemone splitting off new daughter cells that, in 
time, develop to full size. 


Some species of anemones have developed speci- 
alized living relationships with other species of ani- 
mals. A number of crabs encourage sea anemones to 
attach themselves to their shells. Some species, such as 
the soft-bodied hermit crabs which live inside dis- 
carded mollusk shells, even go to the extreme of trans- 
ferring the sea anemone to another shell when they 
move into another larger shell. Other crabs have been 
observed to attach sea anemones to their claws—an 
adaptation that may help in further deterring would- 
be predators. While the crabs clearly benefit for addi- 
tional camouflage and greater security, the anemone is 
guaranteed of being in a place of clear open water for 
feeding; it may also benefit from some morsels of food 
captured by the crab. 


An even greater level of cooperation is evident in 
the relationship that has developed between some spe- 
cies of sea anemones and single species of fishes. 
Clownfish, for example, are never found in nature 
without an anemone. For these fish, the anemone, 
which is capable of killing fish of a greater size, is its 
permanent home. Depending on its size, each ane- 
mone may host one or two fish of the same species, 
as well as their offspring. When threatened by a pred- 
ator, the fish dive within the ring of tentacles, where 
they are protected by the anemone’s battery of sting- 
ing cells. Taking further advantage of this safe place, 
clownfish also lay their eggs directly on the anemone. 
No direct harm comes to the anemone through this 
association. In return for this protection, the fish help 
repel other fish from attacking the anemone and also 
serve to keep their host clear of parasites and other 
materials that may become entangled in their tentacles 
which could interrupt their feeding behavior. No one 
is quite sure how these fishes avoid the lethal stinging 
actions of the anemone’s tentacles. Some fish are 
known to have a thicker skin and to produce a 
mucus covering that may help protect them from 
being stung. Other species have been seen to nibble 
tiny parts of the tentacles and, in this way, may be able 
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to develop some degree of immunity to the toxins 
carried in the nematocysts. Both of these reactions 
are, however, host specific: an anemone fish placed 
on a different species of anemone will almost certainly 
be killed, as it is not recognized by the anemone. 


David Stone 


[| Sea cucumbers 


Sea cucumbers are echinoderms, belonging to the 
class Holothuroidea of the phylum Echinodermata. 
About 1,000 species have been described, which vary 
in size from only 1.2 in (3 cm) to more than 3.3 ft (1 m) 
in length. Sea cucumbers occur in all of the oceans, 
being found in waters up to 655 ft (200 m) in depth, 
and perhaps deeper. In appearance, these animals 
range from an almost spherical to long and worm- 
like in shape. Most are colored black, brown, or 
olive-green, although tropical species may be reddish, 
orange, or violet. 


Sea cucumbers are slow-moving, bottom- 
dwelling, marine invertebrates that are usually parti- 
ally or completely immersed in the soft substrate. 
Some species have numerous small, foot like struc- 
tures (pseudopods) that enable them to move slowly 
along the bottom, but the majority move by contract- 
ing the muscular wall of the body in a similar manner 
to that of earthworms. Their elongate form facilitates 
a burrowing lifestyle. 


The body of sea cucumbers is a tube like arrange- 
ment. The outer body has a tough, leathery texture, 
although a few species have hardened calcareous 
patches for additional protection from predators. 
The head region is adorned with a cluster of tentacles 
(usually 10 to 30) surrounding a simple mouth. Sea 
cucumbers are deposit- or suspension-feeders, partic- 
ularly on small invertebrates, algae, bacteria, and 
organic detritus. They feed by brushing their tentacles 
across the substrate to find food, or by extending the 
tentacles into the water column and trapping food 
directly. If they find food, the tentacles are bent 
inwards to reach the gullet, where the particles are 
removed for ingestion. At the same time, the tentacles 
are re-covered in a sticky mucus emitted from special 
glands that line the pharynx, preparing them once 
again for catching prey. Burrowing species ingest 
large amounts of sediment and absorb organic nutri- 
tion from that matrix. 
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Most sea cucumbers are either male or female, 
although a few species are hermaphroditic (i.e., each 
individual contains organs of both sexes). In most 
species the process of fertilization takes place outside 
of the body. The fertilized eggs develop into free-living 
larvae that are dispersed with water currents. A few 
species of cold-water sea cucumbers brood their larvae 
in special pouches on their body. 


Being soft-bodied animals, sea cucumbers are 
prone to predation by a wide range of species, includ- 
ing crabs, lobsters, starfish, and fish. Remaining partly 
concealed in sediment provides the animal with some 
degree of security. In addition, when disturbed or 
threatened sea cucumbers are capable of emitting 
large quantities of sticky filaments from their anus, 
which may engulf the potential predator and incapa- 
citate it long enough for the sea cucumber to escape, or 
on occasion, may even kill the predator. 


In some parts of the world, particularly Southeast 
Asia and China, sea cucumbers are considered a deli- 
cacy and are widely harvested as food. Often preserved 
dried, this trepang or béche de mer is an ingredient of 
some kinds of oriental cuisine. Recent increases in 
market demand have had a significant impact on 
local populations of sea cucumbers, and overharvest- 
ing has resulted in the virtual disappearance of these 
animals from some areas. 
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Sea floor spreading see Plate tectonics 


l Sea level 


To most people, sea level is the point at which the 
surface of the land and sea meet. Since the tides raise 
and lower the actual sea level daily, and by different 
amounts in different parts of the world, this sense of 
“sea level” is imprecise. Scientists refer not to the 
actual level of the water at any given time, but to the 
sea level datum plane, a reference height used in 


GALE ENCYCLOPEDIA OF SCIENCE 4 


These wave-cut marine terraces in Iran are evidence of a 
historic lowering of the sea level. (ULM Visuals.) 


measuring land elevation and water depths. It refers to 
the vertical distance from the surface of the ocean to 
some fixed point on land, or a reference point defined 
by people. Sea level became a standardized measure in 
1929. Mean sea level is the average of the changes in 
the level of the ocean over time, and it is to this 
measure that we refer when we use the term sea level. 


Constant motion of water in the oceans causes sea 
levels to vary. Sea level in Maine is about 10 in (25 cm) 
higher than it is in Florida. Pacific coasts sea level is 
approximately 20 in (50 cm) higher than the Atlantic. 


Rotation of Earth causes all fluids to be deflected 
when they are in motion. This deflection (or curvature 
of path) is known as the Coriolis effect. Ocean water 
and atmospheric winds are both influenced in the same 
way by the Coriolis effect. It creates a clockwise deflec- 
tion in the northern hemisphere and a counterclock- 
wise deflection in the southern. 


Mean sea level can also be influenced by air pres- 
sure. If the air pressure is high in one area of the ocean 
and low in another, water will flow to the low pressure 
area. Higher pressure exerts more force against the 
water, causing the surface level to be lower than it is 
under low pressure. That is why a storm surge (sea 
level rise) occurs when a hurricane reaches land. Air 
pressure is unusually low in the eye of a hurricane, and 
so water is forced towards the eye, creating coastal 
flooding. 


Increases in temperature can cause sea level to 
rise. Warmer air will increase the water temperature, 
which causes water molecules to expand and increase 
the volume of the water. The increase in volume causes 
the water level to become higher. 


Mean sea level has risen about 4 in (10 cm) during 
the last hundred years. Several studies indicate this is 
due to an average increase of 1.8°F (1°C) in world- 


GALE ENCYCLOPEDIA OF SCIENCE 4 


wide surface temperatures. Most climate scientists 
believe that rising sea levels will create environmental, 
social, and economic problems, including the sub- 
merging of coastal lands, higher water tables, salt 
water invasion of fresh water supplies, and increased 
rates of coastal erosion. 


Sea level can be raised or lowered by tectonic 
processes, which are movements of Earth’s crustal 
plates. Major changes in sea level can occur over geo- 
logic time due to land movements, ice loading from 
glaciers, or increase and decrease in the volume of 
water trapped in ice caps. 


About 30,000 years ago, sea level was nearly the 
same as it is today. During the ice age 15,000 years 
ago, it dropped and has been rising ever since. 


I Sea lily 


As their name suggests sea lilies have superficial 
similarities to flowering plants, however they are some 
of the most attractive but least well-known marine 
animals. Sea lilies are members of the class Crinoidea 
(phylum Echinodermata), a class that also includes the 
feather stars. Sea lilies are also related to more familiar 
echinoderms such as sea urchins, starfish, and sea 
cucumbers. Unlike these small, squat forms, however, 
the main body of a sea lily is composed of an extended, 
slender stalk that is usually anchored by flexible, 
jointed cirri. The main body, which has a jointed 
appearance, may reach up to 27.5 in (70 cm) in length, 
but most living species are much smaller. (Some fossil 
species have been discovered with a stalk exceeding 82 
ft, or 25 m, in length.) Some sea lilies have a branched 
structure, while others are simple and straight in 
design. Sea lilies vary considerably in color, but most 
are delicate shades of yellow, pink, or red. 


The main part of the body, the calyx, is carried at 
the top of the stalk, rather like a crown. This contains 
the main body organs and is further developed with a 
series of 5-10 featherlike arms. The number of arms 
appears to vary with watertemperature: some of the 
larger, tropical species may have up to 200 arms. Each 
arm is further adorned with a large number of delicate 
pinnules which, when extended, increase the area 
available for trapping food. When the animal is not 
feeding, or if the arms are in danger of being eaten by a 
predatory fish or crustacean, the arms may be folded 
and the entire crown withdrawn. The mouth is located 
in the central disk at the base of these arms. The arms 
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and pinnules together trap fine particles of food from 
the water currents. Tiny grooves on the surface of each 
pinnule lead into larger grooves on the main arm and 
continue across the surface of the calyx to the mouth. 


Rather than being composed of living tissue, 
much of the body is made up of calcium carbonate, 
which provides a rigid framework that supports the 
head of the animal. Within this protective armour, the 
movements of the sea lily are restricted to simple bend- 
ing when they are fastened to the sea floor. In some 
cases sea lilies have been known to release themselves 
from the substrate on which they are anchored and 
float along the bottom until a more suitable location is 
found. In 2005 a recording from a submersible off of 
Grand Bahama Island documented a sea lily creeping 
along the bottom at a speed of 140 miles per hour. 


Most sea lilies are only known from fossil remains. 
These species appear to have been quite abundant at 
certain times in the geological history of Earth. Today, 
some 80 species are known to exist. Despite this, little is 
known about these animals, largely because the vast 
majority tend to live in deep ocean trenches, often at 
depths of 3,935-4,265 ft (1,200-1,300 m) and occasion- 
ally as deep as 29,530 ft (9,000 m). Virtually no light 
penetrates the water at these depths, and living organ- 
isms are few and widely scattered. Most species living 
at such depths need to conserve their energy, and sea 
lilies, by virtue of their few living organs and tissues, 
probably have a very low rate of metabolism. Most of 
the food they receive comes in the form of “fecal rain” 
from the upper water levels: as animals and plants die, 
parts of their bodies fall through the water column 
where it is scavenged by other organisms. Some of 
these materials reach the deepest regions and provide 
a steady if limited supply of food to sea lilies. 


David Stone 


| Sea lions 


Sea lions are large marine mammals in the family 
Otaritidae, suborder Pinnipedia, order Carnivora, 
found now along the Pacific and South Atlantic coasts 
and on many islands of the Southern Hemisphere. Sea 
lions may have appeared first on the Pacific shores 
during the Lower Miocene. They are less fully adapted 
to aquatic life than are the true seals (family Phocidae 
of the same suborder Pinnipedia) and are believed to 
be evolutionarily more primitive than the seals. 
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Large male sea lions are about 8.2 ft (2.5 m) long, 
weigh about 1,144 lb (520 kg), and have a mane on the 
neck reaching the shoulders. Females are usually less 
than 6.6 ft (2 m) long and lack a mane. Adults are 
darker than the young, especially after the third year 
of life, although some are known to be gray, even pale 
gold or dull yellow. Newborn sea lions, on the other 
hand, are brown or dark brown. The fur of sea lions 
consists of one layer of coarse hair, with little under- 
coat fur, although a few underhairs may be present. 
For this reason the pelts of sea lions are valued for 
leather, not for fur. 


Sea lions are often mistaken for true seals when 
seen in Zoos or in circuses. Sea lions have small exter- 
nal ears (which are absent in true seals) and a short tail 
(which true seals lack). The hind limbs of sea lions can 
be turned forward to aid with locomotion on land 
(which seals cannot do). In the water, sea lions use 
the front flippers for low-speed swimming and the 
hind flippers to swim faster. 


Sea lions have a total of 34-38 teeth. The first and 
second upper incisors are small and divided by a deep 
groove into two cusps, and the third, outer, upper 
incisor is canine like. The canine teeth are large, con- 
ical, pointed, and recurved. The premolars and molars 
are similar, with one main cup. The number of upper 
molars varies within and among the different genera of 
the otarids. The skull is somewhat elongated and 
rounded, but quite bear like. 


Sea lion eyes are protected from blowing sand by 
the third eyelid (nictitating membrane). Sea lions lack 
tear ducts to drain eye fluids into their nasal passages. 
As a result, their eyes often appear wet or teary. The 
whiskers of sea lions are particularly sensitive. 


The best known species of sea lion include the 
California sea lion (Zalophus californianus), of which 
there are three isolated populations along the coast of 
California and in Japan. The South American sea lion 
(Otaria byronia) is, as its common name suggests, 
found in South America, along its eastern coast and 
near the Falkland Islands. The Australian sea lion 
(Neophoca cinerea) is confined to the waters west of 
Adelaide, while Hooker’s sea lion (Phocarctos hookeri) 
is found around the coast of New Zealand. Eumetopias 


jubatus is the northern or Steller sea lion found from 


northern California to Alaska. 


The diet of sea lions has been studied by observing 
feeding directly by examining the stomach contents, 
regurgitated food, and feces. California sea lions feed 
mostly on fish such as hake or herring as well as on 
squid and octopus. The less common Steller sea lion on 
the coast of northern California and Oregon eats 
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South American sea lions on the edge of the beach. (Francois Gohier. The National Audubon Society Collection/Photo 
Researchers, Inc.) 


flatfish and rockfish, but in Alaskan waters it also eats 
sculpin and occasionally salmon. Fragments of crabs 
from the Pribilof Islands were found in stomachs of sea 
lions from that area, together with shrimp and common 
bivalve mollusks. Sea lions are known to accumulate as 
much as 35 Ib (16 kg) of food in their stomach. 
Hooker’s sea lion was reported to feed on penguins. 
Harem bulls (except perhaps those of the genus 
Neophoca) do not feed at all during the breeding season. 


California sea lions are the trained animals of 
circuses and old time vaudeville. The feeding of sea 
lions have a great fascination for zoo visitors, but 
many sea lions fall victim to objects dropped into 
their pools, which they tend to swallow. A docu- 
mented sea lion death was attributed to swallowing 
many stones weighing a total of 60 lb (27.3 kg). Other 
deaths were due to swallowing fallen leaves, which the 
animal could not digest. Although a few stones in a sea 
lion’s stomach are not abnormal, animals kept within 
narrow confines may experience serious problems. A 
California sea lion born in a zoo was unable to feed 
itself at the age of ten months and it had to be captured 
each day to be fed. As a consequence it suffered a torn 


diaphragm and a fatal pleuro-peritoneal hemorrhage. 
In recent years great progress has been made in the 
management of zoological parks and public aquari- 
ums, which permits sea lions and other marine mam- 
mals to live for many years. 


Outside of the breeding season, sea lions live in 
large apparently unorganized herds, but with the 
approach of summer they separate into breeding and 
non-breeding herds. The breeding herd consists of 
harem bulls, sexually mature cows, and newborn 
pups. Cows usually mature sexually about the end of 
the fourth year. The average harem consists of one bull 
with nine females. Bulls identify themselves by bark- 
ing, advertise their location, declaring social status, or 
warning potential intruders. 


The non-breeding sites where sea lions come out 
of the water are called hauling grounds. California sea 
lions gather in breeding sites, called rookeries, in May 
and August. Adult females stay most of the year at the 
breeding sites. 


Copulation occurs predominantly on land. 
Gestation takes about 330 days and the females breed 
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soon after the young (usually one, rarely two) are 
born. California and Stellar sea lion pups may suckle 
beyond their first year. Only the mother cares for 
the young which usually cannot swim for about two 
weeks. 


The pups at birth are 30 in (76.9 cm) long and 
weigh 12.5 lb (5.7 kg). At six months they weigh 60 Ib 
(27.3 kg). California sea lion milk has 35% fat and 13% 
protein, compared with cow’s milk which has 3.45% 
fat and 3.3% protein. When the pup is born the mother 
makes loud trumpeting barks, and the pup answers 
with tiny bleats. They repeat and learn each other’s 
sounds. After four days the mother goes to sea to find 
food and when she returns she calls and finds her own 
pup: they touch, sniff, rub noses, and recognize each 
other by their odor. Newborn sea lions have temporary 
teeth, which are replaced at four months. The teeth of 
sea lions are not used to chew food, which is swallowed 
whole. Estimates of the age of sea lions in the wild are 
based on the condition and size of their teeth. It is 
believed that in their natural habitat sea lions live 
about 15 years, while in captivity they may live up to 
30 years. Food needs are relatively high: a one-year-old 
eats 5.1-9.9 Ib (2.3-4.5 kg) of food daily, and an adult 
female consumes from 25-60 Ib (11.4-27.2 kg). 


Research on the social behavior of sea lions has 
been carried out both in their natural habitat and 
under laboratory conditions. California and Steller 
sea lions, especially the younger ones, display social 
interactions characterized by playful activities which 
take up about one third of their time. Otherwise they 
rest, often in contact with four or five larger animals. 
Young California sea lions exhibit manipulative play, 
tossing and retrieving small rocks or bits of debris. In 
the process they produce a variety of sounds, including 
barks, clicks, bangs, buzzes, and growls. All these 
sounds appear to have a social function. Sometimes 
they relate to a dominant-subordinate relation with a 
larger male who may be chasing, intimidating, and 
restricting the movement of a smaller male, especially 
when there is an incentive such as food, resting posi- 
tion, swimming pool space, or females. Aerial barking 
is typical of larger males to achieve dominance over 
the younger ones. Dominant or alpha animals occur in 
a sea lion group, and dominant and agonistic behavior 
has been extensively studied. Sea lions were also the 
first animals studied to determine the characteristics 
by which zoo animals recognize their keepers; this 
research was done in the early 1930s. 


The diving performance of sea lions has been 
studied extensively. Diving vertebrates are known to 
exhibit bradycardia (a distinct slowing of the heart 
rate) during rapid submersion. At the moment of diving 
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the nostrils are shut, and bradycardia can be produced 
even on land, without diving, by closing the nostrils. 
California sea lions have been trained to retrieve under- 
water rings placed at different depths and attached to a 
buoy in such a way as to determine that the animal 
reached the target. They were also trained to push signal 
arrays, and have returned in answer to the signal of a 
small waterproof strobe light. With appropriate train- 
ing, taking only a few months, any lake, river, and even 
open sea are suitable test sites. 


California sea lions may swim at speeds of 11-24 
mph (17.7-38.7 km/h) and dive to the depth of 1,300 ft 
(396 m). They may stay submerged for 10-15 minutes 
at a time. When they dive their heart beat may slow 
from 85 beats per minute on land to only 10 beats per 
minute. At such time the blood flow is reduced to all 
parts of the body, except to the brain. These are very 
important and valuable adaptations. In addition, 
thick body fat, called blubber, keeps sea lions warm 
in the cold seas. On land sea lions keep cool in hot 
weather by lying on wet sand. 


Since 1972, the Marine Mammal Protection Act 
has protected sea lions along the coast of the United 
States in their breeding sites. There are about 100,000 
sea lions in California. In the oceans, the chief preda- 
tors of sea lions are sharks and killer whales. Steller sea 
lions in the Arctic are also hunted by polar bears. In 
the United States, sea lions that are injured or ill are 
taken to Marine Mammal Centers to recover from 
injury, illness, or malnutrition. When ready to return 
to their natural habitat, a tag of the National Marine 
Fisheries Service is attached to one of back flippers. 
These tags help identify sea lions when rescued again, 
and to monitor their movements and activities. 


See also Walruses. 
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ll Sea moths 


Sea moths are small fish of the family Pegasidae, 
order Pegasiformes, subclass Actinopterygii, class 
Osteichthyes. They are characterized by hardened 
bodies and very large wing-like pectoral fins, which 
make them look like moths. They are found only in 
tropical Indian and West Pacific Oceans where they 
live mainly on sandy bottoms and feed on benthic 
invertebrates. There are about two genera and five 
species, of which Pegasus volitans is typical and 
reaches about 6 in (15 cm) in length. The body of sea 
moths is oddly shaped, broad and flat in front, taper- 
ing towards the tail. They seem to be encased in rings 
of bony plates like armor. The snout is pronounced 
and at times resembles a duckbill. They are also called 
dragonfish. Recently the demand for sea moths for use 
in medicinal treatments of respiratory ailments and 
cancer in China and Hong Kong has exerted pressure 
on these species. 


Sea snakes see Elapid snakes 


l Sea spiders 


Sea spiders (phylum Arthropoda, class Pycnogonida) 
are a group of arthropods that take their common 
name from their superficial resemblance to the true 
spiders. Although rarely seen, these are widespread 
animals occurring in every ocean, with a preference 
for cooler waters. Sea spiders occupy a wide range of 
habitats: some species have been recorded from a 
depth of 19,685 ft (6,000 m), but the majority live in 
shallow coastal waters. Some 1,000 species have been 
identified. 


Most sea spiders are small animals, measuring 
from 0.04-0.4 in (1-10 mm) in length, but some deep 
sea species may reach a length of almost 2.4 in (6 cm). 
The body itself is usually quite small, the main mass of 
the spider being accounted for by its extremely long 
legs. The legs are attached to the anterior portion of 
the body (the prosoma) and are usually eight in num- 
ber, although some species may have 10 or even 12 
pairs. The body is segmented with the head bearing a 
proboscis for feeding, a pair of pincher like claws 
known as chelicera, and a pair of segmented palps 
that are sensory and probably assist with detecting 
prey. Most sea spiders are either a white color or the 
color of their background; there is no evidence that 
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they can change their body coloration to match differ- 
ent backgrounds. Many deep sea species are a reddish- 
orange color. 


The majority of sea spiders crawl along the sub- 
strate in search of food and mates. They are often 
found attached to sea anemones, bryozoans, or 
hydra, on which they feed. They are all carnivorous 
species and feed by either grasping small prey with the 
chelicera, tearing off tiny polyps from corals or 
sponges, or by directly sucking up body fluids through 
the mouth, which is positioned at the extreme tip of the 
proboscis. 


An unusual behavioral feature displayed by sea 
spiders is the male’s habit of looking after the eggs 
once they have been laid by the female. As the female 
lays her eggs, male fertilizes them and then transfers 
them to his own body. Here they are grouped onto a 
special pair of legs known as ovigerous legs (which are 
greatly enlarged in males). Large masses of eggs may be 
collected—often as many as 1,000 on each leg. The male 
carries these egg clusters for several weeks until they 
hatch into tiny larvae that are known as a protonym- 
phon. Even at this stage, some species continue to care 
for their offspring until they have further developed. 


| Sea squirts and salps 


Classified within the same phylum (Chordata), sea 
squirts and salps belong to separate classes, the 
Ascidiacea and Thaliacea, respectively. Both groups 
are also known as tunicates, a group of primitive chor- 
dates which share a feature known as the notochord— 
an ancestral characteristic to the vertebrae. In appear- 
ance adult sea squirts and salps are barrel-shaped ani- 
mals, resembling a small open bag with a tough 
surrounding “tunic” that has two openings through 
which water passes. Water enters the body through 
one of these openings through the buccal siphon, pass- 
ing into a large and highly perforated sac where it is 
strained for food particles before passing out through a 
second opening, the atrial or cloacal siphon. Food 
particles such as plankton that have been retained in 
the sac pass directly into the stomach where they are 
digested. When the animal is not feeding, the buccal 
siphon is closed, stopping the water flow. All adult sea 
squirts are sessile, found attached to rocks, shells, piers, 
wood pilings, ships, and the sea floor. 


Sea squirts are among the most successful coloniz- 
ing marine animals and are found on most seashores, 
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Sea urchins 


with their range extending down to moderate depths. 
Sea squirts are often solitary, but some species may 
form colonies with the individuals united at the base, 
while others may form a gelatinous encrustation on 
the surface of rocks or on weeds. In colonial species, 
each individual has its own mouth opening but the 
second, or atrial opening, is common to the group. 


Salps have their openings at opposite ends of the 
body, whereas both arranged on the upper part of a 
sea squirt’s body. The flow of water directly through a 
salp’s body may therefore also be exploited as a simple 
means of moving from one place to another and salps 
are commonly planktonic animals. They may occur in 
large swarms in the water column, especially in the 
Southern Ocean, where they feed on blooms of 
phytoplankton. 


The notochord, which distinguishes these animals 
from other soft-bodied marine organisms, is not visi- 
ble in adult sea squirts or salps. Instead it makes an 
appearance in the larval stage, which resembles a tad- 
pole. The larvae are free-living, and when they settle, 
they undergo a change known as metamorphosis in 
which the notochord and nerve cord are lost and a 
simplified adult structure develops. 


| Sea urchins 


Sea urchins (phylum Echinodermata) are small 
marine species that have a worldwide distribution. 
All are free-living and solitary in nature; some 800 
species have been identified to date. The body is char- 
acterized by its rounded or oval shape and, in most 
species, by the presence of large numbers of sharp 
spines of varying lengths. The underside is usually 
flattened in contrast to the convex upper surface. 
The term Echinodermata is taken from the Greek 
words echinos (spiny) and derma (skin) and is used to 
describe a wide range of animals, including starfish 
(Asteroidea), brittle stars (Ophiuroidea), sea lilies 
(Crinoidea), sea cucumbers (Holothuroidea), and the 
closely related sand dollars in the same taxonomic 
class, Echinoidea. In appearance, sea urchins may be 
black, brown, green, white, red, purple, or a combina- 
tion of these colors. Most species measure from 2.4-4.7 
in (6-12 cm), but some tropical species may reach a 
diameter of 13.8 in (35 cm). The entire body is con- 
tained within a toughened skeleton, or test. This con- 
sists of a number of closely fitting plates arranged in 
rows. The spines are usually circular and taper to a fine 
point; some may bear poisonous tips. The spines are 
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attached to muscles in the body wall and, through a 
special ball and socket type arrangement, can be 
moved in any direction. The entire test, spines, and 
other external appendages are covered in a thin layer 
of tissue. 


Adult sea urchins are radially symmetrical with 
unsegmented bodies. The body is made up of five 
equal and similar parts. They possess a spacious 
body cavity, which houses the digestive and reproduc- 
tive organs as well as the large feeding parts and other 
organs. All echinoderms have a unique organ called a 
water vascular system which serves as a filtering mech- 
anism and fluid circulating system. 


Sea urchins are highly mobile and move by means 
of hundreds of tiny tube feet, called podia, which arise 
from pores in the test. When moving, these are 
extended in one direction and then shortened, pulling 
the body along in the process. The spines may also 
assist with movement. Most often sea urchins are 
found on rocky shorelines, rock pools, and sheltered 
depressions of coral reefs. Many remain attached to 
seaweed fronds. Some species that live in exposed hab- 
itats—for example, where wave action is strong—can 
burrow into soft rocks by continuously rubbing the 
spines against the rock substrate. In this way species 
such as Paracentrotus lividus and Strongylocentrotus 
purpuratus are able to obtain shelter. The tube feet, 
which may also function as tiny suction cups, enable 
sea urchins to climb wet rocks and steep cliffs with ease. 


Sea urchins feed on a wide range of species, with an 
apparent preference for algae and sessile animals such 
as corals. Some species are carnivorous, while many 
deep sea species are thought to be detritus feeders. All 
sea urchins have an elaborate feeding mechanism 
known as Aristotle’s lantern, after the Greek philoso- 
pher who first described this apparatus. This is made 
up of five large calcareous plates, each of which is 
sharply edged and forward pointing. Supported by a 
framework of rods and bars, the plates are capable of 
moving in all directions and provide the urchin with an 
effective rasping and chewing tool. 


In between the spines are large numbers of tiny 
organs known as pedicellariae. These are small pincer- 
like structures that are used to remove debris from the 
surface of the body, but are also used to capture prey 
and pass food particles towards the mouth, which is 
located on the underside of the body. 


All sea urchins are dioecious—either male or 
female. When mature, the gonads release large quan- 
tities of sperm and eggs into the sea. Fertilization is 
external in most sea urchins, although a few cold water 
species may retain their eggs near the mouth opening 
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where they are protected by spines. The resulting lar- 
vae, known as an echinopluteus, are free-swimming 
and join the myriad of other tiny organisms that make 
up the plankton of the sea. As the echinopluteus 
matures, it begins to develop a hard outer covering. 
When this happens, it settles on the sea bed and under- 
goes a complex process of metamorphosis, the result- 
ing organism being a minute (usually measuring less 
than 0.04 in or 1 mm) replica of the adult. 


Despite their apparently formidable suit of armor, 
sea urchins are frequently eaten by seabirds, many of 
which drop the urchins from a height to break the hard 
outer test. Sea urchins are also preyed upon by crabs 
and a wide range of fish, such as parrot fishes, which 
are specialized at chewing hard materials such as cor- 
als. One specialist feeder on sea urchins is the sea otter. 
When the otter dives to find sea urchins, it also 
retrieves a small rock from the sea bed; when it surfa- 
ces, it lies on its back, places the stone on its abdomen, 
and smashes the urchins against the stone, breaking 
through the test and reaching the flesh. Some of the 
larger tropical species such as Tripneustes ventricocus 
are also collected as a source of protein by island 
dwellers in the West Indies. Many other sea urchins 
are also collected and dried for sale to tourists. 
Overharvesting of certain species has led to laws limit- 
ing their collection in some areas. 


David Stone 


Seaborgium see Element, transuranium 


| Seahorses 


Seahorses are bony fish (or teleosts) in the family 
Syngnathidae, which includes about 220 species in 52 
genera, most of which are pipefishes. The “true” sea- 
horses comprise some 25 species in the genera 
Hippocampus and Phyllopteryx, which make up the 
subfamily Hippocampinae. 


Species of seahorses occur in warm-temperate and 
tropical waters of all of the world’s oceans. The usual 
habitat is near the shore in shallow-water places with 
seagrass, algae, or corals that provide numerous hid- 
ing places for these small, slow-moving fish. Seahorses 
may also occur in open-water situations, hiding in 
drifting mats of the floating alga known as sargasso- 
weed or Sargassum. The lined seahorse (Hippocampus 
erectus) is one of the more familiar species, occurring 
on the Atlantic coast of the Americas. 
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A common sea horse (Hippocampus ingens). (Mark Smith. 
The National Audubon Society Collection/Photo Researchers, 
Inc.) 


Biology of seahorses 


Seahorses have an extremely unusual and distinc- 
tive morphology. Their body is long, narrow, seg- 
mented, and encased in a series of ring like, bony 
plates. Seahorses have a long, tubular snout, tipped 
by a small, toothless mouth. They have relatively large 
eyes, and small, circular openings to the gill chamber. 
The head of seahorses is held at a right angle to the 
body, and it has a superficial resemblance to that of a 
horse; hence the common name of these small fish. 


Seahorses swim in an erect stance, buoyed in this 
position by their swim bladder. Seahorses lack pec- 
toral and dorsal fins, but use their anal fin to move ina 
slow and deliberate manner. Seahorses have a prehen- 
sile tail, which is used to anchor the animal to a solid 
structure to prevent it from drifting about. 


Because they are so slow-moving, seahorses are 
highly vulnerable to predators. To help them deal with 
this danger, seahorses are cryptically marked and col- 
ored to match their surroundings, and they spend 
much of their time hiding in quiet places. Seahorses 
mostly feed on zooplankton and other small creatures, 
such as fish larvae. The size range of the prey of 
seahorses is restricted by the small mouth of these 
animals. 


Seahorses take close care of their progeny. The 
female seahorse has a specialized, penis like structure 
that is used to deposit her several hundred eggs into a 
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brood-pouch located on the belly of the male, known 
as a marsupium. The male secretes sperm into his 
marsupium, achieving external fertilization of the 
eggs. The male seahorse then broods the eggs within 
his pouch until they hatch. Soon afterwards, swim- 
ming, independent young are released to live in the 
external environment. 


Because seahorses are such unusual creatures, 
they are often kept as pets in saltwater aquaria. They 
are also sometimes dried and sold as souvenirs to 
tourists. Seahorses for these purposes are captured in 
the wild. Seahorses are also prized in eastern Asian 
herbal medicine. Millions of seahorses are caught for 
these uses each year, particularly the medicinal uses. 
Unfortunately, the exploitation is much too intense, 
and is causing the populations of most species to 
decline precipitously. Consequently, all species of sea- 
horses are considered threatened by conservation 
organizations. Regrettably, although their perilous 
situation is well known, seahorses are not yet being 
well protected from the over-exploitation. 
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| Seals 


Seals are large carnivorous marine mammals in 
the suborder Pinnipedia that feed on fish, squid, and 
shellfish; some even feed on penguins. They are 
aquatic animals that spend time on shores and ice 
floes. Seals have streamlined bodies and webbed dig- 
its, with the forelimbs acting as flippers, while the hind 
limbs are backwardly directed in swimming and act as 
a propulsive tail. There are three families of pinnipeds: 
the Otariidae (sea lions), the Odobenidae (the walrus), 
and the Phocidae (the true seals). The “earless” seals of 
the Phocidae, such as the monk seal and the ringed 
seal, lack external ear flaps, while the seals with exter- 
nal ears include the walrus, sea lions, and fur seals. 
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Northern elephant seals (Mirounga angustirostris) at the Ano 
Nueva Reserve, California. This species takes its name from 
its great size and overhanging snout: bulls weigh several 
tons and may be up to 20 ft (6.1 m) in length. (Robert J. 
Huffman. Field Mark Publications.) 


Seals are mammals 


Seals are air-breathing mammals, with fur, pla- 
cental development, and lactation of the newborns. 
Moreover, seals are endotherms, maintaining a con- 
stant internal temperature of about 97.7—99.5° F (36.5— 
37.5°C) regardless of the outside temperature. 


General characteristics of seals 


All seals are carnivores, eating fish, crustaceans, and 
krill (shrimp like animals). Seals are related to terrestrial 
carnivores such as dogs and cats; they breed and rest on 
land, but are equally comfortable on land or in water. 
The thick layer of fatty blubber underneath the skin of 
seals serves to insulate the animal, to assist with buoy- 
ancy, and as an energy reserve when food is scarce. 


The body 


The body of a typical seal is long and streamlined. 
Each seal has four flippers, two in front and two in 
back. The hair covering the seal’s entire body is of two 
types: soft underfur which insulates the seal against 
cold when on land, and coarser guard hairs above the 
underfur, which form the first line of protection 
against cold air temperatures. Whiskers, located on 
either side of the mouth, over the eyes, and around 
the nose, serve as tactile organs that help seals locate 
food and alert the seal to predators. 


Temperature regulation 


Seals regulate their body temperature in several 
ways. In cold temperatures, the peripheral blood vessels 
constrict, conserving heat by keeping the warm blood 
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Northern fur seal with his harem of female cows. (Eva Momatiuk & John Eastcott/The National Audubon Society Collection/Photo 
Researchers, Inc.) 


away from the external environment, while insulating 
blubber reduces heat loss. The hind flippers have numer- 
ous superficial blood vessels close to the skin and only a 
few deep blood vessels. When cold, seals press the hind 
flippers together, in effect “pooling” the heat contained in 
the numerous superficial vessels. The superficial vessels 
then conduct this heat to the deeper vessels, which keeps 
the internal organs warm and functioning properly. 


A few species of seals are found in warmer cli- 
mates. When seals get too hot, they lie in the surf, seek 
shade, or remain inactive. When the heat becomes 
extreme, they enter the water to cool off. Sea lions 
and fur seals are particularly sensitive to heat. When 
the outside temperature reaches 86°F (30°C), they are 
unable to maintain a stable internal temperature; in 
this condition, they stay immobile, or seek water if the 
temperature rises. The inability to dissipate heat 
makes these seals vulnerable to heat-related illness. 


Internal organs 


The small intestine of a seal is extremely long—an 
unusual feature for carnivores, which generally have 
short intestines. Long intestines are usually found in 
plant-eating animals, which need a long intestine to 
process the tough woody stems and fibers in their 
diet. Several theories have been proposed to explain 
the unusually long seal intestine. One theory holds 
that the high metabolic rate of seals makes a long 
intestine necessary. Another theory suggests that the 
heavy infestations of parasitic worms found in seals 
compromise normal intestinal function, and the greater 
length compensates for low-functioning areas of the 
intestine. 


Another unusual feature of the seal’s digestive 
tract is the stomach, which contains stones, some of 
them quite large. Small stones are probably swallowed 
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accidentally, but some of the large stones might be 
deliberately swallowed. It is thought that these stones 
help seals to eject fish bones from the stomach, and 
may assist in breaking up big chunks of food, since 
seals do not chew their food but swallow all items in 
one piece. Another interesting theory is that the stones 
might act as balance, stabilizing the seal body and 
preventing the seal from tipping or rolling in the water. 


Nervous system 


The nervous system of a seal consists of the brain 
and spinal cord, along with a branching tree of nerves. 
Seal brains are relatively large in relation to their body 
weight: the brain accounts for about 35% of total body 
weight. This percentage is considerable when compared 
to the percentage of brain weight to total body weight in 
most terrestrial mammals. The spinal cord is quite short 
in seals, compared to other mammals. 


Seal senses include touch, smell, taste, sight, hear- 
ing, and perhaps echolocation. Hearing in seals is 
especially keen, while smell is not well developed. 
Seal vision is remarkable in that vision underwater is 
about the same as a cat’s vision on land. Seal research- 
ers have observed evidence of echolocation, in which 
an animal navigates by sensing the echo of sounds it 
emits that then bounce off of objects. Underwater, 
seals do indeed make clicks and similar sounds that 
suggest echolocation, but so far no definitive evidence 
has emerged that establishes the presence of this sense 
in seals. 


Diving and reproduction 


Half of a seal’s life is spent on land, the other half 
in water. Seals are diving mammals, and have evolved 
the ability to stay underwater for long periods of time. 
The reproductive behavior of seals also demonstrates 
the “double life” of seals. Some seals migrate to long 
distances across the oceans to breed or feed. 


Diving 

Seals are accomplished divers, and have evolved a 
number of adaptations that allow them to survive under- 
water. Some seals, such as the Weddell seal, can stay 
underwater for over an hour. In order for an air-breath- 
ing animal such as a seal to remain submerged for such a 
long period of time, it must have a means of conserving 
oxygen. Another crucial diving adaptation is adjustment 
to the high pressure of the water at great depths. Pressure 
increases by one atmosphere for every 33 ft (10 m) of 
water, and at great depths, there is a danger that the 
weight of the water will crush an animal. Some seals, 
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however, can dive to great depths and remain unaffected 
by the extremely high water pressure. Similarly, seals that 
dive to these depths have evolved a way to deal with 
decompression sickness. When a human comes to the 
surface rapidly after a deep dive, the swift change in 
pressure forces nitrogen out of the blood. The nitrogen 
bubbles that form in the blood vessels cause decompres- 
sion sickness—the painful condition known as “the 
bends,” named for the fact that people in this condition 
typically bend over in pain. If the nitrogen bubbles are 
numerous, they can block blood vessels, and if this hap- 
pens in the brain it leads to a stroke and possibly death. 
Humans can prevent the bends by rising to the surface 
slowly. Seals, on the other hand, have evolved a way to 
avoid decompression altogether. 


Oxygen-conserving adaptations 


A diving seal uses oxygen with great efficiency. Seals 
have about twice as much blood per unit of volume as 
humans (in seals, blood takes up 12% of the total body 
weight; in humans, it takes up 7%). Blood carries oxygen 
from the lungs to other body tissues, so the high volume 
of blood in a seal makes it an efficient transporter of 
oxygen. In addition, the red blood cells of a seal contain 
a lot of hemoglobin. Hemoglobin transports oxygen in 
red blood cells, binding oxygen in the lungs and then 
releasing it into the body tissues. The high amount of 
hemoglobin in a seal’s blood allows a high amount of 
oxygen to be ferried to the seal’s tissues. The muscles of a 
seal also contain oxygen stores, bound to myoglobin, a 
protein similar in structure to hemoglobin. 


Before a seal dives, it usually exhales. Only a small 
amount of oxygen is left behind in the body, and what 
little oxygen is left is used to its best advantage due to 
the oxygen-conserving adaptations. If a seal dives for 
an extraordinarily long period of time—such as an 
hour or more—body functions that do not actually 
require oxygen to work start to function anaerobically 
(without oxygen). The heart rate also slows, further 
conserving oxygen. 


Avoiding decompression and dealing with 
water pressure 


Decompression sickness occurs because nitrogen 
leaks out from the blood as water pressure changes. 
Since seals do not have a lot of gaseous air within their 
bodies at the start of a dive, the problem of decom- 
pression is avoided—there is not as much air for nitro- 
gen to leak out of. Exhaling most of its oxygen at the 
start of a dive also helps the seal withstand water 
pressure. Human divers without a breathing apparatus 
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are affected by high water pressures because they need 
air to supply oxygen underwater, and this air in the 
lungs is compressed underwater. Seals, which do not 
have this pool of compressible air, are unaffected by 
water pressure. Seals close their outside orifices before 
a dive, making then watertight and incompressible and 
allowing dives to depths of 200 ft (60 m) or more. 


Reproduction 


Seal pups are born on land in the spring and 
summer. To take advantage of warmer seasonal envi- 
ronments and plentiful food, some seal species are 
migratory, feeding in one spot in the summer and 
early autumn, and then traveling to a warmer spot in 
the autumn and winter to give birth and mate shortly 
afterwards. Seals can give birth in large groups, in 
which a crowd of seals have returned to a particular 
spot to breed, or they can give birth alone. Migratory 
seals usually give birth in groups, after which they 
mate with males and conceive another pup. 


Another way to ensure that a pup is born at an 
optimal time is to delay implantation of the embryo 
inside the uterus. In seals, fertilization (the meeting of 
egg and sperm) may take place in April, but the 
embryo might not implant in the mother’s uterus 
until October. This phenomenon of delayed implanta- 
tion also occurs in roe deer, armadillos, and badgers. 
The total gestation period (the time it takes for the pup 
to develop inside its mother) is 9-15 months, depend- 
ing on the species. The average active gestation period 
(the time from implantation to birth) is probably 
about 3-5 months. 


Diversity 


There are 19 species of earless seals, 9 species of 
sea lions, 5 species of fur seals, and 1 species of walrus. 


Of the earless seals, some of the more familiar are 
the harbor seals (Phoca vitulina) that are found in the 
North Atlantic and Pacific Oceans. These seals posi- 
tion themselves on rocks or sandbars uncovered by low 
tides, swimming only when the high tide reaches them 
and threatens their perch. The seals that both entertain 
and annoy residents of San Francisco Bay with their 
loud barks and enormous appetites are harbor seals. 


Another earless seal is the elephant seal (Mirounga 
angustirostris), which can weigh up to four tons. The 
largest of all pinnipeds, the male elephant seal has a 
characteristic inflatable proboscis (nose) reminiscent 
of an elephant’s trunk. 


The harp seal (Pagophilus groenlandicus) was at 
one time one of the most endangered of the earless 
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seals, since the pure white coat of the harp seal pup was 
prized by the fur industry. Harp seals are migratory 
animals and are found in the Arctic Atlantic Ocean. 
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Among the eared seals, the long-tusked walrus is 
one of the most familiar. Walruses use their tusks to 
lever themselves out of the water; at one time it was 
thought that they also used them to dig up food. 
Walruses can weigh up to two tons, feeding on mol- 
lusks, which they delicately suck out of the shell before 
spitting it out. Like all eared seals, walruses have front 
flippers that can be rotated forward, allowing them to 
walk and run on land, walk backward, and rest 
upright on their front flippers. 


Sea lions are eared seals, commonly seen perform- 
ing tricks in zoological parks. They lack the thick 
underfur seen in the earless seals, and so have not 
been hunted heavily for their pelts. In contrast, the 
fur seals are eared seals that have almost vanished 
completely due to intense hunting but are now pro- 
tected: in 1972, the United States passed the Marine 
Mammal Protection Act, which outlaws the killing of 
seals for their fur and other products and restricts the 
selling of these products within the United States. 
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Seamounts 


| Seamounts 


Seamounts are submarine mountains, often vol- 
canic cones, that project 150-3,000 ft (50-1,000 m) or 
more above the ocean floor. They are formed primar- 
ily by rapid undersea buildups of basalt, a dark, fine- 
grained rock that is the main component of Earth’s 
oceanic crust. 


Seamounts form by submarine volcanism. After 
repeated eruptions, the volcano builds upwards into 
shallower water. If a seamount eventually breaches the 
water’s surface, it becomes an island. Wave action can 
then erode the exposed rock, and the peak may be 
flattened or leveled off. Flat-topped, submerged sea- 
mounts, called guyots or tablemounts, are seamounts 
that once breached the ocean’s surface, but later 
subsided. 


Sometimes seamounts occur as matching pairs 
located on opposite sides of an oceanic ridge. 
Speculation on the origins of these features led to the 
idea that such pairs were once part of a single volcanic 
complex that had split and separated. This helped 
support the concept that there are spreading centers 
along the ocean ridges where slabs or plates of Earth’s 
lithosphere are moving away from each other. 
Volcanic eruptions form new seafloor and seamounts 
in the gap, or rift, that develops. This spreading, an 
integral part of the theory of plate tectonics (which 
explains the motion of Earth’s plates) has been meas- 
ured to occur at a rate of between 0.8-4.0 in (2-10 cm) 
per year. 


Seamounts are more numerous than terrestrial 
volcanoes and reach greater heights. They may form 
in groups or clusters, or can be found aligned in sub- 
marine volcanic mountain chains known as oceanic 
ridges. As seamounts slowly move away from the 
oceanic ridge due to seafloor spreading, their mass 
causes them to subside. At the same time, sediment 
rains down from above, slowly burying them over 
millions of years. As a result, especially tall seamounts 
may occur as isolated features rising from the abyssal 
plain. This is the deep, flat section of the ocean floor 
far removed from an oceanic ridge, where sediments 
are often thousands of feet thick. Closer to an oceanic 
ridge, where sediments are not so thick, the tops of 
partially buried seamounts form what are called abys- 
sal hills. 


Some seamounts are very tall, broad volcanic fea- 
tures with gentle slopes, known as shield volcanoes. 
Mauna Kea on the island of Hawaii is a good example. 
It rises over 32,810 ft (10,000 m) above the ocean 
floor, making Mauna Kea—not Mt. Everest in the 
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Himalayas—the world’s highest mountain. These 
massive volcanic structures form when isolated hot 
plumes of molten rock rise from Earth’s mantle, form- 
ing what is called a hot spot. Iceland is another exam- 
ple of an island formed by hot spot activity. 


l Seasonal winds 


Seasonal winds are movements of air repetitively 
and predictably driven by changes in large-scale 
weather patterns. Seasonal winds occur in many loca- 
tions throughout the world. The name assigned to a 
particular seasonal wind—and the underlying physical 
forces that drive the winds—depend upon the unique 
geographic location. 


One of the most commonly recognized seasonal 
winds are the monsoon winds. Although monsoons 
are often erroneously identified as rainstorms, they 
are actually a seasonal wind. A monsoon is a wind in 
low-latitude climates that seasonally changes direction 
between winter and summer. Monsoons usually blow 
from the land in winter (called the dry phase, because 
the wind is composed of cool, dry air), and from water 
to the land in summer (called the wet phase, because 
the wind is composed of warm, moist air), causing a 
drastic change in the precipitation and temperature 
patterns of the area impacted by the monsoon. 


The word monsoon originates from Arabic mau- 
zim, meaning season. It was first used to depict the 
winds in the Arabian Sea, but later it was extended for 
seasonally changing wind systems all over the world. 
The driving force shaping monsoons is the difference 
in the heating of land and water surfaces, which results 
in land-ocean pressure differences. On a small scale, 
land-sea breezes, to maintain the energy balance 
between land and water, transfer heat. On a larger 
scale, in winter when the air over the continents is 
colder than over the oceans, a large, high-pressure 
area builds up over Siberia, resulting in air motion 
over the Indian Ocean and South China, causing dry, 
clear skies for East and South Asia (the winter mon- 
soon). The opposite of this happens with the summer 
monsoon in Southwest Asia. The air over the conti- 
nents is much warmer than over the ocean, leading to 
moisture-carrying wind from the ocean towards the 
continent. When the humid air unites with relatively 
drier west airflow and crosses over mountains, it rises, 
reaches its saturation point, and thunderstorms and 
heavy showers develop. 
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Although the most pronounced monsoon system 
is in eastern and southern Asia, monsoons can also be 
observed in West Africa, Australia, or the Pacific 
Ocean. Even in the southwestern United States, a 
smaller scale monsoonal circulation system exists 
(called North American monsoon, Mexican monsoon, 
or Arizona monsoon). The North American monsoon 
is a regional-scale circulation over southwest North 
America between July and September, bringing dra- 
matic increases in rainfall in a normally arid region of 
Arizona, New Mexico, and northwestern Mexico. It is 
a monsoonal circulation because of its similarities to 
the original Southwest Asian monsoon—the west or 
northwest winds turn more south or southeast, bring- 
ing moisture from the Pacific Ocean, Gulf of 
California and Gulf of Mexico. As the moist air 
moves in, it is lifted by mountain terrain that, com- 
bined with daytime heating from the sun, causes 
thunderstorms. 


The monsoon is an important feature of atmos- 
pheric circulation, because large areas in the tropics 
and subtropics are under the influence of monsoons, 
bringing humid air from over the oceans to produce 
rain over the land. The agricultural economies of 
impacted areas (e.g., Asia or India) frequently depend 
on the moisture provided by monsoon wind driven 
storm. The variations in the wind and precipitation 
patterns are so great, however, that more severe winds 
and storms can result in flooding that can cost thou- 
sands of lives. 


A similar phenomenon to the monsoon also 
occurs in a smaller spatial and temporal scale, the 
mountain and valley breezes. The main reason they 
occur is also the difference in heating of the areas: 
during the day, the valley and the air around it 
warms and because it is less dense, it rises, and thus, 
a gentle upslope wind occurs. This wind is called the 
valley breeze. If the upslope valley winds carry suffi- 
cient moisture in the air, showers, even thunderstorms 
can develop in the early afternoon, during the warmest 
part of the day. The opposite happens and night, when 
the slopes cool down quickly, causing the surrounding 
air also to cool and glide down from the mountain to 
the valley, forming a mountain breeze (also called 
gravity winds or drainage winds). Although techni- 
cally, any kind of downslope wind is called a katabatic 
(or fall) wind, usually this term is used for a signifi- 
cantly stronger wind than a mountain breeze. 


For katabatic winds carrying cold air, their ideal 
circumstances are mountains with steep downhill 
slopes and an elevated plateau. If winter snow accu- 
mulates on the plateau, it makes the surrounding air 
very cold, which starts to move down as a cold, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


moderate breeze, and can become a destructive, fast 
wind, if it passes through a narrow canyon or channel. 
These katabatic winds have different names in differ- 
ent areas of the world. The bora is a northeast cold 
wind with speeds of sometimes more than 100 knots 
(115 mph), blowing along the northern coast of the 
Adriatic Sea, when polar cold air from Russia moves 
down from a high plateau, reaching the lowlands. The 
mistral is a similar, although less violent cold wind in 
France, which moves down from the western moun- 
tains into the Rhone Valley, then out to the 
Mediterranean Sea, often causing frost damage to 
vineyards. Even in Greenland and Antarctica, there 
are occasional cold, strong katabatic winds. 


Among the katabatic winds carrying warm air, the 
chinook wind is a dry warm wind, moving down the 
eastern slope of the Rocky Mountains, in a narrow 
area between northeast New Mexico, and Canada. 
When westerly strong winds blow over a north-south 
mountain, it produces low pressure on the east side of 
the mountain, forcing the air downhill, and causing a 
compressional heating. The chinook causes the tem- 
perature to rise over an area sharply, resulting in a 
sharp drop in the relative humidity. If chinooks move 
over heavy snow cover, they can even melt and evap- 
orate a foot of snow in less than a day. The chinook is 
important because it can bring relief from a strong 
winter, uncovering grass, which can be fed to the live- 
stock. A similar wind in the Alps is called foehn, a dry, 
warm wind descending the mountain slope, then flow- 
ing across flat lands below. A warm and dry wind in 
South California blowing from the east or northeast is 
called the Santa Ana wind (named from the Santa 
Ana Canyon). Because this air originates in the desert, 
it is dry, and becomes even drier as it is heated. 
Brush fires and dried vegetation can follow the Santa 
Ana wind. 


See also Air masses and fronts; Atmosphere, 
composition and structure; Atmospheric circulation; 
Atmospheric pressure; Atmospheric temperature; Weather 
forecasting. 
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| Seasons 


Seasons on Earth are found only in the temperate 
zones, which extend from 23.5° north (and south) 
latitude to 66.5° north (and south) latitude. In these 
regions of Earth nature exhibits four seasons: spring, 
summer, autumn (or fall) and winter. Each season is 
characterized by differences in temperature, amounts 
of precipitation, and the length of daylight. Spring 
comes from an Old English word meaning to rise. 
Summer originated as a Sanskrit word meaning half 
year or season. Autumn comes originally from a 
Etruscan word for maturing. Winter comes from an 
Old English word meaning wet or water. The equato- 
rial regions or torrid zones have no appreciable sea- 
sonal changes and here one generally finds only a wet 
season and a dry season. Polar regions have only a 
light season and a dark season. 


In the Northern Hemisphere, astronomers assign 
an arbitrary starting date for each season. Spring 
begins around March 21 and summer begins around 
June 21. Autumn begins around September 23 and 
winter around December 21. Because every fourth 
year is a leap year and February then has 29 days, 
the dates of these seasonal starting points change 
slightly. In the Southern Hemisphere the seasons are 
reversed with spring beginning in September, summer 
in December, fall in March, and winter in June. 
Seasons in the Southern Hemisphere are generally 
milder due to the moderating presence of larger 
amounts of ocean surface as compared to the 
Northern Hemisphere. 


Changes in the seasons are caused by Earth’s 
movement around the sun. Because Earth orbits the 
sun at varying distances, many people think that the 
seasons result from the changes in Earth-sun distance. 
This belief is incorrect. In fact, Earth is actually closer 
to the sun in January compared to June by approx- 
imately three million miles. 


Earth makes one complete revolution about 
the sun each year. The reason for the seasons is 
that the axis of Earth’s rotation is tilted with 
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respect to the plane of its orbit. This tilt, called the 
obliquity of Earth’s axis, is 23.5 degrees from a line 
drawn perpendicular to the plane of Earth’s orbit. As 
Earth orbits the sun, there are times of the year 
when the North Pole is alternately tilted toward the 
sun (during northern hemispheric summer) or tilted 
away from the sun (during northern hemispheric 
winter). At other times the axis is generally parallel 
to the incoming sun’s rays. During summer, two 
effects contribute to produce warmer weather. First, 
the sun’s rays fall more directly on Earth’s surface 
and this results in a stronger heating effect. The 
second reason for the seasonal temperature differ- 
ences results from the differences in the amount of 
daylight hours versus nighttime hours. The sun’s rays 
warm Earth during daylight hours and Earth cools 
at night by re-radiating heat back into space. This is 
the major reason for the warmer days of summer 
and cooler days of winter. The orientation of Earth’s 
axis during summer results in longer periods of day- 
light and shorter periods of darkness at this time of 
year. At the mid-northerly latitudes summer days 
have about 16 hours of warming daylight and only 
eight hours of cooling nights. During mid-winter the 
pattern is reversed. To demonstrate that it is the 
daylight versus darkness ratio that produces climates 
that make growing seasons possible, one should note 
that even in regions only 30° from the poles one 
finds plants such as wheat, corn, and potatoes grow- 
ing. In these regions the Sun is never very high in the 
sky but because of the orientation of Earth’s axis, 
the sun remains above the horizon for periods 
for over 20 hours a day from late spring to late 
summer. 


Astronomers have assigned names to the dates at 
which the official seasons begin. When the axis of 
Earth is perpendicular to the incoming sun’s rays in 
spring the sun stands directly over the equator at 
noon. As a result, daylight hours equal nighttime 
hours everywhere on Earth. This gives rise to the 
name given to this date, the vernal equinox. Vernal 
refers to spring and the word equinox means equal 
night. On the first day of fall, the autumnal equinox 
also produces 12 hours of daylight and 12 hours of 
darkness everywhere on Earth. 


The name given for the first day of summer results 
from the observation that as the days get longer during 
the spring, the sun’s height over its noon horizon 
increases until it reaches June 21. Then on successive 
days it dips lower in the sky as Earth moves toward the 
autumn and winter seasons. This gives rise to the name 
for that date, the Summer Solstice, because it is as 
though the sun stands still in its noon height above 
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The seasons. (Hans & Cassidy. The Gale Group.) 


KEY TERMS 


Autumnal equinox—The date in the fall of the year 
when Earth experiences 12 hours of daylight and 
12 hours of darkness, usually about September 
23rd. 


Obliquity—The amount of tilt of Earth’s axis. This 
tilt is equal to 23.5 degrees drawn from a line 
perpendicular to the orbit of Earth. 


Summer solstice—The date on which the sun 
is highest in the sky at noon, usually about June 
21st. 


Temperate zones—The two regions on Earth 
bounded by the 23.5 degree latitude and the 66.5 
degree latitude. 


Torrid zone—A zone on Earth bounded by 23.5 
degrees North and South Latitude. 


Vernal Equinox—tThe intersection of the celestial 
equator and ecliptic which the sun appears to reach 
on or about March 21. 


Winter solstice—The date on which the sun’s 
noontime height is at its lowest, usually on 
December 21st. 


the horizon. The Winter Solstice is likewise named 
because on December 21 the sun reaches the lowest 
noon time height and appears to stand still on that 
date as well. 
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In the past, early humans celebrated the changes 
in the seasons on some of these cardinal dates. The 
vernal equinox was a day of celebration for the 
early Celtic tribes in ancient Britain, France, and 
Ireland. Other northern European tribes also marked 
the return of warmer weather on this date. Even 
the winter solstice was a time to celebrate, as it 
marked the lengthening days that would lead to 
spring. The ancient Romans celebrated the Feast of 
Saturnalia on the winter solstice. And even though 
there are no historical records to support the choice 
of a late December date for the birth of Christ, 
Christians in the fourth century AD chose to cele- 
brate his birth on the winter solstice. In the Julian 
calendar system in use at that time this date fell on 
December 25. 


See also Global climate. 
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[ Secondary pollutants 


Secondary pollutants are not emitted directly to 
the air, water, or soil. Secondary pollutants are syn- 
thesized in the environment by chemical reactions 
involving primary, or emitted chemicals. 


The best known of the secondary pollutants are 
certain gases that are synthesized by photochemical 
reactions in the lower atmosphere. The primary emit- 
ted chemicals in these reactions are hydrocarbons and 
gaseous oxides of nitrogen such as nitric oxide and 
nitrogen dioxide. These emitted chemicals participate 
in a complex of ultraviolet-driven photochemical reac- 
tions on sunny days to synthesize some important 
secondary pollutants, most notably ozone, peroxy ace- 
tyl nitrate, hydrogen peroxide, and aldehydes. These 
secondary compounds, especially ozone, are the harm- 
ful ingredients of oxidizing or photochemical smogs 
that cause damages to people and vegetation exposed 
to this type of pollution. 


Most ozone is found in the upper atmosphere, 
where it acts to screen out much of the harmful radia- 
tion from the sun. Upper-level ozone is an important 
part of Earth’s life support sytem. Lower-level ozone is 
created when sunlight hits hydrocarbons and nitrogen 
oxides released into the lower atmosphere by industrial 
and natural processes. Ozone is well known as an irri- 
tant to human respiratory systems, as a strong oxidant 
that causes materials to age rapidly and degrade in 
strength, and as a toxic chemical to plants. In terms of 
causing damage to agricultural and wild plants, ozone is 
the most damaging air pollutant in North America. 
Low-level ozone also acts as a greenhouse gas, restrict- 
ing the escape of heat from Earth’s surface and thus 
contributing to the global warming process. 


Scientists estimate that the amount of low-level 
ozone currently in Earth’s atmosphere is 100-200 
times higher than it was only 100 years ago. The for- 
mation of low-level ozone can be slowed by reducing 
emissions of human-created hydrocarbons and nitro- 
gen oxides into the atmosphere. Reducing hydrocar- 
bon emissions by using catalytic converters on vehicles 
and generally reducing automobile travel time helps, as 
does the use of filtering devices to scrub industrial 
air emissions. However, many filters and converters 
fail to remove nitrogen oxides from emissions, and 
human-produced nitrogen oxides can combine with 
naturally produced hydrocarbons just as easily as 
with human-produced hydrocarbons. Planting tress 
and plants doesn’t help, but the development and 
installation of converters and filters for removing 
both hydrocarbons and nitrogen oxides can. 
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Secondary pollutants can also be formed in other 
ways. For example, when soils and surface waters 
become acidified through atmospheric depositions or 
other processes, naturally occurring aluminum in soil 
or sediment minerals becomes more soluble and there- 
fore, becomes more available for uptake by organisms. 
The soluble, ionic forms of aluminum are the most 
important toxic factor to plants growing in acidic soils 
and to fish in acidic waters. In this context, aluminum 
can be considered to be a secondary pollutant because 
it is made biologically available as a consequence of 
acidification. 


A few pesticides generate toxic chemicals when 
they are chemically transformed in the environment, 
and this phenomenon can also be considered to repre- 
sent a type of secondary pollution. For example, 
dithiocarbamate is a fungicide used in the cultivation 
of potatoes. Ethylene thiourea is an important metab- 
olite of this chemical, formed when the original fungi- 
cide is broken down by microorganisms in soil. 
Ethylene thiourea is relatively stable in soils and also 
somewhat mobile so that it can leach into ground 
water. Ethylene thiourea has been demonstrated to 
be carcinogenic in mammals, and it therefore repre- 
sents an important type of toxicity that was not char- 
acteristic of the original fungicide. 


See also Smog. 


[ Secretary bird 


The secretary bird (Sagittarius serpentarius) is the 
only member of the family Sagittariidae. This family is 
part of the Falconiformes, which includes other hawk- 
like raptors such as hawks, eagles, vultures, kites, 
falcons, and the osprey. 


The secretary bird is native to sub-Saharan Africa, 
and occurs in open grasslands and savannas. The spe- 
cies is wide-ranging, and some populations are noma- 
dic, wandering extensively in search of locations with 
large populations of small mammals or insects, their 
principal foods. 


Secretary birds are large birds, standing as tall as 4 ft 
(1.2 m), and weighing about 9 lb (4 kg). Their wings are 
long and pointed, and the neck is long. Secretary birds 
have a strong, hooked, raptorial beak, and a prominent 
crest on the back of their heads. The legs are very long, 
and the strong feet have sharp, curved claws. 


The basic coloration of secretary birds is gray, 
with black feathers on the upper legs, on the trailing 
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Asecretary bird. Standing nearly 4 ft (1.2 m) high, the bird can 
kill the most venemous of snakes by striking them repeatedly 
with its taloned feet. In South Africa it has sometimes been 
tamed and kept around homes to aid in rodent and snake 
control. (Nigel Dennis. The National Audubon Society Collection/ 
Photo Researchers, Inc.) 


half of the wings, and on the base of the tail. Two long, 
central, black-tipped feathers extend from the base of 
the tail. There are bare, orange-colored patches of skin 
around the eyes. The sexes are similarly colored, but 
male secretary birds are slightly larger. 


Secretary birds are believed to have received their 
common name after the feathers of their backward- 
pointing crest, which are thought to vaguely resemble 
quill-pens stuck into the woolly wig of a human scribe 
of the nineteenth century. Their erect posture and 
gray-and-black plumage is also thought to suggest 
the formal attire and demeanor of a human secretary. 


Secretary birds hunt during the day, mostly by 
walking deliberately about to find prey, which, when 
discovered, are run down and captured. Secretary birds 
occasionally stamp the ground with their feet, to cause 
prey to stir and reveal its presence. The food of secre- 
tary birds consists of small mammals, birds, reptiles, 
and large insects, such as grasshoppers and beetles. 
They are known to kill and eat snakes, including deadly 
poisonous ones, which like other larger prey items are 
dexterously battered to death with the feet. Because of 
their occasional snake-killing propensities, secretary 
birds are highly regarded by some people. 


Secretary birds can fly well, and sometimes soar, 
but they do not do so very often. They prefer to run 
while hunting, and to escape from danger. They roost 
in trees at night, commonly in pairs. 


Secretary birds are territorial. They build a bulky, 
flat nest of twigs in a thorny tree, which may be used 
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for several years. Secretary birds lay 2-3 eggs. These 
are incubated by both sexes, which also share the 
duties of caring for the young. The babies are downy 
and feeble at birth. The young are initially fed directly 
with nutritious, regurgitated fluids, and later on with 
solid foods that are regurgitated onto the nest, for the 
young to feed themselves with. Young secretary birds 
do not fight with each other, unlike the young of many 
other species of raptors. Consequently, several off- 
spring may be raised from the same brood. They typ- 
ically fledge after about two months. 


Secretary birds are commonly considered to be a 
beneficial species, because they eat large numbers of 
potentially injurious small mammals, insects, and to a 
lesser degree, snakes. Secretary birds are sometimes kept 
as pets, partly because they will kill large numbers 
of small mammals and snakes around the home. 
Unfortunately, the populations of these birds are declin- 
ing in many areas, due largely to habitat changes, but 
also to excessive collecting of the eggs and young. 


| Secretor 


Secretor is the name given to the condition that a 
person secretes their blood-type antigens into saliva 
and other bodily fluids. It is also the name of the gene 
that causes this to happen. 


Blood type (ABO) is determined by the presence 
of complex carbohydrates on the surface of blood cells 
that elicit an immune response in laboratory testing or 
in the case of bodily exposure by means of a blood 
transfusion. Blood type is a fundamental biological 
characteristic of an individual that does not change 
during their lifetime. 


In forensic work, a person’s blood type can be 
ascertained from very small traces of blood found at 
a crime scene. It is often possible, therefore, to know a 
person’s blood type early on in an investigation based 
on this testing. The ABO blood system is not a com- 
plex information system; there are only three basic 
blood types, each of which can be further designated 
as Rh positive or Rh negative, yielding a total of six 
major blood types. 


In some cases, no blood is found by the investiga- 
tors, but there may be saliva or other mucus-containing 
bodily fluid that can be identified. If the person from 
whom the bodily fluid originates carries the dominant 
secretor gene, that individual will secrete the ABO anti- 
gens in mucus, and it is possible to infer the blood type 
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from these fluids. Secretion of soluble blood type anti- 
gens is now know to be a function of the alpha (1,2) 
fucosyltransferase gene. Careful study of this gene 
reveals that the secretor gene is present in the vast 
majority of people tested, but nonsecretors carry a non- 
sense mutation in both copies of their secretor gene, 
rendering them silent. Approximately 75%-80% of 
Caucasians carry at least one copy of the secretor 
gene, and they therefore, secrete soluble antigens into 
bodily fluids. The secretor phenotype also is a funda- 
mental biological characteristic of a person that remains 
constant throughout life. This is another piece of bio- 
logical evidence that can be collected in trying to match 
a sample found at a crime scene with potential suspects. 


Blood typing and secretor analysis are not highly 
informative systems of information compared with 
existing DNA technologies such as STR analysis 
because of the limited numbers of different categories 
into which all people can be placed. Nevertheless, they 
played a significant role in the collection and analysis 
of forensic specimens prior to the advent of more 
informative DNA systems, and they continue to play 
a small role today. These kinds of evidence are far 
more persuasive as negative evidence (to rule out a 
suspect) than as positive evidence (to confirm a sus- 
pect) because many people can match by random 
chance. 


See also Crime scene investigation; Forensic sci- 
ence; Gene; Hemoglobin. 


Robert Best 
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l Sedges 


Sedges are monocotyledonous plants in the genus 
Carex that make up most of the species in the family 
Cyperaceae. This family consists of about 4,000 spe- 
cies distributed among about 90 genera, occurring 
world-wide in moist habitats in all of the major cli- 
matic zones. The sedges are the largest group in the 
family with about 1,100 species, followed by the papy- 
rus or nut-sedges (Cyperus spp.; 600 species), bul- 
rushes (Scirpus spp.; 250 species), and beak-rushes 
(Rhynchospora spp.; 250 species). 


The major importance of sedges and other mem- 
bers of this family is their prominent role in many 
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Cottongrass in the Yukon. (JLM Visuals.) 


types of ecological communities and the fact that 
they are an important source of food for many species 
of grazing animals. A few species are also of minor 
economic importance as food for humans. 


Biology of sedges 


Sedges are superficially grass like in their mor- 
phology, but they differ from the grasses (family 
Poaceae) in some important respects. 


Most species of sedges are perennial plants, with 
only a few having an annual life cycle. Sedges are 
herbaceous, dying back to the ground surface at the 
end of the growing season but then re-growing the 
next season by sprouting from underground rhizomes 
or roots. One distinguishing characteristic of the sedge 
is its three-angled or triangular cross-section of the 
stem. 


The flowers of sedges are small and have some 
reduced or missing parts. Referred to as florets, they 
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are either male (staminate) or female (pistillate), 
although both sexes can be present in the same cluster 
of florets, or inflorescence. Usually, the staminate 
florets occur in a discrete zone at the top of the inflor- 
escence, with the pistillate florets beneath. Sedges 
achieve pollination by shedding their pollen to the 
wind, which then carries these grains to the stigmatic 
surfaces of female florets. The fruits of sedges are dry, 
one-seeded achenes, sometimes enclosed within an 
inflated structure called a perigynium. 


Wetlands are usually the habitat for various types 
of sedges. Sedges may occur as terrestrial plants 
rooted in moist ground or as emergent aquatic plants, 
often rooted in the sediment of shallow water at the 
edge of a pond or lake, but with the flowering stalk 
and some of their leaves emergent into the atmos- 
phere. Some species of sedge can occur in habitats 
that are rather dry, as in the case of some arctic and 
alpine sedges. 


Sedges in ecosystems 


Sedges are an important component of the plant 
communities of many types of natural habitats, par- 
ticularly in marshes, swamps, and the shallow-water 
habitats along the edges of streams, ponds, and lakes. 
Because sedges are a relatively nutritious food for 
grazing animals, places rich in these plants are an 
important type of habitat for many types of herbivo- 
rous animals. These can range from the multitudi- 
nous species of insects and other invertebrates 
that feed on sedges, to much larger grazing animals 
such as elk (Cervus canadensis), white-tailed deer 
(Odocoileus virginianus) and other herbivores. Even 
grizzly bears (Ursus arctos) will feed intensively on 
sedges at certain times of the year when other sources 
of nutrition are not abundant, for example, in the 
springtime after the bear has emerged from its winter 
hibernation. 


Sedges and their relatives can sometimes domi- 
nate extensive tracts of vegetation, especially in places 
where shallow-water wetlands have developed on rel- 
atively flat terrain. For example, the extensive marshes 
and wet prairies of the Everglades of south Florida are 
dominated by the sawgrass (Cladium jamaicensis), a 
member of the sedge family. 


Economically important sedges 


No species of true sedges (that is, species of Carex) 
are currently of direct economic importance to 
humans. However, a few species in other genera of 
the sedge family are worth mentioning in this respect. 
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KEY TERMS 


Achene—A dry, indehiscent, one-seeded fruit, with 
the outer layer fused to the seed. 


Floret—A small flower, often with some reduced or 
missing parts. Florets are often arranged within 
dense clusters, such as the inflorescences of species 
in the sedge family. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Perigynium—A sac-like bract that surrounds the 
ovary or seed in many members of the sedge family. 


The papyrus or paper rush (Cyperus papyrus) grows 
abundantly in marshes in parts of northern Africa 
and elsewhere, where it has been used for millennia 
to make paper, to construct reed-boats, to make 
thatched roofs, to strengthen dried mud-bricks, and 
for other purposes. There are numerous biblical refer- 
ences to the great abundance of papyrus that used to 
occur in wetlands in northern Egypt, but these marshy 
habitats have now been drained, and the species is 
considered to be rare in that region. 


The stems of papyrus and other species of Cyperus 
and the related bulrushes (Scirpus spp.) have also been 
used for weaving into mats and baskets. The Chinese 
mat grass (Cyperus tegetiformis), which is commonly 
used for matting in eastern Asia is an prime example of 
these related bulrushes. 


The bulbous tubers of the edible nut-sedge (Cyperus 
esculentus) and the water chestnut (Eleocharis tuberosa) 
are harvested and eaten as a starchy food. The water 
chestnut probably originated in China and the edible 
nut-sedge in Egypt. 


A few species of sedges and related plants are 
considered to be significant weeds in some places. In 
North America, for example, the edible nut-sedge has 
escaped from cultivation and has become a weed of 
wetlands in some regions. 
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| Sediment and sedimentation 


Sediment consists of loose earth material such as 
sand that accumulates on the land surface, in river and 
lake beds, and on the ocean floor. Sediments form by 
weathering of rock. They then erode from the site of 
weathering and are transported by wind, water, ice, 
and mass wasting, all operating under the influence of 
gravity. Eventually sediment settles out and accumu- 
lates after transport; this process is known as deposi- 
tion. Sedimentation is a general term for the processes 
of erosion, transport, and deposition. Sedimentology 
is the study of sediments and sedimentation. 


There are three basic types of sediment: rock frag- 
ments, or clastic sediments; mineral deposits, or chem- 
ical sediments; and rock fragments and organic matter, 
or organic sediments. Dissolved minerals form by 
weathering rocks exposed at Earth’s surface. Organic 
matter is derived from the decaying remains of plants 
and animals. 


Weathering 


Clastic and chemical sediments form during 
weathering of bedrock or pre-existing sediment by 
both physical and chemical processes. Organic sedi- 
ments are also produced by a combination of physical 
and chemical weathering. Physical (or mechanical) 
weathering—the disintegration of Earth materials— 
is generally caused by abrasion or fracturing, such as 
the striking of one pebble against another in a river or 
stream bed, or the cracking of a rock by expanding 
ice. Physical weathering produces clastic and organic 
sediment. 


Chemical weathering, or the decay and dissolu- 
tion of Earth materials, is caused by a variety of proc- 
esses. However, it results primarily from interactions 
between water and rock. Chemical weathering may 
alter the mineral content of a rock by either adding 
or removing certain chemical components. Some min- 
eral by-products of chemical weathering are dissolved 
by water and transported below ground or to an ocean 
or lake in solution. Later, these dissolved minerals 
may precipitate out, forming deposits on the roof of 
a cave (as stalactites), or the ocean floor. Chemical 
weathering produces clastic, chemical, and organic 
sediments. 


Erosion and transport 


Erosion and transport of sediments from the site 
of weathering are caused by one or more of the follow- 
ing agents: gravity, wind, water, or ice. When gravity 
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Sorted sediment in a gravel pit south of West Bend, 
Wisconsin. (JLM Visuals.) 


acts alone to move a body of sediment or rock, the 
process is known as mass wasting. When the forces of 
wind, water, or ice act to erode sediment, they always 
do so under the influence of gravity. 


Agents of erosion and transport 
Gravity 


Large amounts of sediment, with individual par- 
ticles ranging in size from mud to boulders, can move 
down slope due to gravity, a process called mass wast- 
ing. Rock falls, landslides, and mudflows are common 
types of mass wasting. Rock falls occur when rocks in a 
cliff face are loosened by weathering, break loose, and 
roll and bounce downslope. Landslides consist of 
downslope movement of a mass of rock or soil, in 
many cases because the soil or rock becomes saturated 
with water (for example, during heavy rainstorms or 
rainy seasons). Debris flows occur when a hillside 
becomes nearly saturated by heavy rainfall, a landslide 
occurs, and the slide mass is transformed into a mass of 
liquefied mud and boulders quickly moves downslope. 


Water 


Water is the most effective agent of transport, even 
in the desert. Water can erode as channelized flow as 
occurs in streams, sheet flow that occurs over open soil 
or rock, or as a consequence of raindrop impact. The 
less vegetation that is present, the more water erodes— 
as droplets, in sheets, or as channelized flow. 


Wind 


Wind is a significant agent of erosion where little 
or no vegetation is present. For this reason, deserts are 
well known for their wind erosion. Even in deserts, 
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however, infrequent but powerful rain storms are the 
most important agent of erosion. This is because rela- 
tively few areas of the world have strong prevailing 
winds with little vegetation, and because wind can 
rarely move particles larger than sand or silt. 


Glacial ice 


Glaciers are very effective at eroding and trans- 
porting material of all sizes, and continental glaciers 
can move boulders as large as a house hundreds of 
miles. 


At times in the geologic past, continent-sized gla- 
ciers covered large areas of Earth at middle to high 
latitudes. Today, continental glaciers occur only on 
Antarctica and Greenland. Smaller alpine glaciers exist 
at high altitudes on some mountains. 


Sediment erosion 


Generally, erosive agents remove sediments from 
the site of weathering in one of three ways: impact of 
the agent, abrasion (both types of mechanical erosion, 
or corrasion), or corrosion (chemical erosion). The 
impact of wind, water, and ice erodes sediments. For 
example, flowing water exerts a force on sediments 
particles that allows them to be lifted and transported 
by water, wind, or flowing ice. The eroded sediments 
may already be loose, or they may be torn away from 
the rock surface by the force of the agent. If the flow is 
strong enough, clay, silt, sand, and even gravel, can be 
eroded in this way. 


Abrasion is the second mechanism of sediment 
erosion. Abrasion is simply the removal of one Earth 
material by the impact of another. Rockhounds smooth 
stones by tumbling them in a container with hard sand 
or silt particles known as abrasives. Sandpaper is 
another everyday abrasive. In nature, when water 
(or wind or ice) flows over a rocky surface (for example, 
a stream bed), sedimentary particles that are being 
transported by the flow strike the surface and occasion- 
ally knock particles loose. Keep in mind that while the 
bedrock surface is abraded and pieces are knocked 
loose, the particles in transport are also abraded, 
becoming rounder and smoother with time. 


Corrosion, or chemical erosion, the third erosional 
mechanism, is the dissolution of rock or sediment by the 
agent of transport. Wind is not capable of corrosion, 
and corrosion by ice is a much slower process than by 
liquid water. Corrosion in streams slowly dissolves the 
bedrock or sediments, producing mineral solutions 
(minerals dissolved in water) and aiding in the produc- 
tion of clastic sediments by weakening rock matrix. 
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Sediment size 


Sediment particles come in all shapes and sizes. 
Sediment sizes are classified by separating them into a 
number of groups, based on metric measurements, 
and naming them using common terms and size modi- 
fiers. The terms, in order of decreasing size, are 
boulder (> 256 mm), cobble (256-64 mm), pebble 
(64-2 mm), sand (2-1/16 mm), silt (1/16-1/256 mm), 
and clay (1/256 mm). The modifiers, in decreasing size, 
are very coarse, coarse, medium, fine, and very fine. 
For example, sand is sediment that ranges in size from 
2 millimeters to 1/16 mm. Very coarse sand ranges 
from 2 mm to | mm; coarse from 1 mm to 1/2 mm; 
medium from 1/2 mm to 1/4 mm; fine from 1/4 mm to 
1/8 mm; and very fine from 1/8 mm to 1/16 mm. The 
entire classification is not as consistent as the termi- 
nology for sand—and not every group includes size 
modifiers (Figure 1). 


Sediment load 


When particles are eroded and transported by 
wind, water, or ice, they become part of the sediment 
load. There are three categories of load that may be 
transported by an erosional agent: dissolved load, 
suspended load, and bedload. Wind is not capable of 
dissolving minerals, and so it does not transport any 
dissolved load. The dissolved load in water and ice is 
not visible; to be deposited, it must be chemically 
precipitated. 


Sediment can be suspended in wind, water, or ice. 
Suspended sediment makes stream water cloudy or 
turbid after a rainstorm and makes wind storms 
dusty. Suspended sediment is sediment that is not con- 
tinuously in contact with the underlying surface 
(a stream bed or the desert floor) and is suspended 
within the medium of transport. Generally, the smallest 
particles of sediment are likely to be suspended; occa- 
sionally sand is suspended by powerful winds and peb- 
bles are suspended by floodwater. However, because 
ice is a solid, virtually any size sediment can be part of 
the suspended sediment load of a glacier. Debris flows, 
which are dense mixtures of solids and water, can also 
transport large boulders. 


Bedload consists of the larger sediment that is only 
sporadically transported. Bedload remains in almost 
continuous contact with the bottom, and moves by 
rolling, skipping, or sliding along the bottom. Pebbles 
ona river bed or beach are examples of bedload. Wind, 
water, and ice can all transport bedload, however, the 
size of sediment in the bedload varies greatly among 
these three transport agents. 
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Sediment and sedimentation 


Class 
boundary 
in 
meters = millimeters 


Size in Size classes 


very large 


2048 
large 


1024 Boulders 
medium 


512 


small 
256 


large 


128 Cobbles 
64 


small 


very coarse 
32 


coarse 


Pebbles medium 


fine 


very fine 


very coarse 


coarse 


medium 


fine 


very fine 


Figure 1. Table of names for sedimentary particles based on 
grain size. (Illustration by Hans & Cassidy. The Gale Group.) 


Because of the low density of air, wind only rarely 
moves bedload coarser than fine sand. Some streams 
transport pebbles and coarser sediment only during 
floods, while other streams may transport, on a daily 
basis, all but boulders with ease. 


Floods greatly increase the power of streams and 
their ability to transport large boulders. Flooding also 
may cause large sections of a riverbank to be washed 
into the water and become part of its load. Bank erosion 
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during flood events by a combination of abrasion, 
hydraulic impact, and mass wasting is often a significant 
source of a stream’s load. Ice in glaciers, because it is a 
solid, can transport virtually any size material if the ice is 
sufficiently thick. 


For a particular agent of transport, its ability to 
move coarse sediments as either bedload or suspended 
load is dependant on its velocity. The higher the veloc- 
ity, the coarser the load that can be transported. 


Rounding and sorting of sediment 


Transport of sediments causes them to become 
rounder as their irregular edges are removed both by 
abrasion and corrosion. Beach sand, for example, 
becomes highly rounded due to its endless rolling 
and bouncing in the surf. 


Sorting, or separation of clasts into similar sizes, 
also occurs during sediment transport. Sorting occurs 
because the size of grains that a medium of transport 
can move is limited by the medium’s velocity and den- 
sity. For example, in a stream on a particular day, 
water flow may only be strong enough to transport 
grains that are finer than medium-grained sand. So all 
clasts on the surface of the stream bed that are equal to 
or larger than medium sand will be left behind. The 
sediment, therefore, becomes sorted. Beach sand is very 
well sorted because coarser grains are only rarely trans- 
ported up the beach face by the approaching waves, 
and finer material is suspended and carried away by 
the surf. 


Ice is the poorest sorter of sediment. Glaciers can 
transport almost any size sediment easily, and when ice 
flow slows down or stops, the sediment is not depos- 
ited, due to the density of the ice. As a result, sediments 
deposited directly by ice when it melts are usually very 
poorly sorted. Significant sorting only occurs in glacial 
sediments that are subsequently transported by melt- 
water from the glacier. Wind, on the other hand, is the 
best sorter of sediment, because it can usually only 
transport sediment that ranges in size from sand to 
clay. Occasional variation in wind speed during trans- 
port serves to further sort out these sediment sizes. 


Deposition 

Mechanical deposition 

When the velocity of the transport medium is 
insufficient to move a sediment particle, the particle 
is deposited. When velocity decreases in wind or water, 


larger sediments are deposited first. Sediments that 
were part of the suspended load will drop out and 
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Figure 2. This graph illustrates that consolidated, fine-grained clay deposits subjected to stream erosion can be nearly as 
difficult to erode as gravel and boulders. (I//ustration by Hans & Cassidy. The Gale Group.) 


become part of the bed load. If velocity continues to 
drop, nearly all bedload movement will cease, and 
only clay and the finest silt will be left suspended. In 
still water, even the clay will be deposited, over the 
next day or so, based on size—from largest clay par- 
ticles to the smallest. 


During its journey from outcrop to ocean, a typ- 
ical sediment grain may be temporarily deposited, 
transported, and erorded thousands of times. When 
compacted fine-grained clay deposits are subjected to 
stream erosion, they are nearly as difficult to erode as 
pebbles and boulders (Figure 2). Because the clay 
particles are electrostatically attracted to one another, 
they resist erosion as well as much coarser grains. This 
is significant, for example, when comparing the erod- 
ibility of stream bank materials—clay soils in a river 
bank are fairly resistant to erosion, whereas sandy 
soils are not. 


Eventually, transported sediment reaches a rest- 
ing place where it remains long enough to be buried by 
other sediments. This is known as the depositional 
environment of the sediment. 


Chemical deposition 


Unlike clastic and organic sediment, chemical 
sediment can not simply be deposited by a decrease 
in water velocity. Chemical sediment must crystallize 
from the solution, that is, it must be precipitated. A 
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common way for precipitation to occur is by evapo- 
ration. As water evaporates from the surface, if it is 
not replaced by water from another source (rainfall or 
a stream) any dissolved minerals in the water will 
become more concentrated until they begin to precip- 
itate out of the water and accumulate on the bottom. 
This often occurs in the desert in salt pans or lakes. It 
may also occur along the sea coast in salt marshes. 


Another mechanism that triggers mineral precipita- 
tion is a change in water temperature. When ocean 
water with different temperatures mixes, the end result 
may be sea water in which the concentration of dissolved 
minerals is higher than can be held in solution at that 
water temperature, and minerals will precipitate. For 
most minerals, their tendency to precipitate increases 
with decreasing water temperature. However, for some 
minerals, calcite (calcium carbonate) for example, the 
reverse is true. 


Minerals may also be forced to precipitate by the 
biological activity of certain organisms. For example, 
when algae remove carbon dioxide from water, this 
decreases the acidity of the water, promoting the pre- 
cipitation of calcite. Some marine organisms use this 
reaction, or similar chemical reactions, to promote 
mineral precipitation and use the minerals to form 
their skeletons. Clams, snails, hard corals, sea urchins, 
and a large variety of other marine organisms form 
their exoskeletons by manipulating water chemistry in 
this way. 
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Sediment and sedimentation 


Depositional environments 


Landscapes form and constantly change as a con- 
sequence of weathering and sedimentation. The area 
where sediment accumulates and is later buried by 
other sediments is known as its depositional environ- 
ment. There are many large-scale, or regional, envi- 
ronments of deposition, as well as hundreds of smaller 
subenvironments within these regions. For example, 
rivers are regional depositional environments. Some 
span distances of hundreds of miles and contain a 
large number of sub-environments, such as channels, 
backswamps, floodplains, abandoned channels, and 
sand bars. These depositional sub-environments can 
also be thought of as depositional landforms, that 
is, landforms produced by deposition rather than 
erosion. 


Depositional environments are often separated 
into three general types, or settings: terrestrial (land), 
marginal marine (coastal), and marine (open ocean). 
Examples of each of these three regional depositional 
settings are as follows: terrestrial-alluvial fans, glacial 
valleys, lakes; marginal marin-beaches, deltas, estua- 
ries, tidal mud and sand flats; marine-coral reefs, abys- 
sal plains, continental slope. 


Sedimentary structures 


During deposition of sediments physical structures 
form that are indicative of the conditions that created 
them. These are known as sedimentary structures. They 
may provide information about water depth, current 
speed, environmental setting (for example, marine ver- 
sus fresh water) or a variety of other factors. Among the 
more common of these are: bedding planes, beds, chan- 
nels, cross-beds, ripples, and mud cracks. 


Bedding planes are the surfaces separating layers 
of sediment, or beds, in an outcrop of sediment or 
rock. The beds represent episodes of sedimentation, 
while the bedding planes usually represent interrup- 
tions in sedimentation, either erosion or simply a lack 
of deposition. Beds and bedding planes are the most 
common sedimentary structures. 


Rivers flow in elongated depressions called chan- 
nels. When river deposits are preserved in the sediment 
record (for example as part of a delta system), chan- 
nels also are preserved. These channels appear in rock 
outcrops as narrow to broad, v- or u-shaped, depres- 
sions at the base of otherwise flat beds. 


Submerged bars along a coast or in a river form 
when water currents or waves transport large volumes 
of sand or gravel along the bottom. Similarly, wind 
currents form dunes from sand on a beach or a desert. 
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While these depositional surface features, or bedforms, 
build up in size, they also migrate in the direction of 
water or wind flow. This is known as bar or dunemi- 
gration. Suspended load or bedload material moves up 
the shallowly inclined, upwind or upcurrent (stoss) side 
and falls over the crest of the bedform to the steep, 
downwind or downcurrent (lee) side. A vertical cut 
through the bedform perpendicular to its long axis 
(from the stoss to the lee side) show a sequence of 
inclined beds of sediment, called cross-beds, that are 
the preserved leeward faces of the bedform. In an out- 
crop, these cross-beds can often be seen stacked one 
atop another; some may be oriented in opposing direc- 
tions, indicating a change in current or wind direction. 


When a current or wave passes over sand or silt in 
shallow water, it forms ripples on the bottom. Ripples 
are small scale versions of dunes or bars. Rows of 
ripples form perpendicular to the flow direction of 
the water. When formed by a current, ripples are 
asymmetrical in cross-section and move downstream 
by erosion of sediment from the stoss side of the ripple, 
and deposition on the lee side. Wave-formed ripples 
on the ocean floor have a more symmetrical profile, 
because waves move sediments back and forth, not 
just in one direction. In an outcrop, ripples appear as 
very small cross-beds, known as cross-laminations, or 
simply as undulating bedding planes. 


When water is trapped in a muddy pool that 
slowly dries, the slow sedimentation of the clay par- 
ticles forms a mud layer on the bottom of the pool. As 
the last of the water evaporates, the moist clay begins 
to dry up and crack, producing mud cracks as well as 
variably shaped mud chips known as mud crack poly- 
gons. Interpreting the character of any of the sedimen- 
tary structures discussed above (for example, ripples) 
would primarily provide information concerning the 
nature of the medium of transport. Mud cracks, pre- 
served on the surface of a bed, give some idea of the 
nature of the depositional environment, specifically 
that it experienced alternating periods of wet and dry. 


The fate of sediments 


All clastic and organic sediments suffer one of two 
fates. Either they accumulate in a depositional environ- 
ment, become buried, and are lithified (turned to rock 
by compaction and cementation) to produce sedimen- 
tary rock, or they are re-exposed by erosion after bur- 
ial, but before lithification, and go through one or more 
new cycles of weathering-erosion-transport-deposition- 
burial. 


Chemical sediments, while still in solution, can 
instead follow a number of different paths, known as 
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KEY TERMS 


Bedload—The portion of sediment that is trans- 
ported by rolling, skipping, and hopping along the 
stream bed at any given time because it is too heavy 
to be lifted by flowing stream water. It stands in 
contrast to suspended load. 


Bedrock—The unweathered or partially weathered 
solid rock layer, which is exposed at Earth’s surface 
or covered by a thin mantle of soil or sediment. 


Clay—tThe finest of sediment particles, less than 
1/256 of a millimeter in diameter. 


Delta—A landform that develops where a stream 
deposits sediment at the edge of a standing body of 
water (lake or sea). 


Floodplain—tThe flat, low-lying area adjacent to a 
river or stream that becomes covered with water 
during flooding; flood waters deposit sand, silt and 
clay on this surface. 


Geochemical cycle—A number of interrelated envi- 
ronments or settings through which a chemical can 
move as a result of changes in state or incorporation 
into different compounds. 


geochemical cycles. These pathways include ending up 
as: chemical sedimentary rocks, cement in clastic 
rocks, parts of living organisms, gases in the atmos- 
phere, ice at the poles, or water in underground reser- 
voirs. Dissolved minerals may remain in these settings 
for millions of years or quickly move on to another 
stage in the cycle. 


Whether clastic, chemical, or organic, all sedi- 
ments are part of what is called the rock cycle, an 
endless series of interrelated processes and products 
that includes all Earth materials. 


Environmental impacts of sedimentation 


Erosion, weathering, and sedimentation constantly 
work together to reshape Earth’s surface. These are nat- 
ural processes that sometimes require humans to adapt 
and adjust to changes in the environment. However, 
human activity can increase sedimentation rates, leading 
to significant increases in the frequency and severity of 
certain natural disasters. For example, disturbance by 
construction and related land development is sometimes 
a contributing factor in the mudflows and landslides 
that occur in parts of California. The resulting damage 
can be costly both in terms of money and lives. 
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Grain size—The size of a particle of sediment, rang- 
ing from clay to boulders; smaller size sediment is 
called fine grained, larger sediment is coarse grained. 


Mass wasting—Movement of large masses of sedi- 
ment primarily in response to the force of gravity. 


Outcrop—A natural exposure of rock at Earth’s surface. 


Pebbles—Coarse particles of sediment larger than 
sand (2 mm) and smaller than boulders (256 mm). 


Sand—Sediment particles smaller than pebbles and 
larger than silt, ranging in size from 1/16 of a milli- 
meter to 2 millimeters. 


Sediment—Soil and rock particles that wash off land 
surfaces and flow with water and gravity toward the 
sea. On the sea floor, sediment can build up into 
thick layers. When it compresses under its weight, 
sedimentary rock is formed. 


Sedimentation—The process by which sediment is 
removed from one place, and transported to another, 
where it accumulates. 


Silt—Soil particles derived mainly from sedimentary 
materials that range between 0.0002 to 0.05 mm in size. 


It is estimated that the world’s rivers carry as much 
as 24 million tons of sediment to the ocean each year. 
About two-thirds of this may be directly related to 
human activity, which greatly accelerates the natural 
rate of erosion. This causes rapid loss of fertile topsoil, 
which leads to decreased crop productivity. 


Increased sedimentation also causes increased size 
and frequency of flooding. As stream channels are 
filled in, the capacity of the channel decreases. As a 
result, streams flood more rapidly during a rainstorm, 
as well as more often, and they drain less quickly after 
flooding. Likewise, sedimentation can become a major 
problem on dammed rivers. Sediment accumulates in 
the lake created by the dam rather than moving farther 
downstream and accumulating in a delta. Over time, 
trapped sediment reduces the size of the lake and the 
useful life of the dam. In areas that are forested, lakes 
formed by dams are not as susceptible to this problem. 
Sedimentation is not as great due to interception of 
rainfall by the trees and underbrush. 


Vegetative cover also prevents soil from washing into 
streams by holding the soil in place. Without vegetation, 
erosion rates can increase significantly. Human activity 
that disturbs the natural landscape and increases sedi- 
ment loads to streams also disturbs aquatic ecosystems. 
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Sedimentary environment 


Many state and local governments are now devel- 
oping regulations concerning erosion and sedimentation 
resulting from private and commercial development. 
Only by implementing such measures can we hope to 
curb these and other destructive side effects, thereby 
preserving the environment as well as our quality of life. 


See also Deposit. 
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l Sedimentary environment 


A sedimentary, or depositional, environment is an 
area on Earth’s surface, such as a lake or stream, where 
large volumes of sediment accumulate. All environ- 
ments of deposition belong to one of three settings: 
terrestrial, coastal (or marginal marine), and marine. 
Subenvironments, each with their own characteristic 
environmental factors and sedimentary deposits, make 
up a sedimentary environment. For example, streams 
consist of channel, sand bar, levee, and floodplain sub- 
environments, among others. 


Sedimentary environments display great complex- 
ity and almost infinite variety. Variations in environ- 
mental factors such as climate, latitude, surface 
topography, subsurface geology, and sediment supply 
help determine the characteristics of a particular sedi- 
mentary environment, and the resulting sedimentary 
deposits. This entry deals only with typical examples 
of common environments, with greatly simplified 
descriptions. 


Terrestrial environments 


Water, wind, and ice erode, transport, and deposit 
terrigenous sediments on land. Geologists recognize 
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five common terrestrial sedimentary environments: 
stream, lake, desert, glacial, and volcanic. 


Streams are the most widespread terrestrial sedi- 
mentary environment. Because they dominate land- 
scapes in both humid and arid climates, stream valleys 
are the most common landform on Earth. Streams nat- 
urally meander and coarse-grained sediments accumu- 
late along the inside of meanders where water velocity 
decreases, forming sand and gravel bars. When flood- 
water overflows a stream’s banks, fine-grained sediment 
accumulates on the land surface, or floodplain, adjacent 
to the channel. Coarser sediment collects on the channel 
banks during floods, forming a narrow deposit called a 
levee. Sorting, rounding, and sediment load generally 
increase downstream. 


Where a stream rapidly changes from a high to 
low slope on land, for example at the base of a moun- 
tain, gravel, sand, silt, and clay form a sediment pile 
called an alluvial fan. Where a stream flows into stand- 
ing water its sediments produce a deposit called a 
delta. Deltas are usually finer grained than alluvial 
fans. In both alluvial fans and deltas, grain size rapidly 
decreases downslope. 


Most lakes form from water contributed by one or 
more streams as well as precipitation directly into the 
lake. As it arrives at a lake, stream velocity drops very 
rapidly, depositing the coarsest sediment at the lake- 
shore and forming a delta. Farther from shore, as the 
water continues to lose velocity, finer and finer grained 
sediment falls to the lake bottom. Only in the deepest 
part of the lake is water movement slow enough to 
permit the finest grained sediment to accumulate. This 
produces thin layers of clay. Hence, grain size gener- 
ally decreases from the lakeshore to its center. 


Deserts develop where rainfall is too sparse to sup- 
port abundant plants. Contrary to popular belief, most 
deserts are not vast seas of sand. Instead, they consist 
mostly of a mixture of gravel and sand. However, the 
sand may be eroded away, or deflated, by the wind 
leaving behind a layer of gravel called a desert pave- 
ment, or reg. The deflated sand is later heaped into piles 
downwind, producing dunes. Despite the prevalence of 
regs and dunes in deserts, water is nonetheless the most 
important agent of erosion. Alluvial fans are common 
at the base of mountains. Dry lake beds, or playas, and 
salt deposits, or sabkhas, resulting from lake evapora- 
tion, commonly occupy the adjacent valley floor. 


Where snowfall exceeds snowmelt and snow per- 
sists from year to year, ice accumulation can eventually 
form a glacier. Alpine glaciers occur throughout the 
world on mountains at high elevations. Modern con- 
tinental glaciers now cover Antarctica and Greenland. 
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From around two million years ago to about ten thou- 
sand years ago—the Pleistocene epoch, or Ice Age— 
glaciers deposited sediments over large areas at mid- to 
high-latitudes. These glacial ice deposits, called till, are 
characterized by a wide range of sediment sizes (geolo- 
gists refer to sediment comprised of a wide range of 
particle sizes as being poorly sorted). They generally 
are thick, widespread sheets or narrow, sinuous ridges. 
Ice meltwater forms thick, well-sorted, and widespread 
layers of sediment called stratified drift. 


Though volcanism involves igneous processes, 
many terrestrial volcanic deposits are sedimentary in 
origin. These volcaniclastic, or pyroclastic, sediments 
form when ash, cinders, and larger volcanic materials 
fall to the ground during eruptions. Running water 
often modifies volcaniclastic sediments after deposi- 
tion. They also may move downhill as a mudflow, or 
lahar, when saturated with water. Generally, volcani- 
clastic sediments form thin lobe-shaped deposits and 
widespread sheets, which thicken toward the volcanic 
source. 


Coastal environments 


Where the land meets the sea, interplay between 
terrestrial and marine processes causes sedimentary 
environments to be complicated. In areas where wave 
energy is low and the tidal range (the difference between 
high tide and low tide) is also low, terrestrial processes 
usually dominate. For example, sediments flowing into 
the sea from a river will form a well-developed triangular 
shaped deposit known as a delta. If wave energy is high 
and tidal range low, the river’s sediments will be 
reworked into a beach or barrier island. However, if 
tidal range is high, tidal currents flood the river mouth 
daily, forming a drowned river mouth, or estuary, with 
scattered sand bars. 


In coastal areas far from rivers, the nature of the 
coast changes rapidly. The balance between tidal and 
wave processes influences coastal character. The higher 
the tidal range, the more important tidal processes 
become. In wave-dominated areas, currents flowing 
parallel to the shoreline move sand along the coast, 
producing barrier islands and beaches for long 
stretches. If a barrier island protects the coast, chan- 
nels, or tidal inlets, pass between the islands and allow 
tidal currents to flow from the open ocean into the bay 
behind the island. Landward from the bay, a tidal 
marsh will occur. When high tide approaches and 
tidal currents flow landward, the marsh will be flooded. 
As the water level drops toward low tide, tidal currents 
flow seaward, exposing the marsh to the elements. If no 
barrier island is present, coasts are simple with only a 
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few river mouths and coastal marshes to break the 
monotony of long stretches of beach. 


Where tidal range is high, strong tidal currents 
dominate coastal processes. Tidal sand flats occur 
below low tide level. These are generally covered with 
large ripples to small sand dunes. Between the low tide 
and high tide marks, ripples are abundant on a mixed 
sand and mud flat. A mud flat, backed by a tidal marsh, 
forms above the high tide mark. Landward of the low 
tide level, tidal creeks cut through the deposits as well. 


Marine environments 


Sediments may accumulate and be preserved vir- 
tually anywhere in the oceans. Consequently, marine 
sedimentary environments are numerous and wide- 
spread. Water depth also plays a major role in shaping 
these environments. For simplicity, marine environ- 
ments can be divided into two broad groups: shelf and 
deep oceanic. Shelf environments range in depth from 
low tide level to depths of 425 ft (130 m), typical for the 
outer edge of the continental shelf. 


Continental shelf environments 


The average continental shelf is about 45 mi 
(75 km) wide. Shelf sediments generally decrease in 
grain size with increasing distance from shore. This 
occurs for two reasons: (1) greater distance from sedi- 
ment sources and (2) decreasing sediment movement 
(transport) with increasing water depth. 


Shelf sediments vary significantly with latitude. 
At high latitudes, glacial ice flowing into coastal 
water generates icebergs, which transport large sedi- 
ment loads of various sizes out onto the shelf. As ice- 
bergs melt, they drop their load. These glaciomarine 
sediments are generally less sorted and coarser grained 
than lower latitude deposits. In fact, boulders known 
as dropstones occur on the sea floor in deep water, 
hundreds of miles from shore. 


Rivers deliver most of the sediments to mid-latitude 
shelves. Therefore, grain size routinely decreases with 
distance from shore; sediment sorting also tends to be 
good. Shallow water, nearshore sediments form thick 
sand blankets with abundant ripple marks. As depth 
increases and water movement decreases, average grain 
size decreases, and sand, silt, and clay occur interbedded. 
In water depths greater than 150 to 200 ft (45-60 m), 
even storm waves do not stir the bottom; consequently, 
silts and clays predominate. Scattered sand deposits are 
also located on outer shelf margins. During periods of 
lower sea level, rivers flowing across what is now the 
inner shelf deposited these so-called relict sediments. 
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Sedimentary environment 


At low latitudes, bottom-dwelling plants and ani- 
mals secrete large volumes of calcium carbonate, pro- 
ducing thick blankets of carbonate sediment. Perhaps 
the best known carbonate environment is the coral 
reef. Corals produce a rigid framework of carbonate 
rock (limestone), which is also a major source of sedi- 
ment of various grain sizes. Where stream input is 
great, terrigenous sediments discourage habitation by 
carbonate-producing organisms and dilute any carbo- 
nate sediment that is produced. 


Deep oceanic environments 


Seaward of the continental shelves, continental 
slopes incline more steeply, so relict and modern sedi- 
ments form deposits called deep-sea fans. These are 
similar to alluvial fans, but generally consist of sand- 
to clay-sized particles with little or no gravel. Deep-sea 
fans form the continental rise, a continuous apron of 
sediment at the base of the continental slope. 


Even farther from land, the monotonous abyssal 
plains begin. Here mostly clay-sized sediment forms 
sheets up to 0.6 mi (1 km) thick. These deposits, com- 
posed of sediments that settle through the water column 
from shallow depths, thin to a feather edge at the oceanic 
ridges where new sea floor forms. Abyssal sediments are 
generally a mixture of three grain types: carbonate muds 
and siliceous muds of biogenic (organic) origin, and red 
clays of terrigenous origin. Carbonate-rich muds gener- 
ally accumulate in water depths of less than 2 to 2.5 mi 
(3-4 km); at deeper depths, colder water and higher 
pressures combine to dissolve the carbonate. Siliceous 
muds occur where abundant nutrients in surface waters 
support high rates of biogenic silica (SiO) production. 
Red clays, transported from the land by winds and 
stream flow, predominate where quantities of carbonate 
and siliceous muds are insufficient to dilute these fine- 
grained terrigenous deposits. 


Interpreting the sedimentary record 


Geologists associate sub-environments with specific 
sediment features by observing modern sedimentary 
environments and the resulting sediments. These fea- 
tures include sediment composition, sediment texture 
(size, shape, and sorting), vertical changes in grain size, 
and various sedimentary structures such as wave and 
current ripples, desiccation cracks in mud, plant and 
animal remains, and bedding thickness. The assortment 
of sediment features that is typical of a particular sub- 
environment is called a sedimentary facies. 


Geologists compile characteristic facies from each 
sedimentary environment to produce a facies model. 
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KEY TERMS 


Biogenic sediment—Sediment produced by, or 
from the skeletal remains of, an organism. 


Grain size—The size of a sediment particle; for 
example, gravel (greater than 2mm), sand (2mm- 
1/16 mm), silt (1/16 mm-1/256 mm) and clay (less 
than 1/256 mm). 


Sediment load—The amount of sediment trans- 
ported by wind, water, or ice. 


Sorting—tThe range of grain sizes present in a sedi- 
ment deposit; a sediment with a narrow range of 
grain sizes is said to be well sorted. 


Terrigenous sediment—Sediment eroded from a 
terrestrial source. 


A facies model may be a complicated diagram (some- 
times developed using three dimensional computer 
graphics software), a table of information, or simply 
a detailed verbal description. It indicates which sedi- 
mentary features characterize a particular environ- 
ment, and the lateral and vertical distribution of 
facies within sedimentary deposits. 


Geologists use facies models for paleoenviron- 
mental reconstruction, which is the practice of deduc- 
ing the environment where sediments or sedimentary 
rocks originate. This is useful for predicting the distri- 
bution of economically important earth materials, 
such as gold, tin, coal, oil, or gas, in a sedimentary 
deposit. When doing paleoenvironmental reconstruc- 
tions, geologists look for sources of variation in envi- 
ronmental conditions. For example, rising sea level or 
a decreasing sediment supply influence the sediment 
deposit formed, so facies models are altered accord- 
ingly. Geologists constantly work on refining facies 
models to improve the accuracy of paleoenvironmen- 
tal reconstructions. 
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I Sedimentary rock 


Sedimentary rocks form at or near Earth’s surface 
from the weathered remains of pre-existing rocks or 
organic debris. The term sedimentary rock applies 
both to consolidated, or lithified sediments (bound 
together, or cemented) and unconsolidated sediments 
(loose, like sand). Although there is some overlap, 
most sedimentary rocks belong to one of the following 
groups: clastic, chemical, or organic. 


Mechanical weathering disintegrates rocks whereas 
chemical weathering dissolves and decomposes rocks. 
Weathering of igneous, metamorphic, and sedimentary 
rocks produces rock fragments, or clastic sediments, and 
mineral-rich water, or mineral solutions. After transport 
and deposition of sediments by wind, water, or ice, 
compaction occurs as a consequence of the weight of 
overlying sediments. Finally, minerals from mineral-rich 
solutions may crystallize, or precipitate, between the 
grains and act as cement. If so, cementation of the sedi- 
ments forms a rock. Clastic rocks are classified based on 
their grain size. The most common clastic sedimentary 
rocks are shale (grains less than 1/256 mm in diameter), 
siltstone (1/256 mm-1/16 mm), sandstone (1/16 mm- 
2 mm), and conglomerate (greater than 2 mm). 


Chemical or crystalline sedimentary rocks form 
from mineral solutions. Under the right conditions, 
minerals precipitate out of mineral-rich water to form 
layers of one or more minerals, or chemical sediments. 
For example, suppose ocean water is evaporating from 
an enclosed area, such as a bay, faster than water is 
flowing in from the open ocean. Salt deposits will form 
on the bottom of the bay as the concentration of dis- 
solved minerals in the bay water increases. This is 
similar to putting salt water into a glass and letting 
the water evaporate; a layer of interlocking salt crystals 
will precipitate on the bottom of the glass. Due to their 
interlocking crystals, chemical sediments always form 
consolidated sedimentary rocks. Chemical rocks are 
classified based on their mineral composition. Rock 
salt (composed of the mineral halite, or table salt), 
rock gypsum (composed of gypsum), and crystalline 
limestone (composed of calcite) are common chemical 
sedimentary rocks. 


Organic sedimentary rocks form from organically 
derived sediments. These organic sediments come 
from either animals or plants and usually consist of 
body parts. For example, many limestones are com- 
posed of abundant marine fossils so these limestones 
are of organic rather than chemical origin. Coal is an 
organic rock composed of the remains of plants depos- 
ited in coastal swamps. The sediments in some organic 
rocks (for example, fossiliferous limestone) undergo 
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A sample of limestone. (Andrew J. Matinez. Photo Researchers, 
Inc.) 


cementation; other sediments may only be compacted 
together (for example, coal). Geologists classify organic 
rocks by their composition. 


Sedimentary rocks reveal an intriguing story but 
only to readers who recognize and correctly interpret 
the available clues. The origin (clastic, chemical, or 
organic) and composition of a sedimentary rock provide 
geologists with many insights into the environment 
where it was deposited. Geologists use this information 
to interpret the geologic history of an area, and to search 
for economically important rocks and minerals. 


See also Deposit; Sediment and sedimentation. 


Sedimentary structures see Sediment and 
sedimentation 


| Seed ferns 


The seed ferns are an extinct group of plants 
known technically as the Pteridospermales. As indi- 
cated by their name, the seed ferns had leaves which 
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Seeds 


were fernlike in appearance, and they reproduced by 
making seeds. Some seed ferns resembled tree ferns 
(family Cyatheaceae), a still-living group of tropical 
plants which are treelike in appearance but which 
reproduce by making spores. The seed ferns, however, 
were more prostrate in stature. 


The seed ferns originated during the middle 
Devonian period, about 380 million years ago. They 
were dominant plants from the late Devonian to the 
Permian period, about 300 million years ago, but 
became extinct shortly thereafter. 


Although seed ferns resembled the true ferns 
(order Polypodiates), there are two major differences 
between them. First, seed ferns reproduced by making 
seeds, whereas ferns reproduce by making spores. 
Second, the stem of seed ferns increased in girth 
through the life of the plant, due to cell division in a 
specialized outer cell layer in the stem known as the 
cambium. The cambium of seed ferns produced sec- 
ondary xylem and phloem—cells specialized for water 
and food transport—much as the cambium of vascu- 
lar seed plants do today. 


Many botanists believe that seed ferns or a close 
relative were the first plants to reproduce by making 
seeds. The development of reproduction by seeds was 
an important evolutionary advance, because it meant 
that plants no longer had to rely on water as a dis- 
persal agent for their sperm cells. Therefore, seed pro- 
duction enabled the seed ferns and their descendants 
to colonize relatively drier kinds of terrestrial habitats. 
The modern seed-producing plants are the evolution- 
ary descendants of the seed ferns, and are the domi- 
nant plants in nearly all terrestrial ecosystems today. 


The seed ferns did not have flowers, so they could 
be considered primitive gymnosperms. However, the 
seeds of seed ferns developed on fertile leaves, which 
were very similar to their sterile leaves, which lacked 
seeds. In this respect, the seed ferns were very different 
from modern gymnosperms, such as conifers and 
cycads, which bear their seeds in cones, which are 
highly specialized reproductive structures. 


The stems and vascular systems of seed ferns had 
certain ultrastructural features similar to those of 
cycads, a small group of gymnosperms currently found 
in tropical and subtropical regions. In addition, the 
ultrastructure of the seed of seed ferns was similar to 
that of cycads. Thus, many botanists believe that the 
cycads are direct descendants of the seed ferns. 


See also Plant breeding. 


Peter A. Ensminger 
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l Seeds 


Seeds are the products of the sexual reproduction 
of plants, and for this reason the genetic information 
of seeds is influenced by both of the parents. Sexual 
reproduction is important for two reasons. The first 
involves the prevention of the loss of potentially 
important genetic information, a process that occurs 
when non-sexual means of propagation are prevalent. 
The other benefit of sexual reproduction is associated 
with the provision of new genetic combinations upon 
which natural selection acts, so that species continue 
to evolve populations that are favorably adapted to a 
dynamically changing environment. 


Plants have evolved various mechanisms for the 
dissemination of their seeds, so that new plants can be 
established at some distance from their parent. The 
dispersal of seeds is important in expanding the range 
of plant species, especially if species are to take 
advantage of habitat opportunities that may be cre- 
ated by disturbances and other ecological processes. 


The seeds of some plant species are important to 
humans, as sources of food, while other seeds are 
important as raw materials for the manufacture of 
industrial chemicals, and other products. 


Biology of seeds 


Seeds develop from the fertilized ovules of female 
(pistillate) floral parts, following fertilization by pol- 
len released from the male (staminate) floral parts. If 
ovules and pollen come from different individual 
plants, then the genetic makeup of the seed represents 
a mixture of the two parent plants, and sexual repro- 
duction is said to have occurred. 


In some plant species (known as monoecious 
plants), pollen from a plant may fertilize its own ovules, 
a phenomenon that is known as self-pollination. This 
can occur when flowers contain both pistillate and 
staminate organs (these are known as “perfect” flowers). 
Self-fertilization can also occur when the same flowers 
on the same plant are either male or female. Although 
self-pollination results in genetic mixing, the degree of 
mixing is much less than in true, sexual reproduction. If 
self-fertilization occurs frequently, the eventual result is 
a loss of genetic variation through inbreeding, which 
may have deleterious consequences on the evolutionary 
fitness of the plant. 


Most plant species avoid self-pollination, and 
encourage cross-pollination among genetically differ- 
ent individuals of the species. One such adaptation 
involves individual plants that produce only male 
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The feathery parachutes of dandelion seeds (Taraxacum 
officinale) are the result of agamospermy. (© Robert Pickett/ 
Corbis.) 


flowers or only female flowers (these are known as 
dioecious plants). In addition, many plant species 
have pollination systems that encourage out-crossing, 
such as pollination by the wind. Other plants are 
pollinated by insects or birds that carry the pollen to 
the receptive stigmatic surfaces of other plants of the 
same species. The benefit of out-crossing is to reap the 
evolutionary benefits of sexual reproduction by pro- 
ducing genetically diverse seeds. 


A seed is more than just a fertilized ovule; it also 
contains the embryonic tissues of the adult plant, 
including a rudimentary root, shoot, and leaves. 
These structures are surrounded by tissues containing 
starch and/or oil that are intended to provide nourish- 
ment for germination and the early growth of the 
seedling. The walls of the ovule develop into a hard 
seed coat, intended to provide protection for the ten- 
der, internal tissues. 


The above description gives an idea of the basic, 
anatomical structure of seeds. However, the actual 
proportion of the various tissues in the seed varies 
according to species. Orchids (family Orchidaceae), 
for example, have tiny, dust like seeds that consist of 
little more than core embryonic tissues, with very little 
in the way of energy reserves. In contrast, the gigantic 
seeds of the Seychelles Islands coconut (Lodoicea mal- 
divica) can weigh more than 11.5 lb (25 kg), most of 
which is nutritional reserve surrounded by fibrous, 
protective husk. 


The seeds of many plant species are dispersed as 
individual units throughout the environment, while 
those of other species are encased as groups of seeds 
inside of fruits of various sorts. These fruits are usually 
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intended for ingestion by animals, which then disperse 
the seeds widely (see below). 


Dissemination of seeds 


A plant seed is a unique genetic entity, a biological 
individual. However, a seed is in a diapause state, an 
essentially dormant condition, awaiting the ecological 
conditions that will allow it to grow into an adult plant, 
and produce its own seeds. Seeds must therefore ger- 
minate in a safe place, and then establish themselves as 
a young seedling, develop into a juvenile plant, and 
finally become a sexually mature adult that can pass 
its genetic material on to the next generation. The 
chances of a seed developing are generally enhanced if 
there is a mechanism for dispersing to an appropriate 
habitat some distance from the parent plant. 


The reason for dispersal is that closely related organ- 
isms have similar ecological requirements. Consequently, 
the competitive stress that related organisms exert on 
each other is relatively intense. In most cases, the imme- 
diate proximity of a well-established, mature individual 
of the same species presents difficult environment for the 
germination, establishment, and growth to maturity of a 
seed. Obviously, competition with the parent plant will 
be greatly reduced if its seeds have a mechanism to dis- 
perse some distance away. 


However, there are some important exceptions to 
this general rule. For example, the adults of annual 
species of plants die at the end of their breeding sea- 
son, and in such cases the parent plants do not com- 
pete with their seeds. Nevertheless, many annuals have 
seeds that are dispensed widely. Annual plants do well 
in very recently disturbed, but fertile habitats, and 
many have seeds with great dispersal powers. Annual 
species of plants are generally very poor competitors 
with the longer-lived plant species that come to dom- 
inate the site through the ecological process of succes- 
sion. As a result, the annuals are quickly eliminated 
from the new sites, and for this reason the annual 
species must have seeds with great dispersal capabil- 
ities, so that recently disturbed sites elsewhere can be 
discovered and colonized, and regional populations of 
the species can be perpetuated. 


Plants have evolved various mechanisms that dis- 
perse their seeds effectively. Many species of plants have 
seeds with anatomical structures that make them very 
buoyant, so they can be dispersed over great distances 
by the winds. Several well-known examples of this sort 
are the fluffy seeds of the familiar dandelion (Taraxacum 
officinale) and fireweed (Epilobium augustifolium). The 
dandelion is a weed species, and it continuously colo- 
nizes recently disturbed habitats, before the mature 
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plants are eliminated from their rapidly-maturing hab- 
itats. Favorable disturbances for weed species such as 
dandelions are often associated with human activities, 
such as the demolition of old buildings, the development 
of new lawns, or the abandonment of farmland. In the 
case of the fireweed, it is recently burned forests or clear- 
cuts that are colonized by aerially-dispersed seeds. The 
adult plants of the dandelion and fireweed produce 
enormous numbers of seeds during their lifetime, but 
this is necessary to ensure to that a few of these seeds will 
manage to find a suitable habitat during the extremely 
risky, dispersal phase of the life cycles of these and other 
aerially dispersed species. 


The seeds of maple trees (Acer spp.) are aerially 
dispersed, and have a one-sided wing that causes them 
to swirl propeller like after they detach from the parent 
tree. This allows even light breezes to carry the maple 
seeds some distance from their parent before they hit 
the ground. 


Some plants have developed an interesting method 
of dispersal, known as “tumbleweeding.” These plants 
are generally annual species, and they grow into a 
roughly spherical shape. After the seeds are ripe, the 
mature plant detaches from the ground surface, and is 
then blown about by the wind, shedding its seeds 
widely as it tumbles along. 


The seeds of many other species of plants are dis- 
persed by animals. Some seeds have structures that 
allow them to attach to the fur or feathers of passing 
animals, who then carry the seeds some distance away 
from the parent plant before they are deposited to the 
ground. Familiar examples of this sticking sort of seed 
are those of the beggar-ticks (Bidens frondose) and the 
burdock (Arctium minus). The spherical fruits of the 
burdock have numerous hairs with tiny hooked tips 
that stick to fur (and to clothing, and were the bota- 
nical model from which the inspiration for velcro, a 
fastening material, was derived. 


Another mechanism by which seeds are dispersed by 
animals involves their encasement in a fleshy, edible fruit. 
Such fruits are often brightly colored, have pleasant 
odors, and are nutritious and attractive to herbivorous 
animals. These animals eat the fruit, seeds and all. After 
some time, the animal defecates, and the seeds are effec- 
tively dispersed some distance from the parent plant. The 
seeds of many plants with this sort of animal-dispersal 
strategy actually require passage through the gut of an 
animal before they will germinate, a characteristic that is 
referred to as scarification. Some familiar examples of 
species that develop animal-dispersed fruits include the 
cherries (Prunus spp.), tomato (Lycopersicon esculen- 
tum), and watermelon (Citrullus vulgaris). 
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After seeds have been dispersed into the environ- 
ment, they may remain in a dormant state for some 
time, until appropriate cues are sensed for germination 
and seedling establishment. Especially in forests, there 
can be a large reservoir of viable but dormant seeds, 
known as a “seed bank,” within the surface organic 
layer of the soil. The most prominent species in the 
seed bank are often particularly abundant as adult 
plants during the earlier stages of forest succession, 
that is, following disturbance of the stand by a wild- 
fire, windstorm, or clear-cut. These early-successional 
species cannot survive as adult plants during the ear- 
lier stages of forest succession, that is, following dis- 
turbance of the stand by a wildfire, windstorm, or 
clear-cut. These early-successional species cannot sur- 
vive as adult plants beneath a mature forest canopy, 
but in many cases they can continue to exist in the 
forest as living but dormant seeds in the surface 
organic layer, often in great abundance. Species that 
commonly exhibit this strategy of a persistent seed 
bank include the cherries (Prunus spp.), blackberries, 
and raspberries (Rubus spp.). 


Uses of seeds 


The seeds of some species of plants are extremely 
important for human welfare. In some cases, this is 
because the seeds (or the fruits that contain them) are 
used as a source of food, but there are some other 
important uses of seeds as well. 


Seeds as food 


There are numerous examples of the use of seeds 
as food for humans. The seeds may be eaten directly, 
or used to manufacture flour, starch, oil, alcohol, or 
some other edible products. The seeds of certain agri- 
cultural grasses are especially important foodstuffs, 
for example, those of wheat (Triticum aestivum), rice 
(Oyza sativa), maize (Zea mays), sorghum (Sorghum 
bicolor), and barley (Hordeum vulgare). Other edible 
seeds include those of the legumes, the second-most 
important family of plants after the grasses, in terms of 
providing foods for human consumption. Examples of 
legumes whose seeds are eaten by people include the 
peanut (Arachis hypogaea), soybean (Glycine max), 
lentil (Lens esculenta), common pea (Pisum sativum), 
and common bean (P. vulgaris). Other edible seeds 
include those of the coconut (Cocos nucifera), walnut 
(Juglans regia), pecan (Carya illinoensis), and sun- 
flower (Helianthus annua). 


Many other seeds are eaten with their fruits, 
although it is generally the encasing fruit walls that are 
the sought-after source of nutrition. A few examples of 
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KEY TERMS 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Dispersal—Here, this referring to the spreading of 
propagules outward from their point of origin, as 
when seeds disperse away from their parent plant, 
using wind or an animal vector. 


Germination—The beginning of growth of a seed. 


Monoecious—Referring to cases in which individ- 
ual plants are bisexual, having both staminate and 
pistillate floral parts. 


Perfect flowers—Referring to cases in which indi- 
vidual flowers are bisexual, having both staminate 
and pistillate organs. 


Pollination—The transfer of pollen from its point of 
origin (that is, the anther of the stamen) to the 
receptive surface of the pistil (i.e., the stigma) of 
the same species. 


Scarification—The mechanical or chemical abra- 
sion of a hard seedcoat in order to stimulate or 
allow germination to occur. 


Seed bank—The population of viable seeds that 
occurs in the surface organic layer and soil of an 
ecosystem, especially in forests. 


Succession—A process of ecological change, 
involving the progressive replacement of earlier 
communities with others over time, and generally 
beginning with the disturbance of a previous type 
of ecosystem. 


edible fruits include those of the pumpkin or squash 
(Cucurbita pepo), bell pepper (Capsicum anuum), apple 
(Malus pumila), sweet cherry (Prunus avium), straw- 
berry (Fragaria vesca), raspberry (Rubus idaeus), and 
sweet orange (Citrus sinensis). 


Other uses of seeds 


The seeds of some plants have other uses, includ- 
ing serving as resources for the manufacturing of 
industrial chemicals, such as grain alcohol (ethanol), 
derived from a fermentation of the seeds of corn, 
wheat, or some other plants. The seeds of some plants 
are used as attractive decorations, as is the case of the 
Job’s tears (Coix lachryma-jobi), a grass that produces 
large, white, shiny seeds that are used to make attrac- 
tive necklaces and other decorations, often dyed in 
various attractive colors. 
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[ Segmented worms 


Segmented worms (phylum Annelida) are so named 
because of their elongated, more or less cylindrical bodies 
divided by grooves into a series of ring like segments. 
Typically, the external grooves correspond to internal 
partitions called septa, which divide the internal body 
space into a series of compartments. Perhaps the most 
familiar examples of segmented worms are the common 
earthworms or night crawlers, and the freshwater leeches. 
Actually, the more numerous and typical members of the 
phylum are marine, crawling or hiding under rocks, or 
living in burrows, in tubes, or in the sediment. There are 
approximately 9,000 living species of annelids, placed in 
seven major classes: the Polychaeta (mostly marine), the 
Oligochaeta (mostly terrestrial), and the Hirudinea 
(mostly freshwater), Myzostomaria (mostly parasites), 
Archiannelida (mostly microscopic), Pogonophora 
(which include ocean vent tube worms) and Echiura 
(also called spoon worms). The classes with the most 
species are the polychates, the oligochaetes and the 
hurudinates. 


Polychaetes are either “errant”—moving and feed- 
ing actively, or “sedentary”—with a passive lifestyle. 
The basic body plan of an errant form is illustrated by 
the sandworm Nereis. The anterior end of Nereis is 
specialized to form a “head,” possessing two pairs of 
eyes and several pairs of sensory appendages. The 
remainder of the body consists of a large number (100 
or more) of similar segments, each with a pair of distinct 
lateral appendages called parapodia. The parapodium is 
muscular, highly mobile, and divided into two lobes, an 
upper, or dorsal, “notopodium,” and a lower, or ventral 
“neuropodium.” Each lobe bears a bundle of bristles, or 
setae. The setae, made of a substance called chitin, are 
used in crawling or in swimming. Nereis is a carnivore. 
Its food consists of small live organisms, or fragments of 
dead organisms, which it grasps by means of a pair of 
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powerful jaws located at the tip of an eversible muscular 
pharynx. The food is ground up and digested as it passes 
through successive parts of the straight, tubular gut. The 
undigested residue is discarded through the anus located 
at the posterior end. 


Most other body systems are arranged on a “seg- 
mented body plan,” which means that structures per- 
forming a particular body function are repeated in each 
segment. Thus, for excretion each segment contains a 
pair of coiled, ciliated tubes called nephridia. At one end 
the nephridial tube opens into the spacious cavity (called 
coelom) between the body wall and the gut; at the other 
end it opens to the outside. There is a well developed 
circulatory system. The blood, which is red in color due 
to the presence of hemoglobin, circulates in blood ves- 
sels. Gas exchange occurs between blood and sea water 
across the thin, leaf like lobes of the parapodia. 


Each body segment also has a pair of nerve ganglia 
and three or four pairs of nerves for receiving sensory 
input and coordinating muscular activity. Ganglia in 
successive segments are connected by means of a pair 
of longitudinal nerve cords, so that nerve impulses can 
be transmitted back and forth between each segment 
and the “cerebral ganglion” or “brain” located in the 
head. Sexes are separate, although no external charac- 
teristics distinguish males from females. 


There are no permanent testes or ovaries; rather, 
sperm and eggs develop from the lining of the body 
cavity during the breeding season (early spring), and 
fill the coelomic space. They are released into the sur- 
rounding water by rupture of the body wall. 
Fertilization is external. Many errant polychaetes, 
including Nereis, congregate in ocean waters in enor- 
mous numbers in order to spawn. The fertilized egg 
(zygote) develops into a ciliated, planktonic larva called 
the trochophore, which gradually transforms into a seg- 
mented juvenile. The worm grows in length by adding 
new segments at the posterior end. Even after attaining 
the adult stage, many polychaetes are able to regenerate 
body segments, especially toward the posterior end, if 
segments are lost because of attacks by predators, or if 
they break off to release gametes. Polychaetes vary in 
length from a few cm to over 1.6 ft (0.5 m). Most are 
between 5.9 to 9.9 in (15 and 25 cm) long. 


Sedentary polychaetes live in burrows which they 
excavate in sand or mud; or in tubes which they construct 
from body secretions, or sand grains, or mud, or a com- 
bination of these. Arenicola (lugworm), Chaetopterus 
(parchment worm), Clymenella (bamboo worm), and 
Sabella (fanworm) are among the well known examples 
of sedentary forms. Sedentary worms lack eyes and sen- 
sory appendages, although most of them have respiratory 
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appendages and feeding tentacles. Their parapodia 
and setae are either greatly reduced or highly special- 
ized. Sedentary polychaetes feed passively; in passive 
feeding, food particles are drawn toward the mouth by 
ciliated tentacles, or are trapped in mucus which is 
then conveyed to the mouth. 


Oligochaetes, for example the earthworm Lumbricus, 
commonly live in burrows in the soil, although a few 
genera (for example Tubifex, Stvlaria, Aeolosoma) occur 
in freshwater. Earthworms and other oligochaetes differ 
from the typical polychaete in lacking sensory appen- 
dages and parapodia; in possessing fewer setae; in being 
hermaphroditic, having permanent gonads, and requiring 
internal fertilization; in depositing eggs in small capsules 
called cocoons; and in not having a larval stage. The 
material forming the cocoon is secreted from a specialized 
area of the body called the clitellum. Like polychaetes, 
oligochaetes have well developed powers of regeneration. 
Freshwater oligochaetes are typically microscopic in size; 
earthworms commonly attain a length of 11.8 in (30 cm) 
or more. The giant earthworm of Australia (genus 
Megascolides) measures more than 9.8 ft (3 m). 


The class Hirudinea comprises leeches, which are 
mostly blood-sucking parasites of aquatic vertebrates; 
some leeches are predators. The vast majority of leeches 
live in freshwater habitats such as ponds and lakes, while 
a few are semi-terrestrial and some are marine. A leech 
has a relatively small and fixed number (30-35) of body 
segments, although its body has a large number of 
superficial groove like markings giving it the appearance 
of more extensive segmentation. With the exception of 
one small group, setae are absent. Eyes are usually 
present, but there are no sensory appendages or para- 
podia. The mouth is located in the middle of an anterior 
sucker. A posterior sucker is present at the opposite end. 
The suckers are used for attachment to the substrate 
during the characteristic looping movements, and for 
attachment to the host during feeding. Blood-sucking 
leeches secrete saliva containing an anti-coagulant. The 
stomach of the blood-sucking leech has many paired, 
sac like extensions for storing the blood. Digestion of the 
blood proceeds very slowly. A bloodsucking leech needs 
to feed only occasionally, and can go for long periods 
between meals. Predatory leeches feed on aquatic inver- 
tebrates such as snails, worms, and insect larvae. Like 
oligochaetes, leeches are hermaphroditic, and have per- 
manent gonads, internal fertilization, and a clitellum. 
The smallest leeches are only about 0.2 in (5 mm) long; 
the largest reach 17.7 in (45 cm) when fully extended. 
Among the common North American genera of fresh- 
water leeches are Glossiphonia, Haemopis, Macrobdella, 
and Placobdella. The medicinal leech, Hirudo medicina- 
lis, is native to Europe. 
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KEY TERMS 


Chitin—Polysaccharide that forms the exoskeleton 
of insects, crustaceans, and other invertebrates. 


Ganglion (pl. ganglia)—A collection of nerve cell 
bodies forming a discrete unit. 


Plankton—A collective term for organisms that live 
suspended in the water column in large bodies of 
water. 


Seta—A stiff bristle made of chitin, projecting from 
the skin, in annelids and some other invertebrates. 


Trochophore—Topshaped, microscopic, ciliated 
larva found in annelids and some other invertebrate 
groups. 


Annelids are of great ecological significance in 
marine and terrestrial habitats. Polychaetes, and espe- 
cially their larvae, constitute important links in food 
chains in the ocean. Earthworms play an important 
role in natural turning over of soil. Medicinal leeches 
have been used for bloodletting for centuries, and even 
now they are in demand as a source of the anticoagu- 
lant hirudin. Leeches are also important in scientific 
research, especially in trying to understand the com- 
plexities of the nervous system. 
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Seismic reflection see Subsurface detection 


Seismic refraction see Subsurface detection 
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l Seismograph 


A seismograph is an instrument used to detect and 
record motion at Earth’s surface occurring as a result 
of earthquakes. Such devices have a very long history 
that can be dated to the second century AD, when the 
Chinese astronomer and mathematician Chang Heng 
invented a simple seismoscope. The term seismoscope 
is reserved for instruments that detect but do not 
record movements. In Chang’s device, a metal pendu- 
lum was suspended inside a jar that held metal balls on 
its outer rim. When an earthquake occurred, the pen- 
dulum swayed back and forth causing the release of 
one or more balls into the mouths of bronze toads 
resting at the base of the jar. The number of balls 
released and the direction in which they fell told the 
magnitude and location of the earth movement. 


The modern seismograph 


Seismographs today consist of three essential 
parts. One is a seismometer, a device (like the seismo- 
scope) that detects earthquake movements. A second 
is a device for keeping time so that each movement can 
be correlated with a specific hour, minute, and second. 
The third component is some device for recording the 
movement and the time at which it occurred. The 
written record produced by a seismograph is called a 
seismogram. 


Type of seismometers 


A number of possible arrangements have been 
designed for detecting the motion of Earth’s surface in 
comparison to some immovable standard. Early seis- 
mometers, for example, extended Chang’s invention by 
measuring the amount by which a pendulum attached to 
a fixed support moved. Today, however, most seismom- 
eters can be classified as inertial or strain devices. 


In an inertial seismometer, a heavy mass is sus- 
pended by a spring from a heavy support that is 
attached to the ground. When the ground begins to 
move, that motion is taken up by the spring and the 
mass remains motionless with reference to the frame 
from which it is suspended. The relative motion of the 
frame with regard to the mass can then be detected and 
recorded. 


A strain seismometer is also known as a linear 
extensometer. It consists of two heavy objects sunk into 
the ground. When movement occurs, the two objects 
change their position relative to each other, a change 
that can be detected and recorded. Many variations in 
the extent design of this system have been designed. For 
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Seismograph 


example, a beam of light can be aimed between the two 
objects, and any movement in the ground can be 
detected by slight changes in the beam’s path. 


A common variation of the strain seismometer is 
the tiltmeter. As the name suggests, the tiltmeter meas- 
ures any variation in the horizontal orientation of the 
measuring device. Tiltmeters often make use of two 
liquid surfaces as the measuring instrument. When an 
earth movement occurs, the two surfaces will be dis- 
placed from each other by some amount. The amount 
of displacement, then, is an indication of the magni- 
tude of the earth movement. 


Recording systems 


One of the simplest approaches to the recording of 
earth movements is simply to attach a pen to the mov- 
ing element in a seismometer. The pen is then sus- 
pended over a rotating drum to which is attached a 
continuous sheet of graph paper. As the drum rotates 
at a constant speed, the pen draws a line on the graph 
paper. If no movement occurs, the line is nearly 
straight. Earth movements that do occur are traced as 
sharp upward and downward markings on the graph. 
Because the rate at which the drum rotates is known, 
the exact timing of earth movements can be known. 


In some kinds of recording devices, the moving 
pen is replaced by a beam of light. Earth movements 
can then be recorded photographically as the beam of 
light travels over a moving photographic film. This 
type of device has the advantage that friction between 
pen and rotating graph paper is eliminated. 


Some modern seismographs incorporate digital 
recorders or dataloggers that record and store move- 
ments at regular intervals. Digital seismograms can be 
displayed on a computer screen or printed on paper, 
and are convenient for mathematical analysis. 


Practical considerations 


Seismographs must be designed in light of the fact 
that small-scale earth movements are constantly tak- 
ing place. The seismogram produced by a simple seis- 
mograph sitting on a laboratory table, for example, 
would show not a straight line but a wiggly line result- 
ing from both microearthquakes and other vibrations, 
both of which are generally considered to be back- 
ground noise. 


Two methods are commonly used to eliminate back- 
ground noise. The first is to sink the supports for the 
seismograph as deeply into bedrock as possible. When 
this is done, movements in the more unstable parts 
of Earth’s upper layers can be eliminated. A second 
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KEY TERMS 


Inertia—The tendency of an object in motion to 
remain in motion, and the tendency of an object at 
rest to remain at rest. 


Pendulum—A device consisting of a weight hung 
from a support system so that the weight can swing 
back and forth as a result of Earth’s gravitational field. 


Seismometer—A component of a seismograph that 
detects earth movements. 


Seismoscope—A primitive type of seismograph that 
was Capable of detecting movements in Earth’s sur- 
face, but that did not record those movements. 


approach is to create a network of seismographs. The 
data obtained from the network can then be averaged out 
so as to reduce or eliminate the minor fluctuations 
detected by any one instrument. 


The Richter scale 


Several methods have been devised for expressing 
the size of earthquakes. For many years, the most 
popular of these has been the Richter scale, named 
after seismologist Charles F. Richter, who developed 
the scale in 1935. The Richter scale is logarithmic. That 
is, each increase of one unit on the scale represents an 
increase of ten in the height of seismic waves and an 
increase of thirty-two in the amount of energy released 
during the earthquake. An earthquake that measures 
6.0 on the Richter scale, as an example, produces waves 
that are ten times as high as one that measures 5.0 and 
one hundred times as high as one that measures 4.0. 
Seismologists have developed a number of other mag- 
nitude scales to address some technical difficulties asso- 
ciated with the Richter scale, but the underlying 
principles remain the same. 


See also Earth’s interior. 
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| Selection 


Selection refers to an evolutionary pressure that 
is the result of a combination of environmental and 
genetic pressures that affect the ability of an organism 
to live and, equally importantly, to raise their own 
reproductively successful offspring. 


As implied, natural selection involves the natural 
(but often complex) pressures present in an organism’s 
environment. Artificial selection is the conscious 
manipulation of mating, manipulation, and fusion of 
genetic material to produce a desired result. 


Evolution requires genetic variation, and these 
variations or changes (mutations) are usually delete- 
rious because environmental factors already support 
the extent genetic distribution within a population. 


Natural selection is based upon expressed differ- 
ences in the ability of organisms to thrive and produce 
biologically successful offspring. Importantly, selec- 
tion can only act to exert influence (drive) on those 
differences in genotype that appear as phenotypic dif- 
ferences. In a very real sense, evolutionary pressures 
act blindly. 


There are three basic types of natural selection: direc- 
tional selection favoring an extreme phenotype; stabiliz- 
ing selection favoring a phenotype with characteristics 
intermediate to an extreme phenotype (i.e., normalizing 
selection); and disruptive selection that favors extreme 
phenotypes over intermediate genotypes. 


The evolution of pesticide resistance provides a 
vivid example of directional selection, wherein the 
selective agent (in this case DDT) creates an apparent 
force in one direction, producing a corresponding 
change (improved resistance) in the affected organ- 
isms. Directional selection is also evident in the efforts 
of human beings to produce desired traits in many 
kinds of domestic animals and plants. The many 
breeds of dogs, from dachshunds to shepherds, are 
all descendants of a single, wolf like ancestor, and 
are the products of careful selection and breeding for 
the unique characteristics favored by human breeders. 


Not all selective effects are directional, however. 
Selection can also produce results that are stabilizing or 
disruptive. Stabilizing selection occurs when significant 
changes in the traits of organisms are selected against. An 
example of this is birth weight in humans. Babies that are 
much heavier or lighter than average do not survive as 
well as those that are nearer the mean (average) weight. 


On the other hand, selection is said to be disruptive 
if the extremes of some trait become favored over the 
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intermediate values. Perhaps one of the more obvious 
examples of disruptive selection is sexual dimorphism, 
wherein males and females of the same species look 
noticeably different from each other. One sex may be 
larger, have bright, showy plumage, bear horns, or 
display some kind of ornament that the other lacks. 
The male peacock, for instance, has deep green and 
sapphire blue plumage and an enormous, fanning tail, 
while the female is a drab brown, with no elaborate tail. 


Sexual dimorphism is considered the result of sexual 
selection, the process in which members of a species 
compete for access to mates. Sexual selection and natu- 
ral selection may often operate in opposing directions, 
producing the two distinct sex phenotypes. Males, who 
are typically the primary contestants in the competition 
for mating partners, usually bear the ornaments such as 
showy plumage in spite of the potential costs of these 
ornaments, such as increased visibility to predators, and 
attacks from rival males. Females are less often involved 
in direct competition for mates, and they are not gen- 
erally subject to the forces of sexual selection (although 
there are role reversals in a few species). Females are 
believed to play a critical role in the evolution of many 
elaborate male traits, however, because if the female 
preference has a genetic basis, female choice of partic- 
ular males as mating partners will cause those male traits 
to spread in subsequent generations. 


Sometimes the fitness of a phenotype in some envi- 
ronment depends on how common (or rare) it is; this is 
known as frequency-dependent selection. Perhaps an 
animal enjoys an increased advantage if it conforms to 
the majority phenotype in the population; this occurs 
when, for example, predators learn to avoid distasteful 
butterfly prey, because the butterflies have evolved to 
advertise their noxious taste by conforming to a partic- 
ular wing color and pattern. Butterflies that deviate too 
much from the “warning” pattern are not as easily 
recognized by their predators, and are eaten in greater 
numbers. Interestingly, frequency-dependent selection 
has enabled butterflies who are not distasteful to 
mimic the appearance of their noxious brethren and 
thus avoid the same predators. Conversely, a phenotype 
could be favored if it is rare, and its alternatives are in 
the majority. Many predators tend to form a “search 
image” of their prey, favoring the most common pheno- 
types, and ignoring the rarer phenotypes. Frequency- 
dependent selection provides an interesting case in 
which the gene frequency itself alters the selective envi- 
ronment in which the genotype exists. 


Many people attribute the phrase “survival of the 
fittest” to Darwin, but in fact, it originated from another 
naturalist/philosopher, Herbert Spencer (1820-1903). 
Recently, many recent evolutionary biologists have 
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asked: Survival of the fittest what? At what organismal 
level is selection most powerful? What is the biological 
unit of natural selection-the species, the individual, or 
even the gene? 


Although it seems rational that organisms might 
exhibit parental behavior or other traits “for the good 
of the species.” In his 1962 book Animal Dispersion 
in Relation to Social Behaviour, behavioral biologist 
V. C. Wynne-Edwards proposed that animals would 
restrain their reproduction in times of resource short- 
ages, so as to avoid extinguishing the local supply, 
and thus maintain the “balance of nature.” However, 
Wynne-Edwards was criticized because all such instan- 
ces of apparent group-level selection can be explained by 
selection acting at the level of individual organisms. A 
mother cat who suckles her kittens is not doing so for 
the benefit of the species; her behavior has evolved 
because it enhances her kittens’ fitness, and ultimately 
her own as well, since they carry her genes. 


Under most conditions, group selection will not 
be very powerful, because the rate of change in gene 
frequencies when one individual replaces another in 
the population is greater than that occurring when one 
group replaces another group. The number of individ- 
uals present is generally greater than the number of 
groups present in the environment, and individual 
turnover is greater. In addition, it is difficult to imag- 
ine that individuals could evolve to sacrifice their 
reproduction for the good of the group; a more selfish 
alternative could easily invade and spread in such a 
group. 

However, there are some possible exceptions; one 
of these is reduced virulence in parasites, who depend 
on the survival of their hosts for their own survival. 
The myxoma virus, introduced in Australia to control 
imported European rabbits (Oryctolagus cuniculus), at 
first caused the deaths of many individuals. However, 
within a few years, the mortality rate was much lower, 
partly because the rabbits became resistant to the 
pathogen, but also partly because the virus had 
evolved a lower virulence. The reduction in the viru- 
lence is thought to have been aided because the virus is 
transmitted by a mosquito, from one living rabbit to 
another. The less deadly viral strain is maintained in 
the rabbit host population because rabbits afflicted 
with the more virulent strain would die before passing 
on the virus. Thus, the viral genes for reduced viru- 
lence could spread by group selection. Of course, 
reduced virulence is also in the interest of every indi- 
vidual virus, if it is to persist in its host. Scientists argue 
that one would not expect to observe evolution by 
group selection when individual selection is acting 
strongly in an opposing direction. 
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Some biologists, most notably Richard Dawkins 
(1941-), have argued that the gene itself is the true 
unit of selection. If one genetic alternative, or allele, 
provides its bearer with an adaptive advantage over 
some other individual who carries a different allele 
then the more beneficial allele will be replicated 
more times, as its bearer enjoys greater fitness. In 
his book The Selfish Gene, Dawkins argues that 
genes help to build the bodies that aid in their trans- 
mission; individual organisms are merely the “sur- 
vival machines” that genes require to make more 
copies of themselves. 


This argument has been criticized because natu- 
ral selection cannot “see” the individual genes that 
reside in an organism’s genome, but rather selects 
among phenotypes, the outward manifestation of all 
the genes that organisms possess. Some genetic com- 
binations may confer very high fitness, but they may 
reside with genes having negative effects in the same 
individual. When an individual reproduces, its “bad” 
genes are replicated along with its “good” genes; if it 
fails to do so, even its most advantageous genes will 
not be transmitted into the next generation. 
Although the focus among most evolutionary biolo- 
gists has been on selection at the level of the individ- 
ual, this example raises the possibility that individual 
genes in genomes are under a kind of group selection. 
The success of single genes in being transmitted to 
subsequent generations will depend on their func- 
tioning well together, collectively building the best 
possible organism in a given environment. 


When selective change is brought about by human 
effort, it is known as artificial selection. By allowing 
only a selected minority of individuals to reproduce, 
breeders can produce new generations of organisms 
featuring particular traits, including greater milk pro- 
duction in dairy cows, greater oil content in corn, or a 
rainbow of colors in commercial flowers. The repeated 
artificial selection and breeding of individuals with the 
most extreme values of the desired traits may continue 
until all the available genetic variation has been 
exhausted, and no further selection is possible. It is 
likely that dairy breeders have encountered the limit 
for milk production in cattle—eventually, a cow’s milk 
production will increase more slowly for a given 
increase in feed—but the limit has not yet been 
reached for corn oil content, which continues to 
increase under artificial selection. 


Seemingly regardless of the trait or characteristic 
involved (e.g. zygotic selection), there is almost always 
a way to construct a selectionist explanation of the 
manifest phenotype. 
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KEY TERMS 


Artificial selection—Selective breeding, carried out 
by humans, to produce desired genetic alterations in 
domestic animals and plants. 

Fitness—The average number of offspring produced 
by individuals with a certain genotype, relative to 
that of individuals with a different genotype. 

Gene frequency—The relative fraction of a particular 
gene in the population, compared to its alternatives. 
Genome—The complete set of genes an organism carries. 
Genotype—the full set of paired genetic elements 
carried by each individual, representing the its genetic 
blueprint; also used to refer to such a pair at a single 
genetic locus. 


Group selection—The replacement by natural selec- 
tion of one or more groups of organisms in favor of 
other groups. 


See also Adaptation; Evolution, convergent; Evo- 
lution, divergent; Evolution, evidence of; Evolution, 
parallel; Evolutionary change, rate of; Evolutionary 
mechanisms; Genetics. 
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Natural selection—The differential survival and 
reproduction of organisms, producing evolutionary 
change in populations. 


Phenotype—The outward manifestation of the gen- 
otype; the physical, morphological, and behavioral 
traits of an organism. 


Sexual selection—This is a type of natural selection 
in which anatomical or behavioral traits may be 
favored because they confer some advantage in 
courtship or another aspect of breeding. For exam- 
ple, the bright coloration, long tail, and elaborate 
displays of male pheasants have resulted from 
sexual selection by females, who apparently 
favor extreme expressions of these traits in their 
mates. 


l Sequences 


A sequence is an ordered list of numbers. It can be 
thought of as a function, f(n), where the argument, n, 
takes on the natural-number values 1, 2, 3, 4, ... (or 
occasionally 0, 1, 2, 3, 4, ...). A sequence can follow a 
regular pattern or an arbitrary one. It may be possible 
to compute the value of f(n) with a formula, or it 
may not. 


The terms of a sequence are often represented by 
letters with subscripts, a,, for example. In such a 
representation, the subscript n is the argument and 
tells where in the sequence the term a, falls. When the 
individual terms are represented in this fashion, the 
entire sequence can be thought of as the set, or the set 
where n is a natural number. This set can have a finite 
number of elements, or an infinite number of ele- 
ments, depending on the wishes of the person who is 
using it. 


One particularly interesting and widely studied 
sequence is the Fibonacci sequence: 1, 1, 2, 3, 5, 8,.... 
It is usually defined recursively: a, = a,-2 + a,-1.In 
a recursive definition, each term in the sequence is 
defined in terms of one or more of its predecessors 
(recursive definitions can also be called iterative). For 
example, a6 in this sequence is the sum of 3 and 5, 
which are the values of ay and as, respectively. 
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Sequences 


Another very common sequence is l, 4, 9, 16, 
25, ... , the sequence of square numbers. This sequence 
can be defined with the simple formula a, = n’, or it 
can be defined recursively: a, = ay.) + 2n- 1. 


Another sequence is the sequence of prime num- 
bers: 2, 3, 5, 7, 11, 13,.... Mathematicians have 
searched for centuries for a formula which would 
generate this sequence, but no such formula has ever 
been found. 


One mistake that is made frequently in working 
with sequences is to assume that a pattern that is appa- 
rent in the first few terms must continue in subsequent 
terms. For example, one might think from seeing the five 
terms 1, 3, 5, 7, 9 that the next term must be 11. It can, in 
fact, be any number whatsoever. The sequence can have 
been generated by some random process such as reading 
from a table of random digits, or it can have been 
generated by some obscure or complicated formula. 
For this reason, a sequence is not really pinned down 
unless the generating principle is stated explicitly. 
(Psychologists who measure a subject’s intelligence by 
asking him or her to figure out the next term in a 
sequence are really testing the subject’s ability to read 
the psychologist’s mind.) Sequences are used in a variety 
of ways. One example is to be seen in the divide-and- 
average method for computing square roots. In this 
method, one finds the square root of N by computing 
a sequence of approximations with the formula a, = 
(ap-1 + N/ap.1)/2. One can start the sequence using any 
value for a; except zero (a negative value will find the 
negative root). For example, when N = 4 and a; = 1 


a, = 1.0 

a, = 2.5 

a, = 2.05 
a, = 2.0006 
a; = 2.0000 


This example illustrates several features that are 
often encountered in using sequences. For one, it often 
only the last term in the sequence that matters. 
Second, the terms can converge to a single number. 
Third, the iterative process is one that is particularly 
suitable for a computer program. In fact, if one were 
programming a computer in BASIC (Beginners All- 
purpose Symbolic Instruction Code), the recursive 
formula above would translate into a statement such 
as R = (R + N/R)/2. 


Not all sequences converge in this way. In fact, 
this one does not when a negative value of N is used. 
Whether a convergent sequence is needed or not 
depends on the use to which it is put. If one is using a 
sequence defined recursively to compute a value of a 
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KEY TERMS 


Convergent—A sequence is convergent if, as one 
goes further and further down the list, the terms 
from some point on get arbitrarily close to a partic- 
ular number. 


Divergent—A sequence that is not convergent is 
divergent. 


Sequence—A sequence is a series of terms, in 
which each successive term is related to the one 
before it by a fixed formula. 


particular number only a convergent sequence will do. 
For other uses a divergent sequence may be suitable. 


Mortgage companies often provide their customers 
with a computer print-out showing the balance due after 
each regular payment. These balances are computed 
recursively with a formula such as A, = (Ay.)(1.0075) 
- P, where A, stands for the balance due after the n-th 
payment. In the formula (A,.,)(1.0075) computes the 
amount on a 9% mortgage after one month’s interest 
has been added, and (A,;)(1.0075) - P the amount after 
the payment P has been credited. The sequence would 
start with Ao, which would be the initial amount of the 
loan. On a 30-year mortgage, the size of P would be 
chosen to bring A369 down to zero. This sequence con- 
verges, but very slowly for the first few years. 


Tables, such as tables of logarithms, square roots, 
trigonometric functions, and the like are essentially 
paired sequences. In a table of square roots, for example 


1.0 
1.00000 1.1 
1.04881 1.2 

1.09545 


the column on the left is a sequence and the col- 
umn on the right the sequence where each b, equals the 
square root of ay. By juxtaposing these two sequences, 
one creates a handy way of finding square roots. 


Sequences are closely allied with (and sometimes 
confused with) series. A sequence is a list of numbers; a 
series is a sum. For instance 1/1, 1/2, 1/3, 1/4, ...is a 
harmonic sequence; while 1/1 + 1/2 + 1/3 + 1/4+... 
is a harmonic series. 


Resources 


BOOKS 
Burton, David M. The History of Mathematics: An 
Introduction. New York: McGraw-Hill, 2007. 
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] Sequencing 


Sequencing refers to the biotechnology techniques 
that determine the order of the genetic material. The 
genetic material that acts as the blueprint for most 
cells and organisms is deoxyribonucleic acid (DNA). 
DNA provides the information to make ribonucleic 
acid (RNA), which in turn provides the information to 
produce protein. Both DNA and RNA can be 
sequenced. Protein can also be sequenced to determine 
the order of amino acids that makes up the molecule. 


The information for all living things is stored in the 
genetic material that is part of the organism. An apt 
analogy is that of a book containing information in the 
form of letters that make up words. When interpreted 
by reading and comprehending, the letters on the 
book’s pages take on an order. Likewise, an organism’s 
genetic material is a sequence of chemical letters. 
Without some interpretation, this information is use- 
less. Prokaryotic organisms such as bacteria and more 
complex, multicellular organisms such as humans have 
built in systems that determine the information that the 
genetic material conveys. These systems function to 
determine the order of the information, or the sequence 
in which the information is presented. 


Humans have also learned to decipher the genetic 
code by sequencing techniques. As well, the identifica- 
tion and arrangement of the components that make up 
proteins (amino acids) can be determined by other 
sequencing techniques. 


Knowing the sequence of the genetic material has 
allowed scientists to determine what stretches of the 
material might specify proteins, or to detect altera- 
tions in the genetic material that might be important 
in genetic diseases, such as cystic fibrosis or cancer. As 
well, sequence information allows researchers to spe- 
cifically change the arrangement of the genetic mate- 
rial (a mutation), in order to determine if the mutation 
affects the functioning of the cell or organism. 


Knowledge of the protein sequence allows research- 
ers to use powerful computers and computer software 
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to study the three-dimensional structure of the pro- 
tein molecule and to assess how mutations in the 
protein sequence affect the shape and function of 
the protein. Also, the shape of a protein is important 
in designing chemicals like antibiotics that will spe- 
cifically target the protein and bind to it. 


DNA sequencing determines the order of the com- 
pounds that make up the DNA. These compounds are 
called bases. There are four bases in DNA; adenine, 
thymine, guanine, and cytosine. 


Beginning in the early 1990s and culminating about 
a decade later, the best-known example of sequencing 
has been the effort to sequence the human genome. The 
human genome is the genetic material that is carried in 
human cells. 


In the laboratory, the sequencing of DNA is done 
by allowing the manufacture of DNA to begin and 
then stopping the process in a controlled way (1.e., at a 
certain base at a known location in the DNA). This 
can be accomplished by two methods. The first 
method is called the Sanger-Coulson procedure, after 
its two creators. In the procedure, a small amount of 
what is termed a dideoxynucleoside base is mixed into 
the solution that contains the four regular bases. A 
dideoxynucleoside base is slightly different in struc- 
ture from the normal base and is also radioactively 
labeled. When the radioactive base is added on to 
the growing DNA chain, the next regular base cannot 
be attached to it. Thus, lengthening of the DNA stops. 
By using four different dideoxynucleotides that are 
structurally different from the four regular bases, a 
pattern of DNA interruption occurs as a number of 
experiments are done. This produces DNA pieces of 
many different lengths that have all begun from 
the same start point. The different pieces can be visual- 
ized using the technique of gel electrophoresis, and 
the jig-saw puzzle pattern of different lengths can 
be sorted out to deduce the base sequence of the orig- 
inal DNA. 


The second DNA sequencing technique is known 
as the Maxam-Gilbert technique, once again after the 
scientists who pioneered the technique. Here, both 
strands of the double-stranded DNA are labeled 
using radioactive phosphorus (phosphorus is an ele- 
ment that makes up part of the four bases of DNA). 
The DNA is heated, which causes the two strands to 
separate from one another. Both strands are then cut 
up into a number of shorter pieces using specific 
enzymes. The differently sized fragments of each 
DNA strand can be separated using gel electrophore- 
sis, and the resulting patterns determine the sequence 
of each DNA strand. 
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The Sanger-Coulson method has been modified 
so as to be done using automated DNA sequencing 
machines. This enables DNA to be sequenced much 
faster than is possible manually. 


A sequencing method called shotgun sequencing 
was successfully used as one approach to sequence the 
human genome. In shotgun sequencing, the use of a 
variety of enzymes that cut DNA at different and 
specific sites produces hundreds or thousands of ran- 
dom bits. Each small stretch of DNA is automatically 
sequenced and then powerful computers piece back 
together the information to generate the entire DNA 
genome sequence. 


Protein sequencing determines the arrangement of 
the amino acids of the protein. This can be done indi- 
rectly if the DNA sequence is known. From that 
sequence, the RNA sequence can be deduced, followed 
by the sequence of amino acids that the RNA codes for. 
If the DNA sequence is not known, then the protein 
sequence can be determined directly, using a chemical 
approach. The most popular chemical sequencing tech- 
nique is the Edman degradation procedure. The amino 
acids are chemically snipped off one at a time from one 
end of a protein. Each released amino acid can be 
identified using a technique called reverse phase chro- 
matography. By keeping the identified amino acids in 
order, the sequence of the protein is determined. 


Another protein sequencing technique is called 
fast atom bombardment mass spectrometry (FAB- 
MS). Here, the sample is bombarded with a stream 
of quickly moving atoms. Typically, argon atoms are 
used. The interaction of the atoms with the protein 
causes the protein to become charged. When the pro- 
tein is chemically broken into fragments the charged 
regions can be used to identify the amino acids. FAB- 
MS is a powerful technique, although highly special- 
ized and expensive equipment is required. 


Another more widely used protein sequencing tech- 
nique employs a variety of protein degrading enzymes to 
break up a protein into fragments. The shorter frag- 
ments, which are called peptides, can then be sequenced. 
The enzymes that are used cut the protein into fragments 
in an overlapping manner. That is, an end of one frag- 
ment will have the same information as the end of 
another fragment. These areas of common information 
allows researchers to piece the sequence back together to 
reveal the amino acid arrangement in the intact protein. 


Resources 


BOOKS 


Brown, Terry. Gene Cloning and DNA Analysis: An 
Introduction. Boston: Blackwell Publishing, 2006. 
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[ Sequoia 


Sequoias are species of coniferous trees in the 
genus Sequoia, family Taxodiaceae. Sequoias can 
reach enormous height and girth and can attain an 
age exceeding 1,000 years. These giant, venerable trees 
are commonly regarded as botanical wonders. 


About 40 species of sequoias are known from the 
fossil record, which extends to the Cretaceous, about 60 
million years ago. At that time, extensive forests domi- 
nated by sequoias and related conifers flourished in a 
warm and wet climatic regime throughout the Northern 
Hemisphere. Ancient fossil stands of sequoias and 
other conifers have even been found in the high Arctic 
of Ellesmere Island and Spitzbergen. This indicates a 
relatively mild climatic regime in the Arctic in the dis- 
tant past, compared with the intensely cold and dry 
conditions that occur there today. Similarly, the famous 
Petrified Forest located in a desert region of Arizona is 
dominated by fossilized sequoia trees and their relatives 
that lived in that area many millions of years ago. 
Clearly, compared with their present highly restricted 
distribution, redwoods were abundant and widespread 
in ancient times. 


Only two species of sequoias still survive. Both of 
these species occur in relatively restricted ranges in 
northern and central California and southern Oregon. 
The specific reasons why these species have survived 
only in these places and not elsewhere are not known. 
Presumably, the local site conditions and disturbance 
regime have continued to favor redwoods in these 
areas and allowed these trees to survive the ecological 
onslaught of more recently evolved species of conifers 
and angiosperm trees. 


The ancient biomass of ancient species of the red- 
wood family are responsible for some of the deposits 
of fossil fuels that humans are so quickly using today 
as a source of energy and for the manufacturing of 
plastics. 
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The General Sherman tree in Sequoia National Park, 
California. (JLM Visuals.) 


Biology and ecology of sequoias 


The two living species of sequoias are the redwood 
or coast redwood (Sequoia sempervirens) and the giant 
sequoia, big tree, or Sierra redwood (S. gigantea, some- 
times placed in another genus, Sequoiadendron). Both 
of these species can be giants, reaching an enormous 
height and girth. However, the tallest individuals are 
redwoods, while the widest ones are giant sequoias. 


The redwood occurs in foggy rainforest of the Coast 
Range from sea level to about 3,300 ft (1,000 m) in 
elevation. The range of the redwood extends from just 
south of San Francisco, through northern California, to 
southern Oregon. This tree has evergreen, flattened, nee- 
dle like foliage that superficially resembles that of yews 
(Taxus spp., family Taxodiaceae) and has two whitish 
stripes underneath. The seed-bearing female cones are as 
long as | in (2.5cm) and have 15-20 scales. The seeds tend 
not to germinate prolifically. If cut down, redwoods will 
regenerate well by vegetative sprouts from the stump and 
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roots, an unusual characteristic among the conifers. 
Redwoods have a thick, reddish, fibrous bark as much 
as 10 in (25 cm) deep. Redwood trees commonly achieve 
a height of 200-280 ft (60-85 m). Exceptional trees are as 
tall as 360 ft (110 m), can have a basal diameter of 22 ft 
(6.7 m), and can be older than 1,400 years. No other 
living trees have achieved such lofty heights. 


The giant redwood has a somewhat more inland 
distribution in northern California. This species 
occurs in groves on the western side of the Sierra 
Nevada Mountains, at elevations of 4,000-8,000 ft 
(1,200-2,400 m) with fairly abundant precipitation 
and soil moisture. The giant redwood has scale like, 
awl-shaped foliage, very different in form from that of 
the redwood. The female cones are rounder and larger 
than those of the redwood, up to 3.5 in (9 cm) long and 
containing 24-40 wedge-shaped scales. The bark is 
fibrous and thick and can be as much as 24 in (60 
cm) thick at the base of large trees. One of the largest 
known individuals is known as the General Sherman 
Tree, which is 274 ft (83 m) tall, has a basal diameter of 
31 ft (9.4 m), and is estimated to be a venerable 3,800 
years old. In terms of known longevity of any organ- 
ism, the giant redwood is marginally second only to 
individuals of the bristlecone pine (Pinus aristata) of 
subalpine habitat of the southwestern United States. 


Other living relatives of sequoias are the bald cypress 
(Taxodium distichum) of the southeastern United States 
and the Montezuma bald cypress (T. mucronatum) of 
parts of Mexico. Asian relatives, sometimes cultivated 
as unusual ornamentals in North America, include the 
metasequoia or dawn redwood (Metasequoia glyptos- 
troboides) and the Japanese cedar or sugi (Cryptomeria 
japonica). The dawn redwood of central China was 
described in the fossil record prior to being observed 
as living plants by astonished western botanists in the 
1940s. For this reason, the dawn redwood is some- 
times referred to as a “living fossil.” 


Wildfire is important in the ecology of redwood 
forests, but especially in groves of giant redwood. 
Young seedlings and trees of giant redwood are vul- 
nerable to fire, but older, larger trees are resistant to 
ground-level fires because of their thick bark. In addi- 
tion, older redwoods tend to have lengthy expanses of 
clear trunk between the ground and their first live 
branches so that devastating crown fires are not easily 
ignited. Some of the competitor trees of the giant red- 
wood are not so tolerant of fire, so this disturbance 
helps to maintain the redwood groves. 


The development of lower- and mid-height cano- 
pies of other species of conifer trees in an old-growth 
stand of giant redwoods could potentially provide a 
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“ladder” of flammable biomass that could allow a 
devastating crown fire to develop, which might kill 
the large redwood trees. Because giant redwoods do 
not sprout from their stump after their above-ground 
biomass is killed, they could end up being replaced by 
other species after a grove is badly damaged by a 
crown fire. This could result in the loss of a precious 
natural stand of giant redwoods, representing a tragic 
loss of the special biodiversity values of this type of 
rare natural ecosystem. 


To prevent the development of a vigorous under- 
story of other species of trees in old-growth groves of 
giant redwoods, these stands are sometimes managed 
using prescribed burns. Fire allows open stands of 
redwoods to occur, while preventing the development 
of a potentially threatening, vigorous population of 
other species of trees, such as white fir (Abies concolor) 
and Douglas-fir (Pseudotsuga menziesii). Fire may 
also be important in the preparation of a seedbed 
suitable for the occasional establishment of seedlings 
of giant redwood. 


Economic importance 


The coast redwood has an extremely durable 
wood, and it is highly resistant to decay caused by 
fungi. The heartwood is an attractive reddish color, 
while the outer sapwood is paler. The grain of red- 
wood lumber is long and straight, and the wood is 
strong, although rather soft. Redwood trees are har- 
vested and used to make durable posts, poles, and 
pilings, and are manufactured into value-added prod- 
ucts such as structural lumber, outdoor siding, indoor 
finishing, furniture and cabinets, and sometimes into 
shakes, a type of roofing shingle made by splitting 
rather than sawing blocks of wood. 


Because of its great usefulness and value, the coast 
redwood has been harvested rather intensively. If the 
logged site and regeneration are appropriately managed 
after the harvesting of redwoods, it will regenerate rather 
well to this species. Consequently, there is little risk of the 
commercial extinction of this valuable natural resource. 
However, few natural stands of the coast redwood have 
survived the onslaught of commercial exploitation, so its 
distinctive old-growth ecosystem is at great risk of eco- 
logical extinction. Natural, self-organizing, old-growth 
redwood forests can only be preserved, and this must be 
done in rather large ecological reserves, such as parks, if 
this ecosystem is to be sustained over the longer term. 


Compared with the coast redwood, the giant red- 
wood is of much less commercial importance and is 
relatively little used. Most of the best surviving old- 
growth groves of this species are protected from 
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Commercial extinction—A situation in which it is 
no longer economically profitable to continue to 
exploit a depleted natural resource. The resource 
could be a particular species or an entire ecosys- 
tem, such as a type of old-growth forest. 


Ecological (or biological) extinction—A represen- 
tative of a distinct ecosystem or living individuals of 
a particular species (or another biological taxon) 
that no longer occurs anywhere on Earth. 


Prescribed burn—The controlled burning of vege- 


tation as a management practice to achieve some 
ecological benefit. 


Sprout—Non-sexual, vegetative propagation or 
regeneration of a tree. Sprouts may issue from a 
stump, roots, or a stem. 


exploitation in National Parks and other types of 
ecological reserves. However, there is increasing inter- 
est in developing commercial stands of the giant red- 
wood elsewhere within its natural range, while continuing 
to protect the surviving old-growth stands. 


Both species of sequoias are sometimes grown as 
ornamental trees in warm, moist, temperate climates 
outside of their natural range. Sequoias have been 
especially popular in horticulture in parts of England. 


Resources 


BOOKS 

Nystrom, Andrew Dean, Peter Johnstone, and Peter E. 
Palmquist, eds. Giants in the Earth: The California 
Redwoods. Berkeley, CA: Heyday Books, October 2001. 

Watts, Tom. Pacific Coast Tree Finder. 2nd ed., Rochester, 
NY: Nature Study Guild Publishers, December 2004. 


Bill Freedman 


Seriation see Dating techniques 


i Serology 


Serology testing (assay) is largely used by forensic 
laboratories to analyze blood samples from suspects 
and bloodstains collected at the crime scene, in order 
to identify blood types of victims and assailants. The 
main objective of forensic tests, whether serological or 
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A laboratory technician places human blood samples on an automated testing line at the Maccabi Health Services HMO central 
testing laboratory January, 2006 in Nes Tsiona, located in Israel. The laboratory, which operates a fully automated system 
complete with advanced robotics, can test more than 50,000 blood samples a day. The lab is considered one of the most modern 
of its kind in the western world. (David Silverman/Getty Images.) 


other types, is to individualize samples through the 
identification of their sources. 


Blood is the most common physical evidence in 
accidents, murder cases, and violent crime investiga- 
tions. Besides blood, crime scene technicians may also 
find other stains and residues similar to blood in 
appearance at the scene, such as tomato sauce, red 
paint, or animal blood. To identify human blood, 
forensic scientists test samples at the crime scene with 
the chemical phenolphthalein, in an assay known as 
the Kastle-Meyer color Test. Phenolphthalein releases 
hydrogen peroxide that reacts with an enzyme known 
as catalase in the blood. Catalase breaks down the 
hydrogen peroxide into water and oxygen, therefore 
releasing bubbles. However, as vegetables, animals, 
and some bacteria also produce catalase, this test 
only rules out the inorganic samples. Organic (plant 
or animal derived) samples are then collected for fur- 
ther serological analysis at the crime laboratory. 


Body fluids such as blood, semen, saliva, and 
sweat, all contain serum. Serum is a liquid component 


GALE ENCYCLOPEDIA OF SCIENCE 4 


of blood composed of water, trace minerals, several 
proteins including albumin, and immunoglobulins or 
antibodies. Albumin is the sticky protein that gives 
blood enough density for the water within it to remain 
inside the walls of arteries and veins. (Egg white con- 
tains high levels of albumin, which gives it the charac- 
teristic consistency.) When red and white blood cells 
are removed from blood, the resulting clear golden 
yellowish liquid is serum. Serology is therefore the 
study of the properties of serum. Serological tests 
have a wide range of applications in medicine, such 
as immunology and allergy assays, infection diagnosis, 
and blood typing. Serology can determine whether an 
individual was exposed in the past or if he is presently 
infected with a variety of pathogens (disease-causing 
organisms), such as hepatitis, measles, anthrax, syph- 
ilis, or HIV. Serology tests can also determine the 
presence of alcohol, illegal drugs, and poisons in the 
serum. Serological tests are also used in forensics to 
identify blood ABO groups, whose results, although 
not conclusive, may help to exclude or include suspects 
in the investigation process. If for instance, a suspect is 
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blood type B and the samples from the crime scene are 
all types A and O, the suspect with type B blood can be 
excluded from the investigation. 


Serology is such a convenient diagnostic tool 
because the immune system produces specific molec- 
ular tags in the blood for practically each foreign 
substance or invading microorganism. Each one spe- 
cializes in binding to a specific molecule such as a viral, 
parasite, or bacterial protein, as well as to foreign 
substances such as poisons and drugs. For minutely 
small drug molecules against which the immune sys- 
tem is not very sensitive, special immune reagents were 
developed for the detection of drug abuse. An example 
is the Homogeneous Enzyme Immunoassays (EMIT), 
which is commercialized in kits ready for use. 


To determine whether a blood sample is from a 
human or animal source, samples are tested with anti- 
human serum. This method was discovered by the 
German biologist Paul Uhlenhunth in the late 1870s. 
He injected protein from a chicken egg into a sample 
of rabbit’s blood. After a few days, he extracted the 
rabbit’s serum and mixed it with egg white, causing the 
separation of egg proteins from the solution to form a 
whitish clotting substance, precipitin. Precipitin is now 
a generic name for the resulting agglutinated complex 
formed when antibodies present in the serum of a 
species agglutinate the proteins in the blood of a differ- 
ent species. The forensic test consists of collecting the 
blood sample in a test tube containing serum from a 
rabbit containing antibodies against human blood, 
known as anti-human antibodies. If an insoluble com- 
plex of precipitin (clumping) occurs, the test is positive 
for human blood. This test can also be conducted 
using gel-electrophoresis, when a blood sample is put 
on a glass slide and covered by a layer of agar gel. The 
slide is positioned side by side with another containing 
the rabbit anti-human serum, inside a box filled with a 
solution that conducts electric current. As the current 
passes through, protein molecules are filtered into the 
gel and toward each glass slide. If precipitin is formed, 
the test is positive, and the blood sample is identified 
as human blood. 


Electrophoresis is also used in typing the different 
groups of human blood, known as the ABO grouping 
system. After the discovery of antibodies and antigens 
(molecules to which antibodies bind), scientists iden- 
tified four blood types among humans between 1875 
and 1901. All human blood contains antigens in red 
cells that vary in type among individuals in accordance 
with inheritance (e.g., maternal and paternal inherited 
genes). Genes A and B (chromosome 9) encode 
enzymes that add specific sugars to an antigen at the 
ends of a complex sugar molecule (polysaccharide) 
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that is present on the surface of erythrocytes (red 
blood cells). Individuals who inherit neither A or B 
genes have type O blood. As genes A and B are codo- 
minant (they do not dominate each other), individuals 
who inherit both genes (one from each parent) are type 
AB. The following other inherited combinations may 
occur: AA, BB, AO, BO, OO. Individuals AO or BO 
are respectively heterozygous type A and type B. AA 
or BB are homozygous types A or B. 


Blood typing tests consist of mixing blood samples 
with anti-serum A on one side of the slide, and with 
anti-serum B at the other side. If the agglutination 
(clumping) occurs on both sides of the glass slide, the 
blood is AB. If it occurs only with anti-serum A, the 
blood is type A, or if it occurs only with anti-serum B, 
the blood is type B. If no agglutination occurs, the 
blood is type O. Because a person with type O blood 
does not present antigens to either A or B antibodies, 
they can donate blood to most blood groups. Carriers 
of gene A that have antibodies against B antigens in 
their blood plasma, and vice versa, can only receive 
transfusions of the same blood type or from Type O 
blood. Individuals with AB blood type can receive 
transfusions from all donors. Type O carriers however 
cannot receive blood from the other types because their 
plasma contains antibodies against A and B antigens. 


Population prevalence of blood types is approx- 
imately as follows: type A is more common in 
Caucasians and Europeans; type B among Africans, 
African descendents, and South Asia populations; AB 
type is predominant in China, Japan, and Korea; and 
Type O is predominant in Native Americans, 
Aborigines, and Latin American populations, and is 
common in Middle-Eastern populations as well. A 
small portion of the world population carries a rare 
variation of AB type subgroups that present weak 
reactions or no reaction at all to antibodies. 


Another breakthrough of significance for both 
medical and forensic sciences was the discovery by 
Karl Landsteiner in 1940 that 85% of the human 
population carries erythrocytes that express the 
Rh(D) antigen, or Rhesus disease antigen (a protein 
also present in Rhesus monkeys). Blood is designated 
as being either Rh positive (*) or Rh negative ~. If a 
Rh’ person receives blood from a donor who is Rh‘, 
his immune system will develop antibodies against the 
antigen, causing disease or death, depending on the 
quantity of blood transfused. There are thirty possible 
combinations between ABO groups and Rh factors. 
Approximately two thirds of all people have an O* or 
A* blood type, with all other types comprising the 
remaining third. These variations allow the number 
of suspects in a crime investigation to be narrowed. 
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Another singular characteristic of proteins and 
enzymes is the presence of discrete variations in a 
single base pair of the genes that encode them, 
known as polymorphisms (or multiple forms of the 
same gene). More than 1% of any given population 
has polymorphisms in specific genes. Specific poly- 
morphisms are also more prevalent in certain popula- 
tions. For instance, the CYP enzymes of the gene 
Cytochrome P 450 show a specific polymorphed ver- 
sion in 40% of the Asian population, whereas another 
polymorph is more prevalent among Caucasians and 
Europeans. Several other enzymes also present a 
known prevalence among races, and are therefore, 
useful in forensic testing. 


Genetic screening for polymorphisms in forensic 
samples is very helpful when combined with blood 
type and Rh factors, because it sharply reduces the 
probability the existence of two persons with the same 
blood characteristics being involved with the same 
crime to very insignificant odds. In addition, other 
serological tests can also be used to estimate age, sex, 
and race of suspects, such as hormonal levels in blood 
and other fluids, as well as genetic analysis such 
as chromosomal typing (or karyotyping), and DNA 
profiling. 


See also Crime scene investigation; Forensic sci- 
ence; Immune system; Immunology. 


Sandra Galeotti 


| Servomechanisms 


The name servomechanism means, quite literally, 
slave machine. A servomechanism is a physical device 
that responds to an input control-signal by forcing 
an output actuator to perform a desired function. 
Servomechanisms are often the connection between 
computers, electronics, and mechanical actions. If 
computers are the brains, servomechanisms are the 
muscles and the hands that do physical work. 
Servomechanisms use electronic, hydraulic, or mechan- 
ical devices to control power. Servomechanisms enable 
a control operator to perform dangerous tasks at a 
distance and they are often employed to control mas- 
sive objects using fingertip control. 


The power-steering assistance accessory on almost 
all automobiles is a familiar example of a servomechan- 
ism. Automotive power steering uses hydraulic fluid 
under great pressure to power an actuator that redirects 
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the wheels of a car as needed. The driver gently turns the 
steering wheel and the power-assist servomechanism 
provides much of the necessary energy needed to posi- 
tion the wheels. 


The Boeing 777 is the first heavy jet plane engi- 
neered to fly with all major flight-control functions 
managed by servomechanisms. The design of this rev- 
olutionary plane is based on the so-called “fly-by- 
wire” system. In normal flight a digital signal commu- 
nicates the pilot’s instructions electrically to control 
servomechanisms that position the plane’s control sur- 
faces as needed. 


High-performance airplanes need special servo- 
mechanisms called flight-control systems to compen- 
sate for performance instabilities that would otherwise 
compromise their safety. The aerodynamic designs 
that optimize a plane’s performance sometimes cause 
instabilities that are difficult for a pilot to manage. 


A plane may have a tendency to pitch up and 
down uncontrollably, or yaw back and forth under 
certain conditions. These two instabilities may com- 
bine with a third problem where the plane tends to roll 
unpredictably. Sensors called accelerometers pick up 
these oscillations before the pilot is aware of them and 
servomechanisms introduce just the right amount of 
correction needed to stop the unwanted activity. The 
servos that perform this magic are called pitch damp- 
ers, yaw dampers, and roll dampers. Their effect is to 
smooth out the performance of a plane so that it does 
only what it should. Without servomechanism tech- 
nology flight-control systems would be impossible and 
the large safe aircraft we take for granted would be 
impractical. 


Open-loop servomechanisms 


Servomechanisms are classified on the basis of 
whether they depend upon information sampled at 
the output of the system for comparison with the 
input instructions. The simplest servomechanisms are 
called open-loop servomechanisms and do not feed 
back the results of their output. Open-loop servome- 
chanisms do not verify that input instructions have 
been satisfied and they do not automatically correct 
errors. 


An example of an open-loop servomechanism is a 
simple motor used to rotate a television-antenna. The 
motor used to rotate the antenna in an open-loop 
configuration is energized for a measured time in the 
expectation that antenna will be repositioned cor- 
rectly. There is no automatic check to verify that the 
desired action has been accomplished. An open-loop 
servomechanism design is very unsatisfactory as a 
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basis for an antenna rotator, just as it is usually not the 
best choice for other applications. 


When error feedback is included in the design the 
result is called a closed-loop servomechanism. The 
servo’s output result is sampled continuously and 
this information is continuously compared with the 
input instructions. Any important difference between 
the feedback and the input signal is interpreted as an 
error that must corrected automatically. Closed-loop 
servo systems automatically null, or cancel, disagree- 
ments between input instructions and output results. 


The key to understanding a closed-loop servome- 
chanism is to recognize that it is designed to minimize 
disagreements between the input instructions and 
the output results by forcing an action that reduces 
the error. 


A more sophisticated antenna rotator system, 
compared to the open-loop version described earlier, 
will use the principles of the closed-loop servomechan- 
ism. When it is decided that the antenna is to be turned 
to a new direction the operator will introduce input 
information that creates a deliberate error in the ser- 
vomechanism’s feedback loop. The servo’s electronic 
controller senses this purposely-introduced change 
and energizes the rotator’s motor. The antenna rotates 
in the direction that tends to null the error. When the 
error has been effectively canceled, the motor is turned 
off automatically leaving the antenna pointing in the 
desired direction. If a strong wind causes the antenna 
turn more slowly than usual the motor will continue to 
be energized until the error is canceled. If a strong 
wind repositions the antenna improperly the resulting 
error will cause the motor to be energized once again, 
bringing the antenna back into alignment. 


Another example of a simple closed-loop servome- 
chanism is a thermostatically-controlled gas furnace. A 
sensor called a thermostat determines that heat is 
required, closing a switch that actuates an electric circuit 
that turns on the furnace. When the building’s temper- 
ature reaches the set point the electric circuit is de-ener- 
gized, turning off the fuel that supplies the flame. The 
feedback loop is completed when warmed air of the 
desired temperature is sensed by the thermostat. 


Overshoot and hunting 


A gas-furnace controller example above illustrates 
a potential problem with servomechanisms that must be 
solved when they are designed. If not properly engi- 
neered, closed-loop servomechanisms tend to be unsta- 
ble. They must not overcontrol. The controller must be 
intelligent enough to shut down the actuator just before 
satisfaction is accomplished. Just as a car driver must 


3872 


slow down gradually before stopping at an intersection, 
a servomechanism must anticipate the effects of inertial 
mass. The inertia may be mechanical or it may be 
thermal, as in the case of the gas furnace. If the furnace 
flame were to continue to burn until the air temperature 
reaches the exact set point on the temperature selector, 
the residual heat in the furnace firebox would continue 
to heat the house, raising the temperature excessively. 
The room temperature will overshoot the desired value, 
perhaps uncomfortably. Most space-heating furnace 
control thermostats include a heat-anticipation provi- 
sion designed to minimize thermal overshoot. A prop- 
erly-adjusted anticipation control turns off the furnace’s 
flame before the room temperature reaches the desired 
set point, allowing the temperature to coast up to the 
desired value as the furnace cools. 


Mechanical inertia and servomechanisms 


There is a similar overshoot problem that requires 
compensation by mechanical servomechanisms. If a 
servo is used to manipulate a massive object such as 
a radar antenna weighing 1,000 Ib (454 kg) or more, 
the actuator must anticipate the antenna’s approach 
to a newly-selected position. The inertial mass of the 
antenna will otherwise cause it to overshoot the 
desired alignment. When the feedback signal is com- 
pared with the input and the control electronics dis- 
covers the overshoot, the antenna will reverse 
direction in an attempt to correct the new error. If 
the antenna overshoots again this may lead to a con- 
tinuing oscillation called hunting where the antenna 
continually seeks a null but always turns too far before 
shutting down, requiring a continuing series of correc- 
tions. The resulting oscillation is very undesirable. 


Servomechanisms must use very sophisticated elec- 
tronic circuits that act as electronic anticipators of the 
load’s position and speed to minimize instability while 
simultaneously maintaining a fast response to new 
instructions. Better servomechanism designs adjust the 
timing of error signals to provide just the right amount 
of anticipation under varying circumstances. The elec- 
trical phase-shift network needed to produce a stable 
servomechanism must be designed with great care. 


Enabling servomechanisms 


Various servomechanisms provide the enabling 
connection between data and mechanical actions. If 
all servomechanisms were to disappear from technol- 
ogy overnight, our world would be much less comfort- 
able, much less safe, and certainly less convenient. 


See also Computer, digital. 
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KEY TERMS 


Digital—Information processed as encoded on or 
off data bits. 

Electronic—Devices using active components to 
control power. 

Error—A signal proportional to the servomechan- 
ism correction. 

Feedback—Comparing output and input to deter- 
mine correction. 

Hunting—Repetitious failure of a servomechan- 
isms response. 

Hydraulic—Power transfer using fluid under great 
pressure. 

Inertia—The tendency of an object in motion to 
remain in motion, and the tendency of an object at 
rest to remain at rest. 

Null—Minimum, a zeroed condition. 


Phase shift—Change in timing relative to standard 
reference. 


Pitch instability—Cyclic up and down oscillation. 


Roll instability—A cylinder’s tendency to oscillate 
about its long axis. 


Thermostat—A device that responds to tempera- 
ture changes and can be used to activate switches 
controlling heating and cooling equipment. 


Yaw instability—Tendency to develop side-to-side 
rotational motions. 
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| Sesame 


Sesame are plants in the genus Sesamum, family 
Pedaliaceae, which are grown for their edible seeds 
and oil. Sesame is native to Africa and Asia, and was 
brought to North America from Africa during the 
slave trade. There are about 15 species of sesame, but 
only two, S. indicum and S. orientale, are cultivated for 
commercial purposes. Evidence has shown that ses- 
ame has been used for thousands of years as the plant 
was mentioned in the Ebers Papyrus (from about 
3,800 years ago). 


The sesame plant is an annual and grows best on 
sandy loam. The stems are round and shiny, and reach 
an average of 3-4 ft (90-120 cm) tall. Leaves growing 
near the bottom of the stem are fleshy, lance-shaped, 
and are arranged opposite from one another. Leaves 
toward the top are alternate, oblong, and more slender 
than the bottom leaves. The flowers are purple or 
white, about 1 in (2.5-3 cm) long, and trumpet shaped. 
The flowers are followed by seed pods filled with 
small, flat, yellowish white seeds (S. indicum), or 
brownish-black seeds (S. orientale). The seeds are har- 
vested, usually after four months. The stems are cut 
and allowed to dry, and then the seed pods split open, 
and the seeds can be shaken out. 


The seeds are crushed and pressed to extract the 
oil. Sesame oil is used for cooking, especially in China, 
India, and Egypt. Some margarines contain sesame oil. 
The oil has been used as a laxative, in the manufacture 
of fine soaps, and is a popular massage oil. The seed oil 
from S. orientale is suitable for industrial purposes. The 
seeds are used for baking, often sprinkled on bread. 
Tahini is a paste made from the seeds, and is an impor- 
tant ingredient in many Middle Eastern dishes. 


l Set theory 


Set theory is concerned with understanding those 
mathematical properties of sets that are independent of 
the particular elements that make up the sets. Thus, the 
axioms and theorems of set theory apply to all sets in 
general, whether they are composed of numbers or 
physical objects. The foundations of set theory were 
largely developed by German mathematician Georg 
Cantor (1845-1918) in the latter part of the nineteenth 
century. The generality of set theory leads to few direct 
practical applications. Instead, precisely because of 
its generality, portions of the theory are used in 
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developing the algebra of groups, rings, and fields, as 
well as, in developing a logical basis for calculus, geom- 
etry, and topology. These branches of mathematics are 
all applied extensively in the fields of physics, chemistry, 
biology, and electrical and computer engineering. 


Definitions 


A set isa collection. As with any collection, a set is 
composed of objects, called members or elements. The 
elements of a set may be physical objects or mathe- 
matical objects. A set may be composed of baseball 
cards, salt shakers, tropical fish, numbers, geometric 
shapes, or abstract mathematical constructs such as 
functions. Even ideas may be elements of a set. In fact, 
the elements of a set are not required to have anything 
in common except that they belong to the same set. 
The collection of all the junk at a rummage sale is a 
perfectly good set, but one in which few of the ele- 
ments have anything in common, except that someone 
has gathered them up and put them in a rummage sale. 


In order to specify a set and its elements as com- 
pletely and unambiguously as possible, standard 
forms of notation (sometimes called set-builder nota- 
tion) have been adopted by mathematicians. For brev- 
ity, a set is usually named using an uppercase Roman 
letter, such a S. When defining the set S, curly brackets 
are used to enclose the contents, and the elements are 
specified, inside the brackets. When convenient, the 
elements are listed individually. For instance, suppose 
there are five items at a rummage sale. Then, the set of 
items at the rummage sale might be specified by R = 
{1, 2, 3, 4, 5}. If the list of elements is long, the set may 
be specified by defining the condition that an object 
must satisfy in order to be considered an element of the 
set. For example, if the rummage sale has one hundred 
items, then the set R may be specified by R = {x |0<x 
and x < 100}. This is the set of all x such that x is a real 
number, and 0 is less than x, and x is less than 100. The 
special symbol @ is given to the set with no elements, 
called the empty set or null set. Finally, it means that x 
is an element of the set A, and means that x is not an 
element of the set A. 


Properties 


Two sets S and T are equal, if every element of the 
set S is also an element of the set T, and if every 
element of the set T is also an element of the set S. 
This means that two sets are equal only if they both 
have exactly the same elements. A set T is called a 
proper subset of S if every element of T is contained 
in S, but not every element of S isin T. That is, the set T 
is a partial collection of the elements in S (Figure 1a). 
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T is a subset of S 


Figure 1a. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


The complement of T 


Figure 1b. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


In set notation this is written T C S and read “T is 
contained in S.” S is sometimes referred to as the 
parent or universal set. In addition, S is a subset of 
itself, called an improper subset. The complement of a 
subset T is that part of S that is not contained in T, and 
is written T’. Note that if T’ is the empty set, then S and 
T are equal (Figure 1b). 


Sets are classified by size, according to the number of 
elements they contain. A set may be finite or infinite. A 
finite set has a whole number of elements, called the 
cardinal number of the set. Two sets with the same num- 
ber of elements have the same cardinal number. To 
determine whether two sets, S and T, have the same 
number of elements, a one-to-one correspondence must 
exist between the elements of S and the elements of T. In 
order to associate a cardinal number with an infinite set, 
the transfinite numbers were developed. The first trans- 
finite number 2p, is the cardinal number of the set of 
integers, and of any set that can be placed in one-to-one 
correspondence with the integers. For example, it can be 
shown that a one-to-one correspondence exists between 
the set of rational numbers and the set of integers. Any set 
with cardinal number @p is said to be a countable set. The 
second transfinite number &, is the cardinal number of 
the real numbers. Any set in one-to-one correspondence 


GALE ENCYCLOPEDIA OF SCIENCE 4 


with the real numbers has a cardinal number of 1, and is 
referred to as uncountable. The irrational numbers have 
cardinal number X;. Some interesting differences exist 
between subsets of finite sets and subsets of infinite sets. 
In particular, every proper subset of a finite set has a 
smaller cardinal number than its parent set. For example, 
the set S = {1, 2, 3, 4, 5, 6, 7, 8, 9, 10} has a cardinal 
number (size) of 10, but every proper subset of S (such as 
{4, 5, 6}) has fewer elements than S (in this case, three 
elements) and so has a smaller cardinality. In the case of 
infinite sets, however, this is not true. For instance, the set 
of all odd integers is a proper subset of the set of all 
integers, but it can be shown that a one-to-one corre- 
spondence exists between these two sets, so that they each 
have the same cardinality. 


A set is said to be ordered if a relation (symbolized 
by <) between its elements can be defined, such that 
for any two elements of the set: 


1) either b < corc < b for any two elements 
2) b < b has no meaning 
3)ifb <candc<dthenb<d. 


In other words, an ordering relation is a rule by 
which the members of a set can be sorted. Examples of 
ordered sets are: the set of positive integers, where the 
symbol (<) is taken to mean less than; or the set of 
entries in an encyclopedia, where the symbol (<) 
means alphabetical ordering; or the set of USS. 
World Cup soccer players, where the symbol (<) is 
taken to mean shorter than. In this last example the 
symbol (<) could also mean faster than, or scored 
more goals than, so that for some sets more than one 
ordering relation can be defined. 


Operations 


In addition to the general properties of sets, there 
are three important set operations, they are union, 
intersection, and difference. The union of two sets S 
and T, written SUT, is defined as the collection of those 
elements that belong to either S or T or both. The 
union of two sets corresponds to their sum (Figure 2a). 


The intersection of the sets S and T is defined as 
the collection of elements that belong to both S and T, 
and is written SOT. The intersection of two sets corre- 
sponds to the set of elements they have in common, or 
in some sense to their product (Figure 2b). 


The difference between two sets, written S-T, is 
the set of elements that are contained in S but not 
contained in T (Figure 2c). 


If S is a subset of T, then S-T 0, and if the inter- 
section of S and T (SNT) is the null set, then S-T = S. 
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The union of T and S 


Figure 2a. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


The intersection of T and S 


Figure 2b. (/ilustration by Hans & Cassidy. Courtesy of Gale Group.) 


The difference S - T 


Figure 2c. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Applications of set theory 


Because of its very general or abstract nature, set 
theory has many applications in other branches of 
mathematics. In the branch called analysis, of which 
differential and integral calculus are important parts, 
an understanding of limit points and what is meant by 
the continuity of a function are based on set theory. 
The algebraic treatment of set operations leads to 
boolean algebra, in which the operations of intersec- 
tion, union, and difference are interpreted as corre- 
sponding to the logical operations “and,” “or,” and 
“not,” respectively. Boolean algebra in turn is used 
extensively in the design of digital electronic circuitry, 
such as that found in calculators and personal com- 
puters. Set theory provides the basis of topology, the 
study of sets together with the properties of various 
collections of subsets. 


” 
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Complement—That part of a set S that is not con- 
tained in a particular subset T. Written T’, the union 
of T and T’ equal S. 


Difference—The difference between two sets S and 
T, written ST is that part of S which is not in T. 


Dimension—A measure of the spatial extent of a set. 
Element—Any member of a set. An object in a set. 


Intersection—The intersection of two sets is itself a 
set comprised of all the elements common to both 
sets. 


Set—A set is a collection of things called members 
or elements of the set. In mathematics, the mem- 
bers of a set will often be numbers. 


Subset—A set, S, is called a subset of another set, I, 
if every member of S is contained in |. 


Union—The union of two sets is the set that con- 
tains all the elements found in either of both of the 
two sets. 
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[ SETI 


SETI is an organized effort to detect communica- 
tions from intelligent beings somewhere in the universe 
besides Earth. Since radio astronomers first tuned into 
the skies, scientists have listened for an elusive radio 
signal that would confirm the existence of extraterrestrial 
intelligence. One of the major efforts that began during 
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the last quarter of the twentieth century and has now 
continued into the twenty-first century is a project termed 
the Search for Extra-Terrestrial Intelligence (SETI). Over 
the years, the SETI project has evolved into a variety of 
programs utilizing research resources at a number of 
different facilities. A number of other programs have 
embraced at least part of the SETI concept and goals. 


To search the entire universe is an impossibility 
for humans under current technological abilities. 
Consequently, to perform a search for intelligent life, 
certain assumptions had to be made by the scientific 
community. These primary assumptions are: Earth is 
not unique in its ability to support life, especially intel- 
ligent life like humans; the presence of water on a planet 
is necessary for intelligent life; extraterrestrial life will 
be most likely based on the element carbon; and a star 
similar to the sun is essential for extraterrestrial life to 
evolve. Based on these assumptions, SETI estimates 
that about 10% of the stars in the Milky Way galaxy 
are like the sun. Within around 100 light-years of Earth, 
there are about 1,000 of these sun like stars. Conse- 
quently, SETI scientists are concentrating much of their 
efforts on these prime targets for intelligent life. 


As of October 2006, only a fraction of the potential 
sources of radio signals have been thoroughly observed, 
and no signal definitively identified as extraterrestrial in 
origin. As of 2004, about 10% of the visible night sky 
has never been scanned for signals. Less than 50% of the 
visible sky had been briefly scanned more than once. 


SETI is a term that encompasses several different 
groups and their efforts to seek out intelligent extra- 
terrestrial life. The driving force behind these groups is 
the ancient human desire to understand the origin and 
distribution of life throughout the universe. As tech- 
nology progresses, SETI have evolved from single 
project observations of the night sky to coordinated 
efforts in data analysis that, as of 2004, involved more 
than 5 million volunteers from around the globe (over 
200 countries), who had collectively donated over 19 
million years or collective computer CPU (central 
processing unit) time. 


The concept of SETI began from the 1959 paper 
written by physicists Giuseppe Cocconi (1914-) and 
Philip Morrison (1915-2005) in which they suggested 
that interstellar communications would be best possi- 
ble in the range of 1 to 10 gigahertz. Then, Cornell 
University professor and American astronomer and 
astrophysicist Frank Drake (1930-) founded the first 
SETI program in late 1959. Drake reinforced his idea 
of scanning the skies with his famous Drake equation. 
The Drake equation predicts the abundance of intelli- 
gent life within a certain galaxy. 
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(N = N * f(p) * n(e) * £() * £() * £(©) * f(L)) 


The first continuous SETI program revolved 
around Big Ear, the Ohio State University 360-feet 9 
(110-m) wide, 500-feet (150-m) long, and 70-feet (20-m) 
high radio telescope that was constructed in Delaware, 
Ohio, in 1963. 


The second major development of SETI took shape 
in the late 1960s when NASA (National Aeronautics 
and Space Administration) joined the program. NASA 
was minimally involved with the project, but spawned 
many SETI related programs. These programs included 
the Microwave Observing Project, Project Orion, the 
High Resolution Microwave Survey, Toward Other 
Planetary Systems. One of the most intensive SETI 
related programs NASA would initiate began in 1992, 
but the U.S. Congress cut funding for the program 
within one year. SETI projects now must rely on private 
funding, and SETI operates through the SETI Institute, 
a non-profit corporation. 


Historically, scientists used several different meth- 
ods for searching for extraterrestrial intelligence. The 
earliest method, and still most commonly used in 
present research, is the scanning of electromagnetic 
emissions. Radio waves are picked up by an array of 
radio telescopes and scanned for non-random pat- 
terns. More modern methods expand the search to 
other regions of the electromagnetic spectrum, includ- 
ing the infrared spectrum. 


As of 2006, the University of California at Berkeley 
hosts the most widespread SETI effort in history. 
Berkeley projects include SETI@Home (a distrib- 
uted computing project), Search for Extraterrestrial 
Radio Emissions at the Nearby Developed Intelligent 
Populations (SERENDIP), Optical SETI, and Southern 
SERENDIP. SETI@Home collects its data in the 
background of the Arecibo Radio Observatory and 
relays it back to the laboratory in Berkeley. The data is, 
then, divided into work units where it is sent out to the 
personal computers of volunteers throughout the world. 
These personal computers scan the data for candidate 
signals. If a candidate signal appears, it is relayed back 
to Berkeley, where the signal is checked for data integ- 
rity. Finally, the lab removes radio interference and 
scans the data for final candidates. The Berkeley fac- 
tion of SETI will be expanding their efforts with the 
Allen Telescope Array (ATA, formerly known as the 
One Hectare Telescope) designated specifically for this 
research. The array will be equivalent to a single large 
dish over 328 feet (100 meters) on a side. As of 2006, 
about one-fifth of the antennas have been completed. 


Project Phoenix, also run by the SETI Institute, 
concentrates on obtaining signals from targeted areas 
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within the Milky Way galaxy. The focused Phoenix 
receiver can amass radio energy for longer periods of 
time and with greater sensitivity than previous SETI 
radio-telescopes, allowing for faster and more precise 
analysis. The search is able to search the galaxy out to 
about 200 light-years. 


Although only a small fraction of the sky has been 
scanned, so far, SETI initiatives have not confirmed a 
signal from an extraterrestrial source that is conclusive 
proof of an extraterrestrial intelligence. A few strong 
and unexplained signals have intrigued SETI scien- 
tists; the most well known was received in 1977 at the 
Ohio State Radio Observatory. None of the signals 
have ever repeated. 


On August 15, 1977, astronomer Jerry Ehman was 
going through the computer printouts of Big Ear, when 
he discovered the reception of what remained through- 
out the twentieth century as the best candidate for a 
signal that might be classified as a sign of extraterrestrial 
intelligence. Excited, Ehman scribbled, “WOW!” on the 
printout and forever after the signal became known as 
the “WOW!” signal. 


Despite repeated attempts to reacquire the sig- 
nal, the fact that the signal was never again recorded, 
makes many astronomers, including Ehman, skepti- 
cal about the origins of the “WOW!” signal. If it were 
an intentional signal, astronomers argue, the sending 
civilization would have repeated it—or something 
like it—many times. A number of SETI experts now 
assert the “WOW!” signal was, perhaps, a mere 
reflection of a signal from the Earth off an orbiting 
satellite. 


In March 2003, researchers with the SETI@Home 
(which was started in May 1999 so that any individual 
could download its software and participate in SETI 
research) distributed computing project, the largest 
computation in human history, announced that the 
150 highest probability candidate signal sources would 
be systematically reexamined by the Arecibo telescope 
in Puerto Rico. The candidate signals were identified 
over a four-year period during which SET@Home par- 
ticipants donated more than one million years of com- 
puting time. 


The final stellar countdown phase of the 
SETI@Home project will attempt to further discrim- 
inate between signals that are random noise or terres- 
trial interference and those that might be of 
extraterrestrial origin. The signals of highest investi- 
gative interest were evaluated by several factors, 
including the number of times the radio source was 
detected, strength of signal, apparent proximity of 
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Severe acute respiratory syndrome (SARS) 


origin to known and observable stars, and the type of 
star and/or presence of known planets near the appa- 
rent source of the signal. 


As of 2005, the International Academy of 
Astronautics (IAA) created the SETI: Post-Detection 
Science and Technology Task Group in order to 
advise and consult on matters pertaining to extrater- 
restrial intelligence. In the early years of the twenty- 
first century, several countries, including the United 
States have been sending spacecraft to planets within 
the solar system. They are also observing the evolution 
of the universe with telescopes on Earth and orbiting 
in space. In 2005, for example, NASA’s Spitzer Space 
Telescope found gaseous chemicals around a star that 
is only 375 light-years from Earth. These chemicals 
could likely form protein and DNA (deoxyribonucleic 
acid), some of the ingredients for the building blocks 
of life as found on Earth. 


As scientists explore the universe with equipment 
on Earth and with spacecraft sent into the solar sys- 
tem, humans are learning more and more about how 
the universe develops. The Milky Way galaxy is an 
average galaxy within the universe, however, it 
appears to be rich in possibilities for intelligent life. 
Whether intelligent life exists elsewhere than on Earth 
is still a question to be answered. As of October 2006, 
SETI has not confirmed any discovery of communica- 
tions from intelligent life forms from outer space. 


See also Astronomical unit; Astronomy; Astrophysics; 
Cosmology; Radio astronomy. 
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[ Severe acute oo 


syndrome (SARS 


Severe acute respiratory syndrome (SARS) is the 
first emergent and highly transmissible viral disease to 
appear among humans during the twenty-first century. 
Patients with SARS develop flu like fever, headache, 
malaise, dry cough and other breathing difficulties. 
Many patients develop pneumonia, and in 5-10% of 
cases, the pneumonia and other complications are 
severe enough to cause death. SARS is caused by a 
virus that is transmitted usually from person to per- 
son—predominantly by the aerosolized droplets of 
virus infected material. 


SARS cases provided a test of recent reforms in 
International Health Regulations designed to increase 
surveillance and reporting of infectious diseases— 
and to enhance cooperation in preventing the interna- 
tional spread of disease. Although not an act of 
bioterrorism, because the very same epidemiologic 
principles and isolation protocols might be used to 
both initially determine and initially respond to an 
act of bioterrorism, intelligence and public heath offi- 
cials closely monitored the political, scientific, and 
medical responses to the SARS outbreak. In many 
regards, the SARS outbreak provided a real and 
deadly test of public health responses, readiness, and 
resources. 


Common to both responses of the SARS outbreak 
and a potential deliberate biological attack using 
pathogens such as smallpox or anthrax is the need to 
rapidly develop accurate diagnostic tests, treatment 
protocols, and medically sound control measures. 


At the end of April 2003, SARS had the potential 
to become a global pandemic. Scientists, public health 
authorities, and clinicians around the world struggled 
to both treat and investigate the disease. The first 
known case of SARS was traced to a November 
2002, case in Guangdong province, China. By mid- 
February 2003, Chinese health officials tracked more 
than 300 cases, including five deaths in Guangdong 
province from what was at the time described as an 
acute respiratory syndrome. 


Many flu causing viruses have previously origi- 
nated from Guangdong province because of cultural 
and exotic cuisine practices that bring animals, animal 
parts, and humans into close proximity. In such an 
environment, pathogens can more easily genetically 
mutate and make the leap from animal hosts to 
humans. The first cases of SARS showed high rates 
among Guangdong food handlers and chefs. 
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Chinese health officials initially remained silent 
about the outbreak, and no special precautions were 
taken to limit travel or prevent the spread of the dis- 
ease. The world health community, therefore, had no 
chance to institute testing, isolation, and quarantine 
measures that might have prevented the subsequent 
global spread of the disease. 


On February 21, 2003, Liu Jianlun, a 64-year-old 
Chinese physician from Zhongshan hospital (later deter- 
mined to have been “a super-spreader,” a person capa- 
ble of infecting unusually high numbers of contacts) 
traveled to Hong Kong to attend a family wedding 
despite the fact that he had a fever. Epidemiologists 
subsequently determined that, Jianlun passed on the 
SARS virus to other guests at the Metropole Hotel 
where he stayed—including American businessman 
Johnny Chen en route to Hanoi, three women from 
Singapore, two Canadians, and a Hong Kong resident. 
Jianlun’s travel to Hong Kong and the subsequent travel 
of those he infected allowed SARS to spread from China 
to the infected travelers’ destinations. 


Chen, the American businessman, grew ill in 
Hanoi, Viet Nam, and was admitted to a local hospi- 
tal. Chen infected 20 health care workers at the hospi- 
tal including noted Italian epidemiologist Carlo 
Urbani who worked at the Hanoi World Health 
Organization (WHO) office. Urbani provided medical 
care for Chen and first formally identified SARS as a 
unique disease on February 28, 2003. By early March, 
22 hospital workers in Hanoi were ill with SARS. 


Unaware of the problems in China, Urbani’s 
report drew increased attention among epidemiolo- 
gists when coupled with news reports in mid-March 
that Hong Kong health officials had also discovered 
an outbreak of an acute respiratory syndrome among 
health care workers. Unsuspecting hospital workers 
admitted the Hong Kong man infected by Jianlun to a 
general ward at the Prince of Wales Hospital because 
it was assumed he had a typical severe pneumonia—a 
fairly routine admission. The first notice that clini- 
cians were dealing with an usual illness came—not 
from health notices from China of increasing illnesses 
and deaths due to SARS—but from the observation 
that hospital staff, along with those subsequently 
determined to have been in close proximity to the 
infected persons, began to show signs of illness. 
Eventually, 138 people, including 34 nurses, 20 doc- 
tors, 16 medical students, and 15 other health-care 
workers, contracted pneumonia. 


One of the most intriguing aspects of the early Hong 
Kong cases was a cluster of more than 250 SARS 
cases that occurred in a cluster of high-rise apartment 
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buildings—many housing health care workers—that 
provided evidence of a high rate of secondary transmis- 
sion. Epidemiologists conducted extensive investigations 
to rule out the hypothesis that the illnesses were related to 
some form of local contamination (e.g., sewage, bacteria 
on the ventilation system, etc.). Rumors began that the 
illness was due to cockroaches or rodents, but no scien- 
tific evidence supported the hypothesis that the disease 
pathogen was carried by insects or animals. 


Hong Kong authorities then decided that those 
suffering the flu like symptoms would be given the 
option of self-isolation, with family members allowed 
to remain confined at home or in special camps. 
Compliance checks were conducted by police. 


One of the Canadians infected in Hong Kong, 
Kwan Sui-Chu, return to Toronto, Ontario, and died 
in a Toronto hospital on March 5. 2003. As in Hong 
Kong, because there were no alert from China about 
the SARS outbreak, Canadian officials did not ini- 
tially suspect that Sui-Chu had been infected with a 
highly contagious virus, until Sui-Chu’s son and five 
health care workers showed similar symptoms. By 
mid-April, Canada reported more than 130 SARS 
cases and 15 fatalities. 


Increasingly faced with reports that provided evi- 
dence of global dissemination, on March 15, 2003, the 
World Health Organization (WHO) took the unusual 
step of issuing a travel warning that described SARS is 
a “worldwide health threat.” WHO officials announced 
that SARS cases, and potential cases, had been tracked 
from China to Singapore, Thailand, Vietnam, Indonesia, 
Philippines, and Canada. Although the exact cause of the 
“acute respiratory syndrome” had not, at that time, been 
determined, WHO officials issuance of the precautionary 
warning to travelers bound for South East Asia about the 
potential SARS risk severed notice to public health offi- 
cials about the potential dangers of SARS. 


Within days of the first WHO warning, SARS 
cases were reported in United Kingdom, Spain, 
Slovenia, Germany, and in the United States. 


WHO officials were initially encouraged that iso- 
lation procedures and alerts were working to stem the 
spread of SARS, as some countries reporting small 
numbers of cases experienced no further dissemina- 
tion to hospital staff or others in contact with SARS 
victims. However, in some countries, including 
Canada, where SARS cases occurred before WHO 
alerts, SARS continued to spread beyond the bounds 
of isolated patients. 


WHO officials responded by recommending 
increased screening and quarantine measures that 
included mandatory screening of persons returning 
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from visits to the most severely affected areas in 
China, Southeast Asia, and Hong Kong. 


On March 29, Urbani, the scientist who initially 
reported a SARS case, died of complications related to 
SARS. 


In early April 2003, WHO took the controversial 
additional step of recommending against non-essen- 
tial travel to Hong Kong and the Guangdong province 
of China. The recommendation, sought by infectious 
disease specialists, was not controversial within 
the medical community, but caused immediate con- 
cern regarding the potentially widespread economic 
impacts. 


World attention—focused largely on the ongoing 
war in Iraq—began to focus on SARS. Within China, 
under a new generation of political leadership, a polit- 
ically unique event occurred when Chinese official 
publicly apologized for a slow and inefficient response 
to the SARS outbreak. Allegations that officials cov- 
ered up the true extent of the spread of the disease 
caused the dismissal of several local administrators 
including China’s public health minister and the 
mayor of Beijing. 


Mounting reports of SARS showed an increasing 
global dissemination of the virus. By April 9, 2003, the 
first confirmed reports of SARS cases in Africa 
reached WHO headquarters, and eight days later, a 
confirmed case was discovered in India. 


Scientists scrambled to isolate, identify, and 
sequence the pathogen responsible for SARS. Modes 
of transmission characteristic of viral transmission 
allowed scientists to place early attention on a group 
of viruses termed coronaviruses—some of which are 
associated the common cold. There was a global two- 
pronged attack on the SARS pathogen, with some 
efforts directed toward a positive identification and 
isolation of the virus, and other efforts directed 
toward discovering the genetic molecular structure 
and sequence of genes contained in the virus. The 
development of a genomic map of the precise nucleo- 
tide sequence of the virus would be key in any subse- 
quent development of a definitive diagnostic test, the 
identification of effective anti-viral agents, and per- 
haps a vaccine. 


The development of a reliable and definitive diag- 
nostic test was considered of paramount importance in 
keeping SARS from becoming a global pandemic. A 
definitive diagnostic test would not only allow physi- 
cians earlier treatment options, but would also allow 
the earlier identification and isolation of potential 
carriers of the virus. 
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Without advanced testing, physicians were ini- 
tially forced to rely upon less sensitive tests that were 
unable to identify SARS prior to 21 days of infection, 
in most cases too late to effectively isolate the patient. 


In mid-April 2003, Canadian scientists at the British 
Columbia Cancer Agency in Vancouver announced that 
they that sequenced the genome of the coronavirus most 
likely to be the cause of SARS. Within days, scientists at 
the Centers for Disease Control (CDC) in Atlanta, 
Georgia, offered a genomic map that confirmed more 
than 99% of the Canadian findings. 


Both genetic maps were generated from studies of 
viruses isolated from SARS cases. The particular coro- 
navirus mapped had a genomic sequence of 29,727 
nucleotides—average for the family of coronavirus that 
typically contain between 29,000-31,000 nucleotides. 


Proof that the coronavirus mapped was the spe- 
cific virus responsible for SARS would eventually 
come from animal testing. Rhesus monkeys were 
exposed to the virus via injection and inhalation and 
then monitored to determine whether SARS like 
symptoms developed, and then if sick animals exhib- 
ited a histological pathology (i.e., an examination of 
the tissue and cellular level pathology) similar to find- 
ings in human patients. Other tests, including poly- 
merase chain reaction (PCR) testing helped positively 
match the specific coronavirus present in the lung 
tissue, blood, and feces of infected animals to the 
exposure virus. 


Identification of a specific pathogen can be a com- 
plex process, and positive identification requires thou- 
sands of tests. All testing is conducted with regard to 
testing Koch’s postulates—the four conditions that 
must be met for an organism to be determined to the 
cause of a disease. First, the organism must be present 
in every case of the disease. Second, the organism must 
be able to be isolated from the host and grown in 
laboratory conditions. Third, the disease must be 
reproduced when the isolated organism is introduced 
into another, healthy host. The fourth postulate stip- 
ulates that the same organism must be able to be 
recovered and purified from the host that was exper- 
imentally infected. 


SARS has an incubation period range of 2-10 
days, with an average incubation of about four days. 
Much of the innoculation period allows the virus to be 
both transported and spread by an asymptomatic car- 
rier. With air travel, asymptotic carriers can travel to 
anywhere in the world. The initial symptoms are non- 
specific and common to the flu. Infected cases then 
typically spike a high fever 100.4°F (38°C) as they 
develop a cough, shortness of breath, and difficulty 
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breathing. SARS often fulminates (reaches it maxi- 
mum progression) in a severe pneumonia that can 
cause respiratory failure and death in death in about 
10% of its victims. 


No definitive therapy has been demonstrated to 
have clinical effectiveness against the virus that causes 
SARS. Antibiotics, antiviral medications, corticoste- 
roids, and supportive therapies such as fluids and 
ventilation are the mainstays of treatment for SARS. 


Before the advent of vaccines and effective diag- 
nostic tools, isolation and quarantine were the princi- 
pal tools to control the spread of infectious disease. 
The term “quarantine” derives from the Italian quar- 
antine and quaranta giorni and date to the plague in 
Europe. As a precautionary measure, the government 
of Venice restricted entry into the port city and man- 
dated that ships coming from areas of plague—or 
otherwise suspected of carrying plague—had to wait 
40 days before being allowed to discharge their cargos. 


The legal basis of quarantine in the United States 
was established in 1878 with the passage of Federal 
Quarantine Legislation in response to continued out- 
breaks of yellow fever, typhus, and cholera. 


The public discussion of SARS related quarantine 
in the United States and Europe renewed tensions 
between the needs for public heath precautions that 
safeguard society at large and the liberties of the indi- 
vidual. During the later years of the nineteenth cen- 
tury and throughout the twentieth century, the law 
bent toward protecting the greater needs of protecting 
society. The fact that the poser of quarantine was 
sometime used to contain and discourage immigra- 
tion, often made the use quarantine a political and 
well as medical issue. In other cases such, as with 
tuberculosis (TB), quarantine proved effective and 
courts wielded wide authority to isolate, hospitalize, 
and force patients to take medications. 


Isolation and quarantine remain potent tools in 
the modern public health arsenal. Both procedures 
seek to control exposure to infected individuals or 
materials. Isolation procedures are used with patients 
with a confirmed illness. Quarantine rules and proce- 
dures apply to individuals who are not currently ill, 
but are known to have been exposed to the illness (e.g., 
been in the company of a infected person or come in 
contact with infected materials). 


Isolation and quarantine both act to restrict 
movement and to slow or stop the spread of disease 
within a community. Depending on the illness, 
patients placed in isolation may be cared for in hospi- 
tals, specialized health care facilities, or in less severe 
cases, at home. Isolation is a standard procedure for 
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TB patients. In most cases, isolation is voluntary; 
however, isolation can be compelled by federal, state, 
and some local law. 


States governments within the United States have 
a general authority to set and enforce quarantine con- 
ditions. At the federal level, the Centers for Disease 
Control and Prevention’s (CDC) Division of Global 
Migration and Quarantine is empowered to detain, 
examine, or conditionally release (release with restric- 
tions on movement or with a required treatment pro- 
tocol) individuals suspected of carrying certain listed 
communicable diseases. 


The (CDC) in Atlanta recommended SARS patients 
be voluntarily isolated, but had not recommended 
enforced isolation or quarantine. Regardless, CDC 
and other public heath officials, including the 
Surgeon General, sought and secured increased 
powers to deal with SARS. On April 4, 2003, U-S. 
President George W. Bush signed Presidential 
Executive Order 13295 that added SARS to a list of 
quarantinable communicable diseases. The order pro- 
vided heath officials with the broader powers to seek 
“... apprehension, detention, or conditional release of 
individuals to prevent the introduction, transmission, 
or spread of suspected communicable diseases. ...” 


Other diseases on the U.S. communicable disease 
list, specified pursuant to section 361(b) of the Public 
Health Service Act, include “Cholera; Diphtheria; infec- 
tious Tuberculosis; Plague; Smallpox; Yellow Fever; 
and Viral Hemorrhagic Fevers (Lassa, Marburg, 
Ebola, Crimean-Congo, South American, Haanta, and 
others yet to be isolated or named).” 


Canada, hit early and much harder by SARS than 
the U.S., responded by closing schools and some hospi- 
tals in impacted areas. Canadian health officials advised 
seemingly healthy travelers from areas with known 
SARS cases to enter into a 10-day voluntary quarantine. 
Once in isolation, individuals were asked to frequently 
take their temperature and remain separated from other 
family members. Within a month, almost 10,000 people 
were in some form of quarantine. Canadian government 
officials, including the Prime Minister Jean Chrétien 
complained bitterly when, on April 23, the WHO rec- 
ommended a three-week postponement of non-essential 
travel to Toronto. After criticism and intense lobbying 
of WHO by Chretien’s government and Canadian pub- 
lic health officials, WHO discontinued the recommen- 
dation on April 30, 2003. When Canada’s cases of 
SARS spiked, Toronto was returned to the WHO list, 
and was not removed until July 2, 2003. WHO officials 
kept in place similar warnings about travel to Beijing 
and Hong Kong. 
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Faced with a more immediate danger and larger 
numbers of initial cases, an authoritarian government 
in Singapore was less hesitant in ordering quarantine 
of victims and those potentially exposed to the virus. 
One of the three Singapore women initially infected in 
Hong Kong was later identified as a super-spreader 
who infected more than 90 people. She recovered, but 
both her mother and father died of SARS. 


Passengers arriving in Singapore coming from 
other countries with SARS were required to undergo 
questioning by nurses in isolation garb and then 
required to walk through a thermal scanner calibrated 
to detect an elevated body temperature. Soldiers 
immediately escort those with elevated temperatures 
into quarantine facilities. Those subsequently allowed 
to remain in their homes are monitored by video cam- 
eras and electronic wristbands. 


By late April/early May 2003, WHO officials had 
confirmed reports of more than 3,000 cases of SARS 
from 18 different countries with 111 deaths attributed 
to the disease. Each new day brought new reports that 
increased these totals. United States health officials 
reported 193 cases with no deaths. Significantly, all 
but 20 of the U.S. cases were linked to travel to 
infected areas, and the other 20 cases were accounted 
for by secondary transmission from infected patients 
to family members and health care workers. Many of 
China’s neighbors considered closing borders to all 
but essential travel. 


In China, fear of a widespread outbreak in Beijing 
caused a late, but intensive effort to isolate SARS 
victims and halt the spread of the disease. By the end 
of April 2003, schools in Beijing were closed as were 
many public areas were closed. Despite these measures, 
SARS cases and deaths continued to mount. By the 
end of the outbreak in July 2003, 8098 people world- 
wide had contracted SARS, and 774 had died from 
complications of the disease. The outbreak then sub- 
sided almost as quickly as it arose. In early 2004, 
Chinese authorities reported another outbreaks of 
SARS affecting seventeen people; this time originating 
from six laboratory workers who were exposed to the 
virus. In late 2004, four more unlinked, community- 
acquired cases of SARS were found in Guangdong 
province, and although the source of this outbreak 
was unconfirmed, it is suspected to have originated in 
wild animals, most likely those found in food markets. 


Health authorities assert that the emergent virus 
responsible for SARS will remain endemic (part of the 
natural array of viruses) in many regions of China, and 
that outbreaks could continue on a seasonal basis. In 
September 2006, a phase-one clinical trial in human 
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volunteers in the U.S. of a vaccine designed to protect 
against the SARS virus concluded, and although pre- 
liminary results look promising, final results have yet 
to be published. China has also claimed success with a 
vaccine tested in humans. 


See also Genetic identification of microorgan- 
isms; Zoonoses. 
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f Sewage treatment 


Sewerage and sewage must be defined at the outset 
because they are often used incorrectly. Sewerage is a 
system of pipes used to collect and carry sewage, which 
is the wastewater discharged from domestic premises. 
Sewage is wastewater discharged from a home, busi- 
ness, or industry. It is treated to remove or alter 
contaminants in order to minimize the impact of dis- 
charging wastewater into the environment. The oper- 
ations and processes used in sewage treatment consist 
of physicochemical and biological systems. 


Domestic sewage consists of human wastes, 
paper, and vegetable matter. This type of waste is 
organic because it consists of compounds containing 
carbon and can be broken down by microorganisms 
into simpler compounds, which are stable and not 
liable to cause a nuisance. Sewage can consist of 
99.9% water and 0.1% solids. 


Raw sewage is a health and environmental con- 
cern. It carries a host of bacteria and viruses, causing 


GALE ENCYCLOPEDIA OF SCIENCE 4 


diseases such as typhoid, cholera, and dysentery. 
Decaying organic waste is broken down by microor- 
ganisms that require substantial amounts of oxygen. If 
raw sewage is released directly into rivers, lakes, and 
oceans, it will significantly, and often catastrophically, 
reduce the oxygen levels in the water, killing fish, 
native microorganisms, and plant life. 


In natural sewage decay, organic waste is con- 
sumed by microorganisms such as bacteria and 
fungi. Initially, this decay is aerobic (requiring oxy- 
gen). If the quantity of material is too large, however, 
the oxygen is depleted and the decay mechanism 
becomes anaerobic (carried out in the absence of oxy- 
gen). Anaerobic decay is slower than aerobic decay, 
and produces toxic reduction compounds like meth- 
ane and hydrogen sulfide. The natural process is 
acceptable for very limited amounts of sewage but 
impractical for the quantities produced by municipal- 
ities. As a result, bulk treatment methods have been 
developed. 


In general, municipal sewage treatment is an iter- 
ative process. The process begins by screening out 
large solids, such as trash, with bars or large mesh 
screens. Next, grit is settled out in preliminary settling 
tanks. The sewage then proceeds to further separation 
by moving through a series of holding tanks where the 
heavy matter (sludge) falls to the bottom, where it is 
later removed, and the floating matter rises to the top 
where it can be skimmed off. Once filtered, sewage is 
sent to tanks where it is processed biologically, using 
aerobic organisms. In addition, sewage can be chemi- 
cally treated to bring pH to an acceptable region, and 
to remove hazardous wastes. 


These are methods of sewage treatment, but not 
all of them are employed at every sewage treatment 
plant. The specific methods of treatment is dependant 
upon both the location of final release and the nature 
of the sewage being treated. 


Separation of liquid and biosolids 


After trash and bulk contamination are removed 
from waste water by screening, the next step is the 
removal of suspended matter. This can be accom- 
plished by several methods, the simplest of which is 
gravity sedimentation. Wastewater is held in a tank or 
vessel until heavier particles have sunk to the bottom 
and light materials have floated to the top. The top of 
the tank can be skimmed to remove the floating mate- 
rial and the clarified liquid can be drained off. In batch 
mode sedimentation, several tanks of sewage will go 
through the settling process before the accumulated 
sludge is removed from the bottom of the tank. 
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The settling process can be hastened by use of 
chemical precipitants such as aluminum sulfate. 
Gentle stirring with rods, another method, encourages 
the aggregation of a number of fine, suspended mate- 
rials. As the clots of material grow larger and heavier, 
they sink. Suspended matter can be encouraged to 
float by exposing it to fine bubbles, a method known 
as dissolved-air floatation. The bubbles adhere to the 
matter and cause it to float to the surface, where it can 
be removed by skimming. 


Another method of filtration, generally used after 
gravity sedimentation, is deep bed filtration. Partially 
processed liquid from the sedimentation tanks, called 
effluent, flows over a bed of graded sand and crushed 
coal. This material not only strains the larger particles 
from the effluent but also further clarifies it by remov- 
ing fine particles via adhesion. The filtering material 
attracts these small particles of sewage by electrostatic 
charge, pulling them out of the main flow and result- 
ing in significantly clearer liquid. Alternately, effluent 
can be filtered by a fine mesh screen or cloth, in a 
method known as surface filtration, or solid material 
can be pulled out by centrifuge. 


At this point the original raw sewage has been 
essentially separated into two parts: sludge, or biosol- 
ids; and clarified effluent. Both parts still contain dis- 
ease carrying, oxygen consuming pathogens, and need 
further processing. Earlier, the biological decay of raw 
sewage was discussed. Theoretically, both biosolids 
and effluent can be processed using biological treat- 
ment methods, but at this point cost considerations 
come into play. Biological treatment of dense sludge is 
time-consuming, requiring large tanks to allow com- 
plete processing, whereas that of effluent is fairly effi- 
cient. Thus, biosolids are generally processed by 
different methods than effluent. 


After settling out, biosolids can be removed from the 
bottom of the sedimentation tank. These tanks may have 
a conical shape to allow the sludge to be removed 
through a valve at the tip, or they may be flat bottomed. 
The sludge can be dried and incinerated at temperatures 
between 1,500 and 3,000°F (816 and 1,649°C), and the 
resulting ashes, if non-toxic, can be buried in a landfill. 
Composting is another method of sludge disposal. The 
biosolids can be mixed with wood chips to provide 
roughage and aeration during the decay process. The 
resulting material can be used as fertilizer in agriculture. 
Properly diluted, sludge can also be disposed of through 
land application. Purely municipal sludge, without chem- 
icals or heavy metals, makes a great spray-on fertilizer for 
non-food plants. It is used in forestry, and on such com- 
mercial crops as cotton. It must be monitored carefully, 
though, so that it does not contaminate ground water. 
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Biomanagement of effluent 


Though the biological treatment methods 
described here can be applied to any raw sewage, for 
the reasons described earlier, they are generally only 
used to process effluent that has already had the bulk 
of the solid material removed. As such, it is mostly 
water, though still containing unacceptable levels of 
pathogens and oxygen-consuming organisms. 


An early method of biological treatment used 
natural soil. Sewage was allowed to percolate down 
through the soil where it was processed by aerobic 
organisms. Such treatment methods were not practical 
for the large volumes of sewage produced by towns of 
any appreciable size. If a significant amount of solids 
accumulated, the reaction would become anaerobic, 
with the attendant disadvantages of odor and slow 
decay. 


Contact gravel beds are an improved form of the 
natural soil method. This type of processing is usually 
performed in batch mode. Gravel beds several feet 
deep enclosed in tanks are charged with effluent. 
Voids in the gravel guarantee aeration, and the aerobic 
decay process proceeds more rapidly than the natural 
soil method. After a batch is processed, the beds can be 
left empty so that the gravel can re-aerate. 


A more efficient version of contact gravel beds are 
percolating or trickling filters, still in common use. 
Effluent is trickled over gravel beds continuously, and 
the voids between the gravel provide aeration. The beds 
rapidly become charged with a slime layer containing 
complex ecosystem made up of bacteria, viruses, pro- 
tozoa, fungi, algae, nematodes, and insects. The various 
life forms in this biological mat maintain a balance, 
some feeding on the effluent, some feeding on one 
another, keeping the filter from becoming clogged. 
The new grown solid material can be flushed out with 
the purified water, then removed in settling tanks called 
humus tanks. 


Scientists studying biological treatment methods 
at the beginning of the twentieth century discovered 
that if sewage is left in a tank and aerated, with the 
liquid periodically removed and replaced with fresh 
sewage, the sludge that settles in the tank will develop 
into a potent microorganism stew. This material, 
known as activated sludge, can oxidize organic sewage 
far more rapidly than the organisms in trickling filters 
or contact gravel beds. 


In activated sludge processing systems, the efflu- 
ent is introduced at one end of a large tank containing 
activated sludge and is processed as it travels down to 
the outflow pipe at the far end. The mixture is agitated 
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to keep the sludge in suspension and ensure adequate 
aeration. Air can be bubbled through the tank to 
introduce additional oxygen if necessary. After out- 
flow, the processed liquid is held in sedimentation 
tanks until the sludge settles out. The now purified 
water is then released to a river or other body of 
water and the settled sludge is removed and returned 
to the main processing tank. Over time, the activated 
sludge accumulates, and must be treated in the same 
way as the biosolids discussed earlier. 


Algal ponds are a variation on the activated 
sludge method. Algae on the surface of a pond of 
effluent aerate the liquid by photosynthesis. The bulk 
of the processing is still performed by bacteria. 


Some wastes contain too high a level of toxic 
materials to be processed using biological methods. 
Even small amounts of toxic chemicals can kill off 
activated sludge or other biological systems, causing 
the municipality to restart the culture while the sewage 
waits to be processed. If wastes are too wet to inciner- 
ate, wet air oxidation can be used in which oxygen and 
hot effluent are mixed in a reactor. Another process 
for dealing with toxic waste is vitrification, in which 
the material is essentially melted into glass by a pair of 
electrodes. The material is inert and immobilized, and 
can be buried with a higher degree of safety than in its 
previous state. 


Urban storm water runoff 


Storm water is another issue in sewage treatment. 
During rainstorms, the water washing down the build- 
ings, streets, and sidewalks is collected into the sewers. 
The sewage treatment plant can process a portion of 
the storm water, but once the plant reaches overflow, 
the water is often released directly into the environ- 
ment. Most systems are not designed to process more 
than a small percentage of the overflow from major 
storms. 


Stormwater overflow is a major source of pollu- 
tion for urban rivers and streams. It has a high per- 
centage of heavy metals (cadmium, lead, nickel, zinc) 
and toxic organic pollutants, all of which constitute a 
health and environmental hazard. It can also contain 
grease, oil, and other automotive product pollution 
from street runoff, as well as trash, salt, sand, and 
dirt. Large amounts of runoff can flush so-called dry 
weather deposition from sewer systems, causing over- 
flow to contain the same types of pathogens as 
raw sewage. The runoff is oxygen-demanding, mean- 
ing that if routed directly into rivers, streams, and 
oceans, it will rob the water of the oxygen needed to 
support life. 
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Historically, storm water runoff has not been con- 
sidered part of the sewage treatment plan. Most munic- 
ipal sewage treatment facilities have only minimal 
space for storing runoff, after which it is routed directly 
into receiving waterways. Government and engineers 
are studying various ways of lessening the problem, 
including construction of catch basins to hold runoff, 
flushing sewers regularly to reduce dry-weather depo- 
sition of sewage, implementing sewer flow control sys- 
tems, and a number of strategies to reduce deposition 
of litter and chemicals on city streets. Economical 
methods of creating storage tanks and performing pre- 
liminary and secondary treatment of the runoff water 
are being developed. According to some estimates, it 
could cost the United States as much as $300 billion 
for combined sewer overflow and urban storm 
water runoff control. It is left to be seen how much 
more the environmental effects of uncontrolled runoff 
will cost. 


Septic tanks 


Not all homes and businesses are connected to 
municipal sewage systems. Some are too remote, or 
in towns too small for sewage systems and treatment 
plants. In such cases, septic systems must be used. 


A septic system consists of a septic tank, a drain 
field or leach field, and associated piping. Gray water 
from washing and black water from household toilets 
runs through watertight sewage pipe to the septic tank. 
Anaerobic decay takes place in the septic tank, pri- 
marily in a layer of floating scum on top of the sewage. 
An outlet pipe leads to the drain field. The sewage 
undergoes final processing in the drain field, including 
filtration and aerobic decay. 


When sewage reaches the septic tank, solids settle 
out of it. Anaerobic bacteria, yeast, fungi, and actino- 
mycetes break down the biosolids, producing methane 
and hydrogen sulfide. Fine solids, grease and oils form 
a layer of scum on the surface of the liquid, insulating 
the anaerobic community from any air in the tank. 


There are numerous septic tank designs. The pri- 
mary requirements are that the tanks be watertight; 
and that they have inspection/cleaning ports and are 
large enough to contain three to five days worth of 
sewage from the household. This ensures that the 
anaerobic creatures are able to process the sewage 
prior to its release to the drain field, and that the 
tank does not fill up and/or overflow—a rather revolt- 
ing prospect. This outflow pipe is normally at a lower 
level than the inflow pipe and at the far end of the tank 
from the inflow pipe, to ensure that only processed 
sewage is released. Many septic tank designs include 
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baffles or multiple chambers to force the black water 
through maximum processing prior to release to drain 
field. 


Aerobic decay of the sewage takes place in the 
drain field. The outflow from the septic tank, called 
effluent, still contains pathogens. Effluent travels 
through a network of pipes set in gravel several feet 
below ground. The sections of pipe are slightly sepa- 
rated at the joints, allowing the liquid to seep out. The 
soil and gravel of the drain field filter the effluent and 
expose it aerobic bacteria, fungi, and protozoa that 
feed on the organic material, converting it to soluble 
nutrients. The liquid eventually either percolates down 
to the water table or returns to the surface via evapo- 
ration or transpiration by plants. 


Roughly 4 ft (1.2 m) of soil are needed to process 
effluent, although authorities differ on the exact num- 
ber, which varies with the makeup of the drain field 
soil. In other words, effluent passed through a couple 
yards of soil is pure enough to drink. To ensure a 
significant margin of safety, a drain field must be 
from 50 to 400 ft (15.2 to 121.9 m) from the nearest 
water supply, depending on the soil and the number of 
people served by the aquifer. 


Some areas use incineration for the disposal 
of sludge. Earlier incinerators proved expensive to 
operate and for this reason many of the plants were 
abandoned. Many grass-roots organizations also dis- 
approve of incinerators because of health reasons. 
Incinerators release carcinogenic (cancer-causing) 
and toxic chemicals from their smoke stacks, including 
heavy metals (such as arsenic, lead, cadmium, mer- 
cury, chromium and beryllium); acid gases, including 
hydrogen fluoride; partially-burned organic material 
such as polyvinyl chloride (PVC), herbicide residues 
and wood preservatives; other organic chemicals, 
including polycyclic aromatic hydrocarbons (PAHs); 
and dioxins and furans. One analysis identified 192 
volatile organic compounds being emitted by a solid 
waste incinerator. A new form of incinerator has been 
developed since that study, which is based on the use 
of a fluidized bed that is proving more successful. 


Under the Clean Water Act (CWA), sewage treat- 
ment plants and factories must obtain pollution per- 
mits, or legally binding agreements, which limit the 
volumes and types of pollution discharged into U.S. 
lakes and rivers. These permits form the basis of vir- 
tually all water-pollution tracking and reduction, as 
well as enforcement of water pollution laws. They 
must be renewed at least every five years and, with 
each new permit, the amount of polluted discharge 
allowed is to be lowered toward the eventual goal of 


3885 


yUuaUyea4} BBEMAS 


Sewing machine 


KEY TERMS 


Active sludge—Sewage that has been aerated in a 
tank and has developed powerful organic oxidation 
capabilities. 

Aerobic—Requiring or in the presence of oxygen. 


Algal ponds—A variation on the active sludge 
method in which aeration is performed by algae 
photosynthesis. 


Anaerobic—Describes biological processes that 
take place in the absence of oxygen. 


Biosolids—Feces. 


Black water—Sewage that contains biosolids, e.g. 
water from the toilet. 


Drain field—Underground layer of soil and gravel 
where aerobic decay of septic tank effluent takes 
place. 


Effluent—Liquid that flows from a septic tank or 
sedimentation tank; pathogens—bacteria and 
viruses capable of causing disease. 


Grey water—Sewage that does not contain biosol- 
ids, e.g. water from the kitchen sink or the shower. 


Leach field—Drain field. 


Percolating filters—A sewage treatment system in 
which effluent is trickled over gravel beds and effi- 
ciently purified by bacteria. 


Septic tank—Tank in which anaerobic decay of 
sewage takes place. 


Sewerage—Piping and collection system for sewage. 


zero pollution. At the beginning of 2000, The Friends 
of the Earth (FOE) and Environmental Working 
Group conducted a review of the publicly available 
water-pollution records from the 50 states and the 
District of Columbia. The FOE rated states on a 
pass-fail basis. The grade assigned to each state was 
based on the percentage of expired permits as of the 
start of this year. States with more than 10% of their 
permits expired were failed based on a 10% maximum 
permit backlog set by the United States Environmental 
Protection Agency (EPA). They found that 44 states 
and the District of Columbia failed their criterion. 
Since that time, other reviews have found similar 
results. So, by the mid 2000s, the majority of states 
still fail with their water-pollution permits. 


The average person produces roughly 60 gal 
(227 1) of sewage daily, including both black and grey 
water. Municipal treatment plants and septic systems 
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use mechanical and biological treatment methods to 
process out most of the pathogens and oxygen-con- 
suming organisms. Toxic wastes are more difficult to 
remove, and are present in significant volumes in 
largely untreated storm water runoff. In particular, 
industrial effluent presents environmental and health 
risks. It falls to individual citizens to be responsible in 
useage and disposal of these substances, which even- 
tually find their way back into the environment. 


There are a number of public and private sector 
sewage treatment facilities in the United States. 
According to 2004 data from the U.S. Census Bureau, 
the United States has 5,934 sewage treatment facilities 
in the country. The industry consists of businesses pri- 
marily engaged in operating sewage systems or sewage 
treatment facilities, which collect, treat, and dispose of 
wastes (sewage). 


See also Poisons and toxins; Waste management. 
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[ Sewing machine 


A sewing machine is a mechanical or electrome- 
chanical device equipped with a needle (or needles) 
threaded at the point-end, which puncture the fabric 
periodically as it moves under the needle. Each stitch is 
created as the thread loops onto itself (chain stitch) or 
locks around a second strand of thread (lock stitch), 
sewing the fabrics together. Sewing machines are used 
in both the home and industry, but are designed 
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differently for each setting. Those for the home tend to 
be more versatile in terms of the number and kinds of 
stitches they can perform, but they operate more 
slowly than industrial machines, and have a shorter 
life span. Industrial machines are heavier, have a much 
longer life span, are capable of thousands of stitches 
per inch, and may be designed for very specialized 
tasks. 


History 


Near the end of the eighteenth century, London 
cabinetmaker Thomas Saint patented the design of a 
primitive machine for chain-stitch sewing that used a 
forked needle, which passed through a hole made by the 
sewer using an awl. In the 1870s, Newton Wilson dis- 
covered Saint’s patient (which had been lost in the pat- 
ent office). He built a sewing machine based on Saint’s 
design. Wilson found that Saint’s design had to be 
modified in order to actually build a functioning sewing 
machine. Wilson concluded that Saint had designed but 
never built a sewing machine. During these years 
between Saint’s patent and Wilson’ construction, inven- 
tors in Europe and the United Stated advanced the 
sewing machine concept. Early machine-sewers oper- 
ated their machines by turning a hand wheel that 
moved the needle up and down, and in and out of the 
fabric. By the early 1830s, with the introduction of New 
Yorker Walter Hunt’s lock stitch machine, and with the 
addition of the feed mechanism that moved the fabric 
automatically beneath the needle, the mechanics of the 
sewing machine as it is known today had been worked 
out. But it was not until American inventor Isaac 
Merritt Singer (1811—1875)—the first manufacturer to 
make sewing machines widely available—that sewing 
machines became a fixture in the average household. 
Singer introduced a lock-stitch machine in 1851, the 
first powered by a foot treadle, a pump or lever device 
that turned a flywheel and belt drive. 


As clothing manufacture moved into factories at 
the beginning of the twentieth century, sewing machine 
design branched out as well. Sewing machines designed 
for home use have remained versatile, capable of per- 
forming different kinds of stitching for a variety of 
tasks such as making buttonholes, or sewing stretchy 
fabrics using the zig-zag stitch, in which the needle 
moves back and forth horizontally. More recently, 
manufacturers of home machines have incorporated 
computerized controls that can be programmed to cre- 
ate a multitude of decorative stitches as well as the 
basics. 


Sewing machines intended for industrial use 
evolved along a different track. In the factory setting, 
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where time and efficiency are at a premium, machines 
have to be very fast, capable of producing thousands 
stitches per second. Clothing manufacturers also real- 
ized that sewing machines designed to perform just 
one task, such as making a collar, attaching buttons, 
making buttonholes, setting in pockets, and attaching 
belt loops, could perform these tasks much more 
quickly than a less specialized machines. 


Types of sewing machines 


Sewing machines are designed to create one of two 
basic types of stitches. The chainstitch is created as a 
single thread loops through itself on the underside or 
edge of the fabric, and is used for such purposes as 
button holes and edgings. The lock stitch is created as 
two separate threads—one below the fabric in a bobbin, 
the other above on a spool, lock together from the top 
and the bottom of the fabric at each stitch. The lock 
stitch is used most widely in both industrial and home 
sewing, and is stronger than the chain stitch, but because 
it puts more tension on the thread, cannot be created as 
quickly. (Industrial lockstitch machines can sew up to 
6,000 stitches per minute, while the fastest chainstitch 
machines can sew 10,000 stitches per minute.) In the 
early 1970s, manufacturers of industrial machines 
began to incorporate computerized technology into 
their products. Because these machines could be pro- 
grammed to perform a number of the steps previously 
done by the operator, the new technology halved the 
number of steps (from 16 to 8) in a labor-intensive task 
such as stitching together the various parts of a collar 
(top ply [outer collar], interlining, lower ply, two-piece 
collarband, and collarband interlining). 


Innovations in the 1970s led to the design of three 
types of machines. Dedicated machines incorporate 
microprocessors capable of controlling the assembly of 
apparel parts such as collars, and the operator simply 
loads the pre-cut clothing parts into these machines. 
Programmable convertible machines can be converted 
to perform a number of different tasks, and in this case, 
too, the operator just loads the pre-cut fabrics. Operator- 
programmable machines can be taught new sewing pro- 
cedures as the operator performs the task with the 
machine in ‘teach’ mode, and the machine ‘learns’ the 
various parts of a task. The machine can then perform 
most of the functions except placing the material. 


Future developments 


In both industrial and domestic machines, com- 
puter technology is the driving force for improvement 
and change. Computer-controlled sewing machines 
use specialized sequential cams (sometimes called 
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Sex change 


KEY TERMS 


Chainstitch—Stitch usually created with a single 
thread that loops through itself on the underside of 
the fabric, which is used for such purposes as but- 
ton holes and edging. 


Lockstitch—A stitch created as two separate 
threadsone below the fabric in a bobbin, the other 
above, lock together from the top and the bottom of 
the fabric at each stitch. The lock stitch is stronger 
but cannot be created as quickly as the chain stitch, 
because it puts more tension on the thread. 


stepper motors) to produce complicated sewing pat- 
terns and other sewing techniques. In the industrial 
setting, this change has three goals: to speed up oper- 
ation of the sewing machines; to make the operator’s 
job easier as materials move through their station 
more quickly; and to make the assembly of small 
parts of a garment easier with the design of more 
specialized sewing machines. In the industrial setting, 
where the pressure toward innovation is highest, 
machines are likely to move toward higher levels of 
automation. 


See also Textiles. 
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I Sex change 


Sex change, also called transsexuality, is a proce- 
dure by which an individual of one sex is hormonally 
and surgically altered to attain the characteristics of 
the other sex. A male is changed into a female or a 
female into a male, complete with altered genitalia and 
other secondary sex characteristics. 
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It has been estimated that one male in every 
20,000 to 30,000 wants to become female. The number 
of females who desire a sex change is not known, but it 
is estimated that for every female wishing a sex change 
there may be four males. 


Transsexuals usually see themselves as being of the 
wrong sex early in life. They feel that they are trapped 
in the wrong body. Though they have sexual desires for 
persons of the same sex, it is not as a homosexual. A 
homosexual, one who desires a sexual relationship with 
someone of his or her own sex, is comfortable with his 
sex and does not desire to change. The transsexual 
views himself as a female (or herself as a male) and 
visualizes his female persona as being mated to a male. 
As children, transsexuals often will play with the toys 
of the opposite sex and sometimes will cross dress in 
clothing of the opposite sex. They also may be more 
comfortable socializing with members of the opposite 
sex inasmuch as they view themselves as having similar 
likes, dislikes, and desires. 


Attempts to understand the underlying reasons for 
a person desiring a sex change have not been successful. 
Hormone studies have found them to have normal hor- 
monal patterns for their sex. Examination of their child- 
hood and home environment has shown that some 
transsexuals are from broken homes, others from 
homes with weak or ineffectual fathers and strong moth- 
ers, and still others from homes of loving and sharing 
parents. Genetic investigations also have found nothing. 
At least one investigator blames an abnormal prenatal 
neuroendocrine pattern, so the individual is born with 
the underlying transsexualism already imprinted. Such a 
hormonal upset might be caused by trauma to the 
mother, stress, use of drugs, or other reason while the 
developing infant was early in growth in the womb. This 
theory also remains to be proved. 


The sex-change procedure 


Many potential transsexuals will do nothing 
about their seeming need to be of the opposite sex. 
They will marry, have a family, and attempt to fit in 
with society’s expectations for a person of their sex. 
Secretly they may cross dress in clothing of the oppo- 
site sex. Usually their families know nothing of this 
practice. A person who wears the clothing of the 
opposite sex is called a transvestite. A true transvestite 
enjoys cross dressing but has no inclination to undergo 
a sex change. 


Other persons, however, have feelings too strong to 
subdue and they will eventually seek professional help in 
their conversion to the opposite sex. The first docu- 
mented case of a complete conversion of a male to 
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a female was that of American photographer Christine 
Jorgenson (1926-1989). Born a male (William Jorgensen, 
Jr.), he underwent sex-change hormonal therapy and 
surgery to become a female in 1952. She later married. 
A number of medical facilities have since been estab- 
lished around the world and specialize in the complex 
process of transsexualism. 


The first steps in the sex change process, more appro- 
priately known as sex reassignment surgery (SRS) or 
gender reassignment surgery (GRS), involve long ses- 
sions of counseling to ascertain that the individual is 
dedicated to changing sex, has thought it through thor- 
oughly, and will be comfortable with his/her decision. 
Assuming the counseling provides the physician with 
information pointing to the resolute determination for 
a sex change, the patient will move on to the next level. 


Hormone therapy, that is replacement of one’s nat- 
ural hormones with those of the opposite sex, is the 
beginning of the transsexual process. Women will 
receive androgens, male hormones, and males will be 
given estrogen and progesterone, the female hormones 
that are responsible for the secondary sex characteristics. 


Male secondary sex characteristics include facial 
hair growth, larger muscle development, deep voice, 
and a heavier skeleton. Female characteristics include 
the development of breasts, a smoother, more rounded 
body as a result of a layer of fat that men do not have, 
a voice higher in pitch because of a smaller larynx and 
shorter vocal cords, lack of facial hair, and certain 
anatomic characteristics in the skeleton to facilitate 
childbirth. 


Males will be given large doses of female hormones 
to override the effects of the androgens. Females will 
receive testosterone, the male hormone. Changes will 
become evident very soon after hormone therapy 
begins. The male will no longer grow whiskers and he 
may lose the characteristic hair growing on his chest. A 
woman receiving androgens will experience facial hair 
growth as well as changes in the pattern of fat deposits 
in her body. Voices in both sexes will change only 
minimally because the size of the larynx and the vocal 
cords are unchanged by hormones. The female who 
becomes male will have a voice uncharacteristically 
high for a male, and the male who becomes a female 
will have an unusually low-pitched voice for a woman. 
All of these observations are based on averages for 
males and females. Some small males or large females 
may seem more completely to change because they have 
the characteristics of the opposite sex to begin with. 


Most surgeons who perform the surgery have very 
strict requirements and protocols. For instance, many 
surgeons require two legitimate psychiatric evaluations 
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from either psychiatrists or psychologists recognized or 
licenses in the field of gender identity. These evaluations 
must state that the individual is an appropriate candi- 
date for surgery or, indeed, even for breast augmenta- 
tion (if from male-to-female). Some doctors are hesitant 
to even schedule a consultation to discuss the procedure 
unless the candidate has had at least nine months of 
counseling and psychiatric evaluation. Under some pro- 
tocols, the candidate is required to meet eligibility cri- 
teria for sexual reassignment as listed in the American 
Psychiatric Association’s Diagnostic and Statistical 
Manual of Mental Disorders (DSM-IV-TR, published 
in 2000), ICD 10. Even then, the surgeon retains the 
right to have the final consultation with the candidate 
the day prior to surgery. Ensuring the candidate is abso- 
lutely certain about their choice is critical, for once the 
surgery has been performed, it is totally irreversible. 


Once the decision has been made and the surgeon is 
satisfied the candidate is psychologically as well as physi- 
cally eligible, laboratory work and an human immuno- 
deficiency virus (HIV) test is done. Generally, surgeons 
refuse surgery to anyone with HIV, herpes, or any other 
form of venereal disease. Overweight and obese people 
are poor candidates, and are often refused. Because loss 
of blood is common, patients may be advised to donate 
two units of their own blood, to be transfused back 
following the surgery. Following an interview during 
which the client is fully informed of the procedures 
involved in surgery and the implications of its irrever- 
sible nature, the client signs a written consent for treat- 
ment by all individuals involved in the procedure. Once 
again, psychological treatment that runs parallel to the 
entire process is highly recommended. 


The transsexual process is enhanced by surgical 
removal of the individual’s genitalia and construction 
of genitals of the assumed sex. This is a difficult pro- 
cedure in either sex, but more so in the female inas- 
much as her genitalia are internal. 


The surgical procedure on the male involves 
removal of the penis and the scrotum with the testes. 
A pseudo-vagina can be constructed from the skin of 
the penis. This is everted and sewn into a tube that is 
inserted into the man’s body and sewn to the skin. 
Steps must be taken during the first few weeks follow- 
ing surgery to keep this makeshift vagina open. 
Construction of female breasts can be accomplished 
by using fat from the individual’s body under the skin 
over the pectoral muscles. The patient also may wear 
strategically placed padding to simulate breast growth. 


Removal of the scrotum and testes also removes the 
source of the male hormones, so the therapy with female 
hormones can assume dominance. The secondary sex 
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Sex determination 


KEY TERMS 


Genitalia—The sex organs; in the male, the penis 
and in the female, the vagina. 


Larynx—tThe voice box or Adam’s apple. It is con- 
nected at the bottom to the trachea, the tube lead- 
ing to the lungs. The vocal cords lie under the 
epiglottis, the flap at the top. 


Secondary sex characteristics—Those unique traits 
that mark an individual as a male or female. Facial 
hair is a male characteristic and breast development 
is a female one, for example. 


Uterus—Organ in female mammals in which 
embryo and fetus grow to maturity. 


characteristics of the male will be blunted. Facial hair 
will stop growing and body contours may change over 
time to more closely resemble those of the female. The 
newly created woman will be required to take female 
hormones for the remainder of her life. Her recon- 
structed vagina will enable her to have vaginal sex with 
a male, though of course she is not able to bear children. 


Surgery on the female transsexual is more com- 
plex. The female reproductive organs are internal, so 
an incision is required to remove the ovaries, uterus, 
and vagina. A penis can be constructed and attached, 
but from that time on the new male must be careful to 
maintain strict hygiene to prevent bladder infection. 
Usually the woman’s breasts also are removed, leaving 
a small scar. Male hormone therapy now will be dom- 
inant and the new male will begin to grow facial hair 
and perhaps hair on his chest. He will still be of slight 
build compared to the average male and will be unable 
to father children. An implanted penile prosthesis will 
enable him to attain an erection, and a scrotum con- 
taining prosthetic testes will complete the reconstruc- 
tion and yield a superficially anatomically correct male. 


Whether the transition if male-to-female, or female- 
to-male, once the surgery has been completed contin- 
ued counseling and social support, particularly from 
the family, is highly important to enable the individual 
to readjust in society as a member of his or her chosen 
sex. If the individual were socially or emotionally 
unstable before the operation, more than 30 years of 
age, or had an unsuitable body build for the new sex, 
they tend to do less well. In no case studied did the 
procedure diminish their ability to work, however. 


See also Reproductive system. 


Larry Blaser 
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! Sex determination 


Sex determination is the process by which organ- 
isms develop as males or females. Some organisms 
reproduce only by asexual methods, and thus they 
may possess no system for sexual differentiation. For 
most species of plants and animals, however, sexual 
development is a basic element of the normal life cycle. 
In humans, sex is a fundamental characteristic that 
influences the development of many of the features 
of the body. This includes some obvious traits such 
as genital and breast development, but it also includes 
structures in the brain and other internal organs, the 
shape and mineral composition of bones, and a wide 
array of features observable at the cellular level. 


The many clues, overt or subtle, that can be col- 
lected from careful examination of the bodies, organs, 
tissues, and even cells of the deceased remove much of 
the mystery of the sex of a victim whose remains are 
recovered from the scene of a crime, or the site ofa fire, 
explosion or other disaster. 


In humans, where there are two distinct sex chro- 
mosomes, the X and the Y chromosomes, it is the 
presence of the Y chromosome that specifies male 
development. More specifically, there is a gene on the 
Y chromosome called the Sex-determining Region of 
the Y chromosome (SRY) that causes male develop- 
ment. In fact, female development seems to be the 
default pathway, and in the absence of SRY, the uro- 
genital tract develops as a female. The elementary 
structures for both male and female development are 
present in the early embryo, however, development of 
the female ductal system, called the Mullerian system, 
is inhibited by a substance produced by the early male 
embryo. Likewise, in females, the primordial male duc- 
tal system, called the Wolffian duct, degenerates as the 
Mullerian ductal system advances. The Mullerian ducts 
give rise to the fallopian tubes, uterus, and upper por- 
tion of the vagina. The Wolffian ducts give rise to the 
spermatic ducts and seminal vesicles which carry sperm 
from the mature testes during ejaculation. Although 
SRY, the primary sex-determining gene, is found on 
the Y chromosome, many of the genes responsible for 
development of both male and female reproductive 
structures and other sexual characteristics are found 
on the autosomes. 


One of the earliest events in male development 
is the production of testis-determining factor within 
the sex cord cells. The sex cords begin to differentiate 
into Sertoli cells when SRY is present. The Sertoli cells 
secrete male-specific factors such as Mullerian 
Inhibitory Substance (MIS), which causes the female 
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ductal system to degenerate. MIS also promotes the 
development of another male-specific cell population 
called Leydig cells, which produce testosterone. For 
female embryos, because of the absence of SRY, the 
sex cords develop along a different pathway to develop 
structures associated with the ovaries. As the embryo 
develops, hormones produced by the testes in males 
and the ovaries in females create a biochemical envi- 
ronment in which the more subtle elements of sexual 
development occur. 


Sexual development is not always so straightfor- 
ward in humans. Although people are usually consid- 
ered either male or female, various disruptions can occur 
during sexual development and differentiation that give 
rise to atypical or mixed sexual development. These 
include sex chromosome abnormalities, where there 
are extra or missing copies of the sex chromosomes. 
This would include Turner syndrome, where females 
receive only a single X chromosome; Klinefelter syn- 
drome, wherein males receive not only an X and Y 
chromosome but also an extra copy of the X chromo- 
some; and a wide variety of other more rare numerical 
sex chromosome abnormalities where extra copies of the 
X and/or Y chromosomes are present. In addition, the 
SRY gene that is normally transmitted on the Y chro- 
mosome can become translocated to an X chromosome 
or an autosome, resulting in a reversal of sex. Also, when 
multiple cell lines are present, with different sex-chro- 
mosome allocations, individuals may develop both male 
and female characteristics. 


True hermaphrodites have both testes and ova- 
ries, and may have both intact male and female external 
genital structures. Pseudohermaphrodites have external 
genital structures that are opposite of what would be 
expected on the basis of having either testes or ovaries 
internally. In addition, the development of the external 
genital structures can be incomplete, and it may initially 
be difficult to determine sex at birth. Occasionally, some 
of the male or female structures fail to form altogether 
for reasons that are not usually clear. In cases where 
external genitalia are ambiguous, it was common prac- 
tice for many years to assign a female gender, and to 
perform surgical alterations to make the external geni- 
tals look more completely feminine. In recent years, it 
has been recognized that the sexual identity of genetic 
males after puberty is typically male regardless of 
whether the child was reared as a male or female, and 
thus more consideration is given to sex assignment now 
than in previous years. 


Sexual determination is not always as straightfor- 
ward in other species as it is in humans, and there are 
many different basic mechanisms by which sex is deter- 
mined. In fruit flies (Drosophila melanogaster), for 
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example, sex is determined by the ratio of X chromo- 
somes to the number of sets of autosomes. Normal 
females have a ratio of 1:1, usually having two X 
chromosomes and two complete sets of autosomes. 
Males typically have one X chromosome and two sets 
of autosomes for a ratio of 1:2. Any ratio greater than 
1.0 will result in female sex development, and any ratio 
below 0.5 results in male development. In between 0.5 
and 1.0, the pattern of development is intermediate, 
bearing some aspects of both femaleness and maleness. 


In most species, female development is associated 
with the presence of two X chromosomes, and male 
development with the presence of an X and a Y chro- 
mosome. Females are therefore typically the homoga- 
metic sex, meaning that their sex chromosomes are 
identical to one another. Males are said to be the 
heterogametic sex, have two different sex chromo- 
somes. In some species, most notably in certain birds 
and butterflies, the male is homogametic, and the 
female is the heterogametic sex. In these species, the 
male sex chromosomes are referred to as Z chromo- 
somes, and the females are said to have a W chromo- 
some and a Z chromosome. 


Sex determination in plants is also variable. The 
male-associated structures in flowering plants are the 
stamen and pollen. Female associated structures are 
the pistil and ovaries. Most plants exist as hermaph- 
rodites, producing both male and female structures, 
often in the same flower. Other plants may exist as 
male or female individuals, producing only male or 
female flowers. The common sexual differentiation 
schemes among plants that produce seeds encased in 
ovaries are dioecy and gynodioecy. In dioecy, plants 
can be either male or female. In gynodioecy, plants are 
either female or hermaphroditic. Sex determination in 
plants is often less genetically deterministic than in 
humans. That is, genetic factors may not sufficiently 
specify the sex of the plant. This results in male, 
female, or hermaphroditic development being some- 
what dependent on environmental conditions. 


Sex determination in animals can also be heavily 
influenced by the environment in some species. For 
example, sex-determination in some species appears 
to be primarily dependent upon temperature at the 
time of development rather than on the presence or 
absence of specific genes or chromosomes. In certain 
species of fish, sexual development can change over 
time with individuals functioning as females for part 
of the life cycle and as males for other parts of the 
life cycle. This can be influenced by the relative abun- 
dance of individuals of the same or opposite sex in 
the environment, even when the other individuals 
are separated by an insuperable barrier such as a 
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glass partition in an aquarium. Environmental pollu- 
tants can also influence sexual development in many 
species. 


Bacteria are generally considered to be asexual 
reproducers, however, Escherichia coli sometimes 
contain a plasmid called the F-factor that contains 
30 or so genes in a small plasmid. The presence of the 
F-factor permits a bacterium to conjugate with 
another bacterium lacking the F-factor. During con- 
jugation, copies of the F-factor are transmitted to 
recipient cells, converting them from F- to F*. This 
system is reminiscent of sexual systems in higher 
organisms. 


There are many other unusual systems for sexual 
development and differentiation, and there seem to 
be as many exceptions as there are rules. For exam- 
ple, the parasitic wasp, Habrobracon juglandis can 
reproduce without a partner. This process is called 
parthenogenesis. Female wasps produce eggs at 
maturity and begin laying eggs regardless of whether 
there are males in the environment with which to 
mate. Both fertilized and unfertilized eggs hatch out 
and produce viable offspring. Eggs that are not fer- 
tilized contain only a single copy of each chromo- 
some, a state that is called haploidy. Haploid 
offspring are male, and will produce sperm at matur- 
ity, and will mate with females to fertilize their eggs. 
The fertilized eggs receive two copies of each chro- 
mosome, one from each parent. This is called dip- 
loidy. Diploid offspring develop as females. Thus in 
this species, sex determination is dependent on the 
number of copies of each chromosome that are 
present at the time embryogenesis begins. When few 
males are present in the environment, most eggs will 
go unfertilized and the offspring will be haploid and 
thus male. When many males are present in the envi- 
ronment, most eggs are fertilized, giving rise to dip- 
loid offspring, which develop as females. While this 
system for sexual development is not common in 
nature, it illustrates one of the many innovative 
ways that sex can be determined in nature. 


The benefits of sexual systems for reproduction 
are not very well understood in nature, but the 
presence of such elaborate and complex systems 
for development suggests that there must be benefits 
to sexual reproduction compared with asexual 
methods. 


See also Chromosome; Developmental processes; 
Embryo and embryonic development; Parthenogenesis; 
Sexual dimorphism. 


Robert Best 
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|] Sextant 


A sextant is a navigational instrument that uses a 
telescope and an angular scale to calculate latitude 
and longitude. Making a measurement with a sextant 
is called sighting the object or taking a sight. The 
optical instruments called sextants have been used 
as navigation aids for centuries, especially by sea- 
farers. The sextant replaced the astrolabe, which 
was used by ancient astronomers for navigation. In 
its simplest form, a sextant consists of an eyepiece 
and an angular scale called the arc, fitted with an arm 
to mark degrees. By manipulating the parts, a user 
can measure the angular distance between two celes- 
tial bodies, usually Earth and either the sun or the 
Moon. The observer can thereby calculate his or her 
position of latitude by using a trigonometric opera- 
tion known as triangulation. The word sextant 
derives from a Latin term for one sixth of a circle, 
or 60 degrees. This term is applied generally to a 
variety of instruments today regardless of the spans 
of their arcs. 


One of the earliest precursors to the sextant was 
referred to as a latitude hook. This invention of the 
Polynesians could only be used to travel from one 
place at one latitude to another at the same latitude. 
The hook end of the device served as a frame for the 
North Star, a fixed celestial body also known as 
Polaris. By sighting the star through the hook at one 
tip of the wire, one could discover if the ship was off 
course if the horizon line did not exactly intersect the 
straight tip at the opposite end. 


Navigator and discoverer Christopher Columbus 
(c. 1451-1506), probably either originally from Italy 
or Spain, used a quadrant during his maiden voyage. 
The measuring was done by a plumb bob, a little 
weight hung by a string that was easily disturbed by 
the pitching or acceleration of a ship. The biggest 
drawback to such intermediate versions of the sextant 
was the persistent requirement to look at both the 
horizon and the chosen celestial body at once. This 
always introduced a reading error, caused by ocular 
parallax, which could set a navigator up to 90 mi (145 
m) off-course. Inventions such as the cross-staff, back- 
staff, sea-ring and nocturnal could not ease the ten- 
dency towards such errors. 


Although English physicist and mathematician 
Sir Isaac Newton (1642-1727) discovered the principle 
that guides modern sextants, and even designed a 
prototype in 1700, English inventor John Hadley 
(1682-1744) in England and American optician and 
inventor Thomas Godfrey (1704-1749) in the United 
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A quartermaster still uses chart and sextant onboard a submarine when the boat is cruising on the surface. (© Steve Kaufman) 


States simultaneously constructed working models of 
the double-reflecting sextant 30 years later. These 
machines depended upon two mirrors placed parallel 
to each other, as in a periscope. Just the way a trans- 
versing line cuts two parallel lines at matching angles, 
a ray of light bounces on and off first one, then the 
other mirror. One displaces the mirrors by adjusting 
the measuring arm along the arc, in order to bring a 
celestial object into view. The number of degrees of 
this displacement is always half the angular altitude of 
the body, in relation to the horizon. 


Although it has been largely replaced by radar and 
laser surveillance technology, the sextant is still used 
by navigators of small craft, and applied to simple 
physics experiments. Marine sextants depend upon 
the visible horizon of the sea’s surface as a base line. 
Air sextants were equipped with a liquid, a flat pane of 
glass, and a pendulum or gyroscope to provide an 
artificial horizon. 


Sexual behavior see 
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[ Sexual dimorphism 


The natural occurrence of physical differences 
between males and females is referred to as sexual 
dimorphism. Often, these physical differences are 
quite striking and obvious, such as the differences 
seen in humans where external genitalia at birth can 
usually be used to tell boys from girls unambiguously. 
As children develop and mature into adulthood, a 
whole host of other physical traits emerge such as 
body hair patterns, breast development, and a wide 
array of other growth characteristics. While it might 
seem self-evident that physical differences exist between 
males and females, some species, such as Quaker par- 
rots, do not exhibit any outward differences, and can- 
not be sexed externally. Even avian experts must rely on 
genetic testing to sex these birds. Quaker parrots could, 
therefore, be described as sexually monomorphic. 


The sex of an animal can oftentimes be deter- 
mined by external physical traits such as overt differ- 
ences in the appearance of the external genitalia. Dogs, 
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for example, are sexually dimorphic at this level as one 
can easily determine gender from observation of exter- 
nal genitalia, even at a distance. Other species, such as 
hamsters, exhibit differences in external genitalia that 
are more subtle and require careful examination. 
Many birds may be sexed by the scientist, despite a 
lack of observable differences in external genitalia, 
because of striking differences in coloration patterns 
in the feathers. 


In fruit flies (Drosophila melanogaster), it has long 
been recognized that the ratio of X-chromosomes to Y- 
chromosomes is the primary determinant of whether 
the embryo will develop as a male or as a female. Males 
can easily be discriminated from females based on 
external differences such as length and coloration pat- 
terns of the abdomen, and the presence of sex combs 
being limited to the foreleg of males. There are indeed 
differences in external genitalia of fruit flies, but these 
differences are far more subtle, making discrimination 
of gender on the basis of external genitalia impractical. 
There has recently been a revolution in scientific under- 
standing of how sex-determination in fruit flies 
(Drosophila) generates sexual dimorphism in somatic 
tissues at the molecular level. The mechanisms for sex 
determination alter the activities of various signaling 
molecules and transcription factors within cells to 
direct various sex-specific elements of growth and 
differentiation. 


In flowering plants, there are two dimorphic breed- 
ing systems that are fairly widespread among species 
that develop seeds within an ovary. The first system, 
called dioecy, involves males and females. Male expres- 
sion in plants involves stamen and pollen production. 
Female expression involves production of the pistil and 
ovaries. The second and more common system, called 
gynodioecy, involves females and hermaphrodites 
(plants which express both male and female compo- 
nents). Hermaphrodites are individuals that produce 
both male and female sexual parts. Hermaphrodites 
are very common among plants. Conditions within 
the environment such as the availability of water or 
soil nutrients can alter the sexual expression in her- 
maphroditic plants, resulting in differences in the bal- 
ance of male to female flowers over time. 


The concept of sexual dimorphism can be applied 
at many different levels. Thus, while one might ask at 
the most basic level whether males and females are 
physically different and therefore distinguishable from 
one another, the question of sexual dimorphism can be 
applied toward specific traits, both internal and exter- 
nal. Differences in hormone levels betweens males and 
females constitute a kind of sexual dimorphism of 
their own at the biochemical level. Genetic differences 
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betweens males and females, even prior to the rise of 
hormonal differences, can give rise to differences in 
both structure and function in the brains of vertebrate 
animals when comparing males and females. Even in 
cell culture, response to hormonal supplementation can 
be different in male and female neurons even when the 
neurons in culture are taken from the embryo prior to 
time that the testosterone surge masculinizes the male 
embryonic brain. This leads to differences in structural 
development as well as differences in the biochemical 
environment. One can even consider behavioral traits 
to be sexual dimorphisms if the patterns of behavior 
are consistently different between males and females. 


Evidence of sexual dimorphism may be seen even 
in the circadian rhythms (daily physical patterns) of 
males compared with females in many species. Careful 
study of the development and the differences in circa- 
dian rhythms in male and female rodents shows that 
differences arise after the onset of puberty and require 
the presence of hormones produced by the testes or 
ovaries. Removal of the testes or ovaries in animals 
prior to the onset of puberty prevents the development 
of distinctive changes in circadian rhythms normally 
seen shortly after puberty, even when sex-specific hor- 
mones are applied. 


In the most general sense, any aspect of physical 
structure, coloration, gene expression, physiology, 
biochemistry, or behavior that shows evidence of dif- 
ferences between males and females can be described 
as a sexual dimorphism. The existence of sexually 
dimorphic traits at so many different levels of function 
and development provides researchers with insights 
into the meaning of sex within nature. 


See also Developmental processes; Embryo and 
embryonic development; Sex determination. 


Robert Best 


[ Sexual reproduction 


Sexual reproduction is the process through which 
two parents produce offspring which are genetically 
different from themselves and have new combinations 
of their characteristics. This contrasts with asexual 
reproduction, where one parent produces offspring 
genetically identical to itself. During sexual reproduc- 
tion, each parent contributes one gamete (a sex cell 
with half the normal number of chromosomes). The 
two sex cells, which each have the single set (haploid) 
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of chromosomes, fuse during fertilization and form a 
diploid zygote, which has the complete number of 
chromosomes). Recombination (the production of 
variations in gene combinations) occurs at fertilization 
and brings together new genetic combinations. 
Crossing-over (the exchange of pieces of chromo- 
somes that occurs at similar regions of adjacent chro- 
mosomes) also brings about genetic variation during 
sexual reproduction. Sexual reproduction is advanta- 
geous because it generates variations in characters that 
can adapt a species over time and improve its chances 
of survival. 


Sexual reproduction occurs in practically all forms 
of life. Even bacteria, which are always haploid, 
exchange genetic material. Eukaryotes, organisms pos- 
sessing a nuclear membrane, generally produce haploid 
gametes (or sex cells). A gamete, such as an egg or a 
sperm, possesses half the normal number of chromo- 
somes, and is produced by meiosis, which is reduction 
cell division, which reduces the number of chromo- 
somes from diploid in the parent cell to haploid in the 
gametes. When the gametes fuse at fertilization, 
they restore the normal number of chromosomes. 
Conjugation, alternation of generations, and animal 
reproduction are differnt forms of sexual reproduction. 


Conjugation 


Conjugation is a process of genetic recombination 
that occurs between two organisms such as bacteria in 
addition to asexual reproduction. Conjugation only 
occurs between cells of different mating types. In bac- 
teria, cells designated F+ and F-— lie close together, 
and a specialized tube called a sex pilus forms a phys- 
ical path between the cells. Genetic information can be 
transferred through the sex pilus from the F+ cell to 
the F— cell. Spirogyra, a freshwater filamentous alga, 
also exhibits conjugation, where two nearby filaments 
develop extensions that contact each other. The walls 
between the connecting channels disintegrate, and one 
cell moves through the conjugation tube into the 
other. The cells fuse to form a diploid zygote, the 
only diploid stage in the life of Spirogyra. The black 
bread mold, Rhizopus, reproduces asexually by spores 
and sexually by conjugation. During conjugation, the 
tips of short hyphae act as gametes, and fuse. The 
resulting zygote develops a protective wall and 
becomes dormant until spore formation occurs. 


Alternation of generations 


In plants, sexual and asexual reproduction unite 
in a single cycle called alternation of generations. 
During alternation of generations, a gametophyte, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


(a haploid gamete-producing plant), alternates with a 
sporophyte (a diploid spore-producing plant). In 
Ectocarpus, a brown aquatic alga, the two generations 
are equally prominent, whereas in mosses, the game- 
tophyte generation dominates. In ferns and seed 
plants, the sporophyte dominate, because the sporo- 
phyte generation is better adapted to survive on land. 


Mosses are small plants that lack vascular tissue 
and do not produce seeds, and depend on a moist 
environment to survive. The green leafy ground 
cover of mosses that we are familiar with is the haploid 
gametophyte. The gametophyte develops sex organs, a 
male antheridium and a female archegonium on the 
same or different plants. The antheridium produces 
flagellated sperm cells that swim to the egg cells in the 
archegonium. After fertilization, the zygote grows into 
a diploid sporophyte. The sporophyte consists of a 
foot, stalk, and capsule. It remains attached to the 
gametophyte. Cells in the capsule undergo meiosis 
and develop into haploid spores. When released, 
spores grow into gametophytes with rootlike, leaflike 
and stemlike parts. 


Ferns represent the diploid sporophyte genera- 
tion. Ferns have a vascular system and true roots, 
stems, and leaves, but they do not produce seeds. 
Sporangia, or spore cases, develop on the leaves of 
ferns, and produce haploid spores by means of meio- 
sis. The spores germinate into haploid green gameto- 
phytes. The fern gametophyte is a tiny heart-shaped 
structure that bears antheridia and archegonia. 
Flagellated sperm swim to the eggs in a layer of ground 
water. Although the sporophyte is adapted to land life, 
this need for water limits the gametophyte. After 
fertilization, the diploid zygote develops into the 
sporophyte. 


In flowering plants, the diploid sporophytes are 
plants with roots, leaves, stems, flowers, and seeds. 
Anthers within the flower contain four sporangia. 
Cells in the sporangia undergo meiosis and produce 
haploid microspores. The wall of each microspore 
thickens, and the haploid nucleus of the microspore 
divides by mitosis into a generative nucleus and a tube 
nucleus. These microspores are now called pollen, and 
each pollen grain is an immature male gametophyte. 
Pollination occurs when pollen escapes from the 
anthers and lands on the stigma of a flower, either of 
the same plant or a different plant. There, a pollen 
tube begins to grow down the style toward the ovary of 
the pistil, and the two nuclei move into the pollen tube. 
The generative nucleus divides to form two haploid 
sperm cells. The germinated pollen grain is now a 
mature male gametophyte. Finally, the pollen tube 
penetrates the ovary and the sperm enter. The ovary 
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contains sporangia called ovules. Meiosis occurs 
within each ovule forming four haploid megaspores. 
Three disintegrate, and the remaining megaspore 
undergoes repeated mitosis to form the female game- 
tophyte. The female gametophyte is a haploid seven- 
celled structure. One of the seven cells is an egg cell. 
Another of the seven cells contains two nuclei called 
polar nuclei. When the two sperm cells enter, double 
fertilization occurs. One sperm fertilizes the egg, form- 
ing a zygote that develops into a diploid embryo spor- 
ophyte. The two polar nuclei fuse and their product 
unites with the second sperm forming a triploid endo- 
sperm. The endosperm serves as stored food for the 
embryo sporophyte. After fertilization, the ovule 
matures into a seed, consisting of embryo, stored 
food, and seed coat. In angiosperms, the ovary usually 
enlarges to become a fruit. Upon germination, the seed 
develops into a mature diploid sporophyte plant. 
Internal fertilization and seeds help adapt flowering 
plants to life on land. 


Animal reproduction 


During sexual reproduction in animals, a haploid 
sperm unites with a haploid egg cell to form a diploid 
zygote. The zygote divides mitotically and differenti- 
ates into an embryo. The embryo grows and matures. 
After birth or hatching, the animal develops into a 
mature adult capable of reproduction. Some inverte- 
brates reproduce by self-fertilization, in which an ani- 
mal’s sperm fertilizes its own eggs. Self-fertilization is 
common in tapeworms and other internal parasites, 
which lack the opportunity to find a mate. Most ani- 
mals, however, use cross fertilization, in which differ- 
ent individuals donate the egg and the sperm. 


Animals exhibit two patterns for bringing sperm 
and eggs together. One is external fertilization, where 
eggs and sperm are shed into the surrounding water. 
The flagellated sperm need an aquatic environment to 
swim to the eggs, the eggs require water to prevent 
drying out. Most aquatic invertebrates, most fish, and 
some amphibians such as frogs use external fertiliza- 
tion. Large numbers of sperm and eggs are released, to 
increase the chance of successful fertilization, since 
many of the eggs and sperm will not be fertilized. 


The other pattern of sexual reproduction is inter- 
nal fertilization, where the male introduces sperm 
inside the females reproductive tract where the eggs 
are fertilized. Human sexual reporduction occurs in 
this way. Internal fertilization is an adaption for life on 
land, for it reduces the loss of gametes that occurs 
during external fertilization. Sperms are provided 
with a fluid (semen) that provides an aquatic medium 
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for the sperm to swim in when inside the male’s body. 
Mating behavior and reproductive readiness are coor- 
dinated and controlled by hormones so that sperm and 
egg are brought together at the appropriate time. 


After internal fertilization, most reptiles and all 
birds lay eggs that are surrounded by a tough membrane 
or a shell. Their eggs have four membranes, the amnion, 
the allantois, the yolk sac and the chorion. The amnion 
contains the fluid surrounding the embryo; the allantois 
stores the embryo’s urinary wastes and contains blood 
vessels that bring the embryo oxygen and take away 
carbon dioxide. The yolk sac holds stored food, and 
the chorion surrounds the embryo and the other mem- 
branes. After the mother lays her eggs, the young hatch. 


Mammals employ internal fertilization, but except 
for the Australian montremes such as the duckbill 
platypus and the echidna, mammals do not lay eggs. 
The fertilized eggs of mammals implant in the uterus 
which develops into the placenta, where the growth 
and differentiation of the embryo occur. Embryonic 
nutrition and respiration occur by diffusion from the 
maternal bloodstream through the placenta. When 
development is complete, the birth process takes place. 
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Sexually transmitted diseases 


Sexually transmitted diseases (STDs) are diseases 
that are contracted through sexual contact. STDs are 
caused by a wide range of organisms including viruses, 
bacteria, chlamydiae, mycoplasma, fungi, protozoa, 
and arthropods. STDs remain epidemic in all societies 
and the range of known STD-causing pathogens con- 
tinues to increase. 


Long known as venereal diseases, after Venus, the 
Roman goddess of love, sexually transmitted diseases 
are increasingly common. The more than 20 known 
sexually transmitted diseases range from old to new, 
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The progression of a sexually transmitted disease (STD). (Hans & Cassidy. Courtesy of Gale Group.) 


from the life threatening to painful and unsightly. 
Among the life threatening sexually transmitted dis- 
eases are syphilis, which has been known for centuries, 
and acquired immune deficiency syndrome (AIDS), 
which was first identified in 1981. 


Most sexually transmitted diseases can be treated 
successfully, although untreated sexually transmitted 
diseases remain a large public health problem. 
Untreated sexually transmitted diseases can cause 
conditions ranging from blindness to infertility. 
While AIDS is the most widely publicized sexually 
transmitted disease, others occur more frequently. 
More than 13 million Americans of all backgrounds 
and economic levels develop sexually transmitted dis- 
eases every year. Prevention efforts focus on teaching 
the physical signs of sexually transmitted diseases, 
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instructing individuals on how to avoid exposure, 
and emphasizing the need for regular check-ups. 


The great imitator 


The history of sexually transmitted disease is con- 
troversial. Some historians argue that syphilis emerged 
as a new disease in the fifteenth century. Others cite 
ancient texts as proof that syphilis and perhaps gonor- 
rhea were ancient (as well as contemporary) burdens. 
The dispute can best be understood with some knowl- 
edge of the elusive nature of gonorrhea and syphilis, 
called “the great imitator” by the eminent physician 
William Osler (1849-1919). 


No laboratory tests existed to diagnose gonorrhea 
and syphilis until the late nineteenth and early twentieth 
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centuries. This means that early clinicians based their 
diagnosis exclusively on symptoms, all of which could be 
present in other illnesses. Symptoms of syphilis during 
the first two of its three stages include chancre sores, skin 
rash, fever, fatigue, headache, sore throat, and swollen 
glands. Likewise, many other diseases have the potential 
to cause the dire consequences of late-stage syphilis. 
These range from blindness to mental illness to heart 
disease to death. Diagnosis of syphilis before laboratory 
tests were developed was complicated by the fact that 
most symptoms disappear during the third stage of the 
disease. 


Symptoms of gonorrhea may also be elusive, par- 
ticularly in women. Men have the most obvious symp- 
toms, with inflammation and discharge from the penis 
from two to ten days after infection. Symptoms in 
women include a painful sensation while urinating or 
abdominal pain. However, women may be infected for 
months without showing any symptoms. Untreated 
gonorrhea can cause infertility in women and blind- 
ness in infants born to women with the disease. 


The nonspecific nature of many symptoms linked 
to syphilis and gonorrhea means that historical refer- 
ences to sexually transmitted disease are open to dif- 
ferent interpretations. 


There is also evidence that sexually transmitted 
disease was present in ancient China, according to 
Frederic Buret, a nineteenth-century scholar cited 
by Theodor Rosebury. Buret argued that the ancient 
Chinese had used mercury as treatment for sexually 
transmitted disease. Mercury was also used widely to 
treat sexually transmitted disease in Europe and the 
United States until the modern era. 


During the Renaissance, syphilis became a com- 
mon and deadly disease in Europe. It is unclear 
whether new, more dangerous strains of syphilis were 
introduced or whether the syphilis which emerged at 
that time was, indeed, a new illness. Historians 
have proposed many theories to explain the dramatic 
increase in syphilis during the era. One theory suggests 
that Columbus and other explorers of the New World 
carried syphilis back to Europe. In 1539, the Spanish 
physician Rodrigo Ruiz Diaz de Isla treated members 
of the crew of Columbus for a peculiar disease marked 
by eruptions on the skin. Other contemporary 
accounts tell of epidemics of syphilis across Europe 
in 1495. Another theory suggests that syphilis devel- 
oped as a consequence of mixing the germ pools of 
European and African people in the New World. 


The abundance of syphilis during the Renaissance 
made the disease a central element of the dynamic cul- 
ture of the period. The poet John Donne (1572-1631) 
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was one of many thinkers of that era who saw sexually 
transmitted disease as a consequence of man’s weakness. 
Shakespeare (1564-1616) also wrote about syphilis, 
using it as a curse in some plays and referring to the 
“tub of infamy,” a nickname for a common medical 
treatment for syphilis. The treatment involved placing 
syphilitic individuals in a tub where they received mer- 
cury rubs. Mercury, which is now known to be a toxic 
chemical, did not cure syphilis, but is thought to have 
helped relieve some of the symptoms. Other treatments 
for syphilis included the induction of fever and the use of 
purgatives to flush the system. 


The sculptor Benvenuto Cellini (1500-1571) is one 
of many individuals who wrote about their own syph- 
ilis during the era: “The French disease, for it was that, 
remained in me more than four months dormant before 
it showed itself.” Cellini’s reference to syphilis as the 
“French disease” was typical of Italians at the time and 
reflects a worldwide eagerness to place the origin of 
syphilis far away from one’s own home. The French, 
for their part, called it the “Neapolitan disease,” and 
the Japanese called it the “Portuguese disease.” The 
name syphilis was bestowed on the disease by the 
Italian Girolamo Fracastoro (1478-1553), a poet, 
physician, and scientist. Fracastoro created an allego- 
rical story about syphilis in 1530 entitled “Syphilis, or 
the French Disease.” The story proposed that syphilis 
developed on Earth after a shepherd named Syphilis 
foolishly cursed at the sun. The angry sun retaliated 
with a disease that took its name from the foolish 
shepherd, who was the first individual to get sick. 


For years, medical experts used syphilis as a catch- 
all diagnosis for sexually transmitted disease. Physicians 
assumed that syphilis and gonorrhea were the same 
thing until 1837, when Philippe Ricord (1800-89) 
reported that syphilis and gonorrhea were separate 
illnesses. The late nineteenth and early twentieth cen- 
turies saw major breakthroughs in the understanding 
of syphilis and gonorrhea. In 1879, Albert Neisser 
(1855-1916) discovered that gonorrhea was caused 
by a bacillus, which has since been named Neisseria 
gonorrhoeae. Fritz Richard Schaudinn (1871-1906) 
and Paul Erich Hoffmann (1868-1959) identified a type 
of spirochete bacteria, now known as Treponema pal- 
lidum, as the cause of syphilis in 1905. 


Effective treatment developed 


Further advances occurred quickly. August von 
Wassermann (1866-1925) developed a blood test for 
syphilis in 1906, making testing for syphilis a simple 
procedure for the first time. Just four years later 
in 1910, the first effective therapy for syphilis was 


GALE ENCYCLOPEDIA OF SCIENCE 4 


introduced in the form of Salvarsan, an organic arsen- 
ical compound. The compound was one of many effec- 
tive compounds introduced by the German physician 
Paul Ehrlich (1854-1915), whose conviction that spe- 
cific drugs could be effective against microorganisms 
has proven correct. The drug is effective against syph- 
ilis, but it is toxic and even fatal to some patients. 


The development of Salvarsan offered hope for 
individuals with syphilis, but there was little public 
understanding about how syphilis was transmitted in 
the early twentieth century. In the United States this 
stemmed in part from government enforcement of 
laws prohibiting public discussion of certain types of 
sexual information. One popular account of syphilis 
from 1915 warned that one could develop syphilis 
after contact with whistles, pens, pencils, toilets and 
toothbrushes. 


The United States government exploited the igno- 
rance of the disease among the general public as late as 
the mid-twentieth century in order to study the rav- 
ages of untreated syphilis. The Tuskegee Syphilis 
Study was launched in 1932 by the U.S. Public 
Health Service. Almost 400 black men who partici- 
pated in the study were promised free medical care 
and burial money. Although effective treatments had 
been available for decades, researchers withheld treat- 
ment, even when penicillin became available in 1943, 
and carefully observed the unchecked progress of 
symptoms. Many of the participants fathered children 
with congenital syphilis, and many died. The study 
was finally exposed in the media in the early 1970s. 
When the activities of the study were revealed, a series 
of new regulations governing human experimentation 
were passed by the government. 


A more public discussion of sexually transmitted 
disease was conducted by the military during World 
Wars I (1914-1918) and I (1939-1945). During both 
wars, the military conducted aggressive public infor- 
mation campaigns to limit sexually transmitted dis- 
ease among the armed forces. One poster from 
World War II showed a grinning skull on a woman 
dressed in an evening gown striding along with Adolf 
Hitler and Emperor Hirohito. The poster’s caption 
reads “V.D. Worst of the Three,” suggesting that 
venereal disease could destroy American troops faster 
than either of America’s declared enemies. 


Concern about the human cost of sexually trans- 
mitted disease helped make the production of the new 
drug penicillin a wartime priority. Arthur Fleming 
(1881-1955), who is credited with the discovery of 
penicillin, first observed in 1928 that the penicillium 
mold was capable of killing bacteria in the laboratory; 
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however, the mold was unstable and difficult to pro- 
duce. Penicillin was not ready for general use or general 
clinical testing until after Howard Florey (1898-1968) 
and Ernst Boris Chain (1906-1979) developed ways to 
purify and produce a consistent substance. 


The introduction of penicillin for widespread use 
in 1943 completed the transformation of syphilis from 
a life-threatening disease to one that could be treated 
easily and quickly. United States rates of cure were 90- 
97% for syphilis by 1944, one year after penicillin was 
first distributed in the country. Death rates dropped 
dramatically. In 1940, 10.7 out of every 100,000 people 
died of syphilis. By 1970, it was 0.2 per 100,000. 


Such progress infused the medical community with 
optimism. A 1951 article in the American Journal of 
Syphilis asked, “Are Venereal Diseases Disappearing?” 
By 1958, the number of cases of syphilis had dropped 
to 113,884 from 575,593 in 1943, the year penicillin was 
introduced. 


Continuing challenge 


Venereal disease was not eliminated, and sexually 
transmitted diseases continue to ravage populations of 
the world. Though penicillin has lived up to its early 
promise as an effective treatment for syphilis, the 
number of cases of syphilis has increased since 1956. 
In addition, millions of Americans suffer from other 
sexually transmitted diseases, many of which were not 
known a century or more ago, such as AIDS. By the 
1990s, sexually transmitted diseases were among the 
most common infectious diseases in the United States. 


Some sexually transmitted diseases are seen as 
growing at epidemic rates. For example, syphilis, gonor- 
rhea, and chancroid, which are uncommon in Europe, 
Japan and Australia, have increased at epidemic rates 
among certain urban minority populations. A 1980 
study found the rate of syphilis was five times higher 
among blacks than among whites. The Public Health 
Service reports that as many as 30 million Americans 
have been affected by genital herpes. Experts have also 
noted that sexually transmitted disease appears to 
increase in areas where AIDS is common. 


Shifting sexual and marital habits are two factors 
behind the growth in sexually transmitted disease. 
Americans are more likely to have sex at an earlier age 
than they did in years past. They also marry later in life 
than Americans did two to three decades ago, and their 
marriages are more likely to end in divorce. These fac- 
tors make Americans more likely to have many sexual 
partners over the course of their lives, placing them at 
greater risk of sexually transmitted disease. 
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Public health officials report that fear and embar- 
rassment continue to limit the number of people will- 
ing to report signs of sexually transmitted disease. 
Literature from the Public Health Service reminds 
readers that sexually transmitted diseases “affect men 
and women of all backgrounds and economic levels.” 


From chlamydia to AIDS 


All sexually transmitted diseases have certain ele- 
ments in common. They are most prevalent among 
teenagers and young adults, with nearly 66% occur- 
ring in people under 25. In addition, most can be 
transmitted in ways other than through sexual rela- 
tions. For example, AIDS and Hepatitis B can be 
transmitted through contact with tainted blood, but 
they are primarily transmitted sexually. In general, 
sexual contact should be avoided if there are visible 
sores, warts, or other signs of disease in the genital 
area. The risk of developing most sexually transmitted 
diseases is reduced by using condoms and limiting 
sexual contact. 


Sexually transmitted diseases vary in their sus- 
ceptibility to treatment, their signs and symptoms, 
and the consequences if they are left untreated. Some 
are caused by bacteria. These usually can be treated 
and cured. Others are caused by viruses and can typ- 
ically be treated but not cured. 


Bacterial sexually transmitted diseases include syph- 
ilis, gonorrhea, chlamydia, and chancroid. Syphilis is 
less common than many other sexually transmitted dis- 
eases in the Unites States, with 134,000 cases in 1990. 
The disease is thought to be more difficult to transmit 
than many other sexually transmitted diseases. Sexual 
partners of an individual with syphilis have about a 10% 
chance of developing syphilis after one sexual contact, 
but the disease has come under increasing scrutiny as 
researchers have realized how easily the HIV virus which 
causes AIDS can be spread through open syphilitic 
chancre sores. 


Gonorrhea is far more common than syphilis, with 
750,000 cases of gonorrhea reported annually in the 
United States. The gonococcus bacterium is considered 
highly contagious. Public health officials suggest that 
all individuals with more than one sexual partner 
should be tested regularly for gonorrhea. Penicillin is 
no longer the treatment of choice for gonorrhea, 
because of the numerous strains of gonorrhea that are 
resistant to penicillin. Newer strains of antibiotics have 
proven to be more effective. Gonorrhea infection over- 
all has diminished in the United States, but the inci- 
dence of gonorrhea among black Americans has 
increased. 
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Chlamydia infection is considered the most com- 
mon sexually transmitted disease in the United States. 
About four million new cases of chlamydia infection 
are reported every year. The infection is caused by the 
bacterium Chlamydia trachomatis. Symptoms of chla- 
mydia are similar to symptoms of gonorrhea, and the 
disease often occurs at the same time as gonorrhea. 
Men and women may have pain during urination or 
notice an unusual genital discharge one to three weeks 
after exposure. However, many individuals, particu- 
larly women, have no symptoms until complications 
develop. 


Complications resulting from untreated chlamy- 
dia occur when the bacteria has a chance to travel in 
the body. Chlamydia can result in pelvic inflammatory 
disease in women, a condition which occurs when the 
infection travels up the uterus and fallopian tubes. 
This condition can lead to infertility. In men, the 
infection can lead to epididymitis, inflammation of 
the epididymis, a structure on the testes where sper- 
matozoa are stored. This too can lead to infertility. 
Untreated chlamydia infection can cause eye infection 
or pneumonia in babies of mothers with the infection. 
Antibiotics are successful against chlamydia. 


The progression of chancroid in the United States 
is a modern-day indicator of the migration of sexually 
transmitted disease. Chancroid, a bacterial infection 
caused by Haemophilus ducreyi, was common in 
Africa and rare in the United States until the 1980s. 
Beginning in the mid-1980s, there were outbreaks of 
chancroid in a number of large cities and migrant- 
labor communities in the United States. The number 
of chancroid cases increased dramatically, from 665 in 
1984 to 4,714 in 1989. 


In men, who are most likely to develop chancroid, 
the disease is characterized by painful open sores and 
swollen lymph nodes in the groin. The sores are gen- 
erally softer than the harder chancre seen in syphilis. 
Women may also develop painful sores. They may feel 
pain urinating and may have bleeding or discharge in 
the rectal and vaginal areas. Chancroid can be treated 
effectively with antibiotics. 


Viruses more difficult to treat 


There are no cures for the sexually transmitted 
diseases caused by viruses: AIDS, genital herpes, viral 
hepatitis, and genital warts. Treatment is available for 
most of these diseases, but the virus cannot be elimi- 
nated from the body. 


AIDS is the most life-threatening sexually trans- 
mitted disease, a disease which is usually fatal and for 
which there is no cure. The disease is caused by the 
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human immunodeficiency virus (HIV), a virus which 
disables the immune system, making the body suscep- 
tible to injury or death from infection and certain 
cancers. HIV is a retrovirus which translates the 
RNA contained in the virus into DNA, the genetic 
information code contained in the human body. This 
DNA becomes a part of the human host cell. The fact 
that viruses become part of the human body makes 
them difficult to treat or eliminate without harming 
the patient. 


AIDS can remain dormant for years within the 
human body. The number of people worldwide living 
with HIV in 2005 was estimated at 40.3 million people, 
and by that year, over 20 million people had died from 
AIDS. Initial symptoms of AIDS include fever, head- 
ache, or enlarged lymph nodes. Later symptoms 
include energy loss, frequent fever, weight loss, or 
frequent yeast infections. HIV is transmitted most 
commonly through sexual contact or through use of 
contaminated needles or blood products. The disease 
is not spread through casual contact, such as the shar- 
ing of towels, bedding, swimming pools, or toilet seats. 


Genital herpes is a widespread, recurrent, and 
incurable viral infection. About 500,000 new cases 
are reported in the United States annually. The prev- 
alence of herpes infection reflects the highly conta- 
gious nature of the virus. About 75% of the sexual 
partners of individuals with the infection develop gen- 
ital herpes. 


The herpes virus is common. Most individuals 
who are exposed to one of the two types of herpes 
simplex virus never develop any symptoms. In these 
cases, the herpes virus remains in certain nerve cells of 
the body, but does not cause any problems. Herpes 
simplex virus type 1 most frequently causes cold sores 
on the lips or mouth, but can also cause genital infec- 
tions. Herpes simplex virus type 2 most commonly 
causes genital sores, though mouth sores can also 
occur due to this type of virus. 


In genital herpes, the virus enters the skin or 
mucous membrane, travels to a group of nerves at 
the end of the spinal cord, and initiates a host of 
painful symptoms within about one week of exposure. 
These symptoms may include vaginal discharge, pain 
in the legs, and an itching or burning feeling. A few 
days later, sores appear at the infected area. Beginning 
as small red bumps, they can become open sores that 
eventually become crusted. These sores are typically 
painful and last an average of two weeks. 


Following the initial outbreak, the virus waits in 
the nerve cells in an inactive state. A recurrence is 
created when the virus moves through the nervous 
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system to the skin. There may be new sores or simply 
a shedding of virus, which can infect a sexual partner. 
The number of times herpes recurs varies from indi- 
vidual to individual, ranging from several times a year 
to only once or twice in a lifetime. Occurrences of 
genital herpes may be shortened through use of an 
antiviral drug which limits the herpes virus’s ability 
to reproduce itself. 


Genital herpes is most dangerous to newborns 
born to pregnant women experiencing their first epi- 
sode of the disease. Direct newborn contact with the 
virus increases the risk of neurological damage or 
death. To avoid exposure, physicians usually deliver 
babies using cesarean section if herpes lesions are 
present. 


Hepatitis, an inflammation of the liver, is a com- 
plicated illness with many types. Millions of Americans 
develop hepatitis annually. The hepatitis A virus, one 
of four types of viral hepatitis, is most often spread by 
contamination of food or water. The hepatitis B virus is 
most often spread through sexual contact, through the 
sharing of intravenous drug needles, and from mother 
to child. Hospital workers who are exposed to blood 
and blood products are also at risk. Hepatitis C and 
Hepatitis D (less commonly) may also be spread 
through sexual contact. 


A yellowing of the skin, or jaundice, is the best 
known symptom of hepatitis. Other symptoms include 
dark and foamy urine and abdominal pain. There is no 
cure for hepatitis, although prolonged rest usually ena- 
bles individuals with the disease to recover completely. 


Many people who develop hepatitis B become 
carriers of the virus for life. This means they can infect 
others and face a high risk of developing liver disease. 
As many as two billion people worldwide have been 
infected with Hepatitis B and 400 million people are 
chronic carriers of the disease. Ten to thirty million 
people each year become infected with Hepatitis B, 
and about one million people die from its complica- 
tions, such as resultant liver cancer or cirrhosis. A 
vaccination is available against hepatitis B. 


The link between human papillomavirus, genital 
warts, and certain types of cancer has drawn attention 
to the potential risk of genital warts. Studies com- 
pleted by 2003 indicated that women with a history 
of some STDs are at increased risk for cervical cancer. 
There are more than 60 types of human papillomavi- 
rus. Many of these types can cause genital warts. In the 
United States, about one million new cases of genital 
warts are diagnosed every year. 


Genital warts are contagious, and about two- 
thirds of the individuals who have sexual contact 
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with someone with genital warts develop the disease. 
There is also an association between human papillo- 
mavirus and cancer of the cervix, anus, penis, and 
vulva. This means that people who develop genital 
warts appear to be at a higher risk for these cancers 
and should have their health carefully watched. 
Contact with genital warts can also damage infants 
born to mothers with the problem. 


Genital warts usually appear within three months 
of sexual contact. The warts can be removed in various 
ways, but the virus remains in the body. Once the 
warts are removed the chances of transmitting the 
disease are reduced. 


Many questions persist concerning the control of 
sexually transmitted diseases. Experts have struggled 
for years with efforts to inform people about trans- 
mission and treatment of sexually transmitted disease. 
Frustration over the continuing increase in sexually 
transmitted disease is one factor which has fueled 
interest in potential vaccines against certain sexually 
transmitted diseases. 


Vaccines in the making 


A worldwide research effort to develop a vaccine 
against AIDS has resulted in a series of vaccinations 
and clinical trials. Efforts have focused in two areas, 
finding a vaccine to protect individuals against the 
HIV virus and finding a vaccine to prevent the pro- 
gression of HIV to AIDS in individuals who already 
have been exposed to the virus. One of many chal- 
lenges facing researchers has been the ability of the 
HIV virus to change, making efforts to develop a 
single vaccine against the virus futile. 


In 2006, the Food and Drug Administration 
approved a vaccine that protects against four types 
of the Human Papilloma virus (HPV). About 70% of 
cervical cancers and 90% of genital warts are caused 
by these four types of HPV. The vaccine is approved 
for girls and women ages nine to 26, and is currently 
being studied for effectiveness in women age 27 and 
older. 


Researchers also are searching for vaccines 
against syphilis and gonorrhea. Experiments con- 
ducted on prisoners more than 40 years ago proved 
that some individuals could develop immunity to 
syphilis after inoculation with live Treponema pal- 
lidum, but researchers have still not been able to 
develop a vaccine against syphilis that is safe and 
effective. In part this stems from the unusual nature 
of the syphilis bacteria, which remain potentially 
infectious even when its cells are killed. An effective 
gonorrhea vaccine has also eluded researchers. 
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Bacteria—Microscopic organisms whose activities 
range from the development of disease to fermen- 
tation. Bacteria range in shape from spherical to 
rod-shaped to spiral. Different types of bacteria 
cause many sexually transmitted diseases, includ- 
ing syphilis, gonnorrhea and chlamydia. Bacteria 
also cause diseases ranging from typhoid to dysen- 
tery to tetanus. 


Chancre—A lesion which occurs in the first stage of 
syphilis, at the place where the infection entered 
the body. The lesion is usually red and crusted 
initially. 

Epididymis—A cordlike structure located on the 
testes in which spermatozoa are stored. 


Spirochete—A bacterium shaped like a spiral. 


Treponema—A subgroup in the spirochaetacae 
family of bacteria featuring microorganisms shaped 
like a spiral that move with a snapping and bending 
motion. One member of the subgroup, Treponema 
pallidum, causes syphilis. 


Virus—Agent of infection which does not have its 
own metabolism and reproduces only in the living 
cells of other hosts. Viruses can live on bacteria, 
animals or plants, and range in appearance from 
rod-shaped to tadpole-shaped, among other forms. 


Immunizations are available against Hepatitis B 
(Hepatitis D is prevented by the Hepatitis B vaccine). 
The virus which causes Hepatitic C, however, is able to 
change its form (mutate) quite rapidly, thereby ham- 
pering efforts to develop a vaccine against it. 


Without vaccinations for many of the sexually 
transmitted diseases, health officials depend on public 
information campaigns to limit the growth of the dis- 
eases. Graphic posters, public advertisements for con- 
doms, informational brochures at college campuses, 
and other techniques have been attempted to make 
information about sexually transmitted diseases easily 
available. 


Some critics have claimed that the increasing inci- 
dence of sexually transmitted diseases suggest that cur- 
rent techniques are failing. In other countries, however, 
the incidence of sexually transmitted disease has fallen 
during the same period it has risen in the United States. 
For example, in Sweden the gonorrhea rate fell by more 
than 95% from 1970 to 1989 after vigorous government 
efforts to control sexually transmitted disease in Sweden. 
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Yet the role of government funding for commun- 
ity health clinics, birth control, and public information 
campaigns on sexually transmitted disease has long 
been controversial. Public officials continue to debate 
the wisdom of funding public distribution of condoms 
and other services that could affect the transmission of 
sexually transmitted disease. Although science has 
made great strides in understanding the causes 
and cures of many sexually transmitted diseases, soci- 
ety has yet to reach agreement on how best to attack 
them. 


See also AIDS therapies and vaccines; Reproductive 
system; Sexual reproduction; Sociobiology. 
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| Sharks 


The sharks are a group of more than 350 related 
species of cartilaginous fish, members of which are 
found in every ocean in the world. Far from their 
reputation as primitive monsters, the sharks are, in 
fact, some of the most fascinating, well-adapted marine 
organisms. Their many structural and functional 
adaptations, such as their advanced reproductive sys- 
tems and complex sensory abilities, combine to make 
them very well suited to their environment. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Evolution and classification 


Sharks are often described as “primitive” animals, 
and little changed in millions of years of evolution. It is 
true that the first sharks evolved in the oceans more than 
300 million years ago, in the Devonian era. However, 
the earliest species of sharks are all extinct. The species 
living in the oceans today evolved only 70-100 million 
years ago. The fact that the general body plan of the 
earliest sharks was so similar to that of living ones is a 
testimony to the suitability of their adaptation to the 
environment in which sharks still live. 


Sharks and other modern fish are descended from 
primitive fish, called Placoderms, that were covered 
with bony, armor like plates. The descendants of the 
Placoderms lost the armor, but retained an internal 
skeleton. Most types of modern fish, such as trout, 
minnows, and tuna, have a bony skeleton. Sharks and 
their relatives, the skates and rays, are distinguished 
from other types of fish in that they have cartilage 
rather than bone as their skeletal material (cartilage 
is a translucent, flexible, but strong material that also 
makes up the ears and nose of mammals, including 
humans). Thus, the sharks are called the “cartilagi- 
nous fishes” (class Chondrichthyes). 


Overview of shark groups 
There are eight orders of living sharks. 


The Squatiniformes order includes the angelsharks 
and sand devils. These sharks are flattened like rays and 
tend to live on the ocean bottom in water depths to 
4,200 ft (1,300 m). They are found in most oceans, 
except the central Pacific and Indian Oceans and the 
polar areas. There are thirteen species, most of which 
are less than 60 in (1.5 m) long. 


The Squaliformes order includes the dogfish sharks, 
bramble sharks, and roughsharks. This is a group of 
more than 90 species, 73 of which are dogfish sharks. 
Dogfish sharks generally have a cylindrical body and 
elongated snout. They are found in all oceans, usually in 
deep water. Their size ranges from the 10-in (25 cm) 
pygmy sharks to the 23-ft (7 m) sleeper sharks. 


The Pristiophoriformes order consists of five spe- 
cies of sawsharks, with a long, flattened, saw-like 
snout. They are bottom-dwelling in temperate to trop- 
ical oceans, to depths of 3,000 ft (900 m). Adults are 
3-5 ft (1-1.6 m) long. 


The Hexanchiformes order consists of the frilled, 
cow, six-gill, and seven-gill sharks. There are five 
species, which are found in all oceans, mostly on con- 
tinental shelves from 300-6,150 ft (90-1,875 m). The 
body length ranges from 77 in (195 cm) for frilled 
sharks to 16.5 ft (5 m) for a species of six-gill shark. 


3903 


seus 


A sand tiger shark (Odontaspis taurus). (Tom McHugh. The National Audubon Society Collection/Photo Researchers, Inc.) 


The Heterodontiformes order consists of eight spe- 
cies of bullhead sharks. They have a wide head, short 
snout, and flattened teeth for crushing hard prey. They 
are found in warm continental waters of the Indian and 
Pacific Oceans, to depths of 900 ft (275 m). 


The Orectolobiformes order includes zebra sharks, 
nurse sharks, and whale sharks. This is a diverse group 
of 33 species, all found in warm water, mostly in the 
Indian Ocean and western Pacific. They may forage on 
the surface or at the bottom, mostly near shore to 
depths of about 330 ft (100 m). These sharks have 
two small projections called barbels under their 
snout, and most have a shortened, rounded nose and 
slender, elongated tail fins. Most species are 3-8 ft (1-3 m) 
long, but whale sharks may reach over 40 ft (12 m). 
Whale sharks are the largest fish in the world. 


The Lamniformes order includes the sand tigers, 
basking sharks, megamouth sharks, mako sharks, and 
white sharks. There are 15 species, which are found in 


all but polar waters. The megamouth sharks were only 
discovered in 1982. The species in this order are found 
near shore or far from land, in shallow water and to 
depths of 3,900 ft (1,200 m). Most have a powerful, 
cylindrical body and elongated snout. Their length 
ranges from 3-19 ft (1-6 m), with basking sharks reach- 
ing over 33 ft (10 m). 


The Carcharhiniformes order includes the cat- 
sharks, hammerhead sharks, and requiem sharks. 
The latter subgroup contains the blue, tiger, and bull 
sharks. The groundshark group consists of about 216 
species found in all ocean habitats. It includes most of 
the species considered dangerous to humans. 


Structural and functional adaptations 


Sharks are generally fusiform in body shape, with 
a narrow snout, wider body, and a tapering tail. 
Sharks have one or two fins on their dorsal surface 


(back), a pair of pectoral fins, a pair of pelvic fins, 
usually a single anal fin on the ventral surface (belly), 
and a caudal (tail) fin. Usually the upper lobe of the 
caudal fin is larger than the lower lobe. The pelvic fins 
of male sharks have a projection called a clasper, 
which is used in sexual reproduction. 


Locomotion and buoyancy 


Sharks swim by moving their caudal fin from side 
to side in a sweeping motion, which propels them 
forward through the water. The large upper lobe of 
the caudal fin of most sharks provides most of the 
forward thrust. Sharks, like makos, which sometimes 
need to swim at high speed, also have a well-developed 
lower caudal fin lobe for greater thrust. As a shark 
moves through the water, it angles the pectoral fins to 
change direction. 


Sharks are slightly heavier than water, so they 
naturally tend to sink. Buoyancy or lift is provided in 
two ways. First, sharks store large quantities of oil 
in their liver. Because oil is less dense than water, 
storing this oil decreases the overall density of the 
shark, and increases its buoyancy. Second, as a shark 
swims, its pectoral fins provide lift, in much the 
same way the wings of an airplane does. If a shark 
stops swimming it will sink, but its stored oil and 
relatively light skeleton help it to float and decreases 
the amount of energy that must be expended on 
swimming. 


Temperature regulation 


Sharks are “cold-blooded” (or poikilothermic) 
animals, meaning their body temperature is the 
same as that of the water in which they live. The 
term cold-blooded is misleading, however, because 
sharks living in warm water are “warm-blooded” in 
actual temperature. 


Some fast-swimming sharks in the Mackerel 
shark order (for example the mako and white sharks) 
can actually raise their core body temperature some- 
what above that of their surroundings. In these sharks, 
heat generated as they swim is conserved by a special 
vascular network surrounding the muscles. This net- 
work helps to conserve heat in the body core, rather 
than allowing it to dissipate into the cooler water. Just 
as chemical reactions in a laboratory proceed faster 
when heat is applied, so too do metabolic reactions at 
higher temperatures. With their higher core body tem- 
perature, these species are able to be more active 
and efficient predators than most other sharks and 
bony fish. 
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Respiration 


Sharks use their gills to absorb oxygen from the 
water. Most sharks have five gill slits on each side of 
their body, behind the mouth and above the pectoral 
fins. Water enters the mouth of the shark, enters a 
canal between the mouth and the gills (the orobran- 
chial cavity), and then passes back to the outside 
through the gill openings. As the water passes over 
the gills, oxygen is absorbed into the blood across the 
thin skin of the gill surface, and carbon dioxide moves 
into the water. 


Water can flow across the gills by two mecha- 
nisms. First, as the shark is swimming it may hold its 
mouth open, allowing water to flow in and then out 
through the gill slits as the fish moves forward. Some 
sharks, however, can get enough oxygen when they are 
not swimming by gulping water into their mouth, then 
forcing the water out through the gills with muscular 
contractions of the orobranchial cavity. It is not true 
that all sharks must always keep swimming to breathe. 


Water and salt balance 


Fish living in the ocean are in danger of dehydrat- 
ing because water moves out of their body into their 
salty environment through the process of osmosis. 
Basically, this occurs because the saltconcentration 
in the ocean is much higher than that in the blood of 
fish. In part, sharks solve their dehydration problem 
by having a relatively high internal concentration of 
salts and other molecules. In addition to the salts 
naturally present, sharks have additional solutes (1.e., 
dissolved substances) in their blood, so the total 
osmotic activity of dissolved substances is similar to 
that in seawater. They maintain their blood at this 
concentration by excreting the excess salt they ingest 
in their diet. A special gland near the end of the intes- 
tine, called the rectal gland, absorbs extra salt from the 
blood and passes it into the intestine to be excreted. 
These two adaptations function together to ensure 
that sharks do not dehydrate. 


Sensory systems 


Sharks have the same five senses of sight, hearing, 
smell, taste, and touch that humans have. Moreover, 
some of these senses are more acute in sharks. Sharks 
also have an additional sense; they can detect weak 
electric fields in the water. 


Sharks are known to possess a complex visual 
system, and can even see color. A problem for sharks 
is that, if they are in deep or murky water, the light 
level is very low. Several features of the shark eye make 
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it well-suited to vision in dim light. Unlike most fish, 
sharks have a pupil that can adjust to the amount of 
light in the environment. Also, shark eyes have high 
numbers of the structures that actually detect light (the 
rods), so that even in low light an image is formed. 
Finally, sharks have a special reflective membrane (the 
tapetum lucidum) at the back of the eye, which enhan- 
ces their vision in low light even further. Cats have a 
similar membrane in their eyes, which is why their eyes 
seem to reflect light in the dark. The membrane, for 
both cats and sharks, helps them see in dim light. 


Two tiny pores on the top of the sharks head lead 
to their inner ears. The inner ear contains organs for 
detecting sound waves in the water, as well as three 
special canals that help the animal orient in the water. 
The sound receptors are very sensitive, especially to 
irregular and low-frequency (20-300 Hz) sounds. 
These are the types of noises a wounded prey animal 
would be likely to make. The distance at which a shark 
can hear a sound depends on the intensity of the sound 
at its source: a vigorous disturbance or a loud under- 
water noise will produce sound waves that travel fur- 
ther in the water than those produced by a smaller 
disturbance. 


A shark’s nostrils are two pores on the front of its 
snout. As the shark swims forward, water passes 
through the nostrils and chemicals in the water are 
detected as odors. The nose is used only for detecting 
odors, not for breathing. Some sharks can detect as 
little as five drops of fish extract in a swimming pool of 
water. Sharks can easily use their sense of smell to 
detect and home in on prey, by swimming in the direc- 
tion of the increasing scent. 


Evidence suggests that sharks can taste their food, 
and that they have preferred prey. Small taste buds 
line the mouth and throat of sharks, and they seem to 
reject foods based on their taste. Some scientists argue 
that the reason most shark attacks on humans 
involve only one bite is that the animal realizes, after 
biting, that the person does not taste the same as the 
expected prey. 


Sharks have two types of touch sense. One is the 
ability to sense when an object touches their body. The 
second is the ability to detect an object by the move- 
ments of the water it causes. This is similar to how you 
might detect where a fan is located in a room, because 
you can feel the movement of the air on your skin. 
Sharks and other fish have a specialized, very sensitive 
receptor system for detecting these types of water 
movements. This sensory system involves a series of 
tiny, shallow canals and pits running beneath the sur- 
face of the skin, known as the lateral line and the pit 
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organs. The movement of water against the canals and 
pits is detected in receptor organs, and this informa- 
tion is used to “visualize” the presence of nearby 
organisms and objects. 


All organisms in sea water generate a weak electric 
field around them, like an invisible halo. Small pits in the 
skin of sharks end in receptors that can detect extremely 
low-voltage electric fields in the water. Sharks use this 
sense to locate their prey at close range. Some sharks can 
even find their prey under sand and mud. 


Feeding and diet 


All sharks are carnivorous, meaning that they only 
eat other animals. The range of prey eaten by sharks is 
extremely broad, from snails to sea urchins, crabs, fish, 
rays, other sharks, seals, and birds. Some sharks eat 
carrion (animals that are already dead), but most only 
eat live prey. Sharks eat relatively little for their size, 
compared to mammals, because they do not use energy 
to maintain a high body temperature. Sharks eat the 
equivalent of 1-10% of their body weight per week, 
usually in one or two meals. Between meals they digest 
their food, and they do not eat again until they have 
finished digesting their previous meal. 


Sharks that eat prey with hard shells, such as bull- 
head sharks, have flat crushing teeth. Bullheads eat a 
variety of prey, including barnacles, crabs, sea stars, 
and snails, which they crush with their rear teeth. The 
two largest sharks, whale sharks and basking sharks, 
eat nothing larger than 1-2 in (2-5 cm) long. These 
whales filter their tiny prey (called krill) from the 
water using their gills as giant strainers. The whales 
swim through the water with their mouth open, and 
small crustaceans in the water get caught in mesh-like 
extensions of the gills. Once caught, the krill are fun- 
neled back to the whale’s throat and swallowed. 


Species such as white sharks, makos, tiger sharks, 
and hammerheads attack and eat large fish, other 
sharks, and marine mammals such as seals. The feed- 
ing biology of the white shark has been well studied. 
This shark often approaches its prey from below and 
behind, so it is less visible to its victim. It approaches 
slowly to within a few meters, then rushes the final 
distance. If the prey is too large to be taken in one bite, 
the shark will bite hard once, and then retreat as the 
prey bleeds. When the prey is weakened, the shark 
again approaches for the kill. 


Reproduction and growth 
Sharks have fascinating reproductive systems, 


with some advanced features for such an ancient 
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group of organisms. Unlike bony fish, sharks have 
internal fertilization. The male shark uses projections 
from his pectoral fins, called claspers, to anchor him- 
self to the female. He then transfers packets of sperm 
into the female’s urogenital opening, using pulses of 
water. The sperm fertilize the eggs inside the female, 
but what happens next to the developing embryo 
depends on the species. 


Some species of sharks lay eggs with the develop- 
ing embryo covered by a tough, protective case. This is 
known as oviparous reproduction. The embryos of 
these sharks are well supplied with nutritious yolk, 
unlike the tiny eggs of most bony fish. After some 
time, the egg hatches and a young shark emerges. 
Bullhead sharks, whale sharks, and zebra sharks are 
examples of oviparous species. 


Female sharks of most species are ovoviviparous 
live-bearers, which means they retain their eggs inside 
the body until the young hatch, which are then born 
“alive.” This method provides the young with protec- 
tion from predators during their earliest developmen- 
tal stages. Examples of ovoviviparous sharks are 
dogfish sharks, angelsharks, and tiger sharks. Some 
species of sharks have a modification of this type of 
reproduction. In the white and mako sharks, the 
embryos hatch inside the mother at age three months, 
but then stay in the mother for some additional time, 
obtaining nourishment by eating nutrient-rich, unfer- 
tilized eggs the mother produces for them. A further 
bizarre twist occurs in the sand tiger shark, in which 
the earliest embryo to hatch in each uterus eats its 
siblings, so only two offspring are born (one from 
each uterus). 


The most advanced form of shark reproduction 
occurs in the hammerheads and requiem sharks 
(except the tiger shark). In these sharks, early in 
embryonic development a connection (placenta) is 
created between the embryo and the mother. The 
embryo obtains nutrients through the placenta for 
the remainder of its growth, before being born alive. 
This type of development is called viviparity, and it is 
similar to the development process of mammals. 


Compared to most bony fish, sharks reproduce 
and grow relatively slowly. Bony fish tend to lay thou- 
sands or more tiny eggs, most of which are scattered 
into the environment and die. Sharks have relatively 
few (zero to around 100) offspring each year, and the 
mother invests much energy in each to increase the 
chance that it will survive. Some female sharks put so 
much energy into a litter that they must take two years 
to recover their strength before breeding again. 
Although young sharks are born relatively large and 
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able to take care of themselves, they grow slowly, 
sometimes only a few centimeters a year. It may take 
15-20 years for an individual to reach sexual maturity. 
Such low reproductive rates and slow growth combine 
to make sharks highly vulnerable to overfishing. 


Conservation 


Historically, sharks have been fished for their 
meat and for liver oil, which was the best source of 
vitamin A until the 1940s. Shark fin soup is a tradi- 
tional Asian delicacy and shark meat has recently 
gained popularity; these are greatly increasing the kill- 
ing of sharks in marine fisheries. In addition to their 
food value, many sharks are caught and killed for 
sport by individuals and in specific shark-catching 
competitions. Often, sharks are unintentionally caught 
in nets and lines set for other species. Modern methods 
used by many commercial fishing fleets involve either 
baited long-lines stretching for miles, or long drift-nets 
that entangle and kill anything in their path. Sharks 
caught by these methods are often either dumped, or 
are finned (the fins are removed for shark fin soup) 
and thrown back to die. In the 1980s, 50% of sharks 
caught recreationally and 90% of sharks caught com- 
mercially were discarded back to the ocean dead. 


Since the mid-1960s, scientists studying sharks 
have warned that indiscriminate and wholesale slaugh- 
ter of these animals was driving their populations to a 
dangerously low level. Many people, with visions of 
sharks as monsters, had little interest in saving them. 
Some sharks do attack humans. However, the risks are 
very small: a person’s chance of being killed by light- 
ning is 30 times greater than that of dying in a shark 
attack. Each year, humans kill more than one million 
sharks for every human bitten by a shark. 


It is now quite clear that the fishing mortality 
described above is having a severely negative effect on 
shark populations. Sharks have relatively low reproduc- 
tive and growth rates, and they are being fished much 
faster than they can replace themselves. Scientists have 
determined the maximum number of sharks that can be 
caught each year to maintain the population. In the 
1980s, the actual number of sharks killed in areas of 
the North Atlantic Ocean exceeded that target by 35- 
70%. Without rapid changes in this wasteful overfish- 
ing, many shark species will become endangered. 


There are numerous reasons to conserve shark 
populations, in addition to the fact that they are beau- 
tiful animals about which there remains much to 
learn. Perhaps most importantly, sharks are important 
predators in marine habitats. Removing them will 
affect the populations of their prey, which would 
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KEY TERMS 


Cartilage—A translucent, flexible connective tis- 
sue that composes the skeleton in sharks and their 
relative. 


Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Fusiform—Having a shape that tapers towards 
each end. 


Pectoral fins—The most forward pair of fins on the 
underside of fish. 


Pelvic fins—The rear-most pair of fins on the under- 
side of fish. 


Placenta—A connection between a mother and a 
developing embryo, through which the latter receives 
nutrients. 


Temperate—Having a moderate climate, or tem- 
peratures between polar and tropical. 


have impacts on all other species living in the ecosys- 
tem. On a different note, scientists have recently dis- 
covered a chemical in shark blood called squalamine, 
which functions as an antibiotic. Further tests on this 
chemical and others from sharks may produce chem- 
icals toxic to cancer cells. If sharks become endan- 
gered, it will not be possible to harvest these 
medically useful chemicals. 


The U.S. Department of Commerce has estab- 
lished guidelines for and restrictions on shark fishing 
based on the acceptable maximum catch estimated 
by researchers. The guidelines limit the recreational 
and commercial catch of sharks, prohibit finning, 
and reduce the numbers of shark fishing tournaments. 
In Australia, species such as the great white shark have 
been declared endangered, and are now protected 
from indiscriminate killing. With wider enforcement, 
guidelines such as these may mean that sharks live to 
enjoy another 350 million years roaming the world’s 
oceans. 
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l Sheep 


Sheep are ruminant members of the Bovidae fam- 
ily. They belong to the genus Ovis, which contains 
three species, Ovis musimon, Ovis orientalis, and Ovis 
aries. 


Sheep evolved about 2.5 million years ago. They 
were the first animals to become domesticated, 
approximately 9,000 to 11,000 years ago. Ovis musi- 
mon, the European moufflon, is still found wild in 
Sardinia and Corsica and 0. orientalis, the Asiatic 
mouflon, also roams freely in Asia Minor and the 
Caucasus. There are specimens of these wild species 
in many zoos. The European mouflon is horned, with 
a massive circular rack and its wool coat hidden under 
the long guard hairs. The rams will weigh up to 600 Ib 
(270 kg), as heavy as some of the smaller cattle breeds. 
The Asiatic mouflon is similar in appearance to the 
European mouflon, but weighs one-third less. Over 
the years, the domesticated sheep has undergone so 
many changes through controlled breeding that it is 
now its own species, Ovis aries. 


Sheep domestication and the harvesting of wool is 
an ancient practice. Wool fabrics have been found in 
pre-historic ruins 10,000 years old. The beginnings of 
sheep domestication seem to center in Iran, Iraq, and 
Turkey around 6,000 BC; then the practice was spread 
by the Phoenicians to Africa and Spain. By 4,000 BC, 
domesticated sheep had appeared in China and the 
British Isles. On an uninhabited isle near St. Kilda in 
the Scottish Hebrides is a flock of primitive sheep 
called Soay sheep, which are survivors of the Bronze 
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Sheep grazing in a field. (Dennis Purse. The National Audubon Society Collection/Photo Researchers, Inc.) 


Age. They exhibit characteristics halfway between the 
mouflon and modern breeds, including brown color- 
ing, massive curved horns, and kempy wool. The 
neighboring sheep farmers pay an annual visit to this 
isle, where they round up the sheep, shear and cull the 
flock, then depart for another year, leaving the flock to 
fend for themselves. 


Spanish farmers developed the Merino breed of 
sheep in the sixteenth and seventeenth centuries, and 
the fineness of its wool is unsurpassed even today. In 
the seventeenth century English farmer Robert 
Bakewell, using his newly discovered breeding meth- 
ods, developed the Southdown and the Leicester 
breeds and this led the way to improvements in other 
breeds. Because most sheep breeders in England were 
small farmers, they created several distinctive breeds 
to meet requirements of their locales and to satisfy the 
local wool markets. Some of the breeds were devel- 
oped for the quality of their meat, some for their fine 


wool, some for their coarse wool (for carpets, etc.), 
some for their ability to produce milk, and others for 
their hardiness. 


The Merino was so outstanding that Spain refused 
to export the breed in an attempt to keep its monopoly. 
Louis XVI of France asked for and received a flock of 
366 Merino sheep and used them to build his own breed 
fine-wool-producing sheep, the Rambouillet. Both the 
Merino and Rambouillet have since been the basis for 
upgrading the qualities of wool of other breeds. 


The Finnish Landrace breed is noted for its ten- 
dency to have a litter of young rather than a single 
lamb. The Russian Romanov also has multiple births, 
and breeders are now importing these into the United 
States, hoping to incorporate this trait into the estab- 
lished types. The Merino, prized for its wool, does not 
reproduce as successfully as other breeds, so a pro- 
gram to interbreed the Merino with the Landrace or 
Romanov could benefit both breeds. 


Sheep 


In the United States, sheep are not commonly 
thought of as milk producers, but there are many 
cultures that commonly use sheep’s milk for drinking, 
cheese-making, and butter. Worldwide, sheep milk 
production was estimated at 9.04 million tons in 
1988. Sheep milk is much richer than cow’s milk. 
Cow’s milk contains 3-6% butterfat, and ewe’s milk 
contains 6-9%. A single ewe produces an average of 
one pint of milk per day. 


French Roquefort cheese is made from ewe’s milk. 
In the United States, a similar cheese is made from 
cow’s milk and is called blue cheese. The blue streaks 
are caused by bacterium Penicillium roqueforti. Feta, 
originally from Greece, is also made from sheep’s milk 
and is produced in several countries around the 
Mediterranean. Numerous local brands of white cheese 
made from sheep’s milk are also found in the Balkans. 


Sheep skins were the source of parchment from 
around 600 BC through the Middle Ages. The inven- 
tion of printing, though, spurred the need for and 
manufacture of paper substitutes. Sheep parchment 
was one of the materials onto which the Dead Sea 
Scrolls were lettered, as well as most of the illuminated 
manuscripts of the monasteries. It is still used on 
occasions for degrees or meritorious citations, though 
true parchment is most often replaced by a paper 
product that resembles it. 


Next to meat and wool, probably the most note- 
worthy of sheep products is the Scottish haggis, the 
main course for festive meals. It is a sausage like dish 
made of diced sheep’s heart, liver, and lungs mixed 
with turnips and oatmeal, all stuffed into a sheep’s 
stomach and baked. When ready to serve a bagpiper 
precedes it into the dining hall. The sheep’s blood, 
gathered during the slaughter, is the main ingredient 
in black pudding or a beverage. Soap and tallow come 
from the hard white fat, and some bones became 
shuttle bobbins in the weaving process. The intestines 
are the source of catgut. 


Christopher Columbus brought sheep, horses, 
and cattle to the New World on his second, third, 
and fourth voyages, as did many explorers who fol- 
lowed him. These animals served as the basic breeding 
stock for the missions that Spain was setting up in the 
New World. A century later, sheep numbered in the 
hundreds of thousands in Mexico and the Southwest, 
and their numbers continued to increase in spite of 
predators, Indians, and other depredations. 


The Bighorn sheep is native to North America, 
but had no part in the development of the domesti- 
cated sheep business. In fact, the sheep which were 
imported from Europe carried and spread diseases 
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KEY TERMS 


Clip—the fleece shorn from a single sheep or a 
whole flock. 


Grade—The fineness or coarseness of the fleece. 
Can also refer to flocks or individuals, a grade 
animal denotes lower quality. 


Kempy wool—Guard hairs mixed into the wool, an 
undesirable trait. 


Ram—Male sheep. 


that decimated their wild cousins. Predators such as 
coyotes, eagles, and mountain lions also take their toll 
on wild as well as on domestic sheep populations. 
Recently, it was discovered that the presence of Ilamas, 
donkeys, and cattle in the flock will help prevent pre- 
dation. Certain breeds of dogs that are raised with the 
flock also protect the sheep by attacking predators. 


Most of the sheep flocks in the western United 
States carry Rambouillet and Merino blood, as they 
are often bred for their wool. It is the custom to 
castrate the ram lambs in these flocks and to use pure- 
bred rams from outside the flock to upgrade the wool. 
These males are retained for three to five years for 
shearing, and when the quality or quantity of their 
coat begins to decrease, they are sent to market and 
sold for meat. 


Ewes are kept longer than the rams, up to seven or 
eight years, since they also produce a lamb every year 
in addition to their wool. A single lamb is the norm, 
but, through selective breeding, the farmer can some- 
times achieve a larger lamb crop. Lambs bred for meat 
come from smaller farm flocks in the eastern and 
midwestern parts of the country. 


Wool production in the United States has steadily 
declined since World War I, in spite of government 
subsidies, and now about 75% of the country’s wool is 
imported. Australia produces about 25% of the 
world’s wool. The development of cheaply-made syn- 
thetic fibers has greatly reduced the demand of the 
natural fibers such as wool. 


The Merino and the improved British breeds con- 
stitute the majority of the modern breeds. Nearly all 
have a white fleece, as brown or black wool will not 
dye as readily. Wool is graded depending on the qual- 
ity and length of the fibers. The blood system, most 
commonly used, grades the fleece as Fine, 1/2, 3/8 1/4, 
Low, and Braid. 


See also Livestock. 
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l Shell midden analysis 


In archaeology, the term shell midden analysis 
refers to the study of marine shell valves that were 
once used as food by prehistoric peoples. In the United 
States, North American Indian tribes who lived near 
coastal areas often collected clams, oysters, mussels, 
and other species of shellfish to supplement their diets. 
Once the meat was extracted, the remaining shells were 
sometimes used to make ornaments such as beads or 
carved into fishhooks. However, most of the shell was 
simply thrown away as waste. It was not uncommon for 
prehistoric peoples to discard unwanted refuse at cen- 
tralized trash sites. Over many hundreds of years, shell 
refuse and soil would build up at these trash sites, result- 
ing in the formation of mounds on what was once level 
ground. Along the coast of California, for example, shell 
middens are one of the most distinctive types of archaeo- 
logical sites. Some of the largest of these middens are 
over 30 ft (9 m) in depth and may extend more than one- 
quarter mile (400 m) across. 


Once a shell midden has been excavated by archae- 
ologists, the first step in the analysis is to catalog the 
finds. Typically, the process of cataloguing involves 
counting the actual number of shell valve specimens 
that have been recovered. This process includes speci- 
ation, determining what species of shells are repre- 
sented in the collection. Shells are visually inspected, 
separated according to genera or family, and then sub- 
classified into species. Because certain shellfish species 
are known to live in specific marine habitats, such as 
mud flats or open surf, the information gathered from 
this preliminary study can reveal where and how far 
prehistoric peoples traveled to gather shells. 
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Marine shell valves, such as clams, are also studied 
for their growth rings, which are similar to the growth 
rings of a tree. These rings or ridges on the outer surface 
of the shell can yield information regarding the relative 
age of the animal before it was harvested. Additionally, 
growth rings can reveal the approximate season of the 
year when the shellfish was collected. This information 
is extremely useful to the overall archaeological study, 
and can be used as evidence in determining whether the 
campsite associated with the shell midden was inhabited 
only on a seasonal basis or all year long. 


Perhaps the most important analysis conducted on 
marine shell is radiocarbon or C-14 dating. Often, 
village and campsites do not produce sufficient quanti- 
ties of organic material to conduct radiocarbon analy- 
ses. However, archaeological sites that have associated 
shell middens nearby can usually produce more than 
enough material for extensive radiocarbon studies. 


Under controlled scientific excavations and labo- 
ratory analysis, shell middens can supply information 
on marine shell harvesting techniques, trade, subsis- 
tence, settlement patterns, and prehistoric environmen- 
tal conditions. Coupling this data with information 
from other studies adds to our understanding of the 
culture and lifestyles of ancient peoples. 


l Shingles 


Shingles, also known as herpes zoster, are small, 
painful skin lesions caused by the same virus that causes 
chicken pox, the varicella zoster virus (VZV). Shingles 
usually occur in older individuals and in people who 
have weakened immune systems, such as organ trans- 
plant patients taking drugs to suppress their immune 
systems or people with acquired immune deficiency syn- 
drome (AIDS). Shingles occur when the varicella zoster 
virus migrates along the sensory nerves to the skin sur- 
face. Along the way, the virus causes inflammation of 
these sensory nerves, resulting in severe pain. Shingles 
may persist for one to three weeks, and in some cases, 
may leave scars after they heal. Shingles usually heal 
without treatment, but pain medication is helpful. In 
some people, particularly older individuals, the pain 
may persist for months and even years after the shingles 
themselves have disappeared. This lingering pain prob- 
ably stems from nerve damage. 


The most common sites for shingles to erupt are as 
a band called a dermatome that forms on one side of 
the trunk and continues around the waistline. The face 
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and back are also often affected; shingles are rarely 
found on the arms and legs. The eyes are sometimes 
affected by shingles. In some cases of shingles, the 
virus affects nerves in the face, a condition called 
Ramsey-Hunt syndrome. This syndrome is character- 
ized by facial paralysis (Bell’s palsy) and deafness, and 
may sometimes lead to encephalitis, an infection of the 
brain. Other complications of shingles include bladder 
and bowel disturbances if the shingles affect the nerves 
that control these areas, and serious eye complications 
if the shingles affect the nerves that lead to the eyes. 


Although the connection still is not clear, scien- 
tists theorize that some people who have been infected 
with varicella zoster virus continue to harbor the virus 
in their nervous systems. During times of stress or 
when the immune system is weakened, the latent 
virus reactivates, and then migrates down the sensory 
nerves to cause shingles lesions on the skin. This ten- 
uous connection between chicken pox and shingles has 
raised concerns about the chicken pox vaccine since 
the varicella zoster virus used in the vaccine could 
theoretically lead to shingles later in life. However, 
no data is available that links an increased risk of 
shingles and the chicken pox vaccine. 


Uncomplicated shingles are not life threatening, but 
the severe pain associated with the lesions and their 
tendency to recur make shingles a serious health con- 
cern. No preventative measures can be taken. Antiviral 
drugs, such as acyclovir, valcyclovir, or famcyclovir may 
lessen the duration and severity of the lesions. Steroids 
may also be helpful against pain that persists after the 
lesions heal. Additionally, in 2006, the United States 
Food and Drug Administration (FDA) approved a vac- 
cine to prevent shingles called Zostavax for use in people 
60 and older who have had chickenpox. The vaccine is 
expected to cut the number of shingles cases in the U.S. 
by at least half within a few years. 


[| Shore birds 


Shore birds, sometimes called waders, include rep- 
resentatives from a number of families in the order 
Charadriiformes, including plovers (Charadriidae), 
oystercatchers (Haematopodidae), avocets and stilts 
(Recurvirostridae), jacanas (Jacanidae), and sand- 
pipers, snipe, phalaropes, and their close relatives 
(Scolopacidae). 


Despite their classification in the same order, 
shore birds are not closely related to each other. 
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Their affinity is ecological, and involves a tendency 
to live near water. Collectively, species in the families 
listed above comprise a highly varied and widespread 
group of birds that utilize a great range of habitats, 
even deserts. However, most of these shore birds are 
commonly found in and around the shores, beaches, 
and mudflats of marine and fresh waters. 


Many species of shore birds are hunted as game 
birds. In North America, hunted species of shore birds 
include relatively inland species such as snipes (Capella 
gallinago) and woodcocks (Philohela minor), and spe- 
cies more typical of marine habitats such as black-bellied 
plovers (Squatarola squatarola), whimbrels (Numenius 
americanus), and willets (Catoptrophorus semipalma- 
tus). In recent decades, hunting of these species has 
been relatively limited. However, during the nine- 
teenth century and first decade or so of the twentieth 
century shore birds (and most other hunted species of 
wildlife) were relentlessly hunted during their migra- 
tions and on their wintering grounds. As a direct result 
of this overhunting, and to some degree because of 
losses of natural habitat, the populations of most spe- 
cies of shore birds declined drastically in North 
America and elsewhere. One initially uncommon spe- 
cies, the Cooper’s sandpiper (Pisobia cooperi), became 
extinct by 1833 because of excessive hunting. A larger 
species, the eskimo curlew (Numenius borealis), was 
reduced to extremely small numbers, and, as the pop- 
ulation has not recovered, this shore bird remains on 
the list of endangered species.Another example is the 
marbled murrelet (Brachuramphus marmoratus), a 
small seabird that lives along the Pacific Northwest 
from the Bering Sea to central California is also listed 
as a threatened species under the Endangered Species 
Act. Potential causes of its decline in population are 
the loss of suitable nesting habitat, accidental death in 
gill-nets, oil pollution, increases in predator popula- 
tions, and declines in food supplies. 


Many species of shore birds predictably congregate 
in large numbers at particular times of year, generally 
during the spring or autumn migrations, or during 
winter. For some smaller species, those massed popula- 
tions can be extraordinarily large. For example, during 
the fall migration more than one million semipalmated 
sandpipers (Calidris pusilla) congregate to feed on inver- 
tebrate-rich mudflats in the Bay of Fundy of eastern 
Canada, appearing in flocks that can exceed hundreds 
of thousands of individuals. Clearly, these mudflats 
represent habitat that is critical to the survival of semi- 
palmated sandpipers. 


See also Stilts and avocets. 
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! Shoreline protection 


Shoreline protection is intended to decrease or 
eliminate coastal erosion. Because sea level is rising 
and many coastal areas have become highly devel- 
oped, shoreline erosion is an issue for many commun- 
ities. In essence, shoreline protection involves the 
construction of engineered structures or other techni- 
ques to slow erosion. 


The shoreline is the area located between the low 
tide mark and the highest point on land affected by 
waves during storms. Shorelines are dynamic features 
in that they move landward or seaward depending on 
the rise or fall of sea levels and the amount of uplift or 
subsidence (sinking) of the area. Currently sea level is 
rising—in the past century it has risen more than 4.5 
in (12 cm) globally. Two-thirds of the world’s people 
currently live near shorelines. New York, Los Angeles, 
Tokyo, London, and Rio de Janeiro are just a few of 
the major cities built near the sea. 


In the past, shoreline protection was considered a 
local project. A single landowner or community 
designed a site-specific defense against erosion. While 
this effort might solve their erosion situation, the 
problem with this approach is that it often results in 
erosion on adjacent or nearby stretches of coast. Then 
the adjacent or nearby communities must also take 
defensive action. Many coastal dwellers still protect 
shorelines in this manner. However, others are begin- 
ning to understand that the shoreline environment is a 
system in its entirety, with many processes at work 
within it. If any part is changed, a natural response, 
however unexpected, is likely to occur. 


Types of shorelines 


Shorelines located where mountain building proc- 
esses such as uplift, folding, and faulting are active 
consist of rough, steep cliffs and rocky stretches reach- 
ing out into the sea, as well as beaches. These coast- 
lines tend to be irregular. Shorelines in less active areas 
tend to have long, wide beaches and often are charac- 
terized by islands located seaward of the shoreline, 
known as barrier islands. Both of these shoreline envi- 
ronments face unique erosion problems. 


Crashing waves erode rocky cliffs and present 
problems to communities and homeowners that 
build roads and other structures along the cliffs. 
Lateral erosion rates from constant wave action are 
as much as 6 ft (2 m) per year in some areas of the 
world. To slow the undercutting of cliffs, concrete 
structures or large boulders are often placed at the 
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water’s edge to absorb the force of breaking waves. 
However, minimizing the effect of urbanization on the 
cliffs is at least as important to slowing the rate of 
erosion. Constructing roads, homes, and other struc- 
tures on sea cliffs increases the load on a cliff face and 
can weaken it, increasing the likelihood of slumping or 
landsliding. Storm water runoff from urban areas can 
also quickly weaken or erode cliffs. Taking measures 
to restrict these practices is a practical and effective 
approach to slowing coastal erosion. 


Beaches, whether they are nestled in bays between 
rocky protrusions or stretch for hundreds of miles 
uninterrupted, are also subjected to powerful erosional 
forces. Rivers are the main source of sediment for many 
of our beaches. Once the sediment is deposited on the 
beach, currents transport it along the shoreline via a 
process known as longshore drift. Eventually some of 
the sediment is lost in deep trenches or canyons, often 
called sinks, on the sea floor. The system made up of 
these combined processes is called a littoral cell. 


Shorelines consist of numerous littoral cells provid- 
ing beaches with their allotment or budget of sediment. 
Each beach has a unique sediment budget. If more 
sediment is brought in than is lost, the budget is positive 
and the beach grows, but if the opposite occurs, beach 
erosion takes place. The dams that are constructed 
upriver can limit the amount of sediment initially reach- 
ing the beach. The hard structures placed along coasts 
for shoreline protection further rob beaches of sediment 
by keeping it from being transported downcurrent. In 
addition, waves directly affect the amount of sediment 
on shore. Storm waves are particularly damaging to 
sandy beaches. Human activity also plays a substantial 
part in causing beach erosion. Structures designed to 
stabilize or add sediment on one beach often deplete 
sediment on beaches downcurrent. Perhaps the most 
significant threat to beaches, however, is rising sea levels 
along coasts where buildings are at risk from beach 
erosion. 


Types of shoreline protection 


Historically, the structures developed for shore- 
line protection were constructed of durable materials 
such as rock and reinforced concrete. They were 
designed to withstand the force of wave action. Such 
hard stabilization methods are still in use today and 
include seawalls, revetments, breakwaters, imperme- 
able groins, and jetties. 


Seawalls are structures built at the water’s edge of 
concrete or large stone known as riprap. Their pur- 
pose is to bear the full force of the wave action, thereby 
protecting the cliff face. However, they also encourage 
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the beach in front of them to decrease in width and are 
considered an eyesore by many people. 


Revetments of broken concrete or riprap are 
powerful devices for reducing the energy from wave 
action, and they are repaired inexpensively. Their 
irregular surface offers protection from wave run-up, 
or the movement of breaking waves up the shore. 
Revetments often limit access to the beach and, as 
with seawalls, can be unsightly. 


Groins are sediment traps. They protrude at right 
angles from the shore and trap sediment carried by 
longshore drift on their upcurrent sides. However, this 
sediment never reaches the downcurrent side of the 
groin, so the beach narrows. For this reason multiple 
groins are usually constructed in an area. 


Breakwaters may be connected to the shoreline at 
one end or completely separate from it. Their purpose 
is to bear the brunt of the waves, producing calmer 
water shoreward of the structure. Jetties are used to 
keep a channel open and are placed one on each side of 
the channel’s outlet. Both of these structures impact 
littoral longshore transport causing beach buildup on 
their updrift sides and erosion downdrift. Dredging is 
often required to keep them functioning. 


While hard structures continue to be used for 
shoreline defense, soft stabilization methods are 
becoming more prevalent in coastal areas, either as 
the sole method of protection or in conjunction with 
hard stabilization practices. The most utilized form of 
soft shoreline protection is beach nourishment, or 
the replenishing of sands on an eroding or retreating 
beach. Its greatest advantage is that nourishment 
extends the time until erosion undermines the struc- 
tures behind the beach. Beach nourishment also allows 
for a wider, more usable beach, which provides better 
recreational areas and economic revenue for those liv- 
ing near it. But it also has disadvantages. It is extremely 
costly, and nourishment must be performed every few 
years to keep beaches from retreating after storms. In 
addition, impacts to the beach ecosystem often occur 
during, or as a result of, the nourishment. If excessively 
muddy sands are used, organisms may be smothered, 
and building beaches steeper than their original profile 
may limit their use by various forms of marine life. 


Recently, new types of soft stabilization have been 
introduced. Wave screens, submerged breakwaters, 
active submerged breakwaters, and floating breakwaters 
do not disturb or change current flow, but rather allow 
water and fish to pass through their partially transparent 
structure. Improved physical structures that aid in shore- 
line protection are not the only ideas under consider- 
ation for the future. Enhancement of the environment 
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Barrier island—An island separated from the main- 
land by a lagoon. They are formed from deposition 
of sediment during shoreline processes. 


Beach nourishment—The artificial process of add- 
ing sediment to a beach to improve recreation and 
appearance and to provide a buffer to coastal 
erosion. 


Littoral cell—The system of sediment movement 
that delivers sediment to the shoreline, transports 
it along the shoreline, and may eventually result in 
its loss in deeper water away from the shore. 


Longshore drift—Transport of sediments by cur- 
rents flowing parallel to the beach. 


through vegetation of the shores and an understand- 
ing of how each inhabitant of the shore environment 
contributes to the health and well being of the coast 
must play an active part in coastal planning. 


For example, recent research has shown the eggs of 
the Loggerhead turtle provide much-needed nutrients 
to beach areas where they nest. These nutrients ensure 
healthy stands of coastal vegetation, which help keep 
the beach in place. In an effort to protect the threatened 
turtles, their nests are often relocated, depriving the 
original nesting sites of these nutrients. Taking into 
account such nuances when considering the type of 
shoreline protection to use will allow for a more com- 
plete and natural form of shoreline protection. 


Past trends in shoreline protection have empha- 
sized expensive engineered defenses. The realization 
that shorelines are dynamic and erosion is a natural 
and inevitable process has led to revolutionary and 
controversial ideas about shoreline protection. Sea lev- 
els are expected to continue rising. Should they increase 
dramatically, expensive engineered structures and 
replenished beaches may become ineffective. Some 
communities have considered the idea of relocating 
buildings. Along very densely populated coastlines 
this is not a feasible alternative, but the idea of restrict- 
ing coastal development is gaining support. North 
Carolina has strict regulations governing the types 
and sizes of structures that can be built on its shoreline. 
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I Shotgun cloning 


The shotgun method (also known as shotgun 
cloning) is a method in cloning genomic deoxyribonu- 
cleic acid (DNA). It involves taking the DNA to be 
cloned and cutting it either using a restriction enzyme 
or randomly using a physical method to smash the 
DNA into small pieces. These fragments are then 
taken together and cloned into a vector. The original 
DNA can be either genomic DNA (whole genome 
shotgun cloning) or a clone such as a YAC (yeast 
artificial chromosome) that contains a large piece of 
genomic DNA needing to be split into fragments. 


Ifthe DNA needs to be in a certain cloning vector, 
but the vector can only carry small amounts of DNA, 
then the shotgun method can be used. More com- 
monly, the method is used to generate small fragments 
of DNA for sequencing. A DNA sequence can be 
generated at about 600 bases at a time, so if a DNA 
fragment of about 1,100 kilobases (kb) is cloned, then 
it can be sequenced in two steps, with 600 bases from 
each end, and a hundred base overlap. The sequencing 
can always be primed with a known sequence from the 
vector and so any prior knowledge of the sequence 
that has been cloned is not necessary. This approach 
of shotgun cloning followed by DNA sequencing from 
both ends of the vector is called shotgun sequencing. 


Shotgun sequencing was initially used to sequence 
small genomes such as that of the cauliflower mosaic 
virus (CMV), which is 8 kb long. More recently, it has 
been applied to more complex genomes. Usually this 
involves creating a physical map and a contig (line of 
overlapping clones) of clones containing a large amount 
of DNA in a vector such as a YAC, which are then 
shotgun cloned into smaller vectors and sequenced. 
However, a whole genome shotgun approach has been 
used to sequence the mouse, fly and human genomes by 
the private company Celera. This involves shotgun clon- 
ing the whole genome and sequencing the clones without 
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creating a physical map. It is faster and cheaper than 
creating a physical gene map and sequencing clones one 
by one, but the reliability of reassembling all the sequen- 
ces of the small fragments into one genomic sequence 
has been doubted. For example, a part of the fly genome 
was sequenced by the one-by-one approach and the 
whole genome shotgun method. The two sequences 
were compared, and showed differences. 60% of the 
genes were identical, 31% showed minor differences 
and 9% showed major differences. The whole genome 
shotgun method generated the sequence much more 
quickly, but the one-by-one approach is probably 
more accurate because the genes were studied in more 
detail. 


Shotgun cloning was also instrumental in achiev- 
ing the sequencing of the human genome. 


| Shrews 


Shrews are small, mouse like mammals of the 
family Soricidae, class Insectivora. They have large 
cutting, or incisor teeth, similar to those of a mouse. 
But unlike a mouse (which is a rodent and thus has 
teeth that continually grow), the teeth of shrews must 
last a lifetime. Also, their snout is narrower and more 
pointed than that of a mouse. 


There are more than 300 species of shrews. They 
vary upward in size from the pygmy white-toothed, or 
Etruscan shrew (Suncus etruscus), weighing only 0.07 
oz (2 g) and 1.3 in (3.5 cm) long, and probably the 
smallest mammal in the world. The largest species are 
the rat-sized musk shrew (Sorex murinus) and the 
African forest shrew (Crocidura odorata), which may 
reach a weight of more than 3.7 oz (106 g). There are 
some genera of shrews that have been examined so 
rarely by biologists that little is known about them. 


Shrews live everywhere but the southern half of 
South America, Australia, and Antarctica. Some of 
them even live in Arctic regions. The tiny pygmy shrew 
(Microsorex hoyi), for example, has a range that 
extends from the tundra of northern Alaska and 
Canada southward to New England. It is just a milli- 
meter longer than the Etruscan shrew. The pygmy 
shrew is so small that it has been known to use bur- 
rows created by beetles. 


One characteristic indicating that shrews are more 
primitive (i.e., with an older evolutionary lineage) than 
most mammals is the presence of a cloaca in many 
species. This is an external opening into which both 
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the genital and urinary tracts empty. Reptiles, from 
which mammals evolved, also have a cloaca. 


Shrews digest their food very rapidly, so quickly, in 
fact, that much of it is not fully digested. Consequently, 
some shrews eat their feces, to capture the undigested 
nutrients. Having a large surface: volumeratio, and a 
very high metabolic rate, shrews must eat almost contin- 
uously to get enough food energy to support themselves. 
This is particularly the case for the smallest species. 


The shrew family is divided into two subfamilies, 
the red-toothed shrews (Soricinae), which get their 
name from the fact that the tips of their teeth are 
colored, usually reddish, and the white-toothed shrews 
(Crocidurinae), which do not have that coloration. All 
shrews have a long snout, which gives their head a 
triangular shape when seen from above. Their snout 
is mobile and continually moves so that their vibrissae 
(long, sensory hairs) can do their job. The snout ends 
in a moist pad. Most shrews have dark-brown fur, 
though some tend toward yellow, reddish, or gray. 


The eyes and ears of shrews are clearly visible on 
their head (as opposed to the related moles, which 
have these organs covered with fur). Shrews do not 
see very well, relying more on smell, touch, and hear- 
ing, especially to avoid their primary enemies. The 
latter are mostly birds of prey and small predatory 
mammals, such as weasels. 


Sound is very important in the life of shrews. 
Squeaks, squeals, and high-pitched clicks are made 
on various occasions. Female shrews looking for a 
mate make a small peeping sound. For the most part, 
though, shrews of the same species avoid each other, 
except at mating time. Their territories rarely overlap, 
and if they meet, they chitter loudly at each other until 
one gives way. Some shrews can apparently use their 
high-pitches squeaks as a kind of sonar; the noises 
echo back from objects, helping the shrews to define 
their local environment. Many shrew sounds are so 
high pitched that they cannot be detected by humans. 


Shrews prefer moist, well-vegetated habitats. They 
prey on various invertebrates, such as earthworms and 
insect larvae, though some shrews will also eat seeds 
and nuts. A group called the water shrews feeds on 
aquatic life in ponds, lakes, and streams. Unlike 
moles, shrews do not burrow much, tending to spend 
their time on the surface or just under loose cover of 
plants and litter. They will, however, take up residence 
in burrows abandoned by other digging animals. Shrew 
territories are marked by a musky odor. A few species 
of shrews will climb shrubs and trees in search of prey. 


Several genera of water shrews dig burrows in the 
banks of rivers and lakes, with the entrances underwater. 
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Cloaca—A chamber into which both the digestive 
system waste and the reproductive system empty 
before exiting the body. 


They feed on aquatic worms, snails, and insect larvae. 
Their long, narrow toes have an edging of stiff hairs that 
works as a substitute for webbed toes. Only one species, 
Nectogale elegans, has webbed feet. 


Some shrews, such as the American short-tailed 
shrew (Blarina brevicauda), have poison in their sali- 
vary glands that allows them to prey on animals much 
larger than themselves. Some water shrews with poi- 
sonous bites can kill large fish. The poison, which acts 
on the prey’s nervous system, has been known to cause 
pain in bitten humans for several days. 


Birth and death 


Within a colony of shrews, the breeding season 
may last seven or eight months. The female weaves an 
enclosed, dome-shaped nest of grasses and moss, often 
hidden beneath a log or in a burrow. After a gestation 
period of 25-30 days, she produces 5-11 blind and 
hairless young. The young make loud squeals that 
sound almost like barks. By the time the female stops 
nursing the young, they are almost as large as she is. 
Some mother shrews take their young on exploration 
adventures in which each one links to the sibling 
before by grasping its fur in the mouth, making a living 
chain of shrews. They reach sexual maturity at less 
than a year and begin to breed in late spring. 


The common shrew (Sorex araneus) of Europe 
averages about 2.3 in (6 cm) long plus a tail about half 
that length, and weighs about 0.35 oz (10 g). It often 
lives near human dwellings, liking compost heaps and 
hedgerows. It has the ability to become pregnant with a 
new litter immediately after giving birth to the previous 
litter. Thus a female may be nursing and gestating at the 
same time. Both events last only about two weeks. 


Most shrews die before a new winter sets in, giving 
them a life span of little more than a year. Only the 
most recent generation survives the winter. They also 
molt twice a year, growing summer fur in the spring- 
time, and winter fur in autumn. Because shrews are 
extremely nervous little mammals with a high meta- 
bolic rate, they can die of starvation after just a few 
hours without food. They can also die of fright. 


See also Tree shrews. 
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| Shrikes 


Shrikes are 74 species of perching birds that make 
up the family Laniidae, in the order Passeriformes. 
The diversity of shrikes is greatest in Africa, with 
species also occurring in Europe, Asia, and Southeast 
Asia as far south as New Guinea. Two species occur in 
North America. Shrikes occur in a wide range of 


A northern shrike perched on with prey it impaled on a thorn for easier consumption. (Ron Austing. The National Audubon Society 


Collection/Photo Researchers, Inc.) 
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habitats, including forest edges, open forest, savanna, 
grassland, and some types of shrubby cultivated land. 


Shrikes are medium-sized birds with body lengths 
ranging from 6-14 in (15-36 cm). They have a relatively 
large head, and a stout beak, with a notch on each side and 
a pronounced hook at the tip of the upper mandible. The 
wings are pointed, the legs are strong, and the feet have 
sharp claws. Most species are gray or brown on the back 
and wings, with black markings, and whiter below. Some 
species, however, can have a rather colorful plumage. 


Shrikes are aggressive predators. They typically hunt 
from a perch that gives them a wide vantage of their 
surroundings. When prey is detected, the shrike swoops 
at it, and kills it with a sharp blow with the beak. Shrikes 
feed on large insects, reptiles, small mammals, and small 
birds. They carry their prey in their beaks, and many 
species commonly impale their food on a thorn or barbed 
wire. This is done either to store for later consumption, or 
to hold the body still while it is torn apart during eating. 
Shrikes are sometimes called butcher-birds, because of 
their habit of lardering (or storing) their meat. 


Shrikes build a bulky, cup-shaped nest in a shrub 
or tree. They lay two to six eggs, which are incubated 
by the female. The male assists with the rearing of the 
young birds. 


The northern or great gray shrike (Lanius excubi- 
tor) ranges from Canada to northern Mexico, and is 
also widespread in Europe, Asia, and North Africa. The 
loggerhead shrike (L. /udovicianus) is a smaller species 
with a more southern distribution, and it only breeds in 
North America. Populations of both of these species, 
but particularly those of the loggerhead shrike, appear 
to have declined substantially. The causes of the declines 
of these predatory birds are not well known, but are 
thought to be largely due to pesticides in their food web, 
and habitat changes, especially those associated with 
the intensification of agriculture. 


See also Vireos. 


l Shrimp 


Shrimp are common, small invertebrates that 
occur in all marine ecosystems; in addition, some spe- 
cies have adapted to living in freshwater. Members of 
this group (class Crustacea, order Decapoda) are 
adapted for swimming however, they are commonly 
bottom-dwelling animals that swim only occasionally. 


The body of most species of shrimps is roughly 
cylindrical in cross-section, though it may be slightly 
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A peppermint shrimp. (JLM Visuals.) 


compressed sideways. The body consists of a well-devel- 
oped thorax and abdomen enclosed in a tough carapace 
made of chitin, which often extends to the base of the 
legs, protecting the delicate gills. The first three pairs of 
thoracic limbs (or maxillipeds) are modified for use in 
feeding, specifically for grasping food. The other five 
pairs of thoracic legs, the first of which is usually larger 
than the others, have pinching claws that serve in han- 
dling prey as well for defensive purposes. These legs are 
also used for walking. The head is well developed and 
bears stalked eyes, a pair of mandibles, a pair of anten- 
nae, and smaller antennules. The antennae may be con- 
siderably longer than the body. Both the antennules and 
antennae play an important sensory role, detecting prey 
as well as changes in salinity and watertemperature. At 
the end of the abdomen there is often a swimming fin 
formed by structures called the uropods and telson. 


Unlike crabs and lobsters, their decapod relatives, 
shrimp can be highly gregarious and may swim and feed 
in large schools. Many species of shrimp are nocturnal, 
remaining concealed amid seaweed or hidden in the 
crevices of coral reefs during the day. Some species 
bury themselves in the sand, the only sign of their pres- 
ence being their long tentacles. At night they emerge to 
feed on smaller crustaceans, small fish, worms, and the 
eggs and larvae of a wide range of species. 


One group of shrimps has developed an unusual 
means of capturing prey. The pistol or snapping shrimp 
(Alphaeidae) live in burrows that they excavate in sand 
on the seabed. One of their front claws is greatly 
enlarged, typically measuring more than half of the 
body length. The tip of this claw is modified as a 
broad base-plate, to which is attached a hinged joint; 
this is reminiscent of old-time muskets that had a pow- 
der pan, which was ignited when a hammer hit it. The 
purpose of this device in the snapping shrimps is not 
primarily to grasp passing prey, but to stun them. 
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When the shrimp feels threatened or detects potential 
prey nearby, the “hammer” is pulled back so that it is at 
a right angle to the base of the claw. When the hammer 
is released it produces a loud snapping noise, the shock 
wave of which can be sufficient to stun or even kill 
small prey. The prey is then dragged into the shrimp’s 
burrow and consumed. Pistol shrimps are also highly 
territorial, and use their snapping mechanism to deter 
other shrimp and invertebrates from invading their 
territory and tunnels. 


A number of shrimp species have developed elabo- 
rate social relationships with other marine animals. 
Certain species of shrimps live among the spines of sea 
urchins and the tentacles of sea anemones, feeding on 
plankton and small crustaceans. They also feed on the 
detritus produced as the urchin or anemone eats. The 
precise benefit to the host is not clear, but the shrimps 
may help deter small grazing fishes, or they may keep the 
tentacles or spines of the host free of debris and algae. A 
much refined association involves the cleaner shrimps, 
such as species of Periclimenes and Stenopus, which per- 
form an essential service to many large fish by removing 
parasites from their body and cleaning injured tissues. To 
do so, the cleaner shrimp may have to enter the mouth of 
the host, a potentially lethal undertaking in view of the 
fact that most of the fish are large enough to make a meal 
out of the shrimp. However, the sanitary service is of such 
great importance to the fish that it never consumes its 
hygienist. Many fishes signal their desire to be cleaned by 
changing their body color, or by opening their mouth 
and extending their gill covers. In return for this service, 
the shrimps obtain much, if not all of their daily food 
requirements by eating the parasites or diseased flesh 
they find while cleaning. The cleaner shrimps are brightly 
colored and advertise their services to fish by perching in 
an exposed place and waving their long tentacles. 


During the breeding season, many species of 
shrimp forsake their usual habitat in shallow water 
and migrate to deeper places where they mate and lay 
their eggs. Females lay huge numbers of eggs, often 
greater than half a million, which are released directly 
to the water and not retained on the body for hatching 
(crabs and lobsters do the latter). The microscopic eggs 
hatch into tiny larvae, known as nauplii, which drift 
with the current for several weeks before changing to 
the adult form. As the larvae grow, they undergo a 
number of molts until they acquire adult characters 
and eventually migrate toward shallower near-shore 
habitat where they live until the next breeding season. 


Shrimps are an important part of the marine food 
web. They are eaten by a wide range of fishes, and even 
by marine mammals such as seals and whales. Larger 
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species of shrimp are also sought out by commercial 
fisheries, which harvest huge amounts of these crusta- 
ceans for human consumption. Some species of shrimps 
are also cultivated in aquaculture in tropical countries. 


See also Zooplankton. 


David Stone 


| Sickle cell anemia 


Sickle cell anemia is an inherited blood disorder 
that arises from a single amino acid substitution in one 
of the component proteins of hemoglobin. The com- 
ponent protein, or globin, that contains the substitu- 
tion is defective. Hemoglobin molecules constructed 
with such proteins have a tendency to stick to one 
another, forming strands of hemoglobin within the 
red blood cells. The cells that contain these strands 
become stiff and elongated—that is, sickle shaped. 


Sickle-shaped cells—also called sickle cells—die 
much more rapidly than normal red blood cells, and 
the body cannot create replacements fast enough. 
Anemia develops due to the chronic shortage of red 
blood cells. Further complications arise because sickle 
cells do not fit well through small blood vessels, and 
can become trapped. The trapped sickle cells form 
blockages that prevent oxygenated blood from reach- 
ing associated tissues and organs. Considerable pain 
results in addition to damage to the tissues and organs. 
This damage can lead to serious complications, includ- 
ing stroke and an impaired immune system. 


Hemoglobin structure 


Normal hemoglobin is composed of a heme mole- 
cule and two pairs of proteins called globins. Humans 
have the genes to create six different types of globins— 
alpha, beta, gamma, delta, epsilon, and zeta—but do 
not use all of them at once. Which genes are expressed 
depends on the stage of development: embryonic, fetal, 
or adult. Virtually all of the hemoglobin produced in 
humans from ages two to three months onward con- 
tains a pair of alpha-globin and beta-globin molecules. 


Sickle cell hemoglobin 


A change, or mutation, in a gene can alter the for- 
mation or function of its product. In the case of sickle cell 
hemoglobin, the gene that carries the blueprint for beta- 
globin has a minute alteration that makes it different 
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Sickle cell anemia 


A scanning electron microscopy (SEM) scan of red blood 
cells taken from a person with sickle cell anemia. The blood 
cells at the bottom are normal; the diseased, sickle-shaped 
cell appears at the top. (Dr. Gopal Murti. National Audubon 
Society Collection/Photo Researchers, Inc.) 


from the normal gene. This mutation affects a single 
nucleic acid along the entire DNA strand that makes 
up the beta-globin gene. (Nucleic acids are the chemicals 
that make up deoxyribonucleic acid, known more famil- 
iarly as DNA.) Specifically, the nucleic acid, adenine, is 
replaced by a different nucleic acid called thymine. 


Because of this seemingly slight mutation, called a 
point mutation, the finished beta-globin molecule has 
an amino acid substitution: valine occupies the spot 
normally taken by glutamic acid. (Amino acids are the 
building blocks of all proteins.) This substitution cre- 
ates a beta-globin molecule—and eventually a hemo- 
globin molecule—that does not function normally. 


Normal hemoglobin, referred to as hemoglobin A, 
transports oxygen from the lungs to tissues throughout 
the body. In the smallest blood vessels, the hemoglobin 
exchanges the oxygen for carbon dioxide, which it 
carries back to the lungs for removal from the body. 
The defective hemoglobin, designated hemoglobin S, 
can also transport oxygen. However, once the oxygen is 
released, hemoglobin S molecules have an abnormal 
tendency to clump together. Aggregated hemoglobin 
molecules form strands within red blood cells, which 
then lose their usual shape and flexibility. 


The rate at which hemoglobin S aggregation and 
cell sickling occur depends on many factors, such as 
the blood flow rate and the concentration of hemoglo- 
bin in the blood cells. If the blood flows at a normal 
rate, hemoglobin S is reoxygenated in the lungs before 
it has a chance to aggregate. The concentration of 
hemoglobin within red blood cells is influenced by an 
individual’s hydration level—that is the amount water 
contained in the cells. Ifa person becomes dehydrated, 
hemoglobin becomes more concentrated in the red 
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blood cells. In this situation, hemoglobin S has a 
greater tendency to clump together and induce sickle 
cell formation. 


Sickle cell anemia 


Genes are inherited in pairs, one copy from each 
parent. Therefore, each person has two copies of the 
gene that makes beta-globin. As long as a person inher- 
its one normal beta-globin gene, the body can produce 
sufficient quantities of normal beta-globin. A person 
who inherits a copy each of the normal and abnormal 
beta-globin genes is referred to as a carrier of the sickle 
cell trait. Generally, carriers do not have symptoms, but 
their red blood cells contain some hemoglobin S. 


A child who inherits the sickle cell trait from both 
parents—a 25% possibility if both parents are car- 
riers—will develop sickle cell anemia. Sickle cell ane- 
mia is characterized by the formation of stiff and 
elongated red blood cells, called sickle cells. These 
cells have a decreased life span in comparison to nor- 
mal red blood cells. Normal red blood cells survive for 
approximately 120 days in the bloodstream; sickle 
cells last only 10 to 12 days. As a result, the blood- 
stream is chronically short of red blood cells and the 
affected individual develops anemia. 


The sickle cells can create other complications. Due 
to their shape, they do not fit well through small blood 
vessels. As an aggravating factor, the outside surfaces of 
sickle cells may have altered chemical properties that 
increase the cell’s stickiness. These sticky sickle cells are 
more likely to adhere to the inside surfaces of small blood 
vessels, as well as to other blood cells. As a result of the 
sickle cells’ shape and stickiness, blockages occasionally 
form in small blood vessels. Such blockages prevent oxy- 
genated blood from reaching areas where it is needed, 
causing extreme pain, as well as organ and tissue damage. 


However, the severity of the symptoms cannot be 
predicted based solely on the genetic inheritance. 
Some individuals with sickle cell anemia develop 
health- or life-threatening problems in infancy, but 
others may have only mild symptoms throughout 
their lives. For example, genetic factors, such as the 
continued production of fetal hemoglobin after birth, 
can modify the course of the disease. Fetal hemoglobin 
contains gamma-globin in place of beta-globin; if 
enough of it is produced, the potential interactions 
between hemoglobin S molecules are reduced. 


Affected populations 
Worldwide, millions of people carry the sickle cell 


trait. Individuals whose ancestors lived in sub-Saharan 
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Africa, the Middle East, India, or the Mediterranean 
region are the most likely to have the trait. The areas of 
the world associated with the sickle cell trait are also 
strongly affected by malaria, a disease caused by blood- 
borne parasites transmitted through mosquito bites. 
According to a widely accepted theory, the genetic 
mutation associated with the sickle cell trait occurred 
thousands of years ago. Coincidentally, this mutation 
increased the likelihood that carriers would survive 
malaria outbreaks. Survivors then passed the mutation 
on to their offspring, and the trait became established 
throughout areas where malaria was common. 


Although modern medicine offers drug therapies 
for malaria, the sickle cell trait endures. Approximately 
two million Americans are carriers of the sickle cell 
trait. Individuals who have African ancestry are partic- 
ularly affected; one in 12 African Americans is a car- 
rier. People with Mediterranean, Middle Eastern, and 
Indian ancestry are also highly affected. An additional 
72,000 Americans have sickle cell anemia, meaning 
they have inherited the trait from both parents. 
Among African Americans, approximately one in 
every 500 babies is diagnosed with sickle cell anemia. 
Hispanic Americans are also heavily affected; sickle cell 
anemia occurs in one of every 1,000 to 1,400 births. 
Worldwide, it has been estimated that 250,000 children 
are born each year with sickle cell anemia. 


Causes and symptoms 


Sickle cell anemia results from an inheritance of 
the sickle cell trait—that is, a defective beta-globin 
gene—from each parent. Due to this inheritance, 
hemoglobin S is produced. This hemoglobin has a 
tendency to aggregate and form strands, thereby 
deforming the red blood cells in which it is contained. 
The deformed, short-lived red blood cells cause effects 
throughout the body. 


Symptoms typically appear during the first year or 
two of life, if the diagnosis has not been made at or 
before birth. However, some individuals do not 
develop symptoms until adulthood and may not be 
aware that they have the genetic inheritance for sickle 
cell anemia. 


Anemia 


Sickle cells have a high turnover rate, and there is 
a deficit of red blood cells in the bloodstream. 
Common symptoms of anemia include fatigue, pale- 
ness, and a shortness of breath. A particularly severe 
form of anemia—aplastic anemia—occurs following 
infection with parvovirus. Parvovirus causes extensive 
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destruction of the bone marrow, bringing production 
of new red blood cells to a halt. Bone marrow produc- 
tion resumes after 7 to 10 days; however, given the 
short lives of sickle cells, even a brief shut-down in red 
blood cell production can cause a precipitous decline 
in hemoglobin concentrations. This is called aplastic 
crisis. 


Painful crises 


Painful crises, also known as vaso-occlusive crises, 
are a primary symptom of sickle cell anemia in chil- 
dren and adults. The pain may be caused by small 
blood vessel blockages that prevent oxygen from 
reaching tissues. An alternate explanation, particu- 
larly with regard to bone pain, is that blood is shunted 
away from the bone marrow but through some other 
mechanism than blockage by sickle cells. 


These crises are unpredictable, and can affect any 
area of the body, although the chest, abdomen, and 
bones are frequently affected sites. There is some evi- 
dence that cold temperatures or infection can trigger a 
painful crisis, but most crises occur for unknown rea- 
sons. The frequency and duration of the pain can vary 
tremendously. Crises may be separated by more than a 
year or possibly only by weeks, and they can last from 
hours to weeks. 


The hand-foot syndrome is a particular type of 
painful crisis, and is often the first sign of sickle cell 
anemia in an infant. Common symptoms include pain 
and swelling in the hands and feet, possibly accompa- 
nied by a fever. Hand-foot syndrome typically occurs 
only during the first four years of life, with the greatest 
incidence at one year. 


Enlarged spleen and infections 


Sickle cells can impede blood flow through the 
spleen and cause organ damage. In infants and 
young children, the spleen is usually enlarged. After 
repeated incidence of blood vessel blockage, the spleen 
usually atrophies by late childhood. Damage to the 
spleen can have a negative impact on the immune 
system, leaving individuals with sickle cell anemia 
more vulnerable to infections. Infants and young 
children are particularly prone to life-threatening 
infections. 


Anemia can also impair the immune system, 
because stem cells—the precursors of all blood 
cells—are earmarked for red blood cell production 
rather than white blood cell production. White blood 
cells form the cornerstone of the immune system 
within the bloodstream. 
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Sickle cell anemia 


Delayed growth 


The energy demands of the bone marrow for red 
blood cell production compete with the demands of a 
growing body. Children with sickle cell anemia have 
delayed growth and reach puberty at a later age than 
normal. By early adulthood, they catch up on growth 
and attain normal height; however, weight typically 
remains below average. 


Stroke 


Blockage of blood vessels in the brain can have 
particularly harsh consequences and can be fatal. 
When areas of the brain are deprived of oxygen, con- 
trol of the associated functions may be lost. Sometimes 
this loss is permanent. Common stroke symptoms 
include weakness or numbness that affects one side 
of the body, sudden loss of vision, confusion, loss of 
speech or the ability to understand spoken words, 
and dizziness. Children between the ages of 1 to 15 
years are at the highest risk of suffering a stroke. 
Approximately two-thirds of the children who have a 
stroke will have at least one more. 


Acute chest syndrome 


Acute chest syndrome can occur at any age, and is 
caused by sickle cells blocking the small blood vessels 
of the lungs. This blockage is complicated by accom- 
panying problems such as infection and pooling of 
blood in the lungs. Affected persons experience fever, 
cough, chest pain, and shortness of breath. Recurrent 
attacks can lead to permanent lung damage. 


Other problems 


Males with sickle cell anemia may experience a 
condition called priapism. (Priapism is characterized 
by a persistent and painful erection of the penis.) Due 
to blood vessel blockage by sickle cells, blood is 
trapped in the tissue of the penis. Damage to this tissue 
can result in permanent impotence in adults. 


Both genders may experience kidney damage. The 
environment in the kidney is particularly conducive 
for sickle cell formation; even otherwise asymptomatic 
carriers may experience some level of kidney damage. 
Kidney damage is indicated by blood in the urine, 
incontinence, and enlarged kidneys. 


Jaundice and an enlarged liver are also commonly 
associated with sickle cell anemia. Jaundice, indicated 
by a yellow tone in the skin and eyes, may occur if 
bilirubin levels increase. Bilirubin is the final product 
of hemoglobin degradation, and is typically removed 
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from the bloodstream by the liver. Bilirubin levels 
often increase with high levels of red blood cell 
destruction, but jaundice can also be a sign of a poorly 
functioning liver. 


Some individuals with sickle cell anemia may 
experience vision problems. The blood vessels that 
feed into the retina—the tissue at the back of the eye- 
ball—may be blocked by sickle cells. New blood vessel 
can form around the blockages, but these vessels are 
typically weak or otherwise defective. Bleeding, scar- 
ring, and retinal detachment may eventually lead to 
blindness. 


Diagnosis 


Sickle cell anemia is suspected based on an indi- 
vidual’s ethnic or racial background, and on the symp- 
toms of anemia. A blood count reveals the anemia and 
the presence of sickle cells in blood samples is easily 
confirmed by microscopic examination. A sickle cell 
test can reveal the presence of the sickle cell trait. 


The sickle cell test involves mixing equal amounts 
of blood and a 2% solution of sodium bisulfite. Under 
these circumstances, hemoglobin exists in its deoxy- 
genated state. If hemoglobin S is present, the red blood 
cells are transformed into the characteristic sickle 
shape. This transformation is observed with a micro- 
scope, and quantified by expressing the number of 
sickle cells per 1,000 cells as a percentage. The sickle 
cell test confirms that an individual has the sickle cell 
trait, but it does not provide a definitive diagnosis for 
sickle cell anemia. 


To confirm a diagnosis of the sickle cell trait or 
sickle cell anemia, another laboratory test called gel 
electrophoresis is performed. This test uses an electric 
field applied across a slab of gel-like material to sepa- 
rate protein molecules based on their size, shape, or 
electrical charge. Although hemoglobin S (sickle) and 
hemoglobin A (normal) differ by only one amino acid, 
they can be clearly separated using gel electrophoresis. 
If both types of hemoglobin are identified, the individ- 
ual is a carrier of the sickle cell trait; if only hemoglo- 
bin S is present, the person most likely has sickle cell 
anemia. 


The gel electrophoresis test is also used as a 
screening method for identifying the sickle cell trait 
in newborns. 


More than 40 states in the United States screen 
newborns in order to identify carriers and individuals 
who have inherited the trait from both parents. 
Physicians and researchers also recommend that indi- 
viduals likely to be exposed to low oxygen tensions 
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(e.g., pilots, divers) undergo screening tests for sickle- 
cell trait, as studies have shown that those with sickle- 
cell trait are often less able to cope with low oxygen 
levels than individuals with normal hemoglobin. 


Treatment 


Early identification of sickle cell anemia can pre- 
vent many problems. The highest death rates occur 
during the first year of life due to infection, aplastic 
anemia, and acute chest syndrome. If anticipated, steps 
can be taken to avert these crises. With regard to long- 
term treatment, prevention of complications remains a 
main goal. Sickle cell anemia cannot be cured—other 
than through a risky bone marrow transplant—but 
treatments are available for symptoms. 


Pain management 


Pain is one of the primary symptoms of sickle cell 
anemia, and controlling it is an important concern. 
The methods necessary for pain control are based on 
individual factors. Some people can gain adequate 
pain control through over-the-counter oral painkillers 
(analgesics), local application of heat, and rest. Others 
need stronger methods, which can include administra- 
tion of narcotics. 


Blood transfusions 


Blood transfusions are usually not given on a 
regular basis but are used to treat painful crises, severe 
anemia, and other emergencies. In some cases, such as 
treating spleen enlargement or preventing stroke from 
recurring, blood transfusions are given as a preventa- 
tive measure. Regular blood transfusions have the 
potential to decrease formation of hemoglobin S, 
and reduce associated symptoms. However, regular 
blood transfusions introduce a set of complications, 
primarily iron loading, risk of infection, and sensitiza- 
tion to proteins in the transfused blood. 


Drugs 


Infants are typically started on a course of penicillin 
that extends from infancy to age six years. This treat- 
ment is meant to ward off potentially fatal infections. 
Infections at any age are treated aggressively with anti- 
biotics. Vaccines for common infections, such as pneu- 
mococcal pneumonia, are administered when possible. 


Emphasis is being placed on developing drugs that 
treat sickle cell anemia directly. The most promising of 
these drugs is hydroxyurea, a drug that was originally 
designed for anticancer treatment. Hydroxyurea has 
been shown to reduce the frequency of painful crises 
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and acute chest syndrome in adults, and to lessen the 
need for blood transfusions. Hydroxyurea seems to 
work by inducing a higher production of fetal hemo- 
globin. The major side effects of the drug include 
decreased production of platelets, red blood cells, 
and certain white blood cells. The effects of long- 
term hydroxyurea treatment are unknown. 


Bone marrow transplantation 


Bone marrow transplantation has been shown to 
cure sickle cell anemia in severely affected children. 
Indications for a bone marrow transplant are stroke, 
recurrent acute chest syndrome, and chronic unre- 
lieved pain. Bone marrow transplants tend to be the 
most successful in children; adults have a higher rate 
of transplant rejection and other complications. 


The procedure requires a healthy donor whose mar- 
row proteins match those of the recipient. Typically, 
siblings have the greatest likelihood of having matched 
marrow. Given this restriction, fewer than 20% of sickle 
cell anemia individuals may be candidates. The percent- 
age is reduced when factors such as general health and 
acceptable risk are considered. The procedure is risky 
for the recipient. There is approximately a 10% fatality 
rate associated with bone marrow transplants done for 
sickle cell anemia treatment. Survivors face potential 
long-term complications, such as chronic graft versus 
host disease (an immune-mediated attack by the donor 
marrow against the recipient’s tissues), infertility, and 
development of some forms of cancer. 


Alternative treatment 


In general, treatment of sickle cell anemia relies on 
conventional medicine. However, alternative thera- 
pies may be useful in pain control. Relaxation, appli- 
cation of local warmth, and adequate hydration may 
supplement the conventional therapy. Further, main- 
taining good health through adequate nutrition, 
avoiding stresses and infection, and getting proper 
rest help prevent some complications. 


Prognosis 


Several factors aside from genetic inheritance deter- 
mine the prognosis for affected individuals. Therefore, 
predicting the course of the disorder based solely on 
genes is not possible. In general, given proper medical 
care, individuals with sickle cell anemia are in fairly good 
health most of the time. The life expectancy for these 
individuals has increased over the last 35 years, and many 
survive well into their 40s or beyond. In the United 
States, the average life span for men with sickle cell 
anemia is 40 to 44 years; for women, it is 46 to 50 years. 
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Sickle cell anemia 


KEY TERMS 


Amino acid—An organic compound whose mole- 
cules contain both an amino group (-NH2) and a 
carboxyl group (-COOH). One of the building blocks 
of a protein. 


Anemia—A condition in which the level of hemo- 
globin falls below normal values due to a shortage of 
mature red blood cells. Common symptoms include 
pallor, fatigue, and shortness of breath. 


Bilirubin—A yellow pigment that is the end result of 
hemoglobin degradation. Bilirubin is cleared from 
the blood by action of liver enzymes and excreted 
from the body. 


Bone marrow—A spongy tissue located in the hollow 
centers of certain bones, such as the skull and hip 
bones. Bone marrow is the site of blood cell generation. 


Bone marrow transplantation—A medical proce- 
dure in which normal bone marrow is transferred 
from a healthy donor to an ailing recipient. An illness 
that prevents production of normal blood cells— 
such as sickle cell anemia—may be treated with a 
bone marrow transplant. 


Gel electrophoresis—A laboratory test that sepa- 
rates molecules based on their size, shape, or elec- 
trical charge. 


Globin—One of the component protein molecules 
found in hemoglobin. Normal adult hemoglobin has a 
pair each of alpha-globin and beta-globin molecules. 


Heme—The iron-containing molecule in hemoglo- 
bin that serves as the site for oxygen binding. 


Hemoglobin—The red pigment found within red 
blood cells that enables them to transport oxygen 
throughout the body. Hemoglobin is a large mole- 
cule composed of five component molecules: a 
heme molecule and two pairs of globin molecules. 


Hemoglobin A—Normal adult hemoglobin which 
contains a heme molecule, two alpha-globin mole- 
cules, and two beta-globin molecules. 


Prevention 


The sickle cell trait is a genetically linked, inher- 
ited condition. Inheritance cannot be prevented, but it 
may be predicted. Screening is recommended for indi- 
viduals in high-risk populations; in the United States, 
African Americans and Hispanic Americans have the 
highest risk of being carriers. 
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Hemoglobin S—Hemoglobin that is produced in 
association with the sickle cell trait; the beta-globin 
molecules of hemoglobin S are defective. 


Hydroxyurea—A drug that has been shown to 
induce production of fetal hemoglobin. Fetal hemo- 
globin has a pair of gamma-globin molecules in 
place of the typical beta-globins of adult hemoglo- 
bin. Higher-than-normal levels of fetal hemoglobin 
can prevent sickling from occurring. 


Iron loading—A side effect of frequent transfusions 
in which the body accumulates abnormally high 
levels of iron. Iron deposits can form in organs, par- 
ticularly the heart, and cause life-threatening 
damage. 

Jaundice—A condition characterized by higher- 
than-normal levels of bilirubin in the bloodstream 
and an accompanying yellowing of the skin and 
eyes. 

Mutation—A change in a gene’s DNA. Whether a 
mutation is harmful is determined by the effect on 
the product for which the gene codes. 


Nucleic acid—A type of chemical that is used as a 
component for building DNA. The nucleic acids 
found in DNA are adenine, thymine, guanine, and 
cytosine. 


Red blood cell—Hemoglobin-containing blood cells 
that transport oxygen from the lungs to tissues. In the 
tissues, the red blood cells exchange their oxygen for 
carbon dioxide, which is brought back to the lungs to 
be exhaled. 


Screening—Process through which carriers of a trait 
may be identified within a population. 


Sickle cell—A red blood cell that has assumed 
a elongated shape due to the presence of hemoglo- 
bin S. 


Sickle cell test—A blood test that identifies and 
quantifies sickle cells in the bloodstream. 


Screening at birth offers the opportunity for early 
intervention; more than 40 states include sickle cell 
screening as part of the usual battery of blood tests 
done for newborns. Pregnant women and couples plan- 
ning to have children may also wish to be screened to 
determine their carrier status. Carriers have a 50% 
chance of passing the trait to their offspring. Children 
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born to two carriers have a 25% chance of inheriting 
the trait from both parents and having sickle cell anemia. 
Carriers may consider genetic counseling to assess 
any risks to their offspring. The sickle cell trait can also 
be identified through prenatal testing; specifically 
through use of amniotic fluid testing or chorionic villus 
sampling. 


Today, scientists are continuing their research 
into new treatments for sickle cell anemia. Some of 
the research includes the creation of new drugs that 
increase blood levels of fetal hemoglobin and new 
techniques within gene therapy. 


See also Mutation; Respiration, cellular; Respiration; 
Transplant, surgical. 
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| Sieve of Eratosthenes 


Sieve of Eratosthenes is an almost mechanical 
procedure for separating out composite numbers and 
leaving the primes. It was invented by the Greek sci- 
entist and mathematician Eratosthenes who lived 
approximately 2,300 years ago. 


The natural numbers 1, 2, 3, 4,... can be classified 
into three groups: the prime numbers, which have no 
proper divisors other than 1; the composite numbers, 
which have two or more proper divisors; and 1 itself, 
which is neither prime nor composite. Thus 2, 3, and 5 
are primes, while 4, 6, and 8 are composite. (A proper 
divisor of a given number is a whole number which is 
smaller than the given number and divides it without a 
remainder.) If one writes the natural numbers in order, 
1, 2, 3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14,..., every second 
number will be a multiple of 2; every third number, a 
multiple of 3; every fourth number, a multiple of 4; 
and so on. Eratosthenes’ sieve makes use of this fact. 


First, one writes the natural numbers in order, 
omitting the 1. Then one circles the 3 and crosses out 
every third number, including 6 and 12, which are 
already crossed out. The numbers that are left have 
neither 2 nor 3 as divisors. 


One continues this process for as long as one likes. 
The circled numbers, 2, 3, 5, 7, 11, 13,... are primes; the 
crossed-out numbers, 4, 6, 8, 9, 10, 12, 14,... are 
composite. 


Although the sieve can be a tedious process for 
discovering large primes, it is still very useful. For one 
thing, it involves no arithmetic other than counting. 
For another, if one uses it for the first n natural 
numbers, it will pick out all the primes in that range. 
Furthermore, it is a procedure that can be effectively 
turned over to a computer, using a language such as 
Fortran, BASIC, or Pascal. According to Ore, every 
table of primes has been constructed with the method 
described by Eratosthenes. This includes tables of all 
the primes up to one hundred million. 


What it will not do is provide a simple test of a 
given number. In order to decide by means of the sieve 
whether a number such as 9577 is prime, one would 
have to find all the primes up to 9577. One cannot use 
the sieve to test the number directly. 


Actually doing this, although tedious, is not quite 
as bad as it sounds. If 9577 is going to be crossed out, it 
will have been crossed out by the time one circles 97 and 
crosses out every ninety-seventh number beyond. The 
reason for this is that for 9577 to be composite, it 
must be the product of two factors, say p and q. That 
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Proper divisor—A natural number which divides a 
given natural number without a remainder, and is 
smaller than the given number. 


is, 9577 = pq. The larger of these factors must be equal 
to or greater than the square root of 9577; and the 
smaller, less than or equal to it. Since the square root 
of 9577 is approximately 97.86, one of its supposed 
factors has to be 97 or less. Of course, that is still a lot 
of work. There are twenty-four primes less than 97, with 
circling and crossing out to be done for each one of them. 


As this example shows, the crossing out process is 
more efficient than it first appears to be. In general, if 
one crosses out all the multiples of primes up to, and 
including a number n, then all the composite numbers 
up to and including the square of n will have been 
crossed out. When one crosses out all the multiples of 
2 and 3, all the composite numbers up to 9 have been 
crossed out, and this can be verified by the example 
above. Crossing out the multiples of 2, 3, and 5 crosses 
out all the composite numbers up to and including 25. 
The examples above don’t extend far enough to show 
this, but the reader can check it for himself or herself. 


There is a variation on the sieve that allows one to 
do more than sort the natural numbers into two 
classes. In this procedure one writes the natural num- 
bers in the following array. In the second row one 
starts under the 2 and skips one space between each 
of the natural numbers. In the third row one starts 
under the 3 and skips two spaces, and so on. 


This procedure lists all of a number’s proper divi- 
sors directly below it. Thus 7 has only 1 as a proper 
divisors directly below it, while 12 has 6, 4, 3, 2, and 1. 
Seven is therefore a prime number, and 12 is composite. 


J. Paul Moulton 


Sifakas see Lemurs 


| Silicon 


Silicon is the chemical element of atomic number 14, 
symbol Si and atomic weight 28.085. The seventh most 
abundant element in the universe, silicon is the second 
element in Group 14 of the periodic table. In its 
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crystalline form of dark gray crystals, it has a specific 
gravity of 2.42 at 68°F (20°C), a melting point of 2,588°F 
(1,420°C) and a boiling point 5,936°F (3,280°C). It exists 
also in two amorphous (shapeless) forms, a brown pow- 
der and a black crystal. Silicon consists of three stable 
isotopes of mass numbers 28, 29 and 30. 


Silicon, is a key component of microchips and 
microprocessors that allow the construction of inex- 
pensive digital wristwatch to worldwide networks of 
computers. The conductive properties of silicon allow 
micro-devices to perform millions of calculations per 
second. 


In terms of weight, silicon is the second most 
abundant element in the crust of Earth at 27.7%— 
second only to oxygen (46.6%). In rough terms, the 
Earth is essentially a spheroid of iron (the core) sur- 
rounded by layers (the mantle and the crust) of silicon 
and oxygen dominated compounds that include the 
other elements. 


Earth was originally a molten ball of mostly iron, 
oxygen, silicon and aluminum that cooled. While still 
molten lighter atoms—including silicon and oxygen 
(atomic weights 28 and 16), moved outward from the 
core region, while the heavier iron atoms (atomic 
weight 56) dominated the central core. By about 3.5 
billion years ago, the outermost layer had cooled to a 
crustal surface. The crustal composition is three-quar- 
ters oxygen and silicon. 


Allotropic forms 


Silicon exists in two allotropic forms, one of which 
consists of shiny, grayish black needle-like or crystal 
plates. The other allotrope is an amorphous brown 
powder. The melting point of the crystalline allotrope 
is about 2,570°F (1,410°C), its boiling point is about 
4,270°F (2,355°C), and its density is 1.35 ounces per 
cubic inch (2.33 grams per cubic centimeter). It is a solid 
at room temperature. Silicon is a relatively hard element 
with a hardness of 7 on the Mohs scale. Classified as a 
semi-metal, silicon is a semiconductor, a property that 
determines some of its most important uses. 


As its two allotropic forms might suggest, silicon 
is a metalloid. It is relatively inactive at room temper- 
ature, and resists attack by water and most acids. At 
higher temperatures, it reacts with many metals, oxy- 
gen, nitrogen, sulfur, phosphorus, and the halogens. It 
also forms a number of alloys in the molten state. 


Discovery and Naming 


The discovery of silicon as an element evaded chem- 
ists for many years because of the stability of most 
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silicon compounds. Most chemists had little reason to 
believe that a new element existed in sand, silicates, and 
other earthy materials. Even if they did, scientists did 
not have the technology to extract the element from its 
compounds. One researcher with perhaps the greatest 
reason to hope for success in producing silicon was 
English chemist and physicist Sir Humphry Davy 
(1778-1829). Davy had developed a technique by 
which unusually stable compounds could be decom- 
posed into their constituent elements. He used this 
method to prepare sodium, potassium, calcium, and 
other elements for the first time. Davy was unsuccessful, 
however, in producing silicon by the same method. 


The first successful effort in the search for silicon 
was achieved by Swedish chemist Jons Jakob Berzelius 
(1779-1848). In 1823, Berzelius electrolyzed a molten 
mixture of potassium metal and potassium silicon 
fluoride (KSiFs) and obtained a small sample of 
pure silicon: 4K + K,SiF,s —heat and electricity > 
6KF + Si. The new element was named by Scottish 
chemist Thomas Thomson (1773-1852) because of the 
element’s presence in the mineral flint (si/ex or silicis in 
Latin). He added the ending -on because of the ele- 
ment’s similarity to carbon. 


Silicon is an abundant element 


Silicon exists in the sun, stars, and in meteorites. 
It is found in plants and in animal bones. In Earth’s 
crust, there are at least 500 minerals—substances with 
definite chemical compositions and crystal forms. 
More than a third of these compounds contain silicon 
and oxygen. 


Silicon and oxygen form silicon dioxide, SiOz, (as 
known as silica). Sand is mostly silica with some con- 
tributions from shells and corals. When mixed with 
lime (calcium oxide, CaO), soda (sodium carbonate, 
Na»CO3) and trace substances, then melted in a fur- 
nace, silica become the key component of glass. 


The purest form of silica, SiOz, is quartz, a common 
mineral that is found as nearly colorless crystals. Slightly 
impure quartz makes crystals of amethyst (purple or 
violet), opal (translucent, milky) and agate (striped), all 
of which are prized for their aesthetic value. 


Practically all the rocks and clays contain silicon 
and oxygen combined chemically with metallic ele- 
ments in compounds called silicates. A common 
exception is limestone, which is calcium carbonate. 


Silicates 


The atoms of carbon can bond to each other to 
make long chains that include branches, and rings of 


GALE ENCYCLOPEDIA OF SCIENCE 4 


carbon atoms onto which atoms of hydrogen and 
several other elements (including oxygen) can bond. 
The entire field of organic chemistry, with its millions 
of different organic compounds, is based on this abil- 
ity of the carbon atom. 


Silicon also has increased bonding abilities. On 
the periodic table, silicon is directly beneath carbon 
in group 14, which means that it, like carbon, has four 
electrons in its outermost shell that are available to 
share in chemical bonds with other elements. Like 
carbon, it can share those electrons with other silicon 
atoms. Because silicon atoms are about one and a half 
times larger in diameter that carbon atoms, however, 
the atoms can not pack as tightly and therefore can not 
to bond into long -Si-Si-Si-Si- chains that allow as 
much access as do carbon chains. Oxygen atoms can 
act as separators, or bridges, between the Si atoms 
to make -Si-O-Si-O-Si-O-Si- chains. Oxygen has a 
valence of two, and it can bond to two silicon atoms 
to bridge a chain. Such bridged structures open up the 
possibility of vast networks of silicon and oxygen 
based silicates. 


The network in a quartz crystal consists of silicon 
and oxygen atoms. Each silicon atom is bonded to 
four oxygen atoms. Each silicon atom has only half 
possession of the four oxygen atoms surrounding it, so 
the overall formula is SiO, not SiO4. Half of four 
oxygen atoms per silicon atom equal two oxygen 
atoms per silicon atom. In other silicate minerals, 
this network incorporates the presence of other 
atoms such as aluminum, iron, sodium, and potas- 
sium, that allow crystals to take on different shapes 
and properties. 


Talc is a silicate mineral whose silicon and oxygen 
atoms are bonded together in sheets rather than in 
quartz-like three-dimensional solid crystals. These 
thin sheets can slide over one another. The low friction 
of talcum powder (ground-up talc) results from this 
sheet like configuration. Asbestos is a silicate mineral 
with silicon and oxygen atoms are bonded in long 
strings. Asbestos is therefore a mineral rock that can 
be shredded into fibers. 


A silicate material widely used in industry is 
cement. Recent estimates place use of this cement at 
more than 100 million tons in the United States each 
year. Cement is manufactured from two minerals: clay 
or shale (both aluminum silicates) plus limestone (cal- 
cium carbonate, CaCO3). These minerals are mixed, 
then heated together at a temperature of 2,732°F 
(1,500°C). At this temperature, the limestone converts 
to lime, CaO. The mixture is then cooled, and it is 
ground to a very fine, gray powder. When this cement 
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powder is mixed with sand, gravel, and water, it sets 
into concrete. Accordingly, although the terms are 
sometimes inappropriately used synonymously, con- 
crete is actually an aggregate material containing 
cement. Concrete is a very hard and strong material, 
largely because strong Si-O-Si bridges in the clay. 


Silicones 


Like silicates, silicones are a family of compounds 
held together by strong Si-O-Si bridges. But where 
silicates have two additional, non-bridging oxygen 
atoms attached to each silicon atom, the silicones 
have organic groups for example, two methyl groups, 
CH3. The resulting (CH3)2SiO- groups can build up 
into long chains, just as the silicates. In contrast, how- 
ever, are organic groups in the chains, that allow the 
compounds to resemble organic materials such as oils, 
greases, and rubbers. 


As with organic compounds, a variety of silicone 
compounds can be composed of various-length silicon- 
oxygen chains with organic groups attached. The smaller 
molecules are the basis of silicone oils that, as with the 
all-organic petroleum oils, are used as lubricants, which 
resist decomposition at higher temperatures. Very large 
silicone molecules make silicone rubbers with high com- 
pression elasticity. These compounds are incorporated 
into ranging from super-bouncing balls to high impact 
bumpers. The first human footprint on the moon was 
made with a silicone-rubber-soled boot. 


Between the oils and rubbers are hundreds of 
kinds of silicones that are used in electrical insulators, 
rust preventives, soaps, fabric softeners, hair sprays, 
hand creams, furniture and auto polishes, paints, 
adhesives, and chewing gum. Silicones are also used 
in surgical implants because they less prone that 
organic material to rejection by the immune system. 


Other uses of silicon 


On the periodic table, silicon lies on the borderline 
between the metals and nonmetals. Silicon is essen- 
tially a semi-metal (i.e., has some metallic properties 
such as metallic conductivity) that allows it to be used 
in semiconductor devices (i.e., silicon is a semiconduc- 
tor). Thin slices of ultra-pure silicon crystals, generally 
known as chips, can have as many as half a million 
microscopic, interconnected electronic circuits etched 
into them. These circuits can act as electron gates 
and perform incredibly complex manipulations of 
voltages, that can be treated as binary numbers 
(e.g., voltage on = 1, voltage off = 0). 
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Silica gel is a porous form of silica, SiO», that 
absorbs water vapor from the air. In its most common 
form, silica gel is manufactured for use as a drying 
agent and small packages of silica gel are often packed 
with shipped products such as electronics that may be 
sensitive to moisture. Absorption by silica acts to 
maintain the humidity levels in a package as the pack- 
age undergoes temperature changes. 


Silicon carbide (SiC), is an extremely hard crystal- 
line material, manufactured by fusing sand (SiO2) with 
coke (C) in an electric furnace at a temperature above 
3,992°F (2,200°C). Silicon carbide, also known by its 
trade name, Carborundum, is often used as an abra- 
sive, By attaching an ultrasonic impact grinder to a 
magnetostrictive transducer and using an abrasive 
liquid containing silicon carbide, holes of practically 
any shape can be drilled in hard, brittle materials such 
as tungsten carbide or precious stones. 


Silicon based semiconductors are also used in the 
search for weapons of mass destruction, especially 
nuclear materials. The interactions of radiation with 
semiconducting crystals such as silicon can also be 
measured and semiconducting radiation detectors 
have the advantages of small size, high sensitivity, 
and high accuracy. Silicon chips also are key compo- 
nents of hand-held advanced nucleic acid analyzers 
(HANAA) that allow real-time polymerase chain reac- 
tion (PCR) based tests for pathogens (disease-causing 
organisms) that can be used by potential bioterrorists. 


Silicon is also used in chips to which DNA 
(deoxyribonucleic acid) binds during hybridization 
procedures. 
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I Silk cotton family 


(Bombacaceae) 


The silk cotton family (Bombacaceae) is a group 
of about 200 species of tropical trees, some of which 
are of commercial importance as sources of lumber, 
fibrous material, or food. Species in the silk cotton 
family occur in all regions of tropical forest, but they 
are most diverse in Central and South America. 


Biology of silk cotton trees 


Silk cotton trees often attain a very large size, and 
can be taller than 98 ft (30 m). Their trunks are com- 
monly of a peculiar, bottom-heavy, bottle shape, and 
their wood is usually soft and light in density. Many 
species in this family have buttresses at the base of 
their stem. The leaves of silk cotton trees are arranged 
alternately along the stem, have a toothless margin, 
may be simple or compound, and are typically shed 
during the dry season. 


The flowers of trees in the silk cotton family are 
large and attractive, and develop during the leafless 
season. The fruit is a capsule, and the seeds commonly 
have long, silken hairs attached. 


Economic importance 


Various species of trees in the silk cotton family 
are economically important. Some species are har- 
vested for their wood, which is rather soft and can be 
easily carved into dugout canoes and other useful 
products. Balsa wood is an extremely light yet strong 
wood that is obtained from the fast-growing balsa tree 
(Ochroma pyramidale). This species is native to trop- 
ical forests of Central and northern South America, 
but most balsa wood is now harvested from planta- 
tions. Balsa wood is widely used to make architectural 
and other models, and to manufacture airplanes, flo- 
tation devices, and bottle corks. 


Balsa wood was also used to construct the Kon 
Tiki, a simply-built raft used by Thor Heyerdahl, an 
anthropologist and adventurer. Heyerdahl crossed the 
Pacific Ocean from east to west in 1947 to test his 
theory about the movements of pre-historic peoples. 
In part, Heyerdahl’s ideas were based on the observa- 
tion that the sweet potato (Ipomoea batatas) had been 
cultivated by pre-historic peoples in tropical America, 
Oceania, and southeast Asia. Heyerdahl hypothesized 
that there had been exchanges of goods and informa- 
tion among these far-flung peoples, and they may have 
used simple balsa rafts or other vessels as a means of 
trans-oceanic transportation. 
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Baobab trees in western Australia. (JLM Visuals.) 


Kapok is a very fluffy material made from the abun- 
dant silken hairs that are attached to the ripe seeds of 
several species in the silk cotton family. Most important 
in this respect is the silk cotton or kapok tree (Ceiba 
pentandra), originally from the tropical Americas but 
now widely planted in Africa and Asia. Less prominent 
as a source of kapok is the silk tree (Bombax ceiba) of 
southern Asia. The kapok is derived from long, fine hairs 
that develop from the inner wall of the 4-6 in (10-15 cm) 
long seedpods of these trees. The silken hairs are not 
attached to the seeds, as they are in cotton (Gossypium 
hirsutum), an unrelated fiber-producing plant. A mature 
kapok tree can be as tall as 98 ft (30 m), and can yield up 
to 11 lb (5 kg) of fluffy fibers each year. Kapok is com- 
monly used for stuffing cushions, mattresses, and furni- 
ture, and for other purposes that require a soft, 
voluminous filling. Kapok is water repellant and 
extremely light, but it tangles easily, is somewhat brittle, 
and tends to disintegrate eventually. In recent decades, 
kapok has been increasingly replaced by synthetic foams 
for many of its previous uses as stuffing. 


The baobab trees (Adansonia spp.) of Africa and 
India are of religious importance to some indigenous 
peoples, who consider this species to be a tree-of-life. 
One West African belief holds that the first human was 
born from the trunk of a baobab tree, whose grossly 
swollen stems somewhat resemble the profile of a 
pregnant woman. It was further believed that after 
birth, that first human was nurtured by the vaguely 
breast-shaped fruits of the baobab. This interesting 
species is pollinated by plants, which live in small 
cavities that are associated with spines on the twigs 
and branches of the baobab tree. 


Durians are among the world’s most interesting 
edible fruits, and are gathered from the durian tree 
(Durio zibethinus). Durian fruits can be as large as 8 in 
(20 cm) in size, and have a greenish, spiny exterior, and 
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Buttress—A structure that many trees of humid 
tropical forests grow at their base to stabilize the 
tree against the swaying forces of the wind. 
Buttresses can occur as broadened bases of the 
trunk, or as large, vertical projections from the base. 


Kapok—A fluffy, white material derived from the 
fruits of several species in the silk cotton family, 
and commonly used as a stuffing for pillows, mat- 
tresses, and similar items. 


a whitish, custard like interior. Durian fruits have a 
foul, sulphurous smell, but if their rather disgusting 
aroma can be ignored, these fruits are delicious to eat. 
Durians are especially popular in Southeast Asia. 
Because of the foul smell of durian fruits, many hotels 
in that region have signs posted that ask their guests to 
not eat this food in their rooms. 


See also Natural fibers. 
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Silt see Sediment and sedimentation 


Silver see Element, chemical 


I Sinkholes 


Sinkholes are circular depressions that form where 
water dissolves rock beneath the ground surface. Water 
moves along joints, or fractures, enlarging them to form 
a channel that drains sediment and water into the sub- 
surface. As the rock erodes, overlying material can col- 
lapse into the openings. Sinkholes range from a few feet 
to several hundred feet in width and reach depths of up 
to 150 ft (50 m). The subsidence associated with sink- 
holes can be a rapid or gradual process and poses risks 
to nearby buildings or other structures. 


3930 


Sinkholes occur worldwide, and in the United States 
are common in southern Indiana, southwestern Illinois, 
Missouri, Kentucky, Tennessee, and Florida. Abundant 
sinkholes as well as caves and disappearing streams and 
springs characterize a type of landscape known as karst 
topography. Sinkholes are the most characteristic feature 
of karst topography. Karst topography forms where 
groundwater dissolves subsurface carbonate rock, such 
as limestone and dolomite, or evaporite rock, such as 
gypsum and salt. Carbon dioxide (CO}), when combined 
with the water in air and soil, forms carbonic acid, acid- 
ifying the water slightly. The slight acidity intensifies the 
corrosive ability of the water percolating into the soil and 
moving through fractured rock. Naturally occurring sul- 
fur compounds can also combine with water to create 
sulfuric acid capable of dissolving rocks. 


Geologists classify sinkholes mainly by their means 
of development. Collapse sinkholes are initiated by dis- 
solution of rock beneath the surface. As the corrosion of 
subsurface rock proceeds, a cavity is produced within 
the rock. The sinkhole itself is formed when the roof of 
the resulting cavern collapses. These sinkholes are often 
funnel shaped, with characteristically steep sides and a 
debris-covered bottom. They form when soil or rock 
material collapses into a cave. Collapse may be sudden 
and damage is often significant; cars, roads, and homes 
may be swallowed by these sinkholes. 


In contrast to collapse sinkholes, solution sink- 
holes are formed from the surface downward. Solution 
sinkholes form in rock with multiple vertical joints. 
Water passing along these joints expands them, allow- 
ing cover material to move into the openings. Solution 
sinkholes usually form slowly and minor damage 
occurs, such as cracking of building foundations. 


Alluvial sinkholes form where carbonate rocks are 
overlain by unconsolidated debris. Solution of the 
underlying rock causes the overlying sediment to sag 
and form the surface depression. This phenomenon 
can also occur where the overlying material is solid, 
insoluble rock. They can be difficult to recognize and 
some are relatively stable. Rejuvenated sinkholes are 
previously stable alluvial sinkholes in which the cover 
material once again begins to subside, producing a 
growing depression. 


Uvalas are large sinkholes formed by the joining 
of several smaller sinkholes. These features often have 
a scalloped, irregular outline that is the result of their 
mode of origin. 


Sinkholes occur naturally, but can also be induced 
by human activities. Pumping water from a well can 
trigger sinkhole collapse by lowering the water table 
and removing buoyant support for the roofs of nearby 
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Vanishing Lake, a large sinkhole. (W.K. Fletcher. Photo Researchers, Inc.) 


voids. Construction over sinkholes can also cause col- 
lapse. Sinkhole development damages buildings, pipe- 
lines, and roadways, costing millions of dollars each year 
in the United States alone. In May 1981, a large sinkhole 
began to develop in Winter Park, Florida. After three 
days, the sinkhole had swallowed a house, several cars, 
parts of two businesses, part of a community pool, and a 
section of road. Damage from the Winter Park sinkhole 
is estimated at greater than $2 million. As is often the 
case, this sinkhole formed during a drought period, as a 
result of lower groundwater levels. 


In areas where evaporite rock is common, human 
activities play an especially significant role in the for- 
mation of sinkholes. Evaporites dissolve in water more 
easily than do carbonate rocks. Salt mining and drill- 
ing into evaporite deposits allows water that is not 
already saturated with salt to easily dissolve the rock. 
These activities have caused the formation of several 
large sinkholes. 


Sinkholes may also serve as routes for the spread of 
contamination to groundwater when people use them as 
refuse dumps. These natural depressions have long been 
attractive sites for dumping all types of waste. In rural 
areas, it is common for household trash, dead livestock 
and game carcasses, and other trash to be disposed of in 
these pits. Furthermore, agricultural chemicals, includ- 
ing fertilizers and pesticides, road salt, sewage, and leak- 
ing and waste petroleum products often flow into the 
features. Because sinkholes are intimately tied to the 
groundwater that helps to form them, they carry any 
toxins present within them directly to that groundwater 
system. The rapid flow characteristic of karst systems 
does not allow for the normal filtering and purification 
of groundwater. Instead toxins are carried rapidly to 
any down-gradient groundwater users. 


Research into the formation and characteristics of 
sinkholes continues. One area of concern is the hydro- 
logic effect of wastes and toxins on groundwater systems 


Skates 


KEY TERMS 


Carbonate rock—A group of sedimentary rocks 
containing the anion CO;7, includes limestone 
and dolomite. 


Evaporite—A group of sedimentary rocks formed 
by the evaporation of mineralized water. 


Karst topography—A type of surface topography 
formed by the solution of carbonate or evaporite 
minerals. Characterized by the presence of sink- 
holes and no surface runoff. 


Sinkhole—A circular depression formed by the sol- 
ution of underlying rock. 


Uvala—A large depression that results from the 
coalescing of several sinkholes. 


near sinkholes. Dye tracing methods have been used to 
delineate the areas affected by such wastes and the rate at 
which such material is carried downstream. In this 
method, a dye is placed in the groundwater and collected 
downstream at wells or other sinkholes. In areas with 
known karst topography, subsurface drilling or geophys- 
ical remote sensing may be used to pinpoint the location 
of hidden sinkholes. This is of particular importance for 
the protection of existing or planned structures. Detailed 
elevation mapping, ground penetrating radar, and the 
electrical resistance of the earth can be used for the 
identification of incipient sinkhole locations. 
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Monica Anderson 


Sisal see Amaryllis family (Amaryllidaceae) 


| Skates 


Skates are members of the class Chondrichthyes, 
the cartilaginous fish, the same class that contains 
sharks, rays, and chimeras. Skates, and their relatives 
the rays, comprise the order Rajiformes, which 
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A winter skate. (Andrew J. Martinez. The National Audubon 
Society Collection/Photo Researchers, Inc.) 


contains 513 species in 63 genera and 20 families. The 
skate family (Rajidae) is the largest family, encompass- 
ing about 250 species. 


The many species of skate vary greatly in size. The 
largest species, the big skate (Raja binoculata), is found 
off the Pacific coast of North America, and can grow to 
8 ft (2.4m) in length and weigh more than 200 lb (90 kg) 
The smallest species, the little skate (R. erinacea), grows 
to about 20 in (51 cm) and weighs less than 1 Ib (0.4 kg). 
Also called the hedgehog skate, it is the most common 
skate off the Atlantic coast of North America. 


Skates and rays are unusual among fish because of 
their flattened shape. The pectoral fins of skates are 
much larger than those of other fish, and are attached 
the length of the body, from the head to the posterior. 
These fins are particularly large in the skates, creating 
a Shelf like effect because they encompass the head. 
Skates also have an elongated snout. 


Skates are common in both tropical and temperate 
oceans, where they are found at depths ranging from 
100-7,000 ft (30-2,135 m) with young animals usually 
found in shallower water. Curiously, skates are not 
found in the waters around Hawaii, Polynesia, 
Micronesia, and northeastern South America. 


Skates are primarily bottom dwellers, often bury- 
ing themselves in bottom sand or mud to deceive 
potential prey and to avoid predators. In order to 
breathe while lying on the bottom, skates have two 
openings on their back called spiracles, immediately 
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behind their eyes. Skates draw water in through the 
spiracles, which then passes out though the gill slits on 
their undersides. When skates swim, they undulate 
their pectoral “wings,” setting up a ripple effect that 
drives them forward through the water in a graceful 
manner. 


The tail of a skate is shorter than that of its relatives 
the rays, and is studded with strong, sharp spines. These 
spines are effective in defense. Spines are also found on 
the back, and they can create a painful injury if stepped 
on by an unwary wader. Some species also have an 
electrical organ in their tail, which is not nearly as 
powerful as that found in the electric rays. These four- 
volt organs are thought to play a part in courtship. 


Like their relatives the sharks, skates have well- 
developed lower jaws; the upper jaw is separate from 
the skull. In many species, the teeth have fused into bony 
plates that are strong enough to crush the shells of the 
clams and other shelled mollusks on which the skates 
feed. Skates also eat fish, octopus, crab, and lobster. 


Studies have shown that skates have an excellent 
electromagnetic sense. They pick up weak electrical 
signals by means of the ampullae of Lorenzini, delicate 
organs in the snout. Researchers have noted transient 
slowdowns in the heartrate when skates have detected 
voltages as low as 0.01 microvolt—this is the highest 
electrical sensitivity known among any animals. A 
small fish, such as a flounder, naturally produces an 
electrical field greater than 0.01 microvolt, so no mat- 
ter how well a flounder may be hidden by burial in 
sand, a skate can detect it. 


Skates lay eggs, which are released into the envi- 
ronment in a protective egg case. The rectangular case 
is leathery and has a long tendril streaming from each 
corner; the tendrils anchor the case to seaweed or 
rocks. Sometimes called a mermaid’s purse, the egg 
case protects the young skates during the six to nine 
months it takes for them to hatch. Empty cases often 
wash up on beaches. 


Skates are edible, although they are generally con- 
sidered “trash fish” by American commercial fishers, 
who usually throw them back. Some fishers prefer to 
use the flesh from the pectoral wings as bait for lobster 
traps. 


The European, or gray skate (Raja batis) is an 
important food species in Europe. Many tons of this 
100-Ib (45.5-kg) skate are taken each year. Most of the 
“meat” is cut from the fleshy pectoral fins. The barn- 
door skate (Raja laevis) of the northwest Atlantic has 
become threatened through excessive bycatch in com- 
mercial fisheries directed to other species, such as cod 
and haddock. 
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F. C. Nicholson 


I Skeletal analysis 


The human skeletal system is primarily composed 
of a supportive structure found inside the body called 
the endoskeleton. The endoskeleton is made up of 
either bone or cartilage. Bone is hard, calcified tissue 
of the skeleton found in vertebrates and consists of 
collagen, calcium phosphate, calcium carbonate, and 
is innervated by blood vessels. Analysis of an endo- 
skeleton from the remains of an individual can provide 
information about the identity of the person that died, 
as well as information regarding physical character- 
istics about that person. This is particularly useful to 
forensics scientists, who are responsible for handling 
human remains during criminal investigations and 
determining the identity of a victim, the manner of 
death, and if a crime was committed. 


Ascertaining the cause of death can be problematic 
because the integrity of the remains is often signifi- 
cantly compromised (decomposed) and the cause of 
death can be due to a myriad of reasons (fires, homi- 
cides, explosions, wild animals, poisoning, drowning, 
among other causes). Forensic anthropologists are 
often consulted in these difficult cases. They are experts 
who combine their knowledge and training in human 
evolution, human variability, human development, 
human genetics, and human osteology (the study of 
bones) to be used for criminal investigations or follow- 
ing natural disasters. Examinations of skeletal remains 
are often performed by forensic anthropologists. 


There are three primary subspecialties recognized 
in forensic anthropology used for skeletal analysis: 
forensic osteology, forensic archaeology, and forensic 
taphonomy. Forensic osteology involves the study of 
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Skeletal analysis 


A forensic expert gathers the bones of a human being ata 
laboratory in the outskirts of Baghdad. Forensic experts and 
archaeologists working at a tented laboratory in the Iraqi war- 
torn capital are painstakingly piecing together stories from 
skeletal remains in mass graves. (© Ali Al-Saadi/Pool/epa/ 
Corbis.) 


human bones and includes understanding how bones 
form, disease states relating to bone, and distinguish- 
ing disease from trauma-induced alterations to the 
skeletal system. Forensic archaeology is the study of 
human remains at their site, and involves how to 
excavate human remains found in a potential crime 
scene. Finally, forensic taphonomy helps forensic sci- 
entists determine the skeletal alterations that tran- 
spired at the time of death and afterwards. These 
alterations can be analyzed by identifying diffuse 
or focal traumatic injury to the skeletal system, the 
rate, extent, and type of decomposition that occurs, 
and any environmental modifications that might be 
important. 


Forensic osteologists usually become involved in 
the criminal investigation at the beginning of the 
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search (as part of a team) for hidden or buried remains 
with the assistance of specially trained cadaver search 
and rescue dogs and law enforcement experts. Once 
the remains are located, osteologists and archaeolo- 
gists excavate the remains and help to determine evi- 
dence relevant to the investigation. Bone collection 
must follow careful visual analysis of the crime scene 
to help understand the position of the body or, if 
buried, what types of tools were used on the body or 
for burying it. 


Once the remains are removed from the site, they 
are cleaned and analyzed in a laboratory. Forensic 
osteologists can then apply radiographic techniques 
to compare skeletal remains to archived x rays, 
which could help identify the individual. These radio- 
graphic techniques are especially helpful if there is 
suspicion of foul play. If necessary, the skeleton is 
sectioned or cut and put onto a slide to be analyzed 
by a bone histologist, who may be able to make 
assumptions regarding the extent and type of damage 
inflicted on the bone. 


Other techniques such as scanning electron micro- 
scopy can provide information regarding the extent of 
decomposition, which helps determine approximate 
time of death or the nature of the environmental 
affects on the bones. Scanning electron microscopes 
magnify images using electrons to create three-dimen- 
sional images. Bone samples can also be sent to other 
forensics experts for biochemical or trace element 
analysis, as well as for DNA analysis. Once laboratory 
tests are complete, the bones are usually casted 
(molded) and curated (preserved) using commercially 
available skeletal preservatives. 


The race, age (at death), height, size, sex, and type 
of physique of a person can often be ascertained by 
examining their skeletal remains. Bone can also be 
analyzed for traits such as dental hygiene and habits 
such as smoking and frequent exercise. It is not possi- 
ble, however, to determine the weight of an individual 
based on bone structure. Similar bone structures do 
not indicate similar fat cell size and distribution. 


A laboratory that specializes in skeletal biology 
and forensic archaeology uses equipment such as 
x-ray machines, microscopes, bone casting supplies, 
peripheral x-ray bone densitometers (to determine 
bone density), ultrasonometer, cutting saws, calipers, 
mandibulometers (specialized calipers for the jaw), and 
other anthropology equipment. Collections of bones 
from autopsy specimens with known conditions such 
as arthritis, infections, fractures, cancer, and osteopo- 
rosis are also preserved in these laboratories, and aid 
in distinguishing trauma-induced bone changes from 
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disease-induced bone changes. This distinction could 
provide critical information to a criminal investigation. 


A forensic scientist must be able to analyze the 
skeletal system given different situations. For exam- 
ple, if a child suffers multiple fractures and dies due to 
related complications, the parents might be under sus- 
picion for child abuse and homicide. Either the medi- 
cal examiner or the forensic pathologist should 
identify the rare cases of multiple fractures in deceased 
children that involve a genetic-based cause of disease, 
such as osteogenesis imperfecta, where affected indi- 
viduals are extremely susceptible to multiple fractures 
with little mechanical force. 


Technological advances have paved the way for 
forensics sciences to gain a plethora of information 
from scantly detectable evidence in a crime scene. 
Even in cases where skeletal remains are scattered, 
contemporary techniques that use three-dimensional 
digital imagery can help remodel and restore the skel- 
etal remains. Anthropometric (body proportion) 
measurements from a large enough sample size from 
a given population can be used for computer modeling 
programs to estimate body measurements. Three- 
dimensional facial reconstruction techniques can pro- 
vide a visual representation of the victim. It is possible, 
based on the size and shape of an individual’s skull, to 
estimate race and use computerized programs to help 
reconstruct what the individual looks like. These com- 
puterized models have begun to replace recreating the 
remains of a person using casts. However, in general, 
facial reconstructions cannot be used in a court of law 
as positive identification, as they can be subjective, 
unreliable, and difficult to reproduce. 


In examining skeletal remains resulting from nat- 
ural disasters, knowledge of how the natural surround- 
ing environment participates in the decomposition of 
the skeletal system is important. For example, certain 
insects and microorganisms become involved in the 
decaying remains of an individual in a time-dependent 
fashion. When the body begins to decay, there are 
enzymes found in the digestive system that can liquefy 
the tissues, a process called putrefaction. Maggots are 
efficient at using rotting flesh for their energy require- 
ments. By examining their life cycles, insect activity can 
sometimes reveal the time of death. 


Additionally, trace amounts of DNA from bone 
remains can be recovered and analyzed by a molecular 
geneticist. DNA survival is greatest in dense bone, 
such as teeth, than in any other type of tissue. In 
fact, it has been possible to extract small amounts of 
DNA recovered from bones that are thousands of 
years old and perform DNA analysis by amplifying 
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the DNA sequences with a technique known as poly- 
merase chain reaction, or PCR. Bones from murder 
victims have been successfully identified almost a dec- 
ade after the person died using comparative DNA 
typing and DNA markers. DNA markers from the 
bone sample are compared to DNA markers from 
samples from the possible parents of the victim. If 
enough DNA markers are analyzed and these markers 
match the parents, it is possible to conclude with a 
high level of certainty the identity of the victim. The 
degradation rate of DNA extracted from rib bones has 
also been used to determine the time interval since 
death of a victim. 


In general, although it requires highly trained and 
specialized experts, skeletal analysis for forensic pur- 
poses can be useful and informative, especially in cases 
where bone is the only recovered evidence. 


See also Crime scene investigation; Forensic sci- 
ence; Skeletal system. 


Bryan Cobb 


fl Skeletal system 


A skeleton is a sturdy framework of about 206 
bones that protects the body’s organs, supports the 
body, provides attachment points for muscles to ena- 
ble body movement, functions as a storage site for 
minerals such as calcium and phosphorus, and produ- 
ces blood cells. 


The skeletal system is a living, dynamic system, 
with networks of infiltrating blood vessels. Living 
mature bone is about 60% calcium compounds and 
about 40% collagen. Hence, bone is strong, hard and 
slightly elastic. All humans were born with over 300 
bones but some bones, such as those in the skull and 
lower spine, fuse during growth, thereby reducing the 
number. Although mature bones consist largely of 
calcium, most bones in the skeleton of vertebrates, 
including humans, began as cartilage. Some animals, 
such as sharks and sting rays, retain their cartilaginous 
skeleton in adulthood. Cartilage is a type of connec- 
tive tissue, and contains collagen and elastin fibers. 


Individual bones meet at areas called joints and 
are held in place by connective tissue. Most joints, 
such as the elbow, are called synovial joints, for the 
synovial membrane which envelopes the joint and 
secretes a lubricating fluid. Cartilage lines the surface 
of many joints and helps reduce friction between 
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Skeletal system 


A frontal view of the human skeleton. (Martin Dohrn. National 
Audubon Society Collection/Photo Researchers, Inc.) 


bones. The connective tissues linking the skeleton 
together at the joints are tendons and ligaments. 
Ligaments and tendons are both made up of collagen, 
but serve different functions. Ligaments link bones 
together and help prevent dislocated joints. Tendons 
link bone to muscle. 


Because the bones making up the human skeleton 
are inside the body, the skeleton is called an endo- 
skeleton. Some animals, such as the crab, have an 
external skeleton called an exoskeleton. 


Structure 


The human skeletal system is divided into two 
main groups: the axial skeleton and the appendicular 
skeleton. The axial skeleton includes bones associated 
with the body’s main axis, the spine. This includes the 
spine and the skull and rib cage, which are connected 
to the spine. The appendicular skeleton is attached to 
the axial skeleton and consists of the bones associated 


3936 


with the body’s appendages—the arms and legs. This 
includes the bones of the pectoral girdle, or shoulder 
area, bones of the pelvic girdle, or hip area, and arm 
and leg bones. 


Axial skeleton 


There are 28 bones in the skull. Of these, 8 bones 
comprise the cranium and provide protection for the 
brain. In adults, these bones are flat and interlocking 
at their joints, making the cranium immobile. Fibrous 
joints, or sutures occur where the bony plates of the 
cranium meet and interlock. Cartilage-filled spaces 
between the cranial bones of infants, known as soft 
spots or fontanelles, allow their skull bones to move 
slightly during birth. This makes birth easier and helps 
prevent skull fractures, but may leave the infant with 
an odd-shaped head temporarily while the skull 
regains its shape. Eventually, the fontanelles in an 
infant’s head are replaced by bone and fibrous joints 
develop. In addition to protecting the brain, skull 
bones also support and protect the sensory organs 
responsible for sight, hearing, smell and taste. 


The eight bones of the cranium are: frontal, pari- 
etal (2), temporal (2), ethmoid, sphenoid and occipital. 
The frontal bone forms the forehead and eyebrows. 
Behind the frontal bone are the two parietal bones. 
Parietal bones form the roof of the cranium and curve 
down to form the sides of the cranium. Also forming 
the sides of the cranium are the two temporal bones, 
located behind the eyes. Each temporal bone encloses 
the cochlea and labyrinth of the inner ear, and the 
ossicles, three tiny bones of the middle ear which are 
not part of the cranium. The ossicles are the malleus 
(hammer), incus (anvil), and stapes (stirrups). The 
temporal bones also attach to the lower jaw, and this 
is the only moveable joint in the skull. Between the 
temporal bones is the irregular shaped sphenoid bone, 
which provides protection for the pituitary gland. The 
small ethmoid bone forms part of the eye socket next 
to the nose. Olfactory nerves, or sense of smell nerves, 
pass through the ethmoid bone on their way to the 
brain. Forming the base and rear of the cranium is the 
occipital bone. The occipital bone has a hole, called 
the foramen magnum, through which the spinal cord 
passes and connects to the brain. 


Fourteen bones shape the cheeks, eyes, nose and 
mouth. These include the nasal (2), zygomatic (2), 
maxillae (2), and the mandible. The upper, bony 
bridge of the nose is formed by the nasal bones and 
provides an attachment site for the cartilage making 
up the softer part of the nose. The zygomatic bones 
form the cheeks and part of the eye sockets. Two bones 
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A scanning electron micrograph (SEM) of normal human 
cancellous (spongy) bone. The shafts of long bones such as 
the femur are comprised of two types of bone of differing 
densities: compact bone forms the outer region, and 
cancellous bone forms the core. In living cancellous bone, 
the cavities of the open structure contain bone marrow. (Prof. 
P. Motta/Department of Anatomy/University "La Sapienza", 
Rome/Science Photo Library, National Audubon Society 
Collection/Photo Researchers, Inc.) 


fuse to form the maxillae, the upper jaw of the mouth. 
These bones also form hard palate of the mouth. 
Failure of the maxillary bones to completely fuse in 
the fetus results in the condition known as cleft palate. 
The mandible forms the lower jaw of the mouth and is 
moveable, enabling chewing of food and speech. The 
mandible is the bone which connects to the temporal 
bones. The joint between these bones, the temporo- 
mandibular joint, is the source of the painful condition 
known as temporomandibular joint dysfunction, or 
TMJ dysfunction. Sufferers of TMJ dysfunction expe- 
rience a variety of symptoms including headaches, a 
sore jaw and a snapping sensation when moving the 
jaw. There a several causes of the dysfunction. The 
cartilage disk between the bones may shift, or the 
connective tissue between the bones may be situated 
in a manner that causes misalignment of the jaw. 
Sometimes braces on the teeth can aggravate TMJ 
dysfunction. The condition may be corrected with 
exercise, or in severe cases, surgery. 


Located behind these facial bones are other bones 
which shape the interior portions of the eyes, nose and 
mouth. These are the lacrimal (2), palatine (2), con- 
chae (2), and vomer bones. In addition to these 28 
skull bones is the hyoid bone, located at the base of 
the tongue. Technically, the hyoid bone is not part of 
the skull but it is often included with the skull bones. It 
provides an attachment site for the tongue and some 
neck muscles. 


Several of the facial and cranial bones contain 
sinuses, or cavities, that connect to the nasal cavity and 
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drain into it. These are the frontal, ethmoid, sphenoid 
and maxillae bones, all located near the nose. Painful 
sinus headaches result from the build up of pressure in 
these cavities. Membranes that line these cavities may 
secrete mucous or become infected, causing additional 
aggravation for humans. 


The skull rests atop of the spine, which encases 
and protects the spinal cord. The spine, also called the 
vertebral column or backbone, consists of 33 stacked 
vertebrae, the lower ones fused. Vertebra are flat with 
two main features. The main oval shaped, bony mass 
of the vertebra is called the centrum. From the cen- 
trum arises a bony ring called the neural arch that 
forms the neural canal (also called a vertebral fora- 
men), a hole for the spinal cord to pass through. Short, 
bony projections (neural spines) arise from the neural 
arch and provide attachment points for muscles. Some 
of these projections (called transverse processes) also 
provide attachment points for the ribs. There are also 
small openings in the neural arch for the spinal nerves, 
which extend from the spinal cord throughout the 
body. Injury to the column of vertebrae may cause 
serious damage to the spinal cord and the spinal 
nerves, and could result in paralysis if the spinal cord 
or nerves are severed. 


There are seven cervical, or neck, vertebrae. The 
first one, the atlas, supports the skull and allows the 
head to nod up and down. The atlas forms a condylar 
joint (a type of synovial joint) with the occipital bone 
of the skull. The second vertebra, the axis, allows the 
head to rotate from side to side. This rotating synovial 
joint is called a pivot joint. Together, these two verte- 
brae make possible a wide range of head motions. 


Below the cervical vertebrae are the 12 thoracic, or 
upper back, vertebrae. The ribs are attached to these 
vertebrae. Thoracic vertebrae are followed by five 
lumbar, or lower back, vertebrae. Last is the sacrum, 
composed of five fused vertebrae, and the coccyx, or 
tail bone, composed of four fused bones. 


The vertebral column helps to support the weight 
of the body and protects the spinal cord. Cartilaginous 
joints rather than synovial joints occur in the spine. 
Disks of cartilage lie between the bony vertebrae of the 
back and provide cushioning, like shock absorbers. 
The vertebrae of the spine are capable of only limited 
movement, such bending and some twisting. 


A pair of ribs extends forward from each of the 12 
thoracic vertebrae, for a total of 24 ribs. Occasionally, 
a person is born with an extra set of ribs. The joint 
between the ribs and vertebrae is a gliding (or plane) 
joint, a type of synovial joint, as ribs do move, expand- 
ing and contracting with breathing. Most of the ribs 
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The human skeletal system. (Argosy. The Gale Group.) 


(the first seven pair) attach in the front of the body via 
cartilage to the long, flat breastbone, or sternum. 
These ribs are called true ribs. The next three pair of 
ribs are false ribs. False ribs attach to another rib in 
front instead of the sternum, and are connected by 
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cartilage. The lower two pair of ribs which do not 
attach anteriorly are called floating ribs. Ribs give 
shape to the chest and support and protect the 
body’s major organs, such as the heart and lungs. 
The rib cage also provides attachment points for 
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connective tissue, to help hold organs in place. In adult 
humans, the sternum also produces red blood cells as 
well as providing an attachment site for ribs. 


Appendicular skeleton 


The appendicular skeleton joins with the axial 
skeleton at the shoulders and hips. Forming a loose 
attachment with the sternum is the pectoral girdle, or 
shoulder. Two bones, the clavicle (collar bone) and 
scapula (shoulder blade) form one shoulder. The scap- 
ula rest on top of the ribs in the back of the body. It 
connects to the clavicle, the bone which attaches the 
entire shoulder structure to the skeleton at the ster- 
num. The clavicle is a slender bone that is easily bro- 
ken. Because the scapula is so loosely attached, it is 
easily dislocated from the clavicle, hence the dislo- 
cated shoulder injuries commonly suffered by persons 
playing sports. The major advantage to the loose 
attachment of the pectoral girdle is that it allows for 
a wide range of shoulder motions and greater overall 
freedom of movement. 


Unlike the pectoral girdle, the pelvic girdle, or hips, 
is strong and dense. Each hip, left and right, consists of 
three fused bones, the ilium, ischium and _ pubic. 
Collectively, these three bones are known as the inno- 
minate bone. The innominates fuse with the sacrum to 
form the pelvic girdle. Specifically, the iliums shape the 
hips and the two ischial bones support the body when a 
person sits. The two pubic bones meet anteriorly at a 
cartilaginous joint. The pelvic girdle is bowl-shaped, 
with an opening at the bottom. In a pregnant woman, 
this bony opening is a passageway through which her 
baby must pass during birth. To facilitate the baby’s 
passage, the body secretes a hormone called relaxin that 
loosens the joint between the pubic bones. In addition, 
the pelvic girdle of women is generally wider than that 
of men. This also helps to facilitate birth, but is a slight 
impediment for walking and running. Hence, men, with 
their narrower hips, are better adapted for such activ- 
ities. The pelvic girdle protects the lower abdominal 
organs, such as the intestines, and helps supports the 
weight of the body above it. 


The arms and legs, appendages of the body, are 
very similar in form. Each attaches to the girdle, pec- 
toral or pelvic, via a ball and socket joint, a special 
type of synovial joint. In the shoulder, the socket, 
called the glenoid cavity, is shallow. The shallowness 
of the glenoid cavity allows for great freedom of move- 
ment. The hip socket, or acetabulum, is larger and 
deeper. This deep socket, combined with the rigid 
and massive structure of the hips, give the legs much 
less mobility and flexibility than the arms. 
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The humerus, or upper arm bone, is the long bone 
between the elbow and the shoulder. It connects the 
arm to the pectoral girdle. In the leg the femur, or 
thigh bone, is the long bone between the knee and 
hip that connects the leg to the pelvic girdle. The 
humerus and femur are sturdy bones, especially the 
femur, which is a weight bearing bone. Since the arms 
and legs are jointed, the humerus and femur are con- 
nected to other bones at the end opposite the ball and 
socket joint. In the elbow, this second joint is a type of 
synovial joint called a hinge joint. Two types of syno- 
vial joints occur in the knee region, a condylar joint 
(like the condylar joint in the first vertebra) that con- 
nects the leg bones, and a plane, or gliding joint, 
between the patella (knee cap) and femur. 


At the elbow the humerus attaches to a set of 
parallel bones, the ulna and radius, bones of the fore- 
arm. The radius is the bone below the thumb that 
rotates when the hand is turned over and back. The 
ulna and radius then attach to the carpel bones of the 
wrist. Eight small carpel bones make up the wrist and 
connect to the hand. The hand is made up of five long, 
slender metacarpal bones (the palms) and 14 pha- 
langes of the hand (fingers and thumb). Some pha- 
langes form joints with each other, giving the human 
hand great dexterity. 


Similarly, in the leg, the femur forms a joint with 
the patella and with the fibula and tibia bones of the 
lower leg. The tibia, or shin bone, is larger than 
the fibula and forms the joint behind the patella with 
the femur. Like the femur, the tibia is also a weight 
bearing bone. At the ankle joint, the fibula and tibia 
connect to the tarsals of the upper foot. There are 
seven tarsals of the upper foot, forming the ankle 
and the heel. The tarsals in turn connect to five long, 
slender metatarsals of the lower foot. The metatarsals 
form the foot’s arch and sole and connect to the pha- 
langes of the feet (toes). The 14 foot phalanges are 
shorter and less agile than the hand phalanges. 
Several types of synovial joints occur in the hands 
and feet, including plane, ellipsoid and saddle. Plane 
joints occur between toe bones, allowing limited 
movement. Ellipsoid joints between the finger and 
palm bones give the fingers circular mobility, unlike 
the toes. The saddle joint at the base of the thumb 
helps make the hands the most important part of the 
body in terms of dexterity and manipulation. A saddle 
joint also occurs at the ankles. 


Types of bone 
Bones may be classified according to their various 


traits, such as shape, origin, and texture. Four types 
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are recognized based on shape. These are long bones, 
short bones, flat bones and irregular bones. Long 
bones have a long central shaft, called the diaphysis, 
and two knobby ends, called the epiphysis. In growing 
long bones, the diaphysis and epiphysis are separated 
by a thin sheet of cartilage. Examples of long bones 
include bones of the arms and legs, the metacarpals of 
the hand, metatarsals of the foot, and the clavicle. 
Short bones are about as long as wide. The patella, 
carpels of the wrist and tarsals of the ankle are short 
bones. Flat bones take several shapes, but are charac- 
terized by being relatively thin and flat. Examples 
include the sternum, ribs, hip bones, scapula and cra- 
nial bones. Irregular bones are the odd-shaped bones 
of the skull, such as the sphenoid, the sacrum and the 
vertebrae. The common characteristic of irregular 
bones is not that they are similar to each other in 
appearance, but that they can’t be placed in any of 
the other bone categories. 


Bones may also be classified based on their origin. 
All bone (as well as muscles and connective tissue) 
originates from an embryonic connective tissue called 
mesenchyme, which makes mesoderm, also an embry- 
onic tissue. Some mesoderm forms the cartilaginous 
skeleton of the fetus, the precursor for the bony skel- 
eton. However, some bones, such as the clavicle and 
some of the facial and cranial bones of the skull, 
develop directly from mesenchyme, thereby bypassing 
the cartilaginous stage. These types of bone are called 
membrane bone (or dermal bone). Bone which origi- 
nates from cartilage is called endochondral bone. 


Finally, bones are classified based on texture. 
Smooth, hard bone called compact bone forms the 
outer layer of bones. Inside the outer compact bone 
is cancellous bone, sometimes called the bone marrow. 
Cancellous bone appears open and spongy, but is 
actually very strong, like compact bone. Together, 
the two types of bone produce a light, but strong, 
skeleton. 


Bone development and growth 


Since most bone begins as cartilage, it must 
be converted to bone through a process called ossifi- 
cation. The key players in bone development are 
cartilage cells (chondrocytes), bone precursor cells 
(osteoprogenitor cells), bone deposition cells (osteo- 
blasts), bone resorption cells (osteoclasts) and mature 
bone cells (osteocytes). 


During ossification, blood vessels invade the car- 
tilage and transport osteoprogenitor cells to a region 
called the center of ossification. At this site, the carti- 
lage cells die, leaving behind small cavities. Osteoblast 
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cells form from the progenitor cells and begin deposit- 
ing bone tissue, spreading out from the center. 
Through this process, both the spongy textured can- 
cellous bone and the smooth outer compact bone 
forms. Two types of bone marrow, red and yellow, 
occupy the spaces in cancellous bone. Red marrow 
produces red blood cells while yellow marrow stores 
fat in addition to producing blood cells. Eventually, in 
compact bone, osteoblast cells become trapped in their 
bony cavities, called lacunae, and become osteocytes. 
Neighboring osteocytes form connections with each 
other and thus are able to transfer materials between 
cells. The osteocytes are part of a larger system called 
the Haversian system. These systems are like long 
tubes, squeezed tightly together in compact bone. 
Blood vessel, lymph vessels and nerves run through 
the center of the tube, called the Haversian canal, and 
are surrounded by layers of bone, called lamellae, 
which house the osteocytes. Blood vessels are con- 
nected to each other by lateral canals called 
Volkmann’s canals. Blood vessels are also found in 
spongy bone, without the Haversian system. A pro- 
tective membrane called the periosteum surrounds all 
bones. 


Bone development is a complex process, but it is 
only half the story. Bones must grow, and they do so 
via a process called remodeling. Remodeling involves 
resorption of existing bone inside the bone (enlarging 
the marrow cavities) and deposition of new bone on 
the exterior. The resorptive cells are the osteoclasts 
and osteoblast cells lay down the new bone material. 
As remodeling progresses in long bones, a new center 
of ossification develops, this one at the swollen ends of 
the bone, called the epiphysis. A thin layer of cartilage 
called the epiphyseal plate separates the epiphysis 
from the shaft and is the site of bone deposition. 
When growth is complete, this cartilage plate disap- 
pears, so that the only cartilage remaining is that 
which lines the joints, called hyaline cartilage. 
Remodeling does not end when growth ends. 
Osteocytes, responding to the body’s need for calcium, 
resorb bone in adults to maintain a calcium balance. 
This process can sometimes have detrimental affects 
on the skeleton, especially in pregnant women and 
women who bear many children. 


Bones and medicine 


Even though bones are very strong, they may be 
broken, but fortunately, most fractures do heal. The 
healing process may be stymied if bones are not reset 
properly or if the injured person is the victim of mal- 
nutrition. Osteoprogenitor cells migrate to the site of 
the fracture and begin the process of making new bone 
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KEY TERMS 


Bone—Composed primarily of a non-living matrix of 
calcium salts and a living matrix of collagen fibers, 
bone is the major component that makes up the 
human skeleton. Bone produces blood cells and 
functions as a storage site for elements such as cal- 
cium and phosphorus. 


Calcium—An essential macro mineral necessary for 
bone formation and other metabolic functions. 


Cartilage—A type of connective tissue that takes 
three forms: elastic cartilage, fibrocartilage and hya- 
line cartilage. Hyaline cartilage forms the embryonic 
skeleton and lines the joints of bones. 


Haversian system—Tubular systems in compact 
bone with a central Haversian canal which houses 
blood and lymph vessels surrounded by circular 
layers of calcium salts and collagen, called lamellae, 
in which reside osteocytes. 


Marrow—A type of connective tissue which fills the 
spaces of most cancellous bone and which functions 
to produce blood cells and store fat. 


Ossification—The process of replacing connective 
tissue such as cartilage and mesenchyme with bone. 


(osteoblasts) and reabsorbing the injured bone (osteo- 
clasts). With proper care, the fracture will fully heal, 
and in children, often without a trace. 


Bones are affected by poor diet and are also sub- 
ject to a number of diseases and disorders. Some 
examples include scurvy, rickets, osteoporosis, arthri- 
tis and bone tumors. Scurvy results from the lack of 
vitamin C. In infants, scurvy causes poor bone devel- 
opment. It also causes membranes surrounding the 
bone to bleed, forming clots which are eventually 
ossified, and thin bones which break easily. In addi- 
tion, adults are affected by bleeding gums and loss of 
teeth. Before modern times, sailors were often the 
victims of scurvy, as they were at sea for long periods 
of time with limited food. Hence, they tried to keep a 
good supply of citrus fruits, such as oranges and limes, 
on board, as these fruits supply vitamin C. 


Rickets is a children’s disease resulting from a 
deficiency of vitamin D. This vitamin enables the 
body to absorb calcium and phosphorus, and without 
it, bones become soft and weak and actually bend, or 
bow out, under the body’s weight. Vitamin D is found 
in milk, eggs and liver, and may also be produced by 
exposing the skin to sunlight. Pregnant women can 
also suffer from a vitamin D deficiency, osteomalacia, 
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Osteoblast—The bone cell which deposits calcium 
salts and collagen during bone growth, bone remod- 
eling and bone repair. 


Osteoclast—The bone cell responsible for reabsorb- 
ing bone tissue in bone remodeling and repair. 


Osteocyte—Mature bone cell which functions 
mainly to regulate the levels of calcium and phos- 
phate in the body. 

Skeleton—Consists of bones and cartilage which 
are linked together by ligaments. The skeleton pro- 
tects vital organs of the body and enables body 
movement. 


Synovial joint—One of three types of joints in the 
skeleton and by far the most common. Synovial 
joints are lined with a membrane which secretes 
a lubricating fluid. Includes ball and socket, 
pivot, plane, hinge, saddle, condylar and ellipsoid 
joints. 

Vertebrate—Includes all animals with a vertebral 
column protecting the spinal cord such as humans, 
dogs, birds, lizards, and fish. 


resulting in soft bones. The elderly, especially women 
who had several children in a row, sometimes suffer 
from osteoporosis, a condition in which a significant 
amount of calcium from bones is dissolved into 
the blood to maintain the body’s calcium balance. 
Weak, brittle bones dotted with pits and pores are 
the result. 


Another condition commonly afflicting the eld- 
erly is arthritis, an often painful inflammation of the 
joints. Arthritis is not, however, restricted to the eld- 
erly, as even young people may suffer from this con- 
dition. There are several types of arthritis, such 
as rheumatoid, rheumatic, and degenerative. Arthritis 
basically involves the inflammation and deterioration 
of cartilage and bone at the joint surface. In some 
cases, bony protuberances around the rim of the 
joint may develop. Unfortunately, most people will 
probably develop arthritis if they live long enough. 
Degenerative arthritis is the type that commonly 
occurs with age. The knee, hip, shoulder and elbow 
are the major targets of degenerative arthritis. A num- 
ber of different types of tumors, some harmless and 
others more serious, may also affect bones. 


See also Orthopedics. 
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Skin see Integumentary system 


| Skinks 


Skinks are smooth, shiny-scaled lizards in the 
family Scincidae, most of which occur in tropical and 
subtropical climates, although a few occur in the tem- 
perate zones. Most species of skinks occur in Africa, 
south and Southeast Asia, and Australia, with rela- 
tively few others occurring in Europe and North and 
South America. 


Their body is roughly cylindrical with distinctive 
overlapping scales on their belly, and a head that ends 
in a pointed snout. Most skinks have well-developed 
legs and feet with five toes, but some species are legless 
slitherers, which can be distinguished from snakes by 
their shiny, uniform scales, their ear-holes, and the 
structure of their eyelids. 


Skinks are quick, active animals, and most species 
are difficult to catch. They are also very squirmy and 
difficult to hold, commonly attempting to bite, and 
their tail often breaks off easily when they are handled. 
The broken tail will regenerate from the stump, but 
not to the original length and coloration. 


About one-third of the approximately 1,400 spe- 
cies of skinks are ovoviviparous, meaning the female 
retains the eggs inside of her body until they hatch, so 
that “live” young are born. The other species of skinks 
are viviparous-that is, they lay eggs. 


Skinks are terrestrial animals, hunting during the 
day for insects and other small arthropods, while the 
larger species also hunt and eat small mammals and 
birds. During the night skinks typically hide under 
rocks or logs, in crevices of various kinds, or in a 
burrow that the animal digs in soft substrates. Most 
species occur in habitats that are reasonably moist and 
skinks are not found in arid environments. 
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A juvenile 5-lined skink (Eumeces fasciatus). (JLM Visuals.) 


North American species of skinks 


Most species of skinks in North America are in the 
genus Eumeces. The five-lined skink (Eumeces fascia- 
tus) is widespread in the eastern United States and 
southern Ontario in open forests, cutovers, and other 
exposed habitats having an abundance of damp 
ground debris. This species has a distinctive pattern 
of five lines running down its back. 


The broad-headed skink (E. Jaticeps) also occurs 
in the eastern United States. During the breeding sea- 
son, the males of both of these species develop a bright 
red head. Other males react aggressively to this color, 
through ritualized displays, and sometimes by fight- 
ing. The females skinks, however, do not have red 
heads and are not treated this way. 


The Great Plains skink (E£. obsoletus) occurs in pra- 
iries of the west, while the four-lined skink (E. tetragram- 
mus) occurs in Texas and Mexico. 


The females of most species of Eumeces skinks 
brood their eggs and recently hatched young. One female 
Great Plains skink was observed curled around her 
clutch of 19 eggs under loose treebark. The mother 
skink cleaned and moistened her eggs by licking them, 
turned them frequently to facilitate even incubation and 
proper development, helped the young to hatch when 
they were ready to do so, and brooded the young and 
licked them clean. This degree of parental care is unusual 
among reptiles. 


The ground skink (Leiolopisma laterale) occurs 
throughout the southeastern United States, hiding in 
plant litter on the forest floor, and sometimes in sub- 
urban gardens. The sand skink (Neoseps reynoldsi) is a 
rare species that only occurs in two isolated areas in 
Florida. 
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Other species of skinks 


One of the most unusual species of skinks is the 
Australian stump-tailed skink (Tiliqua rugosa), one of 
very few species that does not have a long, pointed tail. 
The stubby tail of this species looks remarkably like 
the head, and the animal may have to be examined 
closely to tell which way it is pointing. This species is 
sometimes called the pine-cone lizard, because of its 
unusually large body scales. Unlike most skinks, this 
lizard is mainly herbivorous. 


The giant skink (Corucia zebrata) of the Solomons 
and nearby islands in the Pacific Ocean is another 
unusual species of skink. This tropical forest lizard 
spends much of its time climbing in trees. It has a 
prehensile tail and strong, clawed feet to aid with its 
climbing. The giant skink can attain a body length of 
26 in (65 cm), and is the largest species in its family. 


The snake skinks are various species in the genus 
Ophiomorus, which either have greatly reduced limbs, 
or are completely legless. Species of snake skinks occur 
in southwestern Asia and the Middle East. 


The recently extinct skink, Didosaurus mauritia- 
nus, was the world’s largest species of skink, occurring 
on Mauritius and nearby islands in the Indian Ocean. 
This skink was rendered extinct by mammalian pred- 
ators that humans introduced to its island habitats, 
particularly rats, mongooses, and pigs. Mauritius was 
also the home of the world’s most famous extinct 
animal, the turkey-sized flightless bird known as the 
dodo (Raphus cucullatus). 
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| Skuas 


Skuas comprise five species of sea birds in the 
family Stercorartidae, order Charadriiformes. Some 
taxonomists include skuas in the Laridae family 
along with the gulls and terns. These birds breed on 
the coastal tundra and barrens of the Arctic and 
Antarctic, and winter at sea and in coastal waters. 
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Skuas are gull-like in many respects, with long, 
pointed wings, short legs, and webbed feet. However, 
skuas have a strongly hooked beak, elongated central 
tail feathers, and a generally dark coloration, although 
some birds are of a lighter-colored phase. Skuas also 
display a very different behavior from gulls. Skuas are 
swift, strong, and maneuverable fliers. They are pred- 
ators of small mammals, eggs and the young of birds 
and fish, and they also eat carrion when available. 
Skuas are kleptoparasites—piratical feeders that rob 
other birds of their prey. For example, skuas may 
aerially harass gulls until they drop or disgorge fish 
that they have caught, which is then nimbly retrieved 
and eaten by the skuas. 


Although not necessarily common, all five species 
of skua are widespread in northern regions of both 
North America and Eurasia. The great skua 
(Catharacta skua) is a large, brown sea bird that breeds 
on various islands of the North Atlantic, on Antarctica, 
and in subantarctic regions. The south polar skua 
(C. maccormicki) is similar in size and shape to the great 
skua. This species only breeds on Antarctica and on a 
few subantarctic islands such as the South Shetlands, 
although it wanders widely in the oceans of the 
Northern Hemisphere during its non-breeding season. 


The other three species of skuas are usually called 
jaegers in North America. All three species have 
Holarctic distributions, meaning that they breed in 
northern regions of both Eurasia and North America. 
The pomarine jaeger (Stercorarius pomarinus) is the 
most robust of the jaegers, while the parasitic jaeger 
(S. parasiticus) is somewhat smaller and more wide- 
spread. The long-tailed jaeger (S. /ongicaudus) is the 
smallest and least uncommon species, breeding as far 
north as the limit of land on Ellesmere Island and 
Greenland. 


Bill Freedman 


Skunk cabbage see Arum family (Araceae) 


| Skunks 


Skunks are small North American mammals that 
share the carnivore family Mustelidae with weasels, 
otters, badgers, and the honey badger. They are dis- 
tinguished from those other animals by their striking 
black and white color and their long-haired, fluffy 
tails. They are about the size of domestic cats. 
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Skunks 


While many animals have anal glands that give off 
sharp odors, the skunks are the best known for this 
trait. They have two sets of glands located by the 
rectum, into which the glands discharge an evil-smell- 
ing yellow fluid. Whether or not the contents are 
released is completely under the control of the animal. 
In the skunks normal activity, heavy musk-scented 
fluid is released with solid waste so that other animals 
can identify it. 


When the animal is frightened, it can explosively 
release the musk, which, along with stamping its feet 
and turning its back, tells a predator to back off. If it 
lets go, it has quite accurate aim—preferably into the 
enemy’s face—for a distance of more than 6 ft (2 m). 
Foxes will usually be driven away by the spray, but 
some large owls are able to just ignore the odor and 
will attack the skunk anyway. The skunk is forced to 
spray using up one of its reportedly one to eight shots 
of musk. When they are gone, the animal no longer has 
a defense. It is vulnerable until its body has time to 
produce more musk. 


The spotted skunks (two species in genus 
Spilogale covering most of the United States) have 
one more defense warning in their arsenal. After wav- 
ing its fluffy tail, a spotted skunk does a handstand 
from its front feet, arches over, and then sprays 
backward. 


The common spotted skunk (S. putorius, its spe- 
cies name means “stinker”) has just a small white 
patch on the forehead, and the lengthwise white stripes 
are broken up into numerous spots of white. The end 
of the very large tail is white. These skunks are smaller 
than the others, with the pygmy spotted skunk 
(S. pygmaea) perhaps no more than 8 in (20 cm), 
including the tail. 


Skunks eat primarily small rodents, insects, eggs, 
and fruit. They dig out their food with fairly long claws 
on their front feet. They usually live near farms and 
even in suburban areas because they are so good at 
hunting rodents. However, they are likely to go after 
poultry, too. 


They make dens either in other animals’ burrows, 
under rocks, or in hollow logs. During a cold winter, 
they spend a great deal of time lazing in their dens, but 
they don’t truly hibernate. During the rest of the year, 
they sleep in their dens during the day and forage at 
night. 


A single dominant male skunk will have a terri- 
tory that includes the smaller territories of several 
solitary females. Most unusually, the female skunk 
does not ovulate, or produce eggs, unless she is being 
vigorously copulated with. The mating act goes on for 
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Anal gland—A pouched organ located by the anus 
that produces a bad-smelling fluid. 


Musk—A fluid with a heavy scent; a skunk’s 
musk—chemically called butyl mercaptanis—the 
strongest in the animal kingdom. 


Rabies—A fatal disease of the nervous system that 
can be passed on to humans by the bite of a wild 
animal. 


Rectum—A chamber just before the anus, at the 
end of the digestive system. 


an hour or more, giving her body time to produce the 
egg that is fertilized. In some skunks, but not all, the 
egg may float freely in the uterus, waiting until outside 
conditions are just right before it implants and begins 
to develop. Actual gestation takes about a month. 
Usually three to six babies are born. The male plays 
no role whatsoever in raising the young. A young 
skunk has the ability to spray by the time it is one 
month old. Born in late spring, the young skunks are 
usually independent by fall. If a skunk can survive 
rabies and automobiles, it may live to be seven or 
eight years old. 


In the United States, the chief problem with 
skunks is not their odor but the fact that they are the 
main carrier of the very serious disease called rabies. A 
rabid skunk does not give the warnings that other 
skunks do. They just attack with their teeth whenever 
they get within range of something moving. 


The most common species is the striped skunk 
(Mephitis mephitis meaning “terrible smell’) of south- 
ern Canada south into Mexico. It has two white strips 
from the crown of its head, down the length of its 
back. A narrow white strip runs down its face from 
its forehead to its snout. The hooded skunk (M. mac- 
roura) lives in Arizona, Texas, and south into Central 
America. Its broad white stripe continues into a com- 
pletely white tail. 


Five species of hog-nosed skunks (Conepatus) live 
from Colorado down into Argentina. They lack the 
white strip that goes down the nose of all other skunks, 
and their hairless noses are narrow and project for- 
ward into a pig-like snout. They use this snout to root 
into soil for the insects and other invertebrates that 
they eat. Hog-nosed skunks have much coarser fur 
than the other skunks, which have often been hunted 
for their soft fur. 
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] Slash-and-burn agriculture 


Slash-and-burn is an agricultural system used in 
tropical countries, in which a forest is cut, the debris is 
burned, and the land is then used to grow crops. Slash- 
and-burn conversions are relatively stable and long- 
term in nature. However, they are the leading cause of 
tropical deforestation. 


Usually, some type of slash-and-burn system is 
used when extensive areas of tropical forest are con- 
verted into large scale, industrial agriculture, usually 
intended to supply commodities for an export market, 
rather than for local use. The slash-and-burn system is 
also widely used by individual, poor farmers when 
they develop agricultural land for subsistence farming 
and to supply cash goods to a local market. The poor 
farmers operate on a smaller scale, but there are many 
such people, so that huge areas are ultimately affected. 


Slash-and-burn agriculture often follows soon 
after the natural tropical forest has been commercially 
logged, mostly because the network of logging roads 
that is constructed allows access to the otherwise 
almost impenetrable forest interior. Slash-and-burn 
agriculture may also be facilitated by government 
agencies, through the construction of roads that are 
specifically intended to help poor, landless people con- 
vert the forest into agricultural land. In other cases, 
slash-and-burn occurs in the absence of logging and 
planned roads, as a rapidly creeping deforestation that 
advances as poor people migrate to the forest frontier 
in search of land on which to grow food. 


Shifting cultivation 


The slash-and-burn method differs from a much 
more ancient system known as shifting cultivation. 
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Shifting cultivation has long been used by humans 
for subsistence agriculture in tropical forests world- 
wide. Variants of this system are known as swidden 
in Africa, as caingin in the Philippines, as milpa in 
Central America, and by other local names elsewhere. 
The major difference between the slash-and-burn sys- 
tem and shifting cultivation is in the length of time for 
which the land is used for agriculture. In the slash-and- 
burn system, the conversion is long-term, often per- 
manent. Shifting cultivation is a more ephemeral use 
of the land for cultivation. 


Shifting cultivation begins when a small area of 
tropical forest, typically less than one to several acres, 
is cleared of trees and shrubs by an individual farmer. 
The biomass is burned, and the site is then used to 
grow a mixture of agricultural crops for a few years. 
After this time, vigorous developments of weeds and 
declining fertility due to nutrient losses require that the 
land be abandoned for a fallow period of 15 to 30 years 
or more. Meanwhile new tracts of forest are succes- 
sively cleared and cultivated for several years. Clearly, 
the shifting cultivation system is only sustainable if the 
population density is small, and if the major goal of 
agriculture is subsistence, rather than market farming. 


Because the slash-and-burn system is a longer- 
term, often permanent conversion of the tropical for- 
est into agriculture, without an extended fallow 
period, its associated environmental problems tend 
to be more severe than those that are normally caused 
by the smaller scale, shifting cultivation systems. 
However, severe environmental problems can also be 
caused if too many people practice shifting cultivation 
in a small area of forest. 


Problems of tropical deforestation 


In spite of the fact that many mature tropical 
forests sustain an enormous biomass of many species 
of trees, the soil of many forested sites is actually quite 
infertile. The intrinsically poor fertility of many trop- 
ical soils is due to: (1) their great age, (2) the often large 
rates of precipitation, which encourage nutrient losses 
through leaching, and (3) the moist, warm climate, 
which encourages microbial decomposition and 
causes tropical forest soils to contain relatively little 
organic matter, so there is little ability to retain 
organic forms of nutrients in soil. The natural tropi- 
cal-forest ecosystem and its species are well adapted to 
this soil infertility, being efficient at absorbing 
nutrients occurring in small concentrations in soil, 
and at recycling nutrients from dead biomass. As a 
result, much of the total nutrient capital of tropical 
forests is typically present in the living vegetation, 
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Slash-and-burn agriculture in Peru. (Asa C. Thoresen. National Audubon Society Collection/Photo Researchers, Inc.) 


particularly in trees. When these trees are felled and 
burned, there is a pulse of increased nutrient availabil- 
ity associated with ash. However, this is a short-term 
phenomenon and much of the nutrients are rapidly 
leached or washed away under the influence of the wet 
climate. The overall effect of slash-and-burn forest 
conversions, and to a lesser degree shifting cultivation, 
is a rapid decline in fertility of the land. 


In addition, some tropical soils are subject to a 
degrading process known as laterization, in which 
mineral silicates are dissolved by rainwater and carried 
downward, leaving behind insoluble oxides of iron 
and aluminum. Lateritic soils are very infertile, and 
in extreme cases can become rock like in consistency. 
Once this stage of degradation is reached, it can be 
impossible to cultivate the land because it is too hard 
to plow, and plant roots cannot penetrate into the 
substrate. The rate of laterization is greatly increased 
by clearing the tropical forest, and in cases of extreme 
damage by this process, the productive capability of 
the land can remain degraded for centuries. 


Tropical deforestation also carries other impor- 
tant environmental risks. Tropical forests store huge 
quantities of carbon in their living biomass, especially 


in trees. When tropical forests are converted into agri- 
culture, much less carbon is stored on the land, and the 
difference is made up by a large emission of carbon 
dioxide to the atmosphere. During the past several 
decades, tropical deforestation and the use of fossil 
fuels have been the major causes of the increasing 
atmospheric concentrations of carbon dioxide, which 
may have important implications for global climatic 
warming. In addition, old-growth tropical forests are 
the most highly developed and biodiverse ecosystems 
on the Earth. Tropical deforestation, mostly caused by 
slash-and-burn agriculture, is the major cause of the 
great wave of extinction that is presently afflicting 
Earth’s biodiversity. 


Late in the twentieth century and continuing into 
the twenty-first century, slash-and-burn agriculture was 
used on an expanding basis in South America, especially 
in Columbia, in order to grow illegal drugs such as 
marijuana and opium poppy. It is estimated that over 
one hundred thousand acres (about 400 square kilo- 
meters) are lost annually to slash-and-burn techniques 
in Columbia alone. Some governments, aided by eco- 
logical groups, are attempting to introduce legal but 
profitable crops to grow instead of these illegal ones. 
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! Sleep 


Sleep is a state of physical inactivity and mental 
rest in which conscious awareness, thought, and vol- 
untary movement cease and intermittent dreaming 
takes place. This natural and regular phenomenon 
essential to all living creatures normally happens 
with the eyes closed and is divided into two basic 
types: REM (rapid eye movement) and NREM (non- 
rapid eye movement) sleep. As passive as sleep 
appears, it is actually a very active and deliberate 
process in which the brain busily turns off wakeful 
functions while turning on sleep mechanisms. No one 
knows exactly why humans, and other animals, must 
sleep or how it happens, but the quality, quantity, and 
type of sleep impacts the quality, quantity, and effec- 
tiveness of our wakeful mental and physical activities. 
These, in turn, influence the quality, quantity, and 
timing of sleep. 


Beliefs, theories, and scientific observations 
of sleep 


At one time, it was believed that the mind simply 
turned off during sleep, or that the soul left the body 
during sleep. Greek philosopher Aristotle (384-322 
BC) thought that the digestion of food created vapors 
that naturally rose upward, causing the brain to 
become drowsy. Dreams—the only part of sleep the 
sleeper actually experiences—were often interpreted as 
prophetic revelations. Today, dream interpretation is 
used in some psychoanalytic and self-awareness activ- 
ities for personal insight and revelation. 
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Despite the fact that most people spend more time 
sleeping than in any other single activity, scientists still 
lack much knowledge about why humans need sleep 
or what triggers it. Serious scientific studies only began 
a little over 50 years ago, and several different theories 
have been developed, none of which have been proven. 
It is known, however, that the higher the organism on 
the evolutionary chain (humans being the highest) the 
more important sleep becomes. 


According to the restorative theory of sleep, body 
tissues heal and regenerate during non-REM sleep and 
brain tissue heals during REM sleep. This theory 
seems generally accepted for brain tissue restoration, 
particularly in the cerebral cortex, which cannot rest 
during the waking state. However, some researchers 
question its validity regarding body tissue restoration, 
believing that sleep simply acts as an immobilizer, 
forcing the body to rest, with rest and nourishment 
being the actual restorative factors. The release during 
sleep of growth hormones, testosterone, and other 
anabolic (constructive) hormones leads some experts 
to support the restorative theory, while others believe 
this release is coincidental to, and not caused by, sleep. 


The energy conservation theory of sleep notes that 
animals that burn energy quickly and produce their 
own body heat, such as humans do, sleep more than 
those with slow metabolisms (energy consumption) or 
that do not produce body heat (snakes, for instance). 
This theory is based upon the observation that meta- 
bolic rates decrease during slow-wave sleep—the last 
two stages of the four-stage, NREM sleep cycle and 
that some researchers believe is the most important 
stage. 


According to the adaptive theory of sleep, sleep 
encourages adaption to the environment for increased 
chances of survival. Animals such as cats that spend 
little time searching for food and have few natural 
enemies may sleep 15 hours a day for long periods. 
Grazing animals like buffaloes and horses, which 
spend many hours foraging and which are at risk 
from natural predators, sleep only two to four hours 
a day in short spurts. Proponents of the adaptive 
theory believe early humans slept in caves to protect 
themselves from night-stalking animals. 


Because instinct plays an important role in the 
survival of any species, including humans, the instinct 
theory presumes sleep, like mating or hunger, is a 
survival instinct. 


Studies show that new information is best retained 
when introduced just before sleep begins and retained 
less well after waking or if REM sleep is interrupted. 
These observations lead to the memory consolidation 
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theory of sleep. REM sleep seems to play an important 
role in storing information. 


Why humans sleep and how it is triggered 
Enforced sleep-deprivation experiments 


In the attempt to understand human need for 
sleep, experiments in sleep deprivation play an impor- 
tant role. Total sleep deprivation longer than 40 hours 
proves impossible, however, due to brief, totally 
unpreventable periods of microsleep that will happen 
even during physical activity. These microsleeps 
barely last a few seconds, but they may explain per- 
formance lapses in waking activities. They demon- 
strate the body’s obvious need for sleep and may 
even have some restorative function. 


While sleep deprivation can eventually cause death, 
sleep deprivation lasting up to ten days shows no seri- 
ous, prolonged consequences and does not cause severe 
psychological problems or mental illness as once 
thought. In 1965, for example, 17-year-old Randy 
Gardner decided to attempt a new world record for 
total sleep deprivation as his high school science fair 
project. He succeeded in staying awake for an incredible 
264 hours. When researchers and psychiatrists from 
Stanford University (California) heard of Gardner’s 
experiment, they rushed to the scene and monitored his 
progress. On the last night, one researcher took Randy 
to an arcade to keep him awake. Randy won every 
game, indicating that prolonged sleep deprivation did 
not seriously impair his physical or psychomotor func- 
tioning. After his extraordinary vigil, Randy slept just 14 
hours and 40 minutes, awoke naturally around 10:00 
P.M., Stayed awake 24 hours, and slept a normal eight 
hours. Follow-up over the years has shown that 
Gardner suffered no adverse effects from his experience. 
Scientific studies in the 1990s and 2000s show that such 
sleep deprivation activities are likely dangerous to 
human health. 


Losing more than one night’s sleep does produce a 
noticeable increase in irritability, lethargy, disinterest, 
and even paranoia. While not seriously impaired, psy- 
chomotor performance and concentration are adversely 
affected. While autonomic (involuntary) nervous system 
activity increases during sleep deprivation to keep heart 
rate, blood pressure, breathing, and body temperature 
normal, physical fitness cannot be maintained and 
immunological functions seem to suffer. 


Biological determinants of sleep 
Another question which remains only partially 


answered is how sleep onset is determined and why. 
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The factors involved include circadian rhythms (bio- 
logical time clocks); the degree of stimulation in the 
wakeful state; the degree of personal sleepiness; 
the decrease in core body temperature; a quiet 
and comfortable sleep environment; conditioning aris- 
ing from bedroom cues; and homeostasis, the auto- 
matic attempt by the body to maintain balance and 
equilibrium (for example, the air temperature may 
fall to 50°F [10°C], but the human body burns 
calories to maintain its normal temperature of 
98.6°F [37°C)). 


The fact that sleep deprivation increases the desire 
for sleep firmly points to a homeostatic element in 
sleep. This is intricately linked to highly influential 
circadian rhythms controlled by centers probably 
located in the hypothalamus, part of the brain primar- 
ily involved in autonomic nervous system functions. 
Circadian rhythms determine the human approximate 
24- to 25-hour sleep-wake pattern and a similar cycle 
in the rise and fall of core body temperature and other 
physiological functions. 


It is not yet known whether two separate biolog- 
ical clocks influence sleep-wake cycles and tempera- 
ture levels and, if so, if a single control clock regulates 
them both. However, body temperature drops slightly 
in the evening as sleep draws near, reaches its lowest 
point around 2:00 to 4:00 a.m., rises slightly before 
awakening, and increases to maximum as the day 
progresses. This pattern is not a result of being asleep 
or awake, for body temperature does not drop during 
daytime naps nor does it rise at night after a sudden 
change in sleep schedule, such as shift work. It takes 
about two weeks for circadian rhythms controlling 
temperature levels to get back into sync with sleep- 
wake states. 


Studies done on human circadian rhythms in sit- 
uations totally devoid of time cues (such as sunrise, 
sunset, clocks, etc.) show that these rhythms are con- 
trolled completely internally and usually run ona cycle 
of almost 25 rather than 24 hours. In normal situa- 
tions, factors called zeitgebers (from the German zeit 
for time and geber for giver) such as daylight, environ- 
mental noises, clocks, and work schedules virtually 
force humans to maintain a 24-hour cycle. Therefore, 
human circadian rhythms must phase advance from 
their normal, approximate 25-hour cycle to an 
imposed 24-hour cycle. 


The body has difficulty adapting to much more 
than an hour of phase-advance in one day. Drastic 
time changes—like those caused by rapid long- 
distance travel such as flying—require either phase- 
advancement or phase-delay. This is why air travelers 
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experience jet lag. Recovery from east-west travel 
requiring phase-delay adjustments is usually quicker 
than in phase-advancement resulting from west-east 
travel. Some people seem simply unable to phase- 
advance their biological clocks, which often results in 
sleep disorders. 


The structure of sleep 


Measurement of electrical impulses 
in the sleeping brain 


The greatest contribution to sleep study was the 
development of the EEG, or electroencephalogram, 
by German psychiatrist Hans Berger (1873-1941)in 
1929. This electrode, attached to the scalp with an 
adhesive, records electrical impulses in the brain called 
brain waves. The discovery triggered investigations 
into sleep in major centers around the world. Specific 
brain wave patterns became evident and sleep was 
generally classified into distinct stages. 


In 1953, Professor Nathaniel Kleitman and his 
graduate student Eugene Aserinsky reported their 
close observations of a sleep stage they called REM- 
rapid eye movement. An electro-oculogram, or EOG, 
taped close to the eyelids, recorded both vertical and 
horizontal eye movement, which became rapid and 
sporadic during REM sleep. The electromyogram, or 
EMG, recorded chin and neck muscle movement 
which, for as yet undetermined reasons, completely 
relaxed during REM sleep. Kleitman and Aserinsky 
found that when subjects were awakened from REM 
sleep they almost always reported a dream, which 
was seldom the case when awakened from non-REM 
sleep. 


Following the initial REM discoveries, sleep 
research greatly increased. One important discovery 
arising from this research was the high prevalence of 
sleep disorders, some of which now explain problems 
previously blamed on obscure physical or psycholog- 
ical disorders but which could not be effectively 
treated by medicine or psychiatry. 


Combined, the EEG, EOG, and EMG produce a 
fascinating picture of sleep’s structure. These monitor- 
ing devices transfer electronic stimulus to recording 
devices, or on to paper. The number of complete brain 
wave cycles per second (frequency) is measured in 
units of hertz (Hz) by the EEG. The difference 
between the highest and lowest point of each wave 
(the peak and trough) is measured in amplitude, (mil- 
lionths of a volt, or microvolts [uV]). As sleep 
approaches and deepens, frequency decreases and 
amplitude increases. 
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Stages of sleep 


Very specific rhythms occur in different stages of 
the sleep-wake cycle. Beta rhythms are fast, low volt- 
age waves (usually above 15 Hz and below 10 uV) 
which appear in alert, wakeful states. In the quiet, 
restful wakeful state prior to sleep onset, or in relaxed 
meditative state with the eyes closed, the brain displays 
alpha rhythms of about 8 to 11 Hz and 50 uV. Fairly 
high chin muscle activity and slow, rolling eye move- 
ments are recorded. Alpha waves disappear with vis- 
ual imagery or opening the eyes, which causes alpha 
blocking. 


Non-REM sleep is generally believed to occur in 
four stages and is characterized by lack of dreaming. 
As the sleeper enters the drowsy, light sleep of stage 1, 
theta rhythms, ranging between 3.5 to 7.5 Hz with a 
lower voltage, appear. The sleeper is generally non- 
responsive during this stage, which takes up about 5% 
of the sleep cycle, but is easily awakened. Once again, 
high chin muscle activity occurs and there is occa- 
sional slow, rolling eye movement. 


Within a few minutes, the sleeper enters stage 2 
sleep. Brain waves slow even further and spindles 
(short bursts of electrical impulses at about 12 to 14 
Hz which increase and decrease in amplitude) appear, 
along with K-complexes (sharp, high voltage wave 
groups, often followed by spindles). These phenomena 
may be initiated by internal or external stimuli or by 
some as yet unknown source deep within the brain. A 
few delta waves may appear here. This portion of sleep 
occupies about 45% of the sleep cycle. 


Normally, stage 3 sleep, comprised of 20 to 50% 
low frequency/high voltage delta waves, follows stage 
2 as a short (about 7% of total sleep) transition to 
stage 4 sleep, which shows slower frequency higher 
voltage delta wave activity above 50%. There is vir- 
tually no eye movement during stages 2, 3, and 4. 


In stage 4 sleep, some sleep spindles may occur, 
but are difficult to record. This stage occupies about 
13% of the sleep cycle, seems to be affected more than 
any other stage by the length of prior wakefulness, and 
reflects the most cerebral shutdown. Accordingly, 
some researchers believe this stage to be the most 
necessary for brain tissue restoration. Usually 
grouped together, stages 3 and 4 are called delta, or 
slow wave sleep (SWS), and is normally followed by 
REM sleep. 


The sleep cycle from stage 1 through REM occurs 
three to five times a night in a normal young adult. 
Stages 3 and 4 decrease with each cycle and stage 2 and 
REM sleep occupy most of the last half of the night’s 
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KEY TERMS 


Alpha/beta/delta/theta rhythms—Brain wave activ- 
ity occurring in different stages of wakefulness or 
sleep identified by amplitude and frequency. 


Amplitude—Difference between the highest and 
lowest point of a wave. 


Autonomic nervous system—The part of the nerv- 
ous system that controls involuntary processes, 
such as heart beat, digestion, and breathing. 


Circadian rhythms—tThe rhythmical biological cycle 
of sleep and waking which, in humans, usually 
occurs every 24 hours. 


Homeostasis—The body’s automatic attempt to 
maintain balance and stability of certain internal 
functions, such as body temperature, influenced by 
the external environment. 


Metabolism—Chemical changes in body tissue 
which convert nutrients into energy for use by all 
vital bodily functions. 


Phase advance/phase delay—Adjustment of circa- 
dian rhythms from their internal, biologically con- 
trolled cycle of approximately 25 hours to the 24- 
hour-a-day cycle imposed by the Sun. 


sleep. Time spent in each stage varies with age, and age 
particularly influences the amount time spent in SWS. 
From infancy to young adult, SWS occupies about 20 
to 25% of total sleep time and perhaps as little as 5% 
by the age of 60 years. This loss of time is made up in 
stage 1 sleep and wakeful periods. 


The period comprised of the four stages between 
sleep onset and REM is known as REM latency. 
REM onset is indicated by a drop in amplitude and 
rise in frequency of brain waves. The subject’s eyes 
flicker quickly under the eyelids, dream activity is 
high, and the body seems to become paralyzed 
because of the decrease in skeletal muscle tone. 
After REM, the subject usually returns to stage 2 
sleep, sometimes after waking slightly. REM sleep 
occurs regularly during the night. The larger the 
brain, the longer the period between REM epi- 
sodes—about 90 minutes for humans and 12 minutes 
in rats. 


REM sleep is triggered by neural functions deep 
within the brain, which releases one type of neuro- 
transmitter (chemical agent) to turn REM sleep on 
and another to turn it off. Whereas autonomic activity 
(such as breathing and heart rate) slows and becomes 
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more regular during non-REM sleep, it becomes 
highly irregular during REM sleep. Changes in blood 
pressure, heart rate, and breathing regularity take 
place, there is virtually no regulation of body temper- 
ature, and clitoral and penile erections are often 
reported. Most deaths, particularly of ill or aged indi- 
viduals, happen early in the morning when body tem- 
perature is at its lowest and the likelihood of REM 
sleep is highest. 


REM activity is seen in the fetus as early as six 
months after conception. By the time of birth, the 
fetus will spend 90% of its sleep time in REM but 
only about half that after birth. REM constitutes 
about 20 to 30% of a normal young adult’s sleep, 
decreasing with age. These observations support one 
of several theories about our need for REM sleep 
which suggests that, to function properly, the central 
nervous system requires considerable stimulation, 
particularly during development. Because it receives 
no environmental stimulation during the long hours 
of sleep, it is possible that the high amount of brain 
wave activity in REM sleep provides the necessary 
stimulation. 


See also Biological rhythms. 
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I Sleep disorders 


Sleep disorders are chronic sleep irregularities, 
which drastically interfere with normal nighttime 
sleep or daytime functioning. There are about 70 dif- 
ferent sleep disorders. Sleep-related problems are the 
most common complaint heard by doctors and psy- 
chiatrists, the two most common being insomnia 
(inability to go to sleep or stay asleep), and hyper- 
somnia (excessive daytime sleepiness). While most 
people experience both problems at some time, it is 
only when they cause serious intrusions into daily 
living that they warrant investigation as disorders. 


Although sleep is a basic behavior in animals as 
well as humans, researchers still do not completely 
understand it. In the past 60 years, however, research- 
ers have learned about the pattern of different types of 
sleep and its effects on breathing, heart rate, brain 
waves, and so on. Sleep disorders research, as a rela- 
tively new field of medicine, was stimulated by the 
discovery in 1953 of REM (rapid eye movement) 
sleep and the more recent discovery in the 1980s that 
certain irregular breathing patterns during sleep can 
cause serious illness and sometimes death. While med- 
ical knowledge of sleep disorders is expanding rapidly, 
clinical educational programs still barely touch on the 
subject, about which many physicians, psychiatrists 
and neurologists remain seriously undereducated. 


Insomnias and hypersomnias 


Insomnias include problems with sleep onset (tak- 
ing longer than 30 minutes falling asleep), sleep main- 
tenance (waking five or more times during the night or 
for a total of 30 minutes or more), early arousal (less 
than 6.5 hours of sleep over a typical night), light sleep, 
and conditioning (learning not to sleep by associating 
certain bedtime cues with the inability to sleep). 
Insomnias may be transient (lasting no longer than 
three weeks) or persistent. Most people experience 
transient insomnias, perhaps due to stress, excitement, 
illness, or even a sudden change to high altitude. These 
are treatable by short-term prescription drugs and, 
sometimes, relaxation techniques. When insomnia 
becomes persistent, it is usually classed as a disorder. 
Persistent insomnias may result from medical and/or 
psychiatric disorders, prescription drug use, and sub- 
stance abuse, and often result in chronic fatigue, 
impaired daytime functioning, and hypersomnia. 


Hypersomnias manifest as excessive daytime sleep- 
iness, uncontrollable sleep attacks, and, in the extreme, 
causes people to fall asleep at highly inappropriate 
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times, such as driving a car or when holding a conver- 
sation. Most hypersomnias, like narcolepsy and those 
associated with apnea (breathing cessation), are caused 
by some other disorder and are therefore symptomatic. 
Some, however, like idiopathic central nervous system 
(CNS) hypersomnia and Kleine-Levin syndrome, are 
termed idiopathic for their unknown origin. CNS 
hypersomnia causes a continuous state of sleepiness 
from which long naps and nighttime sleep provides 
no relief. This is usually a life-long disorder and treat- 
ment is still somewhat experimental and relatively inef- 
fective. Kleine-Levin syndrome is a rare disorder seen 
three times as often in males as females, beginning in 
the late teens or twenties. Symptoms are periods of 
excessive sleepiness, excessive overeating, abnormal 
behavior, irritability, loss of sexual inhibition, and 
sometimes hallucinations. These periods may last 
days or weeks, occur one or more times a year, and 
disappear about the age of 40 years. Behavior between 
attacks is normal, and the sufferer often has little recall 
of the attack. Stimulant drugs may reduce sleepiness 
for brief periods, and lithium meets with some success 
in preventing recurrence. 


Observation and classification of sleep 
disorders 


Sleep abnormalities intrigued even the earliest med- 
ical writers who detailed difficulties that people experi- 
enced with falling asleep, staying asleep, or staying awake 
during the day. By 1885, Henry Lyman, a professor of 
neurology in Chicago, Illinois, classified insomnias into 
two groups: those resulting from either abnormal inter- 
nal or physical functions; or from external, environmen- 
tal influences. In 1912, Sir James Sawyer reclassified the 
causes as either medical; or psychic, toxic, or senile. 
Insomnias were divided into three categories in 1927: 
inability to fall asleep, recurrent waking episodes, and 
waking earlier in the morning than appropriate. Another 
reclassification, also into three categories, was made in 
1930: insomnia/hypersomnia, unusual sleep-wake pat- 
terns, and parasomnias (interruption of sleep by abnor- 
mal physical occurrences). One change to that grouping 
was made in 1930 when hypersomnias and insomnias 
became separate categories. 


Intense escalation of sleep study in the 1970s saw 
medical centers begin establishing sleep disorder clin- 
ics where researchers increasingly uncovered abnor- 
malities in sleep patterns and events. It was during 
this decade that sleep disorders became an independ- 
ent field of medical research and the increasing num- 
ber of sleep disorders being identified necessitated 
formal classification. 
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A patient with acute sleep apnea is monitored during a night’s sleep at a Stanford University Lab. (Russell D. Curtis. National 
Audubon Society Collection/ Photo Researchers, Inc.) 


Dyssomnias 


This group includes both insomnias and hyper- 
somnias, and is divided into three categories: intrinsic, 
extrinsic, and circadian rhythm sleep disorders. 
Intrinsic sleep disorders originate within the body and 
include narcolepsy, sleep apnea, and periodic limb 
movements. 


Narcolepsy is associated with REM sleep and the 
central nervous system. It causes frequent sleep dis- 
turbances and thus excessive daytime drowsiness. 
Subjects may fall asleep without warning, experience 
cataplexy—muscle weakness associated with sudden 
emotional responses like anger, which may cause col- 
lapse—and temporarily be unable to move immedi- 
ately before falling asleep or just after waking up. 
While narcolepsy is manageable clinically and brief 
naps of 10 to 20 minutes may be somewhat refreshing, 
there is no cure. 


Apnea is the brief cessation of breathing. obstruc- 
tive sleep apnea is caused by the collapse of the upper 
airway passages that prevent air intake, while central 
apnea occurs when the diaphragm and chest muscles 
cease functioning momentarily. Both apneas result in a 


suffocating sensation, which goes unnoticed but causes 
enough arousal to enable breathing to begin again. Bed 
partners report excessive snoring and repeated brief 
pauses in breathing. Apneas may disrupt sleep as 
many as several hundred times a night, naturally result- 
ing in excessive daytime sleepiness. Severe episodes can 
actually cause death, usually from heart failure. 
Treatment for obstructive apnea includes pumping air 
through a nasal mask to keep air passages open, while 
some success in treating central apnea can be obtained 
with drugs and mechanical breathing aids. 


Periodic limb movement (PLM) and restless leg 
syndrome (RLS) result in sleep disruptions and there- 
fore hypersomnia. PLM occurs during sleep and sub- 
jects experience involuntary leg jerks (sometimes arms 
also). The subject is unaware of these movements but 
bed partners complain of being kicked and hit. In RLS, 
crawling or prickling sensations seriously interfere with 
sleep onset. Although their causes are yet unknown, 
certain drugs, stretching, exercise, and avoiding stress 
and excessive tiredness seem to provide some relief. 


Extrinsic sleep disorders are caused by external 
influences such as drugs and alcohol, poor sleep 


hygiene, high altitude, and lack of regular sleep limit- 
setting for children. 


Drug- and alcohol-related sleep disorders result 
from stimulant, sedative, and alcohol use, all of which 
can affect, and severely disrupt, the sleep-wake sched- 
ule. Stimulants, including amphetamines, caffeine, and 
some weight loss agents, can cause sleep disturbances 
and may eventually result in the need for excessively 
long periods of sleep. Prolonged use of sedatives, 
including sleeping pills, often result in severe rebound 
insomnia and daytime sleepiness. Sudden withdrawal 
also produces these effects. Alcohol, while increasing 
total sleep time, also increases arousal, snoring, and the 
incidence and severity of sleep apnea. Prolonged abuse 
severely reduces REM and delta (slow-wave) sleep, and 
sudden withdrawal results in severe sleep-onset diffi- 
culties, significantly reduced delta sleep, and REM 
rebound, causing intense nightmares and anxiety 
dreams for prolonged periods. 


Circadian rhythm sleep disorders either affect or 
are affected by circadian rhythms, which determine 
human’s approximate 25-hour biological sleep-wake 
pattern and other biological functions. Disorders may 
be transient or permanent. 


Jet-lag and shift work-related circadian rhythm 
disorders are transient. Because the human biological 
clock runs slightly slower than the 24-hour solar clock, 
it must adjust to external time cues like alarm clocks 
and school or work schedules. Circadian rhythms 
must therefore phase-advance to fit the imposed 24- 
hour day. The body has difficulty phase-advancing 
more than one hour each day, therefore people under- 
going drastic time changes after long-distance air 
travel suffer from jet lag. Hypersomnia, insomnia, 
and a decrease in alertness and performance are not 
uncommon and may last up to ten days, particularly 
after eastward trips longer than six hours. Night-shift 
workers, whether permanent or alternating between 
day and night shifts, experience similar symptoms, 
which may become chronic because circadian rhythms 
induce maximum sleepiness during the sun-clock’s 
night and alertness during the sun-clock’s day, regard- 
less of how long a person works nights. 


Delayed sleep phase syndrome is a chronic con- 
dition in which waking to meet normal daily schedules 
is extremely difficult. Such people are often referred to 
as night people because they feel alert late in the day 
and at night while experiencing fatigue and sleepiness 
in the mornings and early afternoons. This is because 
their biological morning is the middle of the actual 
night. Phase-delaying the sleep-wake schedule by 
going to bed three hours later and sleeping three 
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hours longer until the required morning arousal time 
is reached, can often synchronize the two. Exposure to 
artificial, high-intensity, full spectrum light from 
about 7 to 9 A.m. often proves helpful. 


Advanced sleep phase syndrome is much less 
prevalent and shows the reverse pathology to phase- 
delayed syndrome. Phase-advancing the sleep-wake 
schedule and light therapy during evening hours may 
prove helpful. 


Parasomnias 


Parasomnias are events caused by physical intru- 
sions into sleep that are thought to be triggered by the 
central nervous system. These dysfunctions do not 
interfere with actual sleep processes and do not cause 
insomnia or hypersomnia. They appear more fre- 
quently in children than adults. 


Arousal disorders appear to be associated with 
neurological arousal mechanisms. They usually occur 
early in the night during slow-wave rather than REM 
sleep and are therefore not the acting out of a dream. 


Sleepwalking occurs during sleep. The subject 
may seem wide awake but displays a blank expression, 
seldom responds when spoken to, is difficult to 
awaken, moves clumsily, and sometimes bumps into 
objects, although they will often maneuver effectively 
around them. Some sleepwalkers perform dangerous 
activities, like driving a car. Although rarely in the case 
with children, serious injuries can occur. Subjects dis- 
playing dangerous tendencies should take precautions 
like locking windows and doors. Episodes average 
about ten minutes, seldom occur more than once in 
any given night, and are seldom remembered. 


Night or sleep terrors are sudden partial awaken- 
ings during non-REM sleep. Traditionally, a sufferer 
sits bolt upright in bed in a state of extreme panic, 
screams loudly, sweats heavily, and displays a rapid 
heart beat and dilated pupils. The patient will some- 
times talk, and might even flee from bed in terror, often 
running into objects and causing injury. Episodes last 
about 15 minutes, after which sleep returns easily. 
There is seldom any recollection of the event. If 
woken, the subject may display violence and confusion 
and should, instead, be gently guided back to bed. 


Rapid eye movement (REM) sleep parasomnias 
take place during sleep and include nightmares and the 
recently discovered REM sleep behavior disorder. 
This potentially injurious disorder is seen mostly in 
elderly men and results in aggressive behavior while 
sound asleep such as punching, kicking, fighting, and 
leaping from bed in an attempt to act out a dream. 
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Sleeping sickness 


Subjects report their dreams, usually of being attacked 
or chased, become more violent and vivid over the 
years. Some sufferers even tie themselves into bed to 
avoid injury. Unfortunately, this disorder was seri- 
ously misdiagnosed until recently. It is now readily 
diagnosable and easily treated. 


Sleep-wake transition disorders usually occur dur- 
ing transition from one sleep stage to another, or while 
falling asleep or waking up. Manifestations include 
sleeptalking, leg cramps, headbanging, hypnic jerks 
(sleep starts), and teeth-grinding. 


Other parasomnias include excessive snoring, abnor- 
mal swallowing, bedwetting, sleep paralysis, and for some 
individuals, sudden unexplained death during sleep. 


Diagnosis of sleep disorders 


Identifying each specific sleep disorder is impera- 
tive for effective treatment, as treatment for one may 
adversely effect another. While sleeping pills may help 
in some instances, in others they exacerbate the prob- 
lem. The most important step in diagnosis is the sleep 
history, a highly detailed diary of symptoms and sleep- 
wake patterns. The patient records events such as daily 
schedule; family history of sleep complaints; prescrip- 
tion or non-prescription drug use; and symptoms— 
when they occur, how long they last, their intensity, 
whether they are seasonal, what improves or worsens 
them, and effects of stress, family or environmental 
factors. Important contributors are family members 
or friends; for example, a bed partner or parent may be 
the only observer of unusual occurrences during the 
patient’s sleep. 


The sleeping brain—the new frontier 


Many undiscovered secrets lie hidden behind the 
doors of sleep and its related disorders. However, the 
future looks bright for sufferers of sleep disorders. 
Intense interest from researchers, satisfaction of an 
increasing number of accurately diagnosed and 
treated patients, advances in technology, and the for- 
mation of a National Institute of Health Commission 
on Sleep by the U.S. Congress, suggest that research, 
training, education, and recognition in this area of 
medicine will continue to flourish. 
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KEY TERMS 


Apnea—Cessation of breathing. 


Delta sleep—Slow-wave, stage 4 sleep that nor- 
mally occurs before the onset of REM sleep. 


Extrinsic—Caused by something on the outside. 
Hypersomnia—Excessive daytime sleepiness. 
Idiopathic—Disease of unknown origin. 
Insomnia—Inability to go to sleep or stay asleep. 
Intrinsic—Not dependent on external circumstances. 


Parasomnia—lInterruption of sleep by abnormal 
physical occurrences. 


Polysomnography—Electronic monitoring equip- 
ment measuring brain waves, eye and muscle 
movement, heart rate, and other physiological 
functions. 


REM sleep—Rapid eye movement sleep that is 
characterized by dreaming, active brain activity, 
and numerous eye movements. 
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I Sleeping sickness 


Sleeping sickness, also known as trypanosomiasis, 
is a protozoan infection passed to humans through the 
bite of the tsetse fly. If left untreated, it can progress to 
death within months or years. 
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Causes of sleeping sickness, and geographical 
distribution of the disease 


Protozoa are single-celled organisms considered 
to be among the simplest animal life forms. The pro- 
tozoa responsible for sleeping sickness are a flagellated 
variety (flagella are hair like projections from the cell 
which aid in mobility) that exist only in Africa. The 
type of protozoa causing sleeping sickness in humans 
is referred to as the Trypanosoma brucei complex. It is 
divided further into Rhodesian (affecting Central and 
East African countries) and Gambian (affecting 
Central and West African countries) subspecies. 


The Rhodesian variety live within antelopes in sav- 
anna and woodland areas, causing no disruption to the 
antelope’s health. (While the protozoa cause no illness in 
antelopes, they are lethal to cattle that may become 
infected.) The protozoa are acquired by tsetse flies who 
bite and suck the blood of an infected antelope or cow. 


Within the tsetse fly, the protozoa cycle through 
several different life forms, ultimately migrating to the 
salivary glands of the tsetse fly. Once the protozoa are 
harbored in the salivary glands they can be deposited 
into the bloodstream of the fly’s next blood meal. 


Humans most likely to become infected by 
Rhodesian trypanosomes are game wardens or visitors 
to game parks in East Africa. The Rhodesian variety 
of sleeping sickness causes a much more severe illness 
with a greater likelihood of eventual death. 


The Gambian variety of Trypanosoma thrives in 
tropical rain forests throughout Central and West 
Africa, does not infect game or cattle, and is primarily 
a threat to people dwelling in such areas. It rarely 
infects visitors. 


Symptoms and progression of sleeping 
sickness 


The first sign of sleeping sickness may be a sore 
appearing at the tsetse fly bite site about two to three 
days after having been bitten. Redness, pain, and 
swelling occur. 


Two to three weeks later Stage I disease develops as a 
result of the protozoa being carried through the blood 
and lymphatic circulations. This systemic (meaning that 
symptoms affect the whole body) phase of the illness is 
characterized by a high fever that falls to normal then re- 
spikes. A rash with intense itching may be present, 
and headache and mental confusion may occur. The 
Gambian form includes extreme swelling of lymph tissue, 
enlargement of the spleen and liver, and greatly swollen 
lymph nodes. Winterbottom’s sign is classic of Gambian 
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sleeping sickness; it consists of a visibly swollen area of 
lymph nodes located behind the ear and just above the 
base of the neck. During this stage the heart may be 
affected by a severe inflammatory reaction, particularly 
when the infection is caused by the Rhodesian form of 
the parasite. 


Many of the symptoms of sleeping sickness are 
actually the result of attempts by the patient’s immune 
system to get rid of the invading organism. The overly 
exuberant cells of the immune system damage the 
patient’s organs, resulting in anemia, and leaky minute 
blood vessels. These leaky blood vessels help to spread 
the protozoa throughout the patient’s body. 


One reason for the immune body’s intense reac- 
tion to the Trypanosomes is also the reason why the 
Trypanosomes survive so effectively. The protozoa are 
able to change rapidly specific markers on their outer 
coats. These kinds of markers usually stimulate the 
host’s immune system to produce immune cells specif- 
ically to target the markers and allow quick destruc- 
tion of these invading cells. Trypanosomes are able to 
express new markers at such a high rate of change that 
the host’s immune system cannot catch up. 


Stage II sleeping sickness involves the nervous sys- 
tem. The Gambian strain has a clearly delineated phase 
in which the predominant symptomatology involves the 
brain. The patient’s speech becomes slurred, mental 
processes slow, and he or she sits and stares or sleeps 
for long periods of time. Other symptoms resemble 
Parkinson disease: imbalance when walking, slow and 
shuffling gait, trembling of the limbs, involuntary move- 
ment, muscle tightness, and increasing mental confusion. 
These symptoms culminate in coma, then death. 


Diagnosis 


Diagnosis of sleeping sickness can be made by 
microscopic examination of fluid from the site of the 
tsetse fly bite or swollen lymph nodes for examination. 
A method to diagnose Rhodesian trypanosome involves 
culturing blood, bone marrow, or spinal fluid. These 
cultures are injected into rats to promote the develop- 
ment of blood-borne protozoan infection. This infection 
can be detected in blood smears within one to two weeks. 


Treatment 


Medications effective against the Trypanosoma 
brucei complex protozoa have significant potential for 
side effects. Suramin, eflornithine, pentamidine, and 
several drugs that contain arsenic (a chemical which is 
potentially poisonous) are effective anti-trypanosomal 
agents. Each of these drugs requires careful monitoring 
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Slime molds 


KEY TERMS 


Immune system—That network of tissues and cells 
throughout the body which is responsible for rid- 
ding the body of invaders such as viruses, bacteria, 
protozoa, etc. 


Protozoa—Single-celled organisms considered to 
be the simplest life form in the animal kingdom. 


to ensure that they do not cause serious complications 
such as a fatal hypersensitivity reaction, kidney or liver 
damage, or inflammation of the brain. 


Prevention 


Prevention of sleeping sickness requires avoiding 
contact with the tsetse fly; insect repellents and cloth- 
ing which covers the limbs to the wrists and ankles are 
mainstays. There are currently no immunizations 
available to prevent sleeping sickness. 
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| Slime molds 


Slime molds are microscopic organisms that are 
eukaryotic; they have their genetic material contained 
within a membrane inside the cell. Once thought to be 
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fungi, slime molds are now recognized to be very 
different from fungi. Indeed, slime molds are now 
classified as one of the five main divisions of life (the 
other four are fungi, bacteria, plants, and animals). 


There are three main groups of slime molds. The 
first group is known as the plasmodial slime molds, or 
Myxomycetes. These slime molds can exist as cells that 
appear similar to amoeba, and which are able to move 
to find food. A common habitat for these cells is 
underneath rotting logs and damp leaves, where the 
cellulose that the cells use for food is abundant. These 
cells can move to an environment that is drier and has 
more light, where they then fuse together to form an 
enormous single cell that contains thousands of nuclei. 
This form, called a pseudoplasmodium, can ooze 
about seeking a region of acceptable warmth and 
brightness. Then, the aggregate settles to form a plas- 
modium. A plasmodium can be several inches in diam- 
eter and is often vividly colored. 


Scientists use plasmodia to study a phenomenon 
called cell streaming, where the contents of a cell move 
about. The large size of a plasmodium and the fact that 
cell streaming is readily visible using a low-power mag- 
nification light microscope, makes this slime mold a good 
choice for a model system. Another plasmodial slime 
mold, Physarum polycephalum, moves in response to 
various stimuli including ultraviolet and blue light. The 
proteins actin and myosin are involved in this movement. 
Actin and myosin also control the movement of muscles 
in higher organisms, including humans. 


The second group of slime molds are known as the 
cellular slime molds. These are typically single-celled. 
In response to a chemical signal, however, the cells can 
aggregate (gather) to form a great swarm of cells. This 
aggregation is of intense interest to scientists who 
study the physical and genetic development of cells. 


The final group of slime molds are called the 
protostelids. 


All three types of slime molds are capable of form- 
ing a structure called a sporangium. This structure is 
formed when conditions are unfavorable for the 
growth or survival of the slime mold. A sporangium 
is a cluster of spores on a stalk. Each spore is a bundle 
of genetic information. Dispersal of the spores by air 
currents can lead to the formation of new slime molds 
when the spores land and germinate. 


Besides their complex life cycle and scientific interest 
as model system for study, slime molds have been note- 
worthy for other reasons. After a particularly wet spring 
in Texas in 1973, several residents of a Dallas suburb 
reported a large, moving, slimy mass, which they termed 
“the Blob.” Reporters in the local press speculated that 
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the Blob was a mutant bacterium. Fears of an alien 
invasion also were raised. Ultimately, however, a local 
mycologist soberly identified the growth as Fuligo sep- 
tica, a species of plasmodial slime mold. 


Additionally, researchers were later able to for- 
mulate mathematical equations that explained the sin- 
gle cell to aggregate process of cellular slime molds. 
The slight modification of these equations formed 
the basis of the programs that are now used to 
control some of the behaviors of the figures in video 
games. 
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I Sloths 


Sloths are mammals of Central and South 
American forests that spend their lives in trees, eating 
leaves in a very slow, or “slothful,” manner. They 
belong to order Xenarthra, a name that refers to the 
additional bony articulations between the lumbar ver- 
tebrae, called xenarthrous processes, which animals in 
this order possess. The order was previously called the 
Edentata, which means “without teeth.” However, 
sloths are not actually toothless. They have molars, 
or chewing teeth, that have no roots and continue to 
grow throughout their lives. The anteaters, for which 
this order was formerly named, actually have no teeth. 


The two kinds of sloths belong to two different 
families of edentates. The three-toed sloths make up 
family Bradypodidae. Three-toed sloths make a sound 
that has been described as “ai-ai,” which has given 
them the name of Ai. The two-toed sloths classified 
in the family Megalonychidae. Actually, though, these 
animals should be called “two-fingered” and “three- 
fingered” sloths because all five species have three toes 
on each of their hind feet. 


The four species of three-toed sloths are smaller 
than the two-toed. Their head-body length ranges 
from about 18-24 in (50-60 cm), with a weight of 
only about 9 Ib (4 kg). The two-toed species are larger, 
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A three-toed sloth. (Bud Leinhausen. Photo Researchers, Inc.) 


with a head-body length up to 28 in (70 cm) and 
weighing up to 17 lb (8 kg). The extinct ground sloth, 
Mylodon listai, which was about the size of an ele- 
phant, belonged to the two-toed family. 


Sloths have quite flat faces on very round heads, 
with round eyes, a round snout, and round nostrils. 
Even their tiny round ears are hidden in their coarse, 
dense fur. The hair of the fur, which is usually light 
brown or gray, is grooved. Algae grow within these 
grooves so that the animal more often looks green 
than brown. This coloration keeps the animal camou- 
flaged against predators. The coarse hair of the two- 
toed sloths is much longer than that of the three-toed, 
about 6 in (15 cm), compared to 2-3 in (5-7 cm). Both 
of them have a soft undercoat of denser fur. Because 
they spend most of their lives upside down, their fur 
parts on their bellies instead of along their backs. 


There is a good reason why the word “sloth” 
means laziness and slowness. These animals do every- 
thing slowly. They live strictly by browsing on leaves 
in trees. Their entire bodies are adapted for this activ- 
ity. Their limbs are geared for clinging upside down to 
tree branches. Their claws are 3-4 in (8-10 cm) long 
and curve tightly around branches. 


Their stomachs are equipped with several cham- 
bers in order to digest plant material that would poi- 
son other animals. The chambers also contain bacteria 
that help digest the tough material in leaves. Their 
digestive systems work just as slowly as the animals’ 
reputation. It can take a month or more for the huge 
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quantity of leaves they eat to make their way through 
the system. Then the waste remains in the body except 
for their very occasional—and painfully slow—trips to 
the ground, when they defecate at the base of the tree 
in which they live, perhaps once a week. 


In addition, their metabolisms are geared toward 
conservation of energy. Instead of depending on their 
metabolism to keep them warm, as most mammals do, 
they warm up in the sun and cool down in the shade of 
the high tree canopies where they live. Their system of 
blood-carrying arteries and veins is arranged so that 
the heat carried by the blood continues to circulate in 
the body instead of being lost out the fingers and toes. 
This arrangement is of real benefit to an animal that 
becomes uncomfortable if the temperature drops 
below 80°F (26.6°C). 


Sloths do not even waste energy getting into posi- 
tion for sleep. They just fall asleep as they are, gener- 
ally upside down, with the head falling forward onto 
the chest. They spend at least 20 hours a day sleeping. 
During those remaining four hours, they eat. They 
move very slowly, just a gentle hand-over-hand 
motion, no leaping, no quick turns. They do make 
progress, however. They go after the leaves on differ- 
ent branches. They even change trees frequently. 
However, when they reach the ground, all they can 
do is pull themselves along with their strong front 
arms. Their muscles will not support their weight. 


Female sloths don’t change their habits just 
because they have babies. The young are born after 
varying gestation periods (almost a year in Hoffman’s 
two-toed sloth, Choloepus hoffmanni, of Nicaragua to 
central Brazil). The single baby is born up in the tree, 
where the mother turns into the infant’s nest. She stays 
upside down and the baby snuggles down to nurse. It 
continues to nurse for a month, gradually taking in 
more and more nearby leaves. The mother carries the 
baby until it is at least six months old. About three 
months after that, it must head off on its own. 


In some parts of Central America, members of the 
two different families share the same area. When this 
occurs, there are usually more of the smaller three- 
toed sloths than the bigger two-toed. The two species 
are active at different times of the day or night. They 
also have different tastes in trees, so they don’t 
compete. 


Xenarthrans are regarded as the remains of a large 
group of South American animals that spread 
throughout that continent many millions of years 
ago, probably from North America. There were once 
many more sloths. The ground sloths were known and 
killed by early native people before becoming extinct. 
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Defecate—To eliminate solid waste from the body. 


Metabolism—The total energy use of the body nec- 
essary for maintaining life. 


Today, the maned sloth (Bradypus torquatus) of Brazil 
is classified as endangered by the IUCN, and the newly 
described pygmy three-toed sloth (Bradypus pyg- 
maeus) of Panama is listed as critically endangered. 
The maned sloth is endangered because its coastal 
forest habitat has almost entirely been taken over by 
resort and urban development. Less than 3% now 
remains. Also, sloths are hunted for food and tradi- 
tional medicinal purposes, adding to the threat of their 
extinction. The pygmy three-toed sloth is critically 
endangered due to hunting pressure coupled with a 
very restricted range (one small island). 
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l Slugs 


Slug is a common name for a group of terrestrial 
snails like molluscs with little or no external shell. 
Examples of common slugs are Limax maximus, the 
large garden slug, and Limax agrestis, which eats grain 
seedlings and is regarded as a farm pest in Europe. 
Other urban species are Arion circumscriptus and 
Limax flavus. 


Slugs are classified in the gastropod subclass 
Pulmonata. The pulmonates are those animals of land 
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and fresh water that lack the gills of most snails, but 
generally have a “lung” formed from a portion of the 
mantle. Slugs use the whole body integument for 
exchange of respiratory gases. They tend to occupy 
places that minimize water loss and temperature 
extremes, often hidden in the daytime and active at 
night. Evidence of their nocturnal activity are the 
slime trails often found on sidewalks in the morning. 


Sea slugs are also shell-less snails, but they are 
much more colorful and varied, and they are classified 
as class Opisthobranchia, order Nudibranchia. The 
nudibranchs have a snail-like body, with tentacles on 
the head, an elongated foot, and pointed tail end. The 
dorsal surface has projections called cerata, or papillae 
or branchial plumes, which may look showy or bizarre 
to us, but not at all unusual to other nudibranchs. 
These presumably function in the place of gills to 
increase respiratory surface, but also sometimes serve 
as camouflage. Most nudibranchs are | in (2.5 cm) or 
less in length, but some Pacific coast species are larger. 


l Smallpox 


Smallpox is an infection caused by the variola 
virus, a member of the poxvirus family. Throughout 
world history, smallpox has caused epidemics result- 
ing in suffering and death. In 1980, the World Health 
Organization (WHO) announced that a massive pro- 
gram of vaccination against the disease had resulted in 
the complete eradication of the virus (with the excep- 
tion of the known stored virus in two laboratories). 


Symptoms and progression of the disease 


Smallpox is a highly contagious disease. The virus 
spread from contact with victims, as well as from 
contaminated air droplets and even from objects 
used by other smallpox victims (books, blankets, etc.). 


After acquisition of the virus, there is a 12-14 day 
incubation period, during which the virus multiplied, 
but no symptoms appeared. The onset of symptoms 
occurs suddenly and includes fever and chills, muscle 
aches, and a flat, reddish-purple rash on the chest, 
abdomen, and back. These symptoms last about 
three days, after which the rash fades and the fever 
drops. A day or two later, the fever returns, along with 
a bumpy rash starting on the feet, hands, and face. 
This rash progresses from the feet along the legs, from 
the hands along the arms, and from the face down the 
neck, ultimately reaching and including the chest, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Smallpox on the arm of a man in India. (C. James Webb. 
Phototake NYC.) 


abdomen and back. The individual bumps, or papules, 
fill with clear fluid, and, over the course of 10-12 days, 
becomes pus-filled. The pox eventually scab over, and 
when the scab falls off, left behind is a pock or pit 
which remained as a permanent scar. 


Death from smallpox usually follows complica- 
tions such as bacterial infection of the open skin 
lesions, pneumonia, or bone infections. A very severe 
and quickly fatal form of smallpox called “sledgeham- 
mer smallpox” resulted in hemorrhage from the skin 
lesions, as well as from the mouth, nose, and other 
areas of the body. 


Diagnosis 


Diagnosis, up until the eradication of smallpox, 
consisted of using an electronmicroscope to identify 
the virus in fluid from the papules, in the urine, or 
in the blood prior to the appearance of the papular 
rash. 
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Discovery of smallpox vaccine 


Fascinating accounts have been written describ- 
ing ways in which different peoples tried to vaccinate 
themselves against smallpox. In China, India, and the 
Americas, from about the tenth century, it was noted 
that individuals who had had even a mild case of 
smallpox could not be infected again. Material from 
people ill with smallpox (fluid or pus from the papules, 
the scabs) was scratched into the skin of people who 
had never had the illness, in an attempt to produce a 
mild reaction and its accompanying protective effect. 
These efforts often resulted in full-fledged smallpox, 
and probably served only to help effectively spread the 
infection throughout the community. In fact, such 
crude vaccinations against smallpox were against the 
law in Colonial America. 


In 1798, Edward Jenner published a paper in 
which he discussed his important observation that 
milkmaids who contracted a mild infection of the 
hands (called cowpox, and caused by a relative of 
variola) appeared to be immune to smallpox. He cre- 
ated an immunization against smallpox that used the 
infected material found in the lesions of cowpox infec- 
tion. Jenner’s paper led to much work in the area of 
vaccinations and ultimately resulted in the creation of 
an effective smallpox vaccine, which utilizes the vacci- 
nia virus—another close relative of variola. 


Global eradication of smallpox virus 


Smallpox is dangerous only to human beings. 
Animals and insects can neither be infected by small- 
pox, nor carry the virus in any form. Humans cannot 
carry the virus, unless they are symptomatic. These 
important facts entered into the 1967 decision by the 
WHO to attempt worldwide eradication of the small- 
pox virus. 


The methods used in WHO’s eradication program 
were straightforward: 1) careful surveillance for all 
smallpox infections worldwide to allow for quick diag- 
nosis and immediate quarantine of patients; 2) imme- 
diate vaccination of all contacts of any patient 
diagnosed with smallpox infection to interrupt the 
virus’ usual pattern of contagion. 


The WHO’s program was extremely successful, 
and after the last naturally occurring case of smallpox 
was resolved in Somalia in 1977, the virus was declared 
eradicated worldwide in May 1980. Two laboratories 
(in Atlanta, Georgia, and in Moscow, Russia) retain 
samples of the smallpox virus. Remaining concerns 
include the possibility of smallpox virus being utilized 
in a situation of biological warfare, or the remote 
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KEY TERMS 


Epidemic—A situation in which a particular infec- 
tion is experienced by a very large percentage of 
the people in a given community within a given 
time frame. 


Eradicate—To completely do away with some- 
thing, ending its existence. 


Hemorrhage—Severe, massive bleeding which is 
difficult to control. 


Lesion—The tissue disruption or the loss of function 
caused by a particular disease process. 


Papules—Firm bumps on the skin. 


chance that smallpox virus could somehow escape 
from the laboratories which are storing it. For these 
reasons, large quantities of vaccine are stored in differ- 
ent countries around the world. In the U.S., research- 
ers, members of the military, key health personnel, and 
first responders in the community are vaccinated so 
that response to any future threat by the smallpox 
virus can be prompt. 
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d Smallpox vaccine 


Smallpox, or variola major, is a highly contagious 
disease that is caused by the variola virus. The name 
smallpox comes from the Latin word for spotted. A 
visual hallmark of smallpox is the raised bumps that 
appear on the victim’s face and body. Smallpox is fatal 
in approximately 25% of cases. 


There is no cure for smallpox, and treatment con- 
sists of making the patient feel as comfortable as pos- 
sible and lessening the symptoms. Prevention of the 
disease by the administration of smallpox vaccine is 
the most effective strategy to eliminate the spread of 
smallpox. Vaccination, conducted on a worldwide 
scale, was successful in effectively eliminating small- 
pox as a naturally occurring disease. 


The eradication of smallpox saw the end of routine 
vaccination programs. As of 2006, no American under 
the age of 30 routinely receives the vaccine. Even in older 
Americans, immunity has likely faded. After the bioter- 
rorist anthrax attacks on United States citizens in the 
latter months of 2001, concern has heightened that small- 
pox will be used as a terrorist weapon on a population 
that is once again susceptible to infection. Beginning 
January, 2003, health care workers at strategic hospitals 
and research centers across the U.S. received the small- 
pox vaccine in order to provide a population of immune 
responders in case of a smallpox outbreak or mass expo- 
sure due to bioterrorism. Mass vaccination programs are 
again under study by researchers. 


The only smallpox vaccine that is in use today—a 
preparation called Dryvax—is made from vaccinia, a 
poxvirus that is very similar to the smallpox virus. The 
reaction of the immune system to vaccinia confers 
protection to the smallpox virus. The vaccinia virus 
that is administered is alive and causes a mild infection, 
which is inconsequential in most people. However, in a 
small minority of people, the use of the live virus does 
carry a risk that the virus will spread from the site of 
injection, and that side effects will result. 


The side effects are typically minor (i.e., sore arm at 
the injection site, a fever, and generalized body aches). 
However, rare severe side effects are possible, which can 
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even be life threatening. These include encephalitis (a 
swelling of the brain and spinal cord), gangrene, extreme 
eczema, and blindness. People whose immune systems 
are not functioning properly are especially at risk, as are 
those people who have had skin ailments such as eczema 
or atopic dermatitis. The fatality rate due to the vaccine 
is estimated to be one in eight million. 


Despite the risk, smallpox vaccine is worthwhile if 
exposure to smallpox is possible. A single injection of 
vaccinia vaccine preparation provides up to five years 
of immunity to smallpox. A subsequent injection 
extends this protection. Studies have demonstrated 
that up to 95% of vaccinated people are protected 
from smallpox infection. Protection results after just 
a few days. If exposure to smallpox is anticipated— 
such as in a military campaign—vaccination a short 
time before can be a wise precaution. 


Smallpox vaccine is injected using a two-pronged 
needle dipped into the vaccine solution, which then 
pricks the skin of an upper arm several times in a few 
seconds. The injection typically becomes sore, blisters, 
and forms a scab. When the scab falls off, a distinctive 
scar is left. 


As of 2006, approximately 170 million doses of 
smallpox vaccine are stockpiled for use in the event of 
a bioterrorist-mediated smallpox outbreak. The 
majority of the new vaccine is made from cow tissues 
that were grown in laboratory culture. This technique 
produces a more uniform vaccine preparation than the 
old method, where tissue was scraped from the lesions 
of infected cows. 
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| Smell 


Smell is the ability of an organism to sense and 
identify a substance by detecting trace amounts of the 
substance that evaporates. Researchers have noted 
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similarities in the sense of smell between widely differ- 
ing species that reveal some of the details of how the 
chemical signal of an odor is detected and processed. 


A controversial history 


The sense of smell has been a topic of debate from 
humankind’s earliest days. Greek philosopher 
Democritus of Abdera (460-360 BC) speculated that 
humans smell atoms of different size and shape that 
come from objects. His compatriot Aristotle (384-322 
BC), on the other hand, guessed that odors are 
detected when the cold sense of smell meets hot 
smoke or steam from the object being smelled. It was 
not until the late eighteenth century that most 
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scientists and philosophers reached agreement that 
Democritus was basically right: the smell of an object 
is due to volatile, or easily evaporated, molecules that 
emanate from it. 


In 1821, French anatomist Hippolyte Cloquet 
(1787-1840) rightly noted the importance of smell for 
animal survival and reproduction; but his theorizing 
about the role of smell in human sex, as well as mental 
disorders, proved controversial. Many theories of the 
nineteenth century seem irrational or even malignant 
today. Many European scientists of that period fell into 
the trap of an essentially circular argument, which held 
that non-Europeans were more primitive and, therefore, 
had a more developed sense of smell, and therefore were 
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more primitive. However, other thinkers—French anat- 
omist Hippolyte Cloquet (1787-1840) for one—noted 
that an unhealthy fixation on the sense of smell seemed 
much more common in “civilized” Europeans than to 
“primitives.” The first half of the twentieth century saw 
real progress in making the study of smell more rational. 
Spanish neuroanatomist Santiago Ramon y Cajal (1852— 
1934) traced the architecture of the nerves leading from 
the nose to and through the brain. Other scientists carried 
out the first methodical investigations of how the nose 
detects scent molecules, the sensitivity of the human nose, 
and the differences between human and animal olfaction. 
However, much real progress on the workings of this 
remarkable sense has had to wait upon the recent appli- 
cation of molecular science to the odor-sensitive cells of 
the nasal cavity. 


A direct sense 


Smell is the most important sense for most organ- 
isms. A wide variety of species use their sense of smell 
to locate prey, navigate, recognize and perhaps com- 
municate with kin, and mark territory. Perhaps 
because the task of olfaction is so similar between 
species, in a broad sense the workings of smell in 
animals as different as mammals, reptiles, fish, and 
even insects are remarkably similar. 


The sense of smell differs from most other senses 
in its directness: humans actually smell microscopic 
bits of a substance that have evaporated and made 
their way to the olfactory epithelium, a section of the 
mucus membrane in the roof of the olfactory cavity. 
The olfactory epithelium contains the smell-sensitive 
endings of the olfactory nerve cells, also known as the 
olfactory epithelial cells. These cells detect odors 
through receptor proteins on the cell surface that 
bind to odor-carrying molecules. A specific odorant 
docks with an olfactory receptor protein in much the 
same way as a key fits in a lock; this in turn excites the 
nerve cell, causing it to send a signal to the brain. This 
is known as the stereospecific theory of smell. 


Molecular scientists have cloned the genes for the 
human olfactory receptor proteins. Although there are 
perhaps tens of thousands (or more) of odor-carrying 
molecules in the world, there are only hundreds, or at 
most about 1,000 kinds of specific receptors in any 
species of animal. Because of this, scientists do not 
believe that each receptor recognizes a unique odor- 
ant; rather, similar odorants can all bind to the same 
receptor. In other words, a few loose-fitting odorant 
keys of broadly similar shape can turn the same recep- 
tor lock. Researchers do not know how many specific 
receptor proteins each olfactory nerve cell carries, but 
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recent work suggests that the cells specialize just as the 
receptors do, and any one olfactory nerve cell has only 
one or a few receptors rather than many. 


It is the combined pattern of receptors that are 
tweaked by an odorant that allow the brain to identify 
it, much as yellow and red light together are inter- 
preted by the brain as orange. (In fact, just as people 
can be color-blind to red or green, they can be odor- 
blind to certain simple molecules because they lack the 
receptor for that molecule.) In addition, real objects 
that we smell produce multiple odor-carrying mole- 
cules, so that the brain must analyze a complex mix- 
ture of odorants to recognize a smell. 


Just as the sense of smell is direct in detecting frag- 
ments of the objects, itis also direct in the way the signal is 
transmitted to the brain. In most senses, such as vision, 
this task is accomplished in several steps: a receptor cell 
detects light and passes the signal to a nerve cell, which 
passes it on to another nerve cell in the central nervous 
system, which then relays it to the visual center of the 
brain. But in olfaction, all these jobs are performed by the 
olfactory nerve cell: in a very real sense, the olfactory 
epithelium is a direct outgrowth of the brain. 


The olfactory nerve cell takes the scent message 
directly to the nerve cells of the olfactory bulb of the 
brain (or, in insects and other invertebrates that lack 
true brains, the olfactory ganglia), where multiple sig- 
nals from different olfactory cells with different odor 
sensitivities are organized and processed. In higher 
species the signal then goes to the brain’s olfactory 
cortex, where higher functions such as memory and 
emotion are coordinated with the sense of smell. 


Human vs. animal smell 


There is no doubt that many animals have a sense 
of smell far superior than humans. This is why, even 
today, humans use dogs to find lost persons, hidden 
drugs, and explosives, although research on artificial 
noses that can detect scent even more reliably than 
dogs continues. Humans are called microsmatic, rather 
than macrosmatic, because of their humble abilities of 
olfaction. 


Still, the human nose is capable of detecting over 
10,000 different odors, some in the range of parts per 
trillion of air; and many researchers are beginning to 
wonder whether smell does not play a greater role in 
human behavior and biology than has been thought. 
For instance, research has shown that human mothers 
can smell the difference between a vest worn by their 
baby and one worn by another baby only days after 
the child’s birth. 
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Yet some olfactory abilities of animals are probably 
beyond humans. Most vertebrates have many more 
olfactory nerve cells in a proportionately larger olfactory 
epithelium than humans, which probably gives them 
much more sensitivity to odors. The olfactory bulb in 
these animals takes up a much larger proportion of the 
brain than humans, giving them more ability to process 
and analyze olfactory information. 


In addition, most land vertebrates have a special- 
ized scent organ in the roof of their mouth called the 
vomeronasal organ (also known as the Jacobson’s 
organ or the accessory olfactory organ). This organ, 
believed to be vestigial in humans, is a pit lined by a 
layer of cells with a similar structure to the olfactory 
epithelium, which feeds into its own processing part of 
the brain, called the accessory olfactory bulb (an area 
of the brain absent in humans). 


The vomeronasal sense appears to be sensitive to 
odor molecules with a less volatile, possibly more 
complex molecular structure than the odorants to 
which humans are sensitive. This sense is important 
in reproduction, allowing many animals to sense sex- 
ual attractant odors, or pheromones, thus governing 
mating behavior. It is also used by reptilian and mam- 
malian predators in tracking prey. 


Unknown territory 


Researchers have learned much about how the 
olfactory nerve cells detect odorants. However, they 
have not yet learned how this information is coded by 
the olfactory cell. Other topics of future research will 
be how olfactory cell signals are processed in the 
olfactory bulb, and how this information relates to 
higher brain functions and the awareness of smell. 


Scientists are only beginning to understand the 
role that smell plays in animal, and human, behavior. 
The vomeronasal sense of animals is still largely a 
mystery. Some researchers have even suggested that 
the human vomeronasal organ might retain some 
function, and that humans may have pheromones 
that play a role in sexual attraction and mating— 
although this hypothesis is very controversial. 


In addition, detailed study of the biology of the 
olfactory system might yield gains in other fields. For 
instance, olfactory nerve cells are the only nerve cells 
that are derived from the central nervous system that 
can regenerate, possibly because the stress of their 
exposure to the outside world gives them a limited 
life span. Some researchers hope that studying regen- 
eration in olfactory nerve cells or even transplanting 
them elsewhere in the body can lead to treatments for 
as yet irreversible damage to the spine and brain. 
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Olfactory bulb—tThe primitive part of the brain that 
first processes olfactory information; in insects, its 
function is served by nerve-cell bundles called 
olfactory ganglia 


Olfactory cortex—tThe parts of the cerebral cortex 
that make use of information from the olfactory 
bulb. 


Olfactory epithelium—The patch of mucus mem- 
brane at the top of the nasal cavity that is sensitive 
to odor. 


Olfactory nerve cell—The cell in the olfactory epi- 
thelium that detects odor and transmits the infor- 
mation to the olfactory bulb of the brain. 


Pheromones—Scent molecules made by the body 
that attract a mate and help initiate mating behaviors. 


Receptor protein—A protein in a cell that sticks to 
a specific odorant or other signal molecule. 


Stereospecific theory—The theory that the nose 
recognizes odorants when they bind to receptor pro- 
teins that recognize the odorants’ molecular shape. 


Volatile—Readily able to form a vapor at a rela- 
tively low temperature. 


Vomeronasal organ—A pit on the roof of the mouth 
in most vertebrates that serves to detect odor mol- 
ecules that are not as volatile as those detected by 
the nose. 


In 2004, American neuroscientist Richard Axel 
(1946-), from Columbia University (New York 
City), and American neuroscientist Linda B. Buck 
(1947-), from the Fred Hutchinson Cancer Research 
Center (Seattle, Washington), won the Nobel Prize in 
Physiology or Medicine for “their discoveries of odor- 
ant receptors and the organization of the olfactory 
system.” They were working in association with the 
Howard Hughes Medical Institute when they discov- 
ered a gene family with about 1,000 different genes 
that help to clarify how the olfactory system works. 
The cells provide the same number of olfactory recep- 
tor types. Located on the olfactory receptor cells, the 
various receptors were found in a tiny area within the 
upper portion of the nasal epithelium. 
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l Smog 


Smog refers to an atmospheric condition of atmos- 
pheric instability, poor visibility, and large concentra- 
tions of gaseous and particulate air pollutants. The 
word “smog” is an amalgam of the words “smoke” 
and “fog.” There are two types of smog: reducing 
smog characterized by sulfur dioxide and particulates, 
and photochemical smog characterized by ozone and 
other oxidants. 


Reducing smog 


Reducing smog refers to air pollution episodes 
characterized by high concentrations of sulfur dioxide 
and smoke (or particulate aerosols). Reducing smog is 
also sometimes called London-type smog, because of 
famous incidents that occurred in that city during the 
1950s. 


Reducing smogs first became common when 
industrialization and the associated burning of coal 
caused severe air pollution by sulfur dioxide and soot 
in European cities. This air pollution problem first 
became intense in the nineteenth century, when it 
was first observed to damage human health, buildings, 
and vegetation. 


There have been a number of incidents of substan- 
tial increases in human illness and mortality caused by 
reducing smog, especially among higher-risk people 
with chronic respiratory or heart diseases. These 
toxic pollution events usually occurred during pro- 
longed episodes of calm atmospheric conditions, 
which prevented the dispersion of emitted gases and 
particulates. These circumstances resulted in the accu- 
mulation of large atmospheric concentrations of sul- 
fur dioxide and particulates, sometimes accompanied 
by a natural fog, which became blackened by soot. The 
term smog was originally coined as a label for these 
coincident occurrences of atmospheric pollution by 
sulfur dioxide and particulates. 
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Coal smoke, in particular, has been recognized as a 
pollution problem in England and elsewhere in Europe 
for centuries, since at least since 1500. Dirty, pollution- 
laden fogs occurred especially often in London, where 
they were called “pea-soupers.” The first convincing 
linkage of a substantial increase in human mortality 
and an event of air pollution was in Glasgow in 1909, 
when about 1,000 deaths were attributed to a noxious 
smog during an episode of atmospheric stagnation. A 
North American example occurred in 1948 in Donora, 
Pennsylvania, an industrial town located in a valley near 
Pittsburgh. In that case, a persistent fog and stagnant air 
during a four-day period coupled with large emissions of 
sulfur dioxide and particulates from heavy industries 
caused severe air pollution. A large increase in the rate 
of human mortality was associated with this smog; 20 
deaths were caused in a population of only 14,100. An 
additional 43% of the population was made ill in 
Donora, 10% severely so. 


The most famous episode of reducing smog was 
the so-called “killer smog” that afflicted London in the 
early winter of 1952. In this case, an extensive atmos- 
pheric stability was accompanied by a natural, white 
fog. In London, these conditions transformed into a 
noxious “black fog” with almost zero visibility, as the 
concentrations of sulfur dioxide and particulates pro- 
gressively built up. The most important sources of 
emissions of these pollutants were the use of coal for 
the generation of electricity, for other industrial pur- 
poses, and to heat homes because of the cold temper- 
atures. In total, this smog caused 18 days of greater- 
than-usual mortality, and 3,900 deaths were attributed 
to the deadly episode, mostly of elderly or very young 
persons, and those with pre-existing respiratory or 
coronary diseases. 


Smogs like the above were common in industrial- 
ized cities of Europe and North America, and they were 
mostly caused by the uncontrolled burning of coal. 
More recently, the implementation of clean-air policies 
in many countries has resulted in large improvements of 
air quality in cities, so that severe reducing smogs no 
longer occur there. Once the severe effects of reducing 
smogs on people, buildings, vegetation, and other 
resources and values became recognized, mitigative 
actions were developed and implemented. 


However, there are still substantial problems with 
reducing smogs in rapidly industrializing regions of 
eastern Europe, the former Soviet Union, China, 
India, and elsewhere. In these places, the social prior- 
ity is to achieve rapid economic growth, even if envi- 
ronmental quality is compromised. As a result, control 
of the emissions of pollutants is not very stringent, and 
reducing smogs are still a common problem. 
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Oxidizing smog 


To a large degree, oxidizing or Los Angeles-type 
smogs have supplanted reducing smog in importance 
in most industrialized countries. Oxidizing smogs are 
common in sunny places where there are large emis- 
sions to the atmosphere of nitric oxide and hydro- 
carbons, and where the atmospheric conditions 
are frequently stable. Oxidizing smogs form when 
those emitted (or primary) pollutants are trans- 
formed through photochemical reactions into secon- 
dary pollutants, the most important of which are the 
strong oxidant gases, ozone and peroxyacetyl nitrate. 
These secondary gases are the major components of 
oxidizing smog that are harmful to people and 
vegetation. 


Typically, the concentrations of these various 
chemicals vary predictably during the day, depending 
on their rates of emission, the intensity of sunlight, and 
atmospheric stability. In the vicinity of Los Angeles, 
for example, ozone concentrations are largest in the 
early-to-mid afternoon, after which these gases are 
diluted by fresh air blowing inland from the Pacific 
Ocean. These winds blow the polluted smog further 
inland, where pine forests are affected on the wind- 
ward slopes of nearby mountains. The photochemical 
reactions also cease at night, because sunlight is not 
available then. This sort of daily cycle is typical of 
places that experience oxidizing smog. 


Humans are sensitive to ozone, which causes irri- 
tation and damage to membranes of the respiratory 
system and eyes, and induces asthma. People vary 
greatly in their sensitivity to ozone, but hypersensitive 
individuals can suffer considerable discomfort from 
exposure to oxidizing smog. However, in contrast to 
some of the events of reducing smog, ozone and oxi- 
dizing smog more generally do not appear to cause the 
death of many large people. Ozone is also by far the 
most important gaseous pollutant in North America, 
in terms of causing damage to agricultural and wild 
plants. 
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| Snails 


Snails are mollusks typically with a coiled, more 
or less helical, shell as their most conspicuous external 
feature. When active, snails creep on a broad muscular 
foot, and display a head with eyes and sensory ten- 
tacles. Inside the shell is an asymmetrical visceral mass 
and one or more gills or lungs used for respiration. 
Beneath the head is a mouth equipped with a radula, a 
spiky, long, rasping tongue like organ used to scrape 
algae off rocks or to bore holes in the shells of other 
mollusks. The shell of snails is secreted by an envelop- 
ing layer of tissue called the mantle. Some snails, such 
as the tiny caecums of salt marshes, may be only 0.08 
in (2 mm) in height, while other species, such as the 
horse conch of southern Florida, may grow to 23.6 
in (60 cm). 


The degree of coiling of the shells is highly varia- 
ble from one species to another. Limpets exhibit very 
little coiling, and abalones have a shell that is broad 
and flat, with scarcely two-and-a-half turns or whorls. 
In terebrids, there may be as many as 25 coils with a 
spire so sharp that it is difficult to count the smaller 
whorls. In a peculiar snail called Vermicularia, the 
turns lose contact as the shell grows, and a process of 
uncoiling occurs, resulting in a shell that looks like 
certain calcareous worm tubes. The coiling of the 
shells of snails may be right-handed or left-handed. 
Among the oldest fossils the types were of roughly 
equal frequency, but most living species are right- 
handed. If one holds a snail shell with the central 
axis vertical and the spire on top, the opening, from 
which emerge the head and foot, is usually on the 
right. In the whelk Busycon perversum, the aperture is 
on the left. Many snails have a partly mineralized, 
leathery operculum that closes the door on predators 
when the soft parts are withdrawn inside the shell. 


Snails, slugs, and nudibranchs are classified in the 
class Gastropoda (meaning stomach-foot) in the phy- 
lum Molluska. There are more species of gastropods 
than species of the other five classes of mollusks com- 
bined. The exact number is uncertain, but estimates 
range from a total of 55,000 to 100,000 species of 
mollusks. 


Snails are grouped into subclasses according to the 
position of the gills: for example, the Prosobranchia have 
gills in front of the heart and other viscera, while the 
Opisthobranchia have gills behind. Associated with this 
anatomical difference, the prosobranchs have the auricle 
of the heart anterior to the ventricle and the visceral nerve 
cord in a figure eight, while opisthobranchs have auricle 
posterior to ventricle, and an oval nerve loop. The 
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A land snail. (JLM Visuals.) 


Prosobranchia, which are entirely marine, are further 
divided into order Archaeogastropoda, with paired gills 
and numerous teeth in the radula, and the order 
Caenogastropoda, with a single set of gills and few 
teeth. The prefixes mean ancient and recent, respectively, 
suggesting that the first set of traits evolved earlier. The 
Nudibranchia (sea slugs) lack a shell and have atypical 
gills as adults, although the young look very much like 
other snails. The third subclass, the Pulmonata, contains 
all snails with a lung rather than gills, and includes most 
of the terrestrial snails and many of the freshwater snails. 


The common names whelk and conch refer to 
large snails. Whelk, derived from an old English 
word, is reserved for members of a single family (the 
Buccinidae), containing animals up to 6 in (15.2 cm) in 
height, which are predators and scavengers of the 
northern Atlantic littoral zone. Their empty shells 
are often inhabited by hermit crabs. 


Conch comes from the Latin and Spanish concha, 
meaning shell. Conchs are the largest snails, with 
enough meat in the foot to make them popular in 
stews and salads. The species names of conchs indicate 
their size. Strombus gigas, the queen conch (family 
Strombidae), has a massive shell with a pink lining, 
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up to 11.8 in (30 cm) high. Pleuroploca gigantea, the 
Florida horse conch (family Fasciolaridae), has an 
even larger but somewhat thinner shell up to 23.6 in 
(60 cm) high. The area around Key West, Florida, has 
been called the Conch Republic, and people there are 
known as “conchs.” 


Both bivalves and gastropods are found as fossils 
in early Cambrian rocks, which contain the first abun- 
dant animal fossils. In geological terms, many forms 
appeared abruptly, giving rise to the expression 
“Cambrian explosion” to signify the metazoan radia- 
tion of 550 million years ago. The Burgess Shale, an 
exceptionally well-preserved record of animal life of 
the mid-Cambrian, contains slit-shells, snails similar 
to modern species of Pleurotomaria. The slit-shells are 
assigned to the order Archaeogastropoda, having two 
long gill plumes, regarded as a primitive feature. The 
right gill is absent in the Caenogastropoda. 


The consensus among zoologists is that the mol- 
lusks evolved from a worm-like ancestor, because pat- 
terns of early development, very conservative traits, 
are similar to those of living worms. Most frequently 
mentioned are sipunculids, but polychaetes, and 
echiurid worms are also good candidates for the living 
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worms most resembling the presumed ancestor of mol- 
lusks. These groups share spiral cleavage and determi- 
nate development. When the fertilized egg begins to 
divide into 2, 4, 8, 16, etc. cells, division is not at right 
angles to the previous plane of cleavage but in an 
oblique direction, so that the new cells from a spiral 
pattern, quite unlike the orthoradial cleavage pattern 
seen in echinoderms, for example. 


Determinate development means that each part of 
the surface of the egg leads to a definite structure of the 
embryo, such as gut, head, limbs, and so on. In other 
words, the fates of the cells produced in early divisions 
are fixed. This is a feature of development in arthro- 
pods, annelids, and mollusks, taken to indicate that 
the phyla are related. With the fossil evidence so 
ambiguous and DNA data relatively sparse, relations 
among the phyla have had to depend heavily on fea- 
tures of early development Spiral cleavage, in a way, 
foreshadows not only the later coiling of the shell but 
another type of twisting that occurs during develop- 
ment, known as torsion. 


As the young snail grows, the whole visceral sac 
rotates about a longitudinal axis 180° or half a turn to 
the right. With respect to the head and foot, the 
midgut and anus are at first situated ventro-posteri- 
orly, and after torsion they are displaced dorsal and to 
the right. This puts the end of the gut in the mantle 
cavity, above the head. The gonad and digestive gland 
lie in the hind end of the animal, which is quite isolated 
from the outside, inside the spire in coni-spiral forms. 
The result of torsion is an embryo that looks sym- 
metrical externally, but is twisted inside. Gastropod 
torsion is a morphogenic event that enables the veliger 
larva to retract head and foot completely and seal the 
opening of the shell with the operculum. The condition 
persists in most juvenile and adult snails, although 
some opisthobranchs undergo de-torsion. It seems 
reasonable, but the evidence fails to support the 
hypothesis that torsion was the result of selective pres- 
sure to improve defense against predation. This idea 
was tested experimentally: planktonic predators dev- 
oured pre- and post-torsion veligers with equal 
frequency. 


It seems probable that prosobranchs with shells 
coiled in one plane were first in evolution, and that the 
piling up of whorls to make sharply pointed shells 
occurred in several lines. Opisthobranchs show loss 
of gill on one side and loss of shell in family Aplysidae 
and order Nudibranchia, indicating a more recent 
origin. Finally, the pulmonates probably derived 
from opisthobranchs by development of a lung from 
the mantle cavity when the snails invaded the land in 
the Mesozoic Era. 
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Regarding the biology of reproduction, snails are 
generally of two sexes. They mate, the female receives 
sperm from the male, and lays fertilized eggs, which 
develop into swimming larvae. The pulmonates, a 
large group that includes terrestrial snails and many 
that live in lakes and ponds, have a different method. 
They are hermaphroditic, each individual is both male 
and female, and when they mate each snail fertilizes 
the eggs of the other. Then each animal deposits a 
jelly-coated mass of developing eggs in a place selected 
to avoid drying out or predation. A number of gastro- 
pods, such as limpets, are sequential hermaphrodites, 
the same individual is male at first maturity, and later 
becomes female. Female snails are usually larger than 
males. 


Snails have occupied practically every type of hab- 
itat that supports animal life. Dehydration appears to 
be the greatest danger for terrestrial snails, while pre- 
dation is the greatest danger for marine snails. Bieler 
has estimated that 53% of all snail species are proso- 
branchs, largely marine, 4% opisthobranchs, entirely 
marine, and the remaining 43% pulmonates, terrestrial 
and freshwater. In intertidal zones, numbers of proso- 
branchs such as the common periwinkle Littorina lit- 
torea is immense. According to Abbott, Littorina 
probably reached North America from Europe on 
driftwood “before the time of the Vikings” (about 
AD 1000) and gradually extended its range from 
Newfoundland to Ocean City, Maryland. In exchange, 
about 100 years ago northern Europe was invaded by 
the common slipper shell Crepidula fornicata, which 
has proliferated to the point of being a pest of English 
oyster beds. 


Shell collecting has been a popular hobby for about 
200 years, and the most attractive and valuable shells are 
those of snails. Visitors to the beaches of southwest 
Florida can hardly avoid becoming collectors, the shells 
are so varied and abundant. Malacologists have mixed 
feelings about shell collecting. No matter how rare or 
how beautiful, a shell that lacks a label specifying date, 
place, conditions, and name of collector is scientifically 
worthless. 


A number of snails are of culinary interest, especially 
in France and in French restaurants worldwide. Escargot 
are usually the large land snails Helix pomatia or Helix 
aspersa, both often the subjects of biochemical studies. 
Helix aspersa, from the Mediterranean, has escaped and 
multiplied in Charleston, South Carolina and other 
southern towns. Called the speckled garden snail, these 
animals can be prevented from destroying garden plants 
by using them as a table delicacy. In Burgundy, France, 
snails are served with garlic butter and much discussion 
of the proper wine to accompany them. 
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Marine snails are edible also, although not as 
popular as marine bivalves such as scallops and oys- 
ters. Abalones are also called ormers, and furnish a 
kind of seafood steak in coastal regions. After elimi- 
nating the visceral mass, the meat is tenderized with a 
wooden hammer (“pas d’ormeau sans marteau’), and 
is often fried or en blanquette, a white stew. The foot 
of the whelk Buccinum undatum is cooked and served 
either cold or warm in a white wine sauce. 
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i Snakeflies 


Snakeflies are insects in the family Raphidiidae, 
in the order Neuroptera, which also contains the 
closely related alderflies (Sialidae) and dobsonflies 
(Corydalidae). There are not many species of snake- 
flies. The approximately 20 species that occur in 
North America are all western in their distributions. 


Snakeflies have a complete metamorphosis, with 
four stages in their life history: egg, larva, pupa, and 
adult. The larvae of snakeflies are terrestrial, usually 
occurring under loose bark of trees, or sometimes in 
litter on the forest floor. Snakefly larvae are predators, 
especially of aphids, caterpillars, and the larvae of 
wood-boring beetles. 


The adult stage of snakeflies is a weakly flying 
animal. Adult snakeflies are also predators of other 
insects, although they are rather short-lived, and their 
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biological purpose is focused on breeding. Their eggs 
are usually laid in crevices in the bark of trees. 


Like other insects in the order Neuroptera, adult 
snakeflies have long, transparent wings, with a fine 
venation network. The common name of the snake- 
flies derives from the superficially snaky appearance 
that is suggested by the unusually long, necklike front 
of their thorax (that is, the prothorax), and their rather 
long, tapering head. 


Agulla unicolor is a relatively widespread, dark- 
brown species of snakefly that occurs in montane 
forests of western North America. Raphidia bicolor is 
another western species, which occurs in apple 
orchards and can be a valuable predator of the codling 
moth (Carpocapsa pomonella), an important pest. 


Bill Freedman 


I Snakes 


Snakes are limbless reptiles with an elongated, 
cylindrical body, scaly skin, lidless eyes, and a forked 
tongue. Most species are non-venomous, some are 
mildly venomous, and others produce a deadly 
venom. All snakes are carnivores (or meat-eaters). 
They are also cold blooded (or ectotherms), meaning 
their body temperature is determined by the environ- 
ment, rather than being internally regulated (however, 
snakes will bask in the sun to warm up, and hide in 
shade to cool down). Because they are ectotherms, 
snakes are found mainly in tropical and temperate 
regions throughout the world, and are rare or absent 
in cold climatic zones. 


The 2,700 species of snakes fall into three super- 
families. The Scolecophidia (or Typhlopoidea) com- 
prised the blindsnakes. The Boidea includes relatively 
primitive (i.e., evolutionarily more ancient) snakes, 
and includes the family Boidae, consisting of the boas 
and pythons. The Colubroidea includes the advanced 
(i.e., more recent) snakes, and includes the family 
Colubridae (harmless king snakes), the Elapidae (ven- 
omous cobras and their relatives), and the Viperidae 
(adders and pit vipers, which are also venomous). 


The family Colubridae is huge, with over 300 
genera and 1,400 species, and includes the majority 
of living species. Most colubrids are harmless (e.g., 
king snakes). However, the rear-fanged snakes 
(which lack hollow fangs) have a poison that they 
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inject by chewing on the prey, rather than by a strike. 
The family Elapidae includes most of the poisonous 
snakes (cobras, coral snakes, mambas, and kraits), 
which have fixed, grooved or hollow fangs in the 
front of the mouth. The base of the fangs is connected 
to a venom gland, and poison is injected when the 
victim is bitten. The family Viperidae includes the 
vipers and pit vipers, which are the most specialized 
venom injectors. These snakes have long, hollow fangs 
that fold back when the mouth is closed, and swing 
forward and down when the mouth is open in the 
strike position. The pit vipers include some of the 
most dangerous snakes in the Americas, such as the 
rattlesnakes, water moccasin, copperhead, bushmas- 
ter, and fer-de-lance. In the United States, the venom- 
ous snakes include the rattlesnakes, cottonmouth, 
coral snake, and copperhead. Many other venomous 
snakes are found in Australia, Africa, Asia, and South 
America. 


The thread snake (4.5 in long; 11.5 cm) is the short- 
est snake, while the longest is the South American ana- 
conda, measuring up to 37 ft (11 m). 


Evolution 


Along with lizards, snakes are classified in the 
order Squamata, one of the four living orders of rep- 
tiles. The other three are the Crocodilia (crocodiles 
and alligators), Testudinae (tortoises and turtles), 
and Rhynchocephalia (the tuatara). Snakes are the 
most recently evolved of the modern reptiles, first 
appearing in the fossil record about 120 million years 
ago. It is thought that snakes evolved from lizard like 
creatures that gradually lost their legs, external ears, 
eyelids, frills, and spines, presumably to facilitate 
unencumbered burrowing and movement through 
thick underbrush when foraging for food or fleeing 
from predators. 


Appearance and behavior 
Scales 


Snakes are covered in dry, glistening scales. Many 
species have a body pattern of various colors, some- 
times quite bright. The dorsal (or back) scales protect 
the body from friction and dehydration, and the ven- 
tral (or belly) scales aid in movement by gripping the 
surface while powerful muscles propel the body for- 
ward, usually with a side-to-side, waving motion. This 
method of locomotion means that snakes cannot 
move backward. 


Instead of eyelids, the eyes of snakes are covered 
and protected by a single, clear scale. Several times a 
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year, at intervals determined by the growth rate, age, 
and rate of metabolism, snakes molt their epidermal 
skin, shedding it in one complete piece. They do this by 
rubbing their head against a stick or another rough 
surface, which starts the shedding at the mouth. Once 
the first bit of molted skin catches on something, the 
snake literally crawls out of the rest, which is discarded 
inside-out. 


Hunting and defense 


The coloring and patterning of many snakes pro- 
vides an excellent camouflage from predators and 
prey. Tree snakes may be green colored as camouflage 
amongst leaves; ground snakes may be brown or dusty 
gray to blend with litter and rocks; and sea snakes are 
dark above and light beneath (this is known as coun- 
ter-shading, and is also commonly seen in fish). Some 
snakes are brightly colored with vivid patterns, such as 
the highly venomous coral snake with its red (or 
orange), black, and yellow (or white) rings. Often, 
poisonous snakes are highly colorful as a way of warn- 
ing potential predators to leave them alone. 


Snakes attack prey only when hungry, and will try 
to bite a human only if they feel seriously threatened. 
If possible, a frightened snake will almost always try to 
flee. However, if there is no time for flight, or ifa snake 
feels cornered, it may try to strike in defense. 
Venomous snakes have two fangs in the upper jaw 
that can penetrate the flesh of their prey, while poison 
glands pump poison through grooves inside or outside 
of the fangs. When hunting, some poisonous snakes 
inject their prey with toxin and wait until the animal is 
no longer struggling before eating it. In this use, snake 
venom is a feeding aid, serving to both subdue the prey 
and to aid in its digestion. Snake venoms are cocktails 
of complex enzyme like chemicals, and they act on the 
prey in several different ways. Some venoms are neu- 
rotoxins, paralyzing parts of the nervous system. 
Others prevent the blood from clotting, while yet 
others cause blood to clot. Some destroy red and 
white blood cells, and others destroy tissue more 
generally. 


Non-venomous constrictors (such as boas, pythons, 
and anacondas) simultaneously snatch their prey in their 
jaws, and rapidly coil their body around the animal, 
squeezing it to prevent breathing. The prey dies by 
suffocation; its bones are usually not broken during 
the constriction. 


Feeding 


The teeth of snakes cannot chew and break up a 
carcass, so they swallow their prey whole. With the aid 
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of elasticized ligaments on their specially hinged lower 
jaw, the mouth can open to an incredible 150-degree 
angle, permitting the consumption of animals several 
times larger than the snake’s head. The largest 
recorded feast was a 130-lb (59 kg) antelope swallowed 
by an African rock python. 


Snakes’ teeth curve inward and help prevent their 
prey from escaping. The strong jaw and throat muscles 
work the food down the esophagus and into the stom- 
ach, where digestion begins. Digestion time varies 
according to temperature. In one study, a captive 
python at a temperature of 87° F (30°C) digested a rabbit 
in four days; at a cooler temperature (64° F; 18°C) diges- 
tion took more than two weeks. 


The interval between meals also varies, and some 
snakes may go weeks or even months without food. In 
temperate climates, snakes fast during the winter 
hibernation, which may last six months. Pregnant 
females may hibernate and fast for seven months, 
and both sexes fast briefly before shedding. 


Snakes have extremely poor eyesight and hearing. 
They detect their prey through vibrations and heat and 
chemical perceptions, all of which are highly devel- 
oped and efficient senses in snakes. Pit vipers (such 
as rattlesnakes) have tiny hollows (or “pits”) on the 
side or top of their snout, which have sensors that can 
detect the body heat of a bird or mammal at a consid- 
erable distance. The flicking, forked tongue of a snake 
acts as a chemical collector, drawing chemical 
“smells” into the mouth to be analyzed by sensors 
(Jacobson’s organs) on the palate. This mechanism 
also allows male snakes to detect the hormones of 
females in reproductive condition. 


Mating and reproduction 


Insemination takes place through the vent (or 
cloaca) of the female, an opening located beneath 
and near the end of the body, just before the tail. 
Male snakes lack a true penis, and instead have paired 
structures called hemipenes, which emerge from their 
vent during mating. Sperm runs in a groove along each 
hemipenis. Female snakes may mate with several dif- 
ferent males. Gestation time varies widely, from only 
30 days in some species to as much as 300 days in 
others. Most species lay eggs, with the young forcing 
their way out of the pliable, porous shell when their 
incubation is over. Other snakes give birth to fully 
formed young—the eggs are retained in the body of 
the female until they hatch, so that “live” young are 
born (this is known as ovovivipary). Some species of 
pythons incubate their eggs—the female coils around 
her eggs and shivers to generate heat, keeping them 
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KEY TERMS 


Carnivore—A flesh-eating animal. 


Ectotherm—A cold-blooded animal, whose inter- 
nal body temperature is similar to that of its envi- 
ronment. Ectotherms produce little body heat, and 
are dependent on external sources (such as the sun) 
to keep their body temperature high enough to 
function efficiently. 


Jacobson’s organs—Chemical sensors located on 
the palate of a snake, and used to detect chemical 
“smells.” 


Molt—To shed a outer layer of skin (epidermis) at 
regular intervals. 


warm until they hatch. In general, however, snake eggs 
and young receive little or no parental care. 


Snakes and humans 


Snakes have fascinated and frightened people for 
millennia. Some cultures worship snakes, seeing them 
as creators and protectors, while others fear snakes as 
devils and symbols of death. 


While some people keep snakes as interesting pets, 
most people harbor an irrational fear of these reptiles. 
Unfortunately, this attitude leads to the deaths of 
many harmless snakes. Certainly, a few deadly species 
of snakes can kill a human, and no snake should be 
handled unless positively identified as harmless. 
However, the estimated risk of a person suffering a 
bite from a venomous snake in the United States is 20 
times less than being struck by lightning—this is an 
extremely small risk. Snakes are useful predators, 
helping to reduce populations of pest rats and mice. 
A well-educated, healthy respect for snakes is a benefit 
to both snakes and humans. 


See also Elapid snakes. 
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[ Snapdragon family 


The snapdragon or figwort family (Scrophulariaceae), 
class Dicotyledon, is composed of about 3,000 to 4,000 
species and 200 genera of vascular plants. Species in 
this family occur on all continents except Antarctica, 
but are most diverse in temperate and mountain 
ecosystems. 


Most species in the snapdragon family are peren- 
nial herbs, growing new above-ground shoots each 
year from a long-lived rootstock or rhizome system. 


Some species are partially parasitic, obtaining some of 
their nutrition by tapping the roots of other species of 
plants. The flowers of these plants are bilaterally sym- 
metric (each half is a mirror image of the other), and 
are usually pollinated by insects. Like other flowers 
that must attract animals to achieve pollination, those 
of most species in the snapdragon family are showy 
and attractive. 


Some species are of economic importance. An 
alkaloid chemical variously known as digitalis, digi- 
talin, or digitoxin is obtained from the foxglove 
(Digitalis purpurea), and is a valuable cardiac glyco- 
side, used in stimulating the heart. In larger doses, 
however, this chemical can be poisonous. 


Various species in the snapdragon family are 
grown as attractive ornamentals in gardens and green- 
houses. Some of the more commonly cultivated 
groups include the snapdragons (Antirrhinum spp.), 
slipper flower (Calceolaria), foxglove, monkey flower 
(Mimulus spp.), speedwell (Veronica spp.), and beard- 
tongue (Penstemon spp.). 


Many species in the snapdragon family are native 
to various habitats in North America. Some of the 


Indian paintbrush (Castilleja sp.). (Robert J. Huffman. Field Mark Publications.) 
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most attractive wild species are the paintbrushes, such 
as the spectacular, scarlet painted-cup (Castilleja coc- 
cinea). Other attractive native species include the tur- 
tlehead (Chelone glabra), the various species of 
eyebright (Euphrasia spp.), and the louseworts and 
wood betonies (Pedicularis spp.). The latter group 
includes the Furbish’s lousewort (P. furbishiae), a 
rare and endangered species that only occurs in the 
valley of the Saint John River in Maine and New 
Brunswick. The Furbish’s lousewort became highly 
controversial because of the risks posed to its survival 
by the construction of a hydroelectric reservoir that 
would have flooded most of its known habitat. 


Some species in the snapdragon family have been 
introduced to North America, where they have 
become weeds. Examples of these invasive plants 
include the mullein (Verbascum thapsis), displaying 
yellow flowers and developing a flowering stalk 6.6 ft 
(2 m) or more tall, and the smaller plant known as 
butter-and-eggs (Linaria vulgaris). 


See also Parasites. 


Bill Freedman 


Snow see Precipitation 


Snowdrop see Amaryllis family 
(Amaryllidaceae) 


j Soap 


Soap is a cleansing agent created by the chemical 
reaction of a fatty acid with an alkali metal hydroxide. 
Chemically speaking, it is a salt composed of an alka- 
limetal, such as sodium or potassium, and a mixture of 
“fatty” carboxylic acids. The cleansing action of soap 
comes from its unique ability to surround oil particles, 
causing them to be dispersed in water and easily rinsed 
away. Soap has been used for centuries and continues 
to be widely used as a cleansing agent, mild antiseptic 
and ingestible antidote to some forms of poisoning. 


The history of soap 


It is unknown exactly when soap was discovered. 
Ancient writings suggest it was known to the Phoenicians 
as early as around 600 BC, and was used to some extent 
by the ancient Romans. During this time, soap was made 
by boiling tallow (animal fat) or vegetable oils with 
alkali containing wood ashes. This costly method of 
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production coupled with negative social attitudes toward 
cleanliness made soap a luxury item affordable only to 
the rich until the late eighteenth century. 


Methods of soapmaking improved when two sci- 
entific discoveries were made in the late eighteenth and 
early nineteenth centuries. In 1790, the French chemist 
Nicholas Leblanc (1742-1806) invented a process for 
creating caustic soda (sodium hydroxide) from com- 
mon table salt (sodium chloride). His invention made 
inexpensive soap manufacture possible by enabling 
chemists to develop a procedure whereby natural fats 
and oils can react with caustic soda. The method was 
further refined when another French chemist, Michel 
Eugene Chevreul (1786-1889), discovered the nature 
of fats and oils in 1823. As soap production became 
less expensive and attitudes toward cleanliness 
changed, soapmaking became an important industry. 


What is soap? 


Soap is a salt of an alkali metal, such as sodium or 
potassium, with a mixture of “fatty” carboxylic acids. 
It is the result of a chemical reaction, called saponifi- 
cation, between triglycerides and a base such as 
sodium hydroxide. During this reaction, the triglycer- 
ides are broken down into their component fatty acids, 
and neutralized into salts by the base. In addition to 
soap, this chemical reaction produces glycerin. 


Soap has the general chemical formula RCOOX. 
The X represents an alkali metal, an element in the 
first column on the periodic table of elements. The R 
represents a hydrocarbon chain composed of a line of 
anywhere from 8 to 22 carbon atoms bonded together 
and surrounded by hydrogen atoms. An example of a 
soap molecule is sodium palmitate (C16). 


How is soap made? 


Before the end of World War II, soap was manufac- 
tured by a “full-boiled” process. This process required 
mixing fats and oils in large, open kettles, with caustic 
soda (NaOH) in the presence of steam. With the addition 
of tons of salt, the soap was made to precipitate out and 
float to the top. Here, it was skimmed off and made into 
flakes or bars. This process required large amounts of 
energy and over six days to complete one batch. 


After World War II, a continuous process of soap 
manufacture became popular. In the continuous process 
of soap manufacture, fats and oils react directly with 
caustic soda. The saponification reaction is accelerated 
by being run at high temperatures (248°F; 120°C) 
and pressures (2 atm). Glycerin is washed out of the 
system and soap is obtained after centrifugation and 
neutralization. This process has several advantages over 
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the “full-boiled” process. It is more energy efficient, time 
efficient, allows greater control of soap composition and 
concentration, and the important by-product, glycerin, is 
readily recovered. 


Both manufacturing methods yield pure soap. 
Certain chemicals can be added to this pure soap to 
improve its physical characteristics. The foam in soap 
is enhanced by additives such as fatty acids. Glycerin is 
added to reduce the harshness of soap on the skin. 
Other additives include fragrances and dyes. 


How does soap work? 


Because soap is a salt, it partially separates into its 
component ions in water. The active ion of the soap 
molecule is the RCOO’. The two ends of this ion behave 
in different fashions. The carboxylate end (-COO) is 
hydrophilic (water-loving), and is said to be the “head” 
of the ion. The hydrocarbon portion is lipophilic (oil- 
loving) and is called the “tail” of the molecule. This 
unusual molecular structure is responsible for the unique 
surface and solubility characteristics of soaps and other 
surfactants (agents affecting the surface of a material). 


In a mixture of soap and water, soap molecules 
are uniformly dispersed. This system is not a true 
solution, however, because the hydrocarbon portions 
of the soap’s ions are attracted to each other and form 
spherical aggregates known as micelles. The molecules 
tails that are incompatible with water are in the inte- 
rior of these micelles, while the hydrophilic heads 
remain on the outside to interact with water. When 
oilis added to this system, it is taken into these micelles 
as tiny particles. Then it can be rinsed away. 


Characteristics and uses of soap 


Soaps are excellent cleansing agents and have good 
biodegradability. A serious drawback which reduces 
their general use, is the tendency for the carboxylate ion 
to react with Ca+ and Mg-+ ions in hard water. The 
result is a water insoluble salt which can be deposited on 
clothes and other surfaces. These hard water plaques 
whiten fabric colors and also create rings found in sinks 
and bath tubs. Another problem with using soaps is their 
ineffectiveness under acidic conditions. In these cases, 
soap salts do not dissociate into their component ions, 
and this renders them ineffective as cleansing agents. 


Although primarily used for their cleansing abil- 
ity, soaps are also effective as mild antiseptics and 
ingestible antidotes for mineral acid or heavy metal 
poisoning. Special metallic soaps, made from soap and 
heavier metals, are used as additives in polishes, inks, 
paints, and lubricating oils. 


See also Emulsion. 
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KEY TERMS 


Carboxylic acid—A compound containing a car- 
bon atom chemically bonded to two oxygen atoms. 


Continuous process—A method of manufacturing 
soap which involves removing glycerin during the 
reaction between fats and oils and caustic soda. 


Emulsifier—Chemical which has both water solu- 
ble and oil soluble portions and is capable of form- 
ing nearly homogenous mixtures of typically 
incompatible materials such as oil and water. 


Fatty acid—A carboxylic acid which is attached to 
a chain of at least eight carbon atoms. 


Full-boiled process—A method of manufacturing 
soap which involves boiling fats and oils with caus- 
tic soda. 


Micelle—Particle formed when the molecules of 
an emulsifier surround oil droplets allowing them 
to be dispersed in water. 


Saponification—A chemical reaction involving the 
breakdown of triglycerides to component fatty 
acids, and the conversion of these acids to soap. 


Triglycerides—A molecule containing three fatty 
acids chemically bonded to a glycol molecule. 
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t Sociobiology 


Sociobiology, also called behavioral ecology, is 
the study of the evolution of social behavior in all 
organisms, including human beings. The highly com- 
plex behaviors of individual animals become even 
more intricate when interactions among groups of 
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animals are considered. Animal behavior within 
groups is known as social behavior. Sociobiology 
asks about the evolutionary advantages contributed 
by social behavior and describes a biological basis for 
such behavior. It is theory that uses biology and genet- 
ics to explain why people (and animals) behave the 
way they do. 


Sociobiology is a relatively new science. In the 
1970s, Edward O. Wilson, now a distinguished professor 
of biology at Harvard University, pioneered the subject. 
In his ground-breaking and controversial book, 
Sociobiology: The New Synthesis, Dr. Wilson introduced 
for the first time the idea that behavior is likely the 
product of an interaction between an individual’s 
genetic makeup and the environment (or culture in the 
case of human beings). Wilson’s new ideas rekindled the 
debate of “Nature vs. Nurture,” wherein nature refers to 
genes and nurture refers to environment. 


Sociobiology is often subdivided into three cate- 
gories: narrow, broad, and pop sociobiology. Narrow 
sociobiology studies the function of specific behaviors, 
primarily in non-human animals. Broad sociobiology 
examines the biological basis and evolution of general 
social behavior. Pop sociobiology is concerned specif- 
ically with the evolution of human social behavior. 


Sociobiologists focus on reproductive behaviors 
because reproduction is the mechanism by which 
genes are passed on to future generations. It is believed 
that behavior, physically grounded in an individual’s 
genome (or genes), can be acted upon by natural 
selection. Natural selection exerts its influence based 
upon the fitness of an organism. Individuals that are 
fit are better suited (genetically) to their environment 
and therefore reproduce more successfully. An organ- 
ism that is fit has more offspring than an individual 
that is unfit. Also, fitness requires that the resulting 
offspring must survive long enough to themselves 
reproduce. Because sociobiologists believe that social 
behavior is genetically based, they also believe that 
behavior is heritable and can therefore contribute to 
(or detract from) an individual’s fitness. Examples of 
the kinds of reproductive interactions in which socio- 
biologists are interested include courtship, mating sys- 
tems like monogamy (staying with one mate), 
polygamy (maintaining more than one female mate), 
and polyandry (maintaining more than one male 
mate), and the ability to attract a mate (called sexual 
selection). 


Sociobiology also examines behavior that indi- 
rectly contributes to reproduction. An example is the 
theory of optimal foraging which explains how ani- 
mals use the least amount of energy to get the 
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maximum amount of food. Another example is altru- 
istic behavior (altruism means selfless). Dominance 
hierarchies, territoriality, ritualistic (or symbolic) 
behavior, communication (transmitting information 
to others through displays), and instinct versus learn- 
ing are also topics interpreted by sociobiology. 


Sociobiology applied to human behavior involves 
the idea that the human brain evolved to encourage 
social behaviors that increase reproductive fitness. For 
example, the capacity for learning in human beings is a 
powerful characteristic. It allows people to teach their 
relatives (or others) important life skills that are passed- 
down from generation to generation. However, the abil- 
ity to learn is also a variable trait. That is, not every 
person learns as quickly or as well as every other person. 
A sociobiologist would explain that individuals who 
learn faster and more easily have increased fitness. 
Another example is smiling. The act of smiling in 
response to pleasurable experiences is a universal social 
behavior among people. Smiling is observed in every 
culture. Furthermore, smiling is an example of an 
instinct that is modified by experience. Therefore, 
because the behavior is instinctual, it has a genetic and 
inheritable basis. Because it is altered by experience, the 
behavior is socially relevant. Sociobiologists might spec- 
ulate, then, that since smiling is a visual cue to other 
individuals that you are pleased, people who tend to 
smile more easily are more likely to attract a suitable 
mate, and are therefore more fit. 


The discipline of sociobiology is riddled with 
debate, principally because it attempts to not only 
explain the behavior of animals but also of human 
beings. More dangerously, it tries to describe 
“human nature.” The idea that human behavior is 
subject to genetic control has been used in the past to 
justify racism, sexism, and class injustices. In this 
respect, sociobiology is similar to Social Darwinism. 
For this reason, sociobiology remains a controversial 
discipline. Further criticisms include the observation 
that sociobiology contains an inappropriate amount 
of anthropomorphism (giving human characteristics 
to animals) and it excessively generalizes from individ- 
uals to whole groups of organisms. 


| Sodium 


Sodium—an element that is the sixth most abun- 
dant found on Earth—is the second member of the 
alkali family, the group of elements that make up 
Group | of the periodic table. Sodium has an atomic 
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number of 11, an atomic mass of 22.98977, and a 
chemical symbol of Na. Its chemical symbol reflects 
its Latin name of natrium. The element was first iso- 
lated by English chemist Sir Humphry Davy (1778— 
1829) in 1807. Only one stable isotope of sodium exists 
in nature, sodium-23. However, at least six radioactive 
isotopes have been prepared synthetically. They 
include sodium-20, sodium-21, sodium-22, sodium- 
24, sodium-25, and sodium-26. 


Discovery and Naming 


Probably the best known compound among 
ancient civilizations was sodium carbonate (Na»CO3), 
commonly known as soda. Soda is one of the most 
common ores of sodium found in nature and it was 
used very early in human history to make glass. The 
Egyptians called soda natron, from which the Romans 
later derived the term natrium. It is from these names 
that sodium’s modern chemical symbol, Na, is derived. 


Most compounds of sodium are very stable, so it is 
not surprising that the element itself was not discov- 
ered until fairly recent times. Davy first prepared a 
sample of pure sodium metal by electrolyzing molten 
sodium chloride. In essence, the system developed by 
Davy is still used in some cases to prepare pure 
sodium. Davy went on to apply his method for pre- 
paring sodium to the extraction of potassium, calcium, 
and other active metals. 


General properties 


Sodium is a soft metal that can be cut easily with a 
table knife. Its density is so low that it will float when 
placed into water. At the same time, the metal is so 
active that it reacts violently with the water, producing 
sodium hydroxide and hydrogen gas as products. 
Sufficient heat is produced in the reaction to cause 
the metal to heat and to ignite the hydrogen produced 
in the reaction. 


Freshly cut sodium metal has a bright, shiny sur- 
face that quickly becomes a dull gray as it reacts with 
oxygen in the air around it. Over time, the metal 
becomes covered with a white crust of sodium oxide 
that prevents further reaction of the metal and oxygen. 


Sodium forms a very large number of compounds 
in nature, and an even larger number have been pre- 
pared synthetically. These compounds include binary 
compounds of sodium with metals, non-metals, and 
metalloids, as well as ternary, and more complex com- 
pounds. Included among these are such well-known 
substances as sodium chloride (table salt), sodium 
bicarbonate (baking soda), sodium borate (borax), 
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sodium carbonate (soda ash), monosodium glutamate 
(MSG), sodium hydroxide (caustic soda or lye), 
sodium nitrate (Chilean saltpeter), sodium silicate 
(water glass), and sodium tartrate (sal tartar). 


Where it comes from 


Sodium is the sixth most common element in 
Earth’s crust with an estimated abundance of 2.83%. 
It is the second most abundant element in seawater after 
chlorine. One point of interest is that, although the 
abundance of sodium and potassium is approximately 
equal in crustal rocks, the former is 30 times more 
abundant in seawater than is the latter. The explanation 
for this difference lies in the greater solubility of sodium 
compounds than of potassium compounds. 


Sodium never occurs free in nature because it is so 
active. For all practical purposes, the only compound 
from which it is prepared commercially is sodium 
chloride. That compound is so abundant and so inex- 
pensive that there is no economic motivation for 
selecting another sodium compound for its commer- 
cial production. 


By far the largest producer of sodium chloride in 
the world is the United States, where about a quarter 
of the world’s supply is obtained. China, Germany, the 
United Kingdom, France, India, and members of the 
former Soviet Union are other major producers of salt. 
The greatest portion of salt obtained in the United 
States comes from brine, a term used for any naturally 
occurring solution of sodium chloride in water. The 
term includes, but is not restricted to, seawater, sub- 
terranean wells, and desert lakes such as the Great Salt 
Lake and the Dead Sea. The second largest source of 
sodium chloride in the United States is rock salt. Rock 
salt is generally obtained from underground mines 
created by the evaporation and then the burying of 
ancient seas. 


How the metal is obtained 


The isolation of sodium from its compounds long 
presented a problem for chemists because of the ele- 
ment’s reactivity. Electrolysis of a sodium chloride 
solution will not produce the element, for example, 
because any sodium produced in the reaction will 
immediately react with water. 


The method finally developed by Davy in the early 
nineteenth century has become the model on which 
modern methods for the production of sodium are 
based. In this method, a compound of sodium (usually 
sodium chloride) is first fused (melted) and then elec- 
trolyzed. In this process, liquid sodium metal collects 


GALE ENCYCLOPEDIA OF SCIENCE 4 


at the cathode of the electrolytic cell and gaseous 
chlorine is released at the anode. 


The apparatus most commonly used today for the 
preparation of sodium is the Downs cell, named for its 
inventor, J. Cloyd Downs. The Downs cell consists of 
a large steel tank lined with a refractory material con- 
taining an iron cathode near the bottom of the tank 
and a graphite anode near the top. A molten mixture 
of sodium chloride and calcium chloride is added to 
the tank. The presence of calcium chloride to the 
extent of about 60% lowers the melting point of 
the sodium chloride from 1,472°F (800°C) to about 
1,076°F (580°C). 


When an electrical current is passed through the 
mixture in the cell, sodium ions migrate to the cathode, 
where they pick up electrons and become sodium 
atoms. Chlorine ions migrate to the anode, where 
they lose electrons and become chlorine atoms. Since 
the molten sodium metal is less dense than the sodium 
chloride/calcium chloride mixture, it rises to the top of 
the cell and is drawn off. The chlorine gas escapes 
through a vent attached to the anode at the top of 
the cell. Sodium metal produced by this method is 
about 99.8% pure. The Downs cell is such an efficient 
and satisfactory method for preparing sodium that the 
vast majority of the metal’s production is accom- 
plished by this means. 


How it is used 


Sodium metal has relatively few commercial uses. 
The most important is as a heat exchange medium in 
fast breeder nuclear reactors. A heat exchange 
medium is a material that transports heat from one 
place to another. In the case of a nuclear reactor, the 
heat exchange medium absorbs heat produced in the 
reactor core and transfers that heat to a cooling unit. 
In the cooling unit, the heat is released to the atmos- 
phere, is used to boil water to power an electrical 
generating unit, or is transferred to a system contain- 
ing circulating water for release to the environment. 


Liquid sodium is a highly effective heat exchange 
medium for a number of reasons. First, it has a high 
heat capacity (that is, it can absorb a lot of heat per 
gram of metal) and a low neutron absorption cross- 
section (that is, it does not take up neutrons from the 
reactor core). At the same time, the metal has a low 
melting point and a low viscosity, allowing it to flow 
through the system with relatively little resistance. 


For many years, the most important commercial 
application of sodium metal was in the manufacture of 
anti-knock additives such as tetraethyl and tetra- 
methyl lead. An alloy of sodium and lead was used 
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to react with alkyl chlorides (such as ethyl chloride) to 
produce these compounds. In 1959, about 70% of all 
the sodium produced in the United States was used for 
this purpose. As compounds of lead such as tetraethyl 
and tetramethyl lead have been phased out of use for 
environmental reasons, however, this use of sodium 
has declined dramatically. 


Another important use of sodium metal is in the 
manufacture of other metals, such as zirconium and 
titanium. Originally, magnesium metal was the reduc- 
ing agent of choice in these reactions, but sodium has 
recently become increasingly popular in the prepara- 
tion of both metals. When sodium is heated with a 
chloride of one of these metals, it replaces (reduces) the 
metal to yield the pure metal and sodium chloride. 


About 10% of all sodium produced is used to 
make specialized compounds such as sodium hydride 
(NaH), sodium peroxide (Na20O3), and sodium alkox- 
ides (NaOR). Small amounts of the metal are used as a 
catalyst in the manufacture of synthetic elastomers. 


Compounds of sodium 


Sodium chloride is the most widely used sodium 
compounds. Due to its availability and minimal 
amount of preparation, there is no need for it to be 
manufactured commercially. A large fraction of the 
sodium chloride used commercially goes to the pro- 
duction of other sodium compounds, such as sodium 
hydroxide, sodium carbonate, sodium sulfate, and 
sodium metal itself. 


For many centuries, sodium chloride has also 
been used in the food industry, primarily as a preser- 
vative and to enhance the flavors of foods. In fact, 
many seemingly distinct methods of food preserva- 
tion, such as curing, pickling, corning, and salting 
differ only in the way in which salt is used to preserve 
the food. Scientists are uncertain as to the mechanism 
by which salting preserves foods, but they believe that 
some combination of dehydration and high salinity 
create conditions unfavorable to the survival of 
pathogens. 


Sodium hydroxide and sodium carbonate tradi- 
tionally rank among the top 25 chemicals in terms of 
volume produced in the United States. 


The number one use of sodium hydroxide is in the 
manufacture of a large number of other chemical 
products, the most important of which are cellulose 
products (including cellulose film) and rayon. Soap 
manufacture, petroleum refining, and pulp and paper 
production account for about one tenth of all sodium 
hydroxide use. 
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Two industries account for about one third each 
of all the sodium carbonate use in the United States. 
One of these is glass-making and the other is the 
production of soap, detergents, and other cleansing 
agents. Paper and pulp production, the manufacture 
of textiles, and petroleum production are other impor- 
tant users of sodium carbonate. 


Sodium sulfate is produced in large amounts in 
the United States. For many years, the largest frac- 
tion of sodium sulfate (also known as salt cake) was 
used in the production of kraft paper and paper- 
board. In recent years, an increasing amount of the 
chemical has gone to the manufacture of glass and 
detergents. 


Just behind sodium sulfate in U.S. production 
levels is sodium silicate, also known as water glass. 
Water glass is used as a catalyst, in the production of 
soaps and detergents, in the manufacture of adhesives, 
in the treatment of water, and in the bleaching and 
sizing of textiles. 


Chemical properties 


As described above, sodium reacts violently with 
water and with oxygen to form sodium hydroxide and 
sodium oxide, respectively. The element also reacts 
vigorously with fluorine and chlorine, at room temper- 
ature, but with bromine and iodine only in the vapor 
phase. At temperatures above 392°F (200°C), sodium 
combines with hydrogen to form sodium hydride, 
NaH, a compound that then decomposes, but does 
not melt, at about 752°F (400°C). 


Sodium reacts with ammonia in two different 
ways, depending upon the conditions under which 
the reaction takes place. In liquid ammonia with a 
catalyst of iron, cobalt, or nickel, sodium reacts to 
form sodium amide (NaNH;) and hydrogen gas. In 
the presence of hot coke (pure carbon), sodium reacts 
with ammonia to form sodium cyanide (NaCN) and 
hydrogen gas. 


Sodium also reacts with a number of organic com- 
pounds. For example, when added to an alcohol, it 
reacts as it does with water, replacing a single hydro- 
gen atom to form a compound known as an alkoxide. 
Sodium also reacts with alkenes and dienes to form 
addition products, one of which formed the basis of an 
early synthetic rubber known as buna (for bu tadiene 
and Na [for sodium]) rubber. In the presence of 
organic halides, sodium may replace the halogen to 
form an organic sodium derivative. 


See also Sodium benzoate; Sodium hypochlorite. 
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KEY TERMS 


Alkene—An organic compound whose molecules 
contain a carbon-carbon double bond. 


Diene—An organic compound whose molecules 
contain two carbon-carbon double bonds. 


Electrolysis—The process by which an electrical 
current is used to break down a compound into its 
component elements. 


Heat exchange medium—A material that trans- 
ports heat from one place to another. 


Metalloid—An element with properties intermedi- 
ary between those of a metal and a nonmetal. 


Ternary compound—A compound that contains 
three elements. 


Viscosity—The internal friction within a fluid that 
makes it resist flow. 
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i Sodium benzoate 


Sodium benzoate, sometimes also called benzoate 
of soda, is the sodium salt of benzoic acid. It is an 
aromatic compound denoted by the chemical formula 
C7H;NaO; with a molecular weight of 144.11. Sodium 
benzoate can be made by chemically combining sodium 


GALE ENCYCLOPEDIA OF SCIENCE 4 


hydroxide with benzoic acid. In its refined form, 
sodium benzoate is a white, odorless compound that 
has a sweet, astringent taste, and is soluble in water. 
Sodium benzoate has antimicrobial characteristics, and 
is typically used as a preservative in food products. 


Chemical and physical properties 


Sodium benzoate has a density of 1.44 g/cm’. It 
melts when over 570°F (300°C), and it does not have a 
boiling point. Sodium benzoate is supplied as a white 
powder or flake. During use, it is mixed dry in bulk 
liquids where it promptly dissolves. Approximately 
1.75 oz (50 g) will readily dissolve in 3 fl oz (100 ml) 
of water. In contrast, benzoic acid has a significantly 
lower water solubility profile. When placed in water, 
sodium benzoate dissociates to form sodium ions and 
benzoic acid ions. Benzoic acid is a weak organic acid 
that contains a carboxyl group, and occurs naturally 
in some foods, including cranberries, prunes, cinna- 
mon, and cloves. It is also formed by most vertebrates 
during metabolism. 


Sodium benzoate is an antimicrobial active 
against most yeast and bacterial strains. It works by 
dissociating in the system and producing benzoic acid. 
Benzoic acid is highly toxic to microbes, however, it is 
less effective against molds. Overall, it is more effective 
as the pH of a system is reduced with the optimal 
functional range between pH 2.5 to 4.0. The antimi- 
crobial effect is also enhanced by the presence of 
sodium chloride. 


Production 


There are three methods for the commercial prep- 
aration of sodium benzoate. In one method, naphtha- 
lene is oxidized with vanadium pentoxide to give 
phthalic anhydride. This is decarboxylated to yield 
benzoic acid. In a second method, toluene is mixed 
with nitric acid and oxidized to produce benzoic acid. 
In a third method, benzotrichloride is hydrolyzed and 
then treated with a mineral acid to give benzoic acid. 
Benzotrichloride is formed by the reaction of chlorine 
and toluene. In all cases, the benzoic acid is further 
refined to produce sodium benzoate. One way this is 
done is by dissolving the acid in a sodium hydroxide- 
solution. The resulting chemical reaction produces 
sodium benzoate and water. The crystals are isolated 
by evaporating off the water. 


Safety 
Some toxicity testing has shown sodium benzoate 


to be poisonous at certain concentrations. However, 
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KEY TERMS 


Acid—A substance that produces hydrogen ions 
when placed in an aqueous solution. 


Antimicrobial—A material that inhibits the growth 
of microorganisms that cause food to spoil. 


Oxidation—A process by which a compound loses 
electrons. 


Preservative—A compound added to food prod- 
ucts to ensure they do not spoil. 


Solubility—The amount of a substance that will 
dissolve in a solution at a given temperature. 


research conducted by the U.S. Department of 
Agriculture (USDA) has found that in small doses 
and mixed with food, sodium benzoate is not delete- 
rious to health. Similar conclusions were drawn about 
larger doses taken with food, although certain physio- 
logical changes were noted. Based on this research and 
subsequent years of safety data, the U.S. government 
has determined sodium benzoate to be generally rec- 
ognized as safe (GRAS). It is allowed to be used in 
food products at all levels below 0.1%. Other coun- 
tries allow higher levels, up to 1.25%. 


Studies investigating the accumulation of sodium 
benzoate in the body have also been done. This led to 
the discovery of a natural metabolic process that 
combines sodium benzoate with glycine to produce 
hippuric acid, a material that is then excreted. This 
excretion mechanism accounts for nearly 95% of all 
the ingested sodium benzoate. The remainder is 
thought to be detoxified by conjugation with glycur- 
onic acid. 


Uses 


Sodium benzoate has been used in a wide variety 
of products because of its antimicrobial and flavor 
characteristics. It is the most widely used food preser- 
vative in the world, being incorporated into both food 
and soft drink products. It is used in margarine, salsas, 
maple syrups, pickles, preserves, jams, and jellies. 
Almost every diet soft drink contains sodium ben- 
zoate, as do some wine coolers and fruit juices. It is 
also used in personal care products like toothpaste, 
dentifrice cleaners, and mouthwashes. As a preserva- 
tive, sodium benzoate has the advantage of low cost. A 
drawback is its astringent taste that can be avoided by 
using lower levels with another preservative like potas- 
sium sorbate. 
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Sodium bicarbonate 


In addition to its use in food, it is used as an 
intermediate during the manufacture of dyes. It is an 
antiseptic medicine and a rust and mildew inhibitor. It 
is also used in tobacco and pharmaceutical prepara- 
tions. In the free-acid form, it is used as a fungicide. A 
relatively recent use for sodium benzoate is as a corro- 
sion inhibitor in engine coolant systems. Sodium ben- 
zoate has recently been incorporated into plastics, like 
polypropylene, where it has been found to improve 
clarity and strength. 
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| Sodium bicarbonate 


Sodium bicarbonate (NaHCOs3), also known as 
baking soda, bread soda, sodium hydrogen carbo- 
nate, bicarbonate of soda, and sodium bicarb, is a 
white powder that readily dissolves in water to pro- 
duce sodium (Na“) ions and bicarbonate (HCO3;) 
ions. In the presence of acids, these ions create carbon 
dioxide gas (CO) and water. Baking soda, a weak 
base, is used in antacids, fire extinguishers, and 
baking powder. In almost all of its common uses, 
sodium bicarbonate is employed to produce carbon 
dioxide gas. 
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Use in antacids 


Many commercial preparations of antacids con- 
tain sodium bicarbonate. Alka-Seltzer® antacid con- 
tains sodium bicarbonate in addition to citric acid 
(C6HgO7), which is used to dissolve the sodium bicar- 
bonate. Pure baking soda will also relieve heartburn, 
but the citric acid in commercial antacids improves the 
taste and accelerates the disintegration of the tablet. 
When sodium bicarbonate is dissolved in water, the 
compound separates into ions, or charged particles, of 
sodium (Na”) and bicarbonate (HCO3;). The bicar- 
bonate ions then react with acids as shown below. The 
symbol (aq), meaning aqueous, shows that the sub- 
stance is dissolved in water; the symbol (g) refers to a 
gas, and (I) means a liquid. The hydrogen ions (H ~) 
are from acids. 


H™ (aq) + HCO; — HCO; (aq) > H20 (1) + 
CO> (g). 


As shown above, one hydrogen ion and one bicar- 
bonate ion react to produce a molecule of liquid water 
and a molecule of carbon dioxide gas. This can be 
demonstrated at home by filling a recloseable plastic 
bag with one ounce (30 ml) of vinegar. The vinegar 
represents stomach acid. A teaspoon (5 ml) of baking 
soda (or an Alka-Seltzer® tablet) is then dropped in 
the bag and the bag is quickly closed. The fizzing is 
caused by the production of carbon dioxide gas. The 
bag will quickly fill up with gas, demonstrating why 
many people burp after taking an antacid. This belch- 
ing helps relieve the pressure that builds up in the 
stomach. In spite of its widespread use, sodium bicar- 
bonate can be harmful in large doses by disrupting the 
levels of sodium ions in the bloodstream. In a few rare 
cases, some people have consumed such large amounts 
of sodium bicarbonate that their stomachs were dam- 
aged by the internal pressure that built up from the 
carbon dioxide gas. 


Use in fighting fires 


When sodium bicarbonate is heated above 518°F 
(270°C) it decomposes and produces carbon dioxide. 
Since carbon dioxide gas is more dense than air, it 
tends to sink; thus carbon dioxide can smother a fire 
by obstructing the flow of oxygen to the fuel, which 
needs oxygen to continue burning. Sodium bicarbon- 
ate is employed in fire extinguishers and is widely used 
on electrical fires. 


Use in baking 


Baking powder consists of sodium bicarbonate 
mixed with a weak acid. In much the same manner as 
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KEY TERMS 


Antacid—A basic (alkaline) chemical that relieves 
the effects of excess stomach acids. 


Aqueous—A solution dissolved in water; salt water 
could be called aqueous salt. 


lon—An atom or molecule that has acquired elec- 
trical charge by either losing electrons (positively 
charged ion) or gaining electrons (negatively 
charged ion). 


citric acid produces carbon dioxide gas in some ant- 
acids, the weak acid in baking powder—often potas- 
sium hydrogen tartrate (KHC4,H4,0,¢)—provides a 
source of hydrogen ions; the ions react with the 
sodium bicarbonate to produce carbon dioxide gas, 
which makes dough and batter rise. Baking powder is 
often used as a source of carbon dioxide in baking 
instead of yeast, since yeast produces a distinct taste 
that is not desirable in all foods, such as cakes. 


See also Acids and bases. 
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| Sodium carbonate 


Sodium carbonate, also known as washing soda, 
is a sodium salt of cabonic acid, with a chemical com- 
pound that conforms to the general formula: NazCO3. 
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It is commonly referred to as soda ash because it 
was originally obtained from the ashes of burnt sea- 
weed. For over one hundred years, soda ash is manu- 
factured primarily by a method known as the Solvay 
process (also called the ammonia-soda process). 
Currently, it is one of the top industrial chemicals, in 
terms of volume, produced in the United States. It is 
mostly used in the manufacture of glass, but is also 
used in the manufacture of other products and is an 
important precursor to many of the sodium com- 
pounds used throughout industry. 


Manufacture of sodium carbonate 


The process for obtaining sodium carbonate has 
changed significantly over time. Burning seaweeds, 
which were rich in sodium, originally produced it. 
When the weeds were burned, sodium would be left 
in the ashes in the form of sodium carbonate. 
Although this process was effective, it could not be 
used to produce large volumes. Sodium carbonate has 
been used in various forms since ancient times. In 
ancient Egypt, for instance, natron, which is a mineral 
of sodium carbonate and sodium bicarbonate, was 
mined so that it could be used to make glass and as 
an ingredient to mummify dead bodies. 


The first process that allowed production of sig- 
nificant amounts of sodium carbonate was a synthetic 
process known as the LeBlanc process, developed by 
French chemist Nicolas LeBlanc (1742-1806). In this 
process, salt (sodium chloride) was reacted with sulfu- 
ric acid to produce sodium sulfate and hydrochloric 
acid. The sodium sulfate was heated in the presence of 
limestone and coal and the resulting mixture con- 
tained calcium sulfate and sodium carbonate, which 
was then extracted out. 


Two significant problems with the LeBlanc proc- 
ess, high expense and significant pollution, inspired 
Belgian chemical engineer Ernest Solvay (1838-1922) 
to develop a better process for creating sodium carbo- 
nate. In the Solvay process, ammonia and carbon 
dioxide are used to produce sodium carbonate from 
salt and limestone. Initially, the ammonia and carbon 
dioxide are reacted with water to form the weak elec- 
trolytes ammonium hydroxide and carbonic acid. 
These ions react further and form sodium bicarbonate. 
Since the bicarbonate barely dissolves in water, it 
separates out from the solution. At this point, the 
sodium bicarbonate is filtered and converted into 
sodium carbonate by heating. 


Synthetic production is not the only method of 
obtaining sodium carbonate. A significant amount is 
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Sodium chloride 


mined directly from naturally occurring sources. The 
largest natural sources for sodium carbonate in the 
United States are found around Green River, 
Wyoming, and in dried-up Lake Searles within the 
Mojave Desert in California. 


Properties of sodium carbonate 


Atroom temperature, sodium carbonate (Na2CO3) 
is an odorless, grayish white powder that is hygro- 
scopic. This property means when it is exposed to 
air, it can spontaneously absorb water molecules. 
Another familiar compound that has this hygroscopic 
quality is sugar. Sodium carbonate has a melting point 
of 1,564°F (851°C), a density of 2.53 g/cm*, and is 
soluble in water. A water solution of soda ash has a 
basic pH and a strong alkaline taste. When it is placed 
in a slightly acidic solution, it decomposes and forms 
bubbles. This effect, called effervescence, is found in 
many commercial antacid products that use sodium 
carbonate as an active ingredient. 


Anhydrous (without water) sodium carbonate 
can absorb various amounts of water and form 
hydrates that have slightly different characteristics. 
When one water molecule per molecule of sodium 
carbonate is absorbed, the resulting substance, 
sodium carbonate monohydrate, is represented by 
the chemical formula NazCO3-H,0. This compound 
has a slightly lower density than the anhydrous 
version. Another common hydrate is formed by the 
absorption of ten water molecules per molecule of 
sodium carbonate. This compound, Na,CO3 - 10H,0, 
known as sodium carbonate decahydrate, exists as 
transparent crystals that readily effervesce when 
exposed to air. 


Uses of sodium carbonate 


Sodium carbonate is utilized by many industries 
during the manufacture of different products. The 
most significant user is the glass industry, which uses 
sodium carbonate to decompose silicates for glass 
making. The cosmetic industry uses it for manufactur- 
ing soap. The chemical industry uses it as a precursor 
to numerous sodium containing reagents. It is also 
important in photography, the textile industry, and 
water treatment. In addition to these industrial appli- 
cations, sodium carbonate is used in medicine as an 
antacid. Around the house, sodium carbonate is used 
as a water softener for laundry, which is why it is 
sometimes called washing soda. Used for this purpose, 
it helps to remove stains from alcohol, grease, oil, and 
others. 
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KEY TERMS 


Anhydrous—A compound which does not contain 
any absorbed water. 


Hydrate—A compound which contains a certain 
amount of absorbed water. 


Hygroscopic—A compound which has a tendency 
to absorb water molecules. 


LeBlanc process—A method of sodium carbonate 
production using salt, limestone, and coal. 


Soda ash—A name for sodium carbonate which 
reflects its original source, the ashes of burnt seaweed. 


Solvay process—The current synthetic method of 
sodium carbonate production from ammonia, car- 
bon dioxide, salt, and limestone. 
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ll Sodium chloride 


Sodium chloride (chemical formula NaCl), 
known as table salt, rock salt, sea salt, and the mineral 
halite, is an ionic compound consisting of cube-shaped 
crystals composed of the elements sodium and chlor- 
ine. It is responsible for the saltiness of the world’s 
oceans. This salt has been of importance since ancient 
times and has a large and diverse range of uses. One of 
its largest uses is as an ingredient of salt that humans 
use in the eating and preparing of foods. It can be 
prepared chemically and is obtained by mining and 
evaporating water from seawater and brines. 
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Properties 


Sodium chloride is colorless in its pure form. It is 
somewhat hygroscopic, or absorbs water from the 
atmosphere. The salt easily dissolves in water. Its dis- 
solution in water is endothermic, which means it takes 
some heat energy away from the water. Sodium chloride 
melts at 1,474°F (801°C), boils at 2,670° F (1,465°C), has 
a density of 2.16 g/cm? (at 25°C), and conducts electric- 
ity when dissolved or in the molten state. 


Bonds 


An ionic compound such as sodium chloride is 
held together by an ionic bond. This type of bond is 
formed when oppositely charged ions attract. This 
attraction is similar to that of two opposite poles of a 
magnet. An ion or charged atom is formed when the 
atom gains or loses one or more electrons. It is called a 
cation if a positive charge exists and an anion if a 
negative charge exists. 


Sodium (chemical symbol Na) is an alkali metal 
and tends to lose an electron to form the positive 
sodium ion (Na” ). Chlorine (chemical symbol Cl) is 
a nonmetal and tends to gain an electron to form the 
negative chloride ion (CI). 


The oppositely charged ions Na~ and CI attract to 
form an ionic bond. Many sodium and chloride ions are 
held together this way, resulting in a salt with a distinc- 
tive crystal shape. The three-dimensional arrangement 
or crystal lattice of ions in sodium chloride is such that 
each Na“ is surrounded by six anions (CI) and each CI 
is surrounded by six cations (Na*). Thus the ionic 
compound has a balance of oppositely charged ions 
and the total positive and negative charges are equal. 


Location and processing 


Sodium chloride, found abundantly in nature, 
occurs in seawater, other saline waters or brines, and 
in dry rock salt deposits. It can be obtained by mining 
and evaporating water from brines and seawater. This 
salt can also be prepared chemically by reacting hydro- 
chloric acid (chemical formula HCl) with sodium 
hydroxide (chemical formula NaOH) to form sodium 
chloride and water. Countries leading in the produc- 
tion of salt include the United States, China, Mexico, 
and Canada. 


Mining 
Two ways of removing salt from the ground are 


room and pillar mining and solution mining. In the 
room and pillar method, shafts are sunk into the 
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ground and miners use techniques such as drilling 
and blasting to break up the rock salt. The salt is 
removed in such a way that empty rooms remain that 
are supported by pillars of salt. 


In solution mining, water is added to the salt 
deposit to form brine. Brine is a solution of sodium 
chloride and water that may or may not contain other 
salts. In one technique, a well is drilled in the ground 
and two pipes (a smaller pipe placed inside a larger 
one) are placed in it. Fresh water is pumped through 
the inner pipe to the salt. The dissolved salt forms 
brine which is pumped through the outer pipe to the 
surface and then removed. 


Evaporation 


A common way to produce salt from brine is by 
evaporating the water using vacuum pans. In this 
method brine is boiled and agitated in huge tanks 
called vacuum pans. High quality salt cubes form 
and settle to the bottom of the pans. The cubes are 
then collected, dried, and processed. 


Solar evaporation of seawater to obtain salt is an 
old method that is widely used today. It uses the sun as 
a source of energy. This method is successful in places 
that have abundant sources of salt water, land for 
evaporating ponds, and hot, dry climates to enhance 
evaporation. Seawater is passed through a series of 
evaporating ponds. Minerals contained in the sea- 
water precipitate or drop out of solution at different 
rates. Most of them precipitate before sodium chloride 
and therefore are left behind as the seawater is moved 
from one evaporating pond to another. 


Uses 


Since ancient times, the salt sodium chloride has 
been of importance. It has been used in numerous 
ways including the flavoring and preserving of food 
and even as a form of money. This salt improves the 
flavor of food items such as breads and cheeses, and it 
is an important preservative in meat, dairy products, 
margarine, and other items, because it retards the 
growth of microorganisms. Salt promotes the natural 
development of color in ham and hot dogs and enhan- 
ces the tenderness of cured meats like ham by causing 
them to absorb water. In the form of iodized salt, itis a 
carrier of iodine. (Iodine is necessary for the synthesis 
of thyroid hormones, which influence growth, devel- 
opment, and metabolic rates). 


The chemical industry uses large amounts of sodium 
chloride salt to produce other chemicals. Chlorine and 
sodium hydroxide are electrolically produced from brine. 
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KEY TERMS 


Brine—A solution of sodium chloride and water 
that may or may not contain other salts. 


lon—An atom or molecule that has acquired elec- 
trical charge by either losing electrons (positively 
charged ion) or gaining electrons (negatively 
charged ion). 


lonic bond—The attractive forces between positive 
and negative ions that exist when electrons have 
been transferred from one atom to another. 


lonic compound—A compound consisting of pos- 
itive ions (usually, metal ions) and negative ions 
(nonmetal ions) held together by electrostatic 
attraction. 


Solar evaporation—A method of water evapora- 
tion that uses the sun as a source of energy. 


Chlorine products are used in metal cleaners, paper- 
bleach, plastics, and water treatment. The chemical 
soda ash, which contains sodium, is used to manufacture 
glass, soaps, paper, and water softeners. Chemicals 
produced as a result of sodium chloride reactions are 
used in ceramic glazes, metallurgy, curing of hides, and 
photography. 


Sodium chloride has a large and diverse range of 
uses. It is spread over roads to melt ice by lowering the 
melting point of the ice. The salt has an important role 
in the regulation of body fluids. It is used in medicines 
and livestock feed. In addition, salt caverns are used to 
store chemicals such as petroleum and natural gas. 


See also Food preservation; Saltwater. 
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l Sodium hydroxide 


Sodium hydroxide, NaOH, also known as lye and 
caustic soda, is an extremely caustic (corrosive and 
damaging to human tissue) white solid that readily 
dissolves in water. It melts at 605°F (318°C), boils at 
2,535°F (1,390°C), has a density of 2.1 g/cm*, and is 
soluble in water at about 111 g per 100 ml (at 20°C). In 
its pure form, sodium hydroxide is manufactured in 
flakes, granules, and pellets. Worldwide production of 
sodium hydroxide occurs primarily in Asia, North 
America, and Europe, with Europe producing about 
one-fourth and Asia and North American producing 
about one-third each. The remaining production 
occurs in other parts of the world. 


Sodium hydroxide is used in the manufacture of 
soaps, rayon, and paper, in petroleum refining, and in 
homes as drain cleaners and oven cleaners. Sodium 
hydroxide is one of the strongest bases commonly used 
in industry. Solutions of sodium hydroxide in water 
are at the upper limit (most basic) of the pH scale. 
Sodium hydroxide is made through the process called 
choralkali, which uses electrolysis (passing an electric 
current through an aqueous solution) of sodium chlor- 
ide (table salt) to produce sodium hydroxide and 
chlorine gas. 


Sodium hydroxide in household products 


Two of the more common household products 
containing sodium hydroxide are drain cleaners and 
oven cleaners. When most pipes are clogged it is with 
a combination of fats and grease. Cleaners that con- 
tain sodium hydroxide (either as a solid or already 
dissolved in water) convert the fats to soap, which 
dissolves in water. In addition, when sodium hydrox- 
ide dissolves in water a great deal of heat is given off. 
This heat helps to melt the clog. Sodium hydroxide is 
very damaging to human tissue (especially eyes). If a 
large amount of solid drain cleaner is added to a 
clogged drain, the heat produced can actually boil 
the water, leading to a splash in the eyes of a solution 
caustic enough to cause blindness. Some drain 
cleaners also contain small pieces of aluminum 
metal. Aluminum reacts with sodium hydroxide in 
water to produce hydrogen gas. The bubbles of 
hydrogen gas help to agitate the mixture, helping to 
dislodge the clog. 


Oven cleaners work by converting built up grease 
(fats and oils) into soap, which can then be dissolved 
and wiped off with a wet sponge. 
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KEY TERMS 


Base—A solution with a pH greater than seven, 
having a greater concentration of hydroxide ions 
(OH) than hydrogen ions (H*) 
Caustic—Damaging to human tissue. 


pH scale—A scale used to measure the acidity or 
alkalinity (basicity) of a substance. It ranges from 0 
to 14, with pHs below seven being acidic and 
greater than 7 being basic (or alkaline). A pH of 7 
is neutral. Substances with pHs less than 2 or 
greater than 12 can be caustic to human tissue. 


Soluble—Capable of being dissolved. Sugar is solu- 
ble in water. 


Industrial uses of sodium hydroxide 


Sodium hydroxide is used to neutralize acids and 
as a source of sodium ions for reactions that produce 
other sodium compounds. In the refining of petro- 
leum, it is used to neutralize and remove acids. 
The reaction of cellulose with sodium hydroxide is 
a key step in the manufacturing of rayon and 
cellophane. 


Sodium hydroxide is used as a catalyst for the 
manufacture of biodiesel (diesel fuel made partially 
or wholly from vegetable oils), which has become 
popular to use in the 2000s. The industrial production 
of soaps uses sodium hydroxide in the saponification 
process. The food industry uses sodium hydroxide to 
chemically wash various foods, including fruits and 
vegetables, along with using it to process cocoa, soft 
drinks, and ice cream. 
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l Sodium hypochlorite 


Sodium hypochlorite (NaCIO) is a chemical com- 
pound consisting of sodium (Na), oxygen (O), and 
chlorine (Cl) that has been used for centuries for 
bleaching and disinfecting. Today, sodium hypochlor- 
ite (commonly called chorine bleach or simply bleach) 
is mass produced by the chlorination of soda ash and is 
employed in many household products, including 
laundry bleaches, hard surface cleaners, mold and 
mildew removers, and drain cleaners. 


Sodium hypochlorite is the salt formed by a neg- 
atively charged hypochlorite ion (CIO’) and a posi- 
tively charged sodium ion (Na*). Pure hypochlorite 
is highly reactive and unstable; therefore, it is usually 
supplied as a dilute aqueous solution. In solution, 
hypochlorite eventually decomposes to yield a variety 
of byproducts including oxygen, chlorine gas, and salt. 
One of these byproducts, hypochlorous acid, is a 
powerful oxidizing agent (meaning it can accept elec- 
trons from other materials) that lends hypochlorite 
excellent bleaching and disinfecting abilities. The 
term ‘available chlorine’ is often used to describe the 
concentration of hypochlorous acid in solution (which 
provides a measure of the solution’s oxidative ability). 


Due to its reactive nature, hypochlorite is partic- 
ularly sensitive to the presence of trace metals such as 
copper, nickel, iron, chromium, cobalt and manganese 
that catalyze its decomposition. In fact, it is so reactive 
that it will aggressively attack many materials, includ- 
ing rubber, most types of fabrics, and certain plastics. 
Therefore, care must be taken in handling and storing 
hypochlorite solutions; all vessels should be glass, 
PVC (polyvinyl chloride) plastic, porcelain, or glazed 
earthenware. 


Hypochlorite was first produced in 1789 in Javelle, 
France, by passing chlorine gas through a solution of 
sodium carbonate. The resulting liquid, known as Eau de 
Javelle or Javelle water was a weak solution of sodium 
hypochlorite. However, this process was not very effi- 
cient and alternate production methods were sought. 
One such method involved the extraction of chlorinated 
lime (known as bleaching powder) with sodium carbo- 
nate to yield low levels of available chlorine. This method 
was commonly used to produce hypochlorite solutions 
for use as a hospital antiseptic, which was sold under the 
trade names Eusol and Dakin’s solution. Near the end of 
the nineteenth century, E. S. Smith patented a method of 
hypochlorite production involving hydrolysis of brine to 
produce caustic soda and chlorine gas, which then mix to 
form hypochlorite. Both electric power and brine solu- 
tion were in cheap supply at this time and various 
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Sodium hypochlorite 


enterprising marketers took advantage of this situation 
to satisfy the market’s demand for hypochlorite. Bottled 
solutions of hypochlorite were sold under numerous 
trade names; one such early brand produced by this 
method was called Parozone. Today, an improved ver- 
sion of this method, known as the Hooker process, is the 
only large scale industrial method of sodium hypochlor- 
ite production. 


Over the last few hundred years, one of the pri- 
mary uses for sodium hypochlorite has been for the 
bleaching of fabrics, particularly cotton. Virgin cotton 
fibers are not pure white and must be processed to 
remove their natural coloration. Cotton bleaching 
has been practiced since the time of the ancient 
Egyptians who exposed fabric to sunlight to cause 
whitening. Even as late as the end of the eighteenth 
century, the British textile industry would bleach linen 
fabric by soaking it in sour milk for at least 48 hours, 
then exposing it to sunlight by laying out miles of 
treated fabrics on specially designated grasslands. In 
the 1800s, Claude Louis Berthellot attempted to take 
advantage of chlorine’s bleaching ability, but, because 
it is a gas in its natural state, the chlorine was difficult 
to control. Subsequently, a process was developed to 
deliver chlorine as a dry powder by treating calcium 
carbonate with chlorine gas. However, this method of 
bleaching was far from ideal since it resulted in dam- 
age to the fabric wherever the concentrated hypo- 
chlorite powder came into contact with the fibers. 
Industrial fabric bleaching was vastly improved with 
the development of commercial bottled solutions of 
hypochlorite (also called chlorine bleach). Sodium 
hypochlorite gained widespread use not only as for 
industrial fabric treatment but also as a home laundry 
bleach. It is still sold today as a 5% solution in water. 


Another important use for hypochlorite is as a 
sanitizer or disinfectant. Both of these uses rely on the 
hypochlorite’s ability to destroy microorganisms. The 
same oxidative mechanism responsible for hypochlor- 
ite’s bleaching ability also makes it an effective germi- 
cide. Although this mechanism was not understood at 
the time, hypochlorite (in the form of bleaching pow- 
der) was used as early as 1800 to counteract bad odors 
associated with disease. In fact, it has been said that no 
single element has played so important a role in com- 
bating disease over the nineteenth century as chlorine 
in its various forms. It should also be noted that hypo- 
chlorite is corrosive at high concentrations and was 
only used on the skin at very dilute levels. Its disinfec- 
tant properties have also been utilized for the sanitiza- 
tion of food processing equipment, particularly milking 
utensils used in the dairy industry. One marked advant- 
age of hypochlorite for these applications is the fact 
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KEY TERMS 


Available chlorine—A measure of the oxidative 
potential of a chlorine containing solution. 


Bleaching powder—A dry bleach made by treating 
calcium carbonate with chlorine gas. 


Chlorine—A chemical element whose strong oxi- 
dizing abilities make it useful as a disinfectant and 
deodorizer. 


Dakin’s solution—An aqueous solution of hypo- 
chlorite (approximately 0.5%) in water used as a 
hospital antiseptic. 


Javelle water—tThe first known production of 
hypochlorite that was made by passing chlorine 
gas through a solution of sodium carbonate. 


Sodium hypochlorite—A chemical compound 
(NaClO) consisting of sodium, oxygen, and chlor- 
ine that has been used for centuries for its bleaching 
and disinfectant properties. 


that it, in addition to working quickly, rapidly breaks 
down to innocuous compounds. For this reason, it is 
also useful in chlorination of sewage effluents and 
swimming pool water. Today, its primary uses are in 
lavatory bowl deodorizers and sanitizers. 


New and improved ways to use hypochlorite are 
still being developed. In recent years, a number of 
improved bleach-containing products have been 
brought to market as chemists have learned to com- 
bine sodium hypochlorite with cleaning agents, thick- 
eners, and fragrance compounds to create efficacious 
products with improved aesthetic properties. For 
example, hypochlorite-based hard surface cleaners 
for kitchen counter tops, mold and mildew removers 
for showers and baths, and drain cleaners for kitchen 
and bathroom sinks are now commercially available. 


See also Antisepsis. 
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Software see Computer software 


GALE ENCYCLOPEDIA OF SCIENCE 4 


l Soil 


Soil is a complex mixture of pulverized rock and 
decaying organic matter, which covers most of the ter- 
restrial surface of the Earth. Soil not only supports a huge 
number of organisms below its surface—bacteria, fungi, 
worms, insects and small mammals, which all play a role 
in soil formation—but it is essential to all life on Earth. 
Soil provides a medium in which plants can grow, sup- 
porting their roots and providing them with nutrients for 
growth. Soil filters the sky’s precipitation through its 
many layers, recharging the aquifers and groundwater 
reserves from which we drink. Slowing the movement of 
rainfall by absorption, soil prevents damaging floods. By 
holding air in its pores, soil provides oxygen to plant 
roots and to the billions of other organisms inhabiting 
soil. Soil receives and thrives on organic matter as it dies, 
assuring that it returns to a form useful to subsequent 
living organisms. Soil has built up over eons on top of 
bedrock, the solid rock layer that makes up the crust of 
Earth, as exposed rocks have weathered and eroded and 
organic matter, including plant and animal life, have 
decomposed and become part of the soil. The word soil 
comes from the Latin word for floor, so/um. 


Soil formation 


Soils began to form billions of years ago as rain 
washed minerals out of the once molten rocks that 
were cooling on the planet’s surface. The rains leached 
potassium, calcium, and magnesium—minerals essen- 
tial for plant growth from the rock, creating the con- 
ditions in which very simple plants could evolve. Plant 
life eventually spread and flourished, and as each plant 
died and decomposed, it added nutrients and energy to 
the mineral mixture, making the soil more fertile for 
new plants. 


Soil now covers Earth in depths from a few inches 
to several feet, and these soils are constantly forming 
and changing. Soils are created from “parent” mate- 
rial, loose earthy matter scattered over Earth by wind, 
water, or glacial ice, or weathered in place from rocks. 


Parent material is turned into soil as other reac- 
tions take place on exposed rock surfaces. Water-borne 
acids react with elements in the rock and slowly change 
them into soil components. Minerals that break down 
relatively easily—feldspars and micas—become clay, the 
smallest soil particles with diameters less than 0.0002 
mm, while harder minerals like quartz turn into sand 
(0.05-2.0 mm) and silt (0.0002-0.05 mm). 


As the parent material weathers, the nutrients 
necessary for plant growth are released, and plants 
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The layers of soil are called horizons. Together they make up 
the soil profile. (Robert J. Huffman. Field Mark Publications.) 


begin to establish themselves. As they die, they leave 
behind organic residues on which animals, bacteria, 
and fungi feed. Their consumption breaks down the 
organic matter further, enriching the parent material 
for plant growth. Over time, more and more organic 
matter mixes with the parent material. 


Wherever soil is found, its development is con- 
trolled by five important factors: climate, parent mate- 
rial, living organisms, topography, and time. 


A region’s climate determines the range and fluc- 
tuation of temperature and the amount of precipitation 
that falls to Earth, which in turn controls the chemical 
and physical processes responsible for the weathering 
of parent materials. Weathering, in turn, controls the 
rate at which plant nutrients are released. Nutrient 
flow, along with temperature and precipitation, deter- 
mines the types of plants a region can support. 


A soil’s parent material plays an important role in 
determining the chemistry and texture of soil (the size 
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Soil 


and shape of soil particles). The rate at which water 
moves through soil is controlled in part by the texture 
of the soil. Soils from some parent materials weather 
more or less quickly than others. Soils derived from 
quartz minerals, for example, weather more slowly 
than those derived from silicate materials. 


The numbers and kinds of living organisms in a 
given region help determine the chemical composition 
of soil. Grassland soils are chemically different from 
those that develop beneath forests, and even within 
these broad categories of vegetative cover, soil profiles 
can differ; for example, different soils develop under 
conifers than under deciduous trees. 


Topography, the configuration of Earth’s surface, 
affects soil development because it determines the rate 
at which precipitation washes over soil and how soils 
erode. Smooth, flat lands hold water longer than hilly 
regions, where water moves more quickly down 
slopes. Swamps, marshes, and bogs are formed as 
low-lying areas hold water over time. Soil erodes, or 
wears away, more quickly on sloping land than flat. 


Time plays an important role in soil development: 
soils are categorized as young, mature, or old, depend- 
ing on how the above factors are combined, and the 
rate at which they work. 


Soil profiles and horizons 


Below the surface of Earth lie layers of soil that 
are exposed when people dig into the earth, or by 
natural forces like earthquakes. These cross-sections 
of soil, called soil profiles, are composed of horizontal 
layers or horizons of soil of varying thickness and 
color, each representing a distinct soil that has built 
up over a long time period. Soil horizons contain soils 
of different ages and composition, and soil scientists 
can tell a lot about a region’s climate, geography, and 
even agricultural history by reading the story of the 
region’s soils through these layers. 


A soil horizon is a horizontal layer of soil with 
physical or chemical characteristics that separate it 
from layers above and below. More simply, each hori- 
zon contains chemicals, such as rust-like iron oxides, 
or soil particles that differ from adjacent layers. Soil 
scientists generally name these horizons (from top to 
bottom) O, A, B, C, and R, and often subdivide them 
to reflect more specific characteristics within each 
layer. Considered together, these horizons constitute 
a soil profile. 


Horizons usually form in residual soils: soils not 
transported to their present location by water, wind, 
or glaciers, but formed “in place” by the weathering of 
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the bedrock beneath them. It takes many thousand to 
a million years to achieve a mature soil with fully 
developed horizons. 


The O horizon (sometimes known as the Ag) con- 
sists of freshly dead and decaying organic matter— 
mostly plants but also small (especially microscopic) 
animals or the occasional rigid cow. A gardener would 
call this organic matter (minus the cow) compost or 
humus. Below the O lies the A horizon, or topsoil, 
composed of organic material mixed with soil particles 
of sand, silt, and clay. Earthworms, small animals, and 
water mix the soil in the A horizon. Water forced 
down through the A by gravity carries clay particles 
and dissolved minerals (such as iron oxides) into the B 
horizon in a process called leaching; therefore, the A is 
known as the Zone of Leaching. These tiny clay par- 
ticles zigzag downward through the spaces (pores) 
between larger particles like balls in a Japanese 
pachinko game. Sometimes the lower half of the A 
horizon is called the E (Eluvial) horizon, meaning it 
is depleted of clay and dissolved minerals, leaving 
coarser grains. 


The leached material ends up in the B horizon, the 
Zone of Accumulation. The B horizon, stained red by 
iron oxides, tends to be quite clay like. If the upper 
horizons erode, plant roots have a tough time pene- 
trating this clay; and rain which falls on the exposed 
clay can pool on the surface and possibly drown plants 
or flood basements. 


Sometimes the top of the B horizon develops a 
dense layer called a fragipan—a claypan (compacted by 
vehicles) or a hardpan (cemented by minerals). In arid 
climates, intense evaporation sucks water and its dis- 
solved minerals upward. This accumulation creates a 
hardpan impenetrable to any rain percolating (sink- 
ing) downward, resulting in easily evaporated pools or 
rapid runoff. If the hardpan is composed of the cal- 
cium-rich mineral calcite, it is called caliche. If com- 
posed of iron oxides, it is called an “ironpan.” 
Fragipans are extremely difficult for crop roots and 
water to penetrate. The A and B horizons together 
make up the solum, or true soil. 


Partially weathered bedrock composes the C hori- 
zon. Variously sized chunks of the rock below are 
surrounded by smaller bits of rock and clay weathered 
from those chunks. Some of the original rock is intact, 
but other parts have been chemically changed into new 
minerals. 


The R layer (D horizon) is the bedrock, or some- 
times, the sediment from which the other horizons 
develop. Originally, this rock lay exposed at the sur- 
face where it weathered rapidly into soil. The depth 
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from the surface to the R layer depends on the inter- 
relationships between the climate, the age of the soil, 
the slope, and the number of organisms. Most people 
do not consider the R layer as soil, but include it in the 
profile anyway, since the weathering of this bedrock 
usually produces the soil above it. 


In a perfect world, all soils demonstrate these hori- 
zons, making the lives of soil scientists and soil students 
blissful. In reality, however, some soils, like trans- 
ported soils (moved to their present locations by 
water, wind, or glaciers), lack horizons because of mix- 
ing while moving or because of youth. In other soils, 
the A and B rest on bedrock, or erosion strips an A, or 
other complicated variations. Around the world, scien- 
tists classify soils by these horizonal variations. 


Aging soils 


Like all living things, soils age. Exposure to wind, 
rain, sun, and fluctuating temperatures combine to 
push soils through four stages of development: parent 
material, immature soil, mature soil, and old-age soil. 


As noted above, parent materials are loose mate- 
rials weathered from rocks. As plants establish them- 
selves in parent material, organics accumulate, and the 
upper soil layer becomes richer and darker, and 
evolves into an A horizon. At this point, the soil has 
only A and C horizons and is in the immature stage, 
which it usually reaches in less than 100 years. 


Through continued weathering and plant growth, 
the soil gathers more nutrients, and can support more 
demanding species. Soils break down into smaller par- 
ticles such as clay, and as water moves down through 
the matrix, it carries these fine soil particles with it. As 
they accumulate in the underlying layer, these particles 
form a B horizon. Soils that have A, B, and C layers 
are described as mature. 


Gradually, as weathering continues, plant growth 
and water percolation remove nearly all of the mineral 
nutrients from soil, and acidic by-products begin to 
develop. When a soil lacks the nutrients or contains 
enough acids that plant growth is slowed, the soil has 
reached old age. 


Soil categories 


Soil scientists have developed a number of systems 
for identifying and classifying soils. Some broad sys- 
tems of soil classification are used worldwide, and one 
of the most widely applied is that developed by the 
U.S. Department of Agriculture. It includes 11 major 
soil orders: alfisols, andisols, aridisols, entisols, histo- 
sols, inceptisols, mollisols, oxisols, spodisols, ultisols, 
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and vertisols. Each major order is subdivided into 
suborders, groups, subgroups, families, and series. 


Soils are also classified at an extremely specific 
level: soils are named after a local landmark such as 
a town, school, church, or stream near where the soil is 
first identified. There are soils named Amarillo and 
Fargo, for example, identifying their origins in north- 
western Texas and North Dakota, respectively. Soils 
that share characteristics that fall within defined limits 
share the same name, and these soils form a soil series. 
(Local names for soil series are usually used within 
countries but not across boundaries, even though soils 
on different continents share the same characteristics.) 


Soil groups and agriculture 


Plants have adapted to the globe’s variety of soils 
and can grow in almost every soil and under all varia- 
tions of weather, yet plants grow better in some places 
than others, especially in places where nutrients are 
most readily available from the soil. 


The tropical belt around Earth’s equator contains 
the globe’s “oldest” soils. Under heavy rainfalls and 
high temperatures, most nutrients have leached out of 
these soils. They generally contain high levels of iron 
oxides, which is why most tropical and subtropical 
(lateritic) soils are red in color. Yet many tropical 
soils are able to support rich, dense forests because 
organic matter is readily available on the surface of the 
soil as tropical vegetation falls to the ground and 
decays quickly. When tropical forests are cleared, the 
hot sun and heavy rains destroy the exposed organics, 
leaving very hard, dry soil that is poor for cultivation. 


Soils in desert regions are usually formed from 
sandstone and shale parent rocks. Like tropical soils, 
desert soils contain little organic matter, in this case 
because the sparse rainfall in arid regions limits plant 
growth. Desert soils are generally light in color and 
shallow. Desert subsoils may also contain high levels 
of salts, which discourage plant growth, and rise to the 
surface under rains and irrigation, forming a white 
crust as the water evaporates. 


Tundra (a Finnish word meaning “barren land”) 
soils, dark mucky soils, cover treeless plains in arctic 
and subarctic regions. Below the A horizon lie darker 
subsoils, and below that, in arctic regions, lies perma- 
frost. While these soils are difficult to farm because of 
their high water content and because permafrost pre- 
vents plant roots from penetrating very deeply, tundras 
naturally support a dense growth of flowering plants. 


Below the great flat plains of the Midwestern 
United States and the grassy plains of South Africa, 
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KEY TERMS 


Alluvial soils—Soils containing sand, silt, and clay, 
which are brought by flooding onto lands along 
rivers; these young soils are high in mineral content, 
and are the most productive soils for agriculture. 


Bedrock—The unweathered or partially weathered 
solid rock layer, which is exposed at the Earth’s sur- 
face or covered by a thin mantle of soil or sediment. 


Clay—the portion of soil comprising the smallest soil 
particles, those with diameters less than 0.002 mm, 
which is composed mainly of hydrous aluminum sili- 
cates and other minerals. 


Horizons—Layers of soil that have built up over time and 
lie parallel to the surface of Earth; these are composed 
of soils of varying thickness, color, and composition. 


Nutrients—The portion of the soil necessary to 
plants for growth, including nitrogen, potassium, 
and other minerals. 


Organic matter—The carbonaceous portion of the 
soil that derives from once living matter, including, 
for the most part, plants. 


Russia, and Canada lie deep layers of black soil atop a 
limestone like layer, which has leached out of the soil 
into the subsoil. These soils are termed chernozem 
soils, a term that comes from the Russian word for 
“black earth.” These soils are highly productive. 


The most productive soils for agriculture are allu- 
vial soils, which are found alongside rivers and at their 
mouths, where floods bring sediments containing 
sand, silt, and clay up onto the surrounding lands. 
These are young soils high in mineral content, which 
act as nutrients to plants. 


Life in the soil 


Soils teem with life. In fact, more creatures live 
below the surface of Earth than live above. Among 
these soil dwellers are bacteria, fungi, and algae, which 
feed on plant and animal remains breaking them down 
into humus, the organic component of soil, in the proc- 
ess. The numbers of these microscopic soil organisms is 
vast—a gram of soil, which would fit into a peanut shell, 
can contain from several hundred million to a few 
billion microorganisms. The importance of their actions 
to the health of the soil is equally large. 


Bacteria are the most abundant life form in most 
soils and are responsible for the decay of the residue 
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Parent material—Loose mineral matter scattered 
over the Earth by wind, water, or glacial ice, or 
weathered in place from rocks. 


Percolation—The movement of water down through 
soil layers, through which minerals and nutrients are 
moved through soil. 


Sand—Sediment particles smaller than pebbles and 
larger than silt, ranging in size from 1/16 of a milli- 
meter to 2 millimeters. 


Silt—Soil particles derived mainly from sedimentary 
materials that range between 0.0002-0.05 mm in 
size. 


Soil series—Soils that share a defined set of charac- 
teristics and share the same name. 


Topsoil—The uppermost layer of soil, to a depth of 
approximately 7.1-7.9 in (18-20 cm), which is the 
primary feeding zone for agricultural plants. 


from crops. Certain bacteria convert ammonia in soils 
into nitrogen, a fundamental plant nutrient. Some 
algae perform the same function (assuring a nitrogen 
supply) in rice paddy soils. Algae are numerous on the 
surfaces of moist soil. Fungi teem in soils, and range 
from several celled fungi to the large wild mushrooms 
that grow on moist soil. Fungi are capable of decom- 
posing a greater variety of organic compounds than 
bacteria. 


Nematodes are also abundant in most soils, and 
these eel-shaped, colorless worms are slightly larger 
than bacteria, algae, and fungi. An acre of soil may 
hold as many as | million nematodes. Most nematodes 
feed on dead plants, but some are parasites, and eat the 
roots of crops such as citrus, cotton, alfalfa, and corn. 


Ants abound in soils. They create mazes of tunnels 
and construct mounds, mixing soils and bringing up 
subsurface soils in the process. They also gather vege- 
tation into their mounds, which, as a result, become 
rich in organic matter. By burrowing and recolonizing, 
ants can eventually rework and fertilize the soil cover- 
ing an entire prairie. 


Earthworms burrow through soils, mixing organ- 
ics with minerals as they go, and aerating the soil. 
Some earthworms pull leaves from the forest floor 
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into their burrows, called middens, enriching the soil. 
The burrowing of the 4,000 or so worms that can 
inhabit an acre of soil turns and aerates soil, bringing 
7-18 tons of soil to the surface annually. 


Larger animals inhabit soils, including moles, 
which tunnel just below the surface eating earth- 
worms, grubs, and plant roots, loosening the soil and 
making it more porous. Mice also burrow, as do 
ground squirrels, marmots, and prairie dogs; all bring- 
ing tons of subsoil material to the surface. These ani- 
mals all prefer dry areas, so the soils they unearth are 
often sandy and gravelly. 


See also Land use; Soil conservation. 
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l Soil conservation 


Soil conservation refers to the control of soil ero- 
sion in order to maintain agricultural productivity. Soil 
conservation practices are based on an analysis of land 
use needs and the suitability of land for different uses. 


Erosion is any process by which soil is transported 
from one place to another. At naturally occurring rates, 
land typically loses about one inch (2.5 cm) of topsoil in 
100 to 250 years. A tolerable rate of soil erosion is con- 
sidered to be 48 to 80 Ib of soil per acre (55-91 kg per 
hectare) each year. Natural weathering processes that 
produce soil from rock can replace soil at about this 
rate. Cultivation, construction, and other human activ- 
ities have greatly increased the rate of soil erosion in most 
regions. Some areas of North America are losing as much 
as 18 tons of soil per acre (40 tonnes per hectare) per year. 


Soil erosion not only results in the loss of soil 
particles, but also organic matter and nutrients. The 
first 7 to 8 in (18-20 cm) of soil is the surface layer 
(topsoil) that provides most of the nutrients needed by 
plants. Because most erosion occurs from the surface 
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of the soil, this vital layer is the most susceptible to 
being lost. The fertilizers and pesticides in some 
eroded soils may also pollute rivers and lakes. 
Eroded soil damages dams and culverts, fisheries, 
and reservoirs when it accumulates in those structures 
as sediment (this is known as sedimentation). 


History 


Human activities have caused increases of soil 
erosion since the beginning of agriculture more than 
5,000 years ago. Plentiful land and a scarcity of labor 
in some countries encouraged farmers to intensively 
farm a piece of land, abandon it, and then move on to 
more fertile ground. This practice is still common in 
some developing countries, in the form of shifting 
cultivation or so-called slash and burn agriculture. 
In slash and burn agriculture, farmers burn part of a 
forest and plant crops among the ashes. After several 
years, the farmer moves to another area of forest 
and repeats the process. Although shifting cultiva- 
tion is commonly considered to be a major cause of 
soil erosion, if sufficient time is allowed between 
clearings, soil fertility can maintain itself over the 
longer term. 


Practices to protect the land from erosion have 
existed for several thousand years, particularly in the 
tropics and subtropics. For example, Chinese artifacts 
dating from about 4,500 years ago (2500 BC) depict 
terraces used to control erosion on cultivated slopes. 
Similarly, terraces have been used to grow rice in the 
Philippines for more than 1,000 years. 


In the United States, abusive agricultural practi- 
ces in combination with drought caused the great dust 
storms of 1934 and 1935, which carried large amounts 
of soil from the Great Plains to the Atlantic Ocean. 
Soil conservation became a practice of national impor- 
tance as a result of those storms. President Franklin 
Roosevelt signed bills in 1935 that established the Soil 
Conservation Service, an agency responsible for 
implementing practices to control soil erosion. 
Individual states also passed laws establishing nearly 
3,000 local soil conservation districts. 


For the next several decades, U.S. farmers pro- 
duced consistent surpluses of agricultural commodities. 
They had little incentive to push the land for higher 
yields. However, in the 1970s grain exports increased, 
especially to the Soviet Union. Farmers were encour- 
aged to cultivate marginal lands to fill the export quo- 
tas. Those areas, amounting to almost two million 
acres (800,000 hectares), included land on slopes and 
wetter areas that are relatively vulnerable to erosion. 
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Soil conservation 


The concern of the environmental movement 
about water quality in the 1970s helped to return 
attention to the problem of soil erosion. Excessive 
amounts of phosphorus and nitrogen occurred in 
streams and lakes as a result of agricultural fertiliza- 
tion practices, and this added to public criticism of soil 
conservation programs. Congress passed the Soil and 
Water Resource Conservation Act to evaluate and 
conserve soil, water, and related resources on non- 
federal land. Erosion can also contribute to increased 
turbidity levels in streams, which inhibit the develop- 
ment of such endangered or threatened fish as salmon. 


The 1985 Food Security Act encouraged land man- 
agement practices that were intended to reduce soil ero- 
sion. The Act removed up to 45 million acres (18 million 
hectares) of erosion-prone land from intensive cultiva- 
tion. It also prevented the conversion of rangelands into 
cultivated fields through its sodbuster provision. The Act 
withdrew some commodity (feed grain, wheat, rice, 
upland cotton, etc.) acreage from production, through 
multiyear acreage set-asides and conservation easements. 
It also required farmers to develop plans and apply 
management practices that would keep soil erosion on 
highly erodible lands within acceptable limits. 


How soil erodes 


Soil erosion is caused primarily by water and wind. 
There are several different types of water-caused erosion: 
sheet, rill, gully, and stream channel. In sheet erosion, the 
flow of water over the surface of the soil detaches and 
transports particles in thin layers. Concentrated flows of 
water form small channels or grooves (rills), and even- 
tually develop larger gullies that carry away large 
amounts of soil. Sometimes, underground tunnels are 
formed by erosion of the subsoil. Eventually, the tunnel 
roof falls in to form deeper gullies. Stream channels erode 
when soil is removed from the fringing banks, or from 
within the channel of the stream itself. 


Soil erosion is influenced by several variables, espe- 
cially climate, soil type, density and types of plants and 
animals, and topography. Climatic factors include pre- 
cipitation, evaporation, temperature, wind, humidity, 
and solar radiation. Frequent and extreme changes in 
these conditions, such as freezes and thaws and severe 
rainstorms, often increase the rate of erosion. 


Soil conditions that affect erosion include detach- 
ability and transportability. Detachability is the ten- 
dency of soil particles to separate from each other. 
Detachability increases as the size of soil particles 
increases. Transportability is the ease with which soil is 
carried from one location to another. Transportability 
increases as the size of soil particles decreases. 
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Vegetation helps to reduce erosion by intercepting 
rainfall, decreasing the surface velocity of runoff, 
physically restraining soil movement, improving the 
porosity of the soil so that percolation is rapid, and by 
decreasing the amount of runoff, by evaporating water 
to the atmosphere through planttranspiration. 


Soil topography features that influence soil erosion 
include the degree, shape, and length of the slope, and 
the size and shape of the watershed. Erosion increases 
rapidly with increasing steepness and length of slope. 


Soil conservation methods 


In addition to erosion control, comprehensive soil 
conservation includes the maintenance of organic 
matter and nutrients in soil. Soil conservation practi- 
ces also prevent the buildup of toxic substances in the 
soil, such as salts and excessive amounts of pesticides. 
Soil conservation maintains or improves soil fertility, 
as well as its tilth, or structure. These all increase the 
capacity of the land to support the growth of plants on 
a sustainable basis. 


There are two basic approaches to soil erosion 
control: barrier and cover. The barrier approach uses 
banks or walls such as earthen structures, grass strips, 
or hedgerows to check runoff, wind velocity, and soil 
movement. Barrier techniques are commonly used all 
over the world. 


The cover approach maintains a soil cover of 
living and dead plant material. This cover lessens the 
impact and runoff of rain water, and decreases the 
amount of soil carried with it. This may be done 
through the use of cover crops, mulch, minimum till- 
age, or agroforestry. 


Barrier approaches 


Terracing is the construction of earthen embank- 
ments that look like long stair-steps running across the 
slope of rolling land. A terrace consists of a channel 
with a ridge at its outer edge. The channel intercepts 
and diverts downhill runoff. Terraces help to prevent 
soil erosion by increasing the length of the slope, 
thereby reducing the speed of overland water flow to 
allow for greater infiltration. The channels redirect 
excess runoff to a controlled outlet. Terraces help 
prevent the formation of gullies and retain runoff 
water to allow sediment to settle. 


Extensive systems of irrigated terraces have long 
been used in numerous countries, including Yemen, 
the central Andes, the southwestern United States, 
Ethiopia, Zimbabwe, and northern Cameroon. Soil 
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terraces occur widely in Southeast and South Asia, 
New Guinea, East Africa, and Nigeria. 


The construction of reservoirs, usually ponds, is 
another barrier method for intercepting the surface 
runoff of water and sediment. Reservoirs increase 
soil moisture, thereby improving the resistance of soil 
to erosion. Water stored in reservoirs is also available 
for use in irrigation. 


Contouring is plowing, planting, cultivating, or 
harvesting across the slope of the land, instead of up 
and down the hillside. Contouring reduces the velocity 
of surface runoff by impounding water in small 
depressions. 


Cover approaches 


Strip or alley cropping grows alternate strips of 
different crops in the same field. For example, rows 
of annual cultivated crops such as corn or potatoes, 
which have the most potential to cause erosion 
because of frequent plowing, are rotated with small 
grains such as oats that allow less erosion, and also 
with dense perennial grasses and legumes such as 
lespedeza and clover, which provide the best erosion 
control because the soil is not disturbed very often. 


A combination of contouring and strip cropping 
provides relatively efficient erosion control and water 
conservation. Both contour and strip crops can be 
planted with shrubs and trees, known as windbreaks 
or shelterbelts, that form perennial, physical barriers 
to control wind erosion. In addition, shrubs and trees 
produce litter that increases soil cover, while helping 
to accumulate soil upslope to eventually develop 
terraces, and stabilizing the soil with their root 
systems. 


Protective cover cropping and conservation till- 
age are systems of reduced or no-tillage that leave 
crop debris covering at least 30% of the soil surface. 
Crop residues on the surface decompose more slowly 
than those that are plowed into the soil, and they 
release nitrogen more uniformly and allow plants to 
use it more efficiently. Crop residues also reduce wind 
velocity at the surface, trap eroding soil, and slow 
down surface and subsurface runoff of water. 
Residues also attract earthworms to the surface, 
whose burrows act as drains for the percolation of 
runoff water during heavy rains. Crop residues also 
provide insulation that lowers spring and summer soil 
temperatures, and increases soil moisture by reducing 
evaporation. In areas that are more productive under 
irrigation, conservation tillage reduces water require- 
ments by one-third to one-half, compared with con- 
ventionally tilled areas. 
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Contouring—Plowing along a slope, rather than up 
and down it, to create furrows that catch soil and 
water runoff. 


Fertility—The capacity of the soil to support plant 
productivity. 

Minimum tillage—A farming method in which one 
or more planting operations is eliminated so as to 
reduce the exposure of the soil to erosion by wind 
and water. 


Strip cropping—A farming method in which alter- 
nating bands of soil are planted in crops that are 
prone to soil erosion and others that prevent it. 


Terracing—tThe creation of steplike basins on hilly 
ground in order to irrigate crops grown there. 


Topsoil—The uppermost layer of soil, to a depth of 
approximately 7.1 to 7.9 in (18 to 20 cm), which is 
the primary feeding zone for agricultural plants. 


Degrees of conservation tillage range from no-till, in 
which the soil is not plowed and seeds are planted by a 
drilling technique, to varying degrees of tillage. 
However, during tillage the soil is not completely turned, 
as it would be if a moldboard plow was used. Weeds and 
pest insects are controlled using herbicides and insecti- 
cides, respectively. Conservation tillage eliminates the 
need to let fields lie fallow (unplanted) for a year to 
“rest.” Fallow acreage is somewhat prone to soil erosion 
and to becoming dominated by intruding vegetation. 


Another cover approach can provide temporary 
erosion control, such as that needed at construction 
sites. When certain chemical substances known as 
polymers are added to the soil, they form aggregates 
with the soil particles. These additives have no toxic 
effect, but stabilize the soil to provide temporary ero- 
sion control until a longer-lived plant cover can be 
established. 


See also Contour 
agriculture. 


plowing; Slash-and-burn 
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Solar activity cycle 


I Solar activity cycle 


The solar activity cycle is the periodic, typically 
11-year-long variation in the number of active features 
(for example, sunspots) visible on the Sun’s apparent 
surface or in its atmosphere. Over a period of 11 years, 
the number of sunspots gradually rises from a low 
level, reaches a maximum near the midpoint of the 
cycle, and then declines to a minimum. Solar activity 
is governed by the Sun’s magnetic field, and one of the 
unsolved problems in astronomy is the origin of the 
regular changes in the magnetic field that drive the 
activity cycle. 


Discovery of the activity cycle 


The most easily observed solar active features are 
sunspots, which are relatively cool regions on the 
Sun’s surface that appear as dark areas to viewers on 
the Earth. Italian astronomer and physicist Galileo 
Galilei (1564-1642) made some of the first telescopic 
observations of sunspots in 1610, but it was not until 
1843 that German astronomer Samuel Heinrich 
Schwabe (1789-1875) noticed that the number of sun- 
spots rose and fell in a cyclic fashion. One of the chief 
ways that scientists today track solar activity is by 
monitoring sunspots. 


The overall sunspot record appears in Figure 1. 
The horizontal axes of these graphs show time, begin- 
ning in 1610 and continuing to 1980, and the vertical 
axes show the sunspot number. From one minimum to 
the next is usually about 11 years, but this is not always 
the case. From 1645 to 1715, the cycle disappeared. 
This period is called the Maunder minimum after 
British solar astronomer Edward Walter Maunder 
(1851-1928). (In the early 1800s, the cycles were very 
long—nearly 14 years rather than 11.) 


Between 1645 and 1715, when no sunspots were 
observed, the Northern Hemisphere experienced a 
mini ice age. Indirect evidence suggests that the Sun 
was also inactive around 1300—the same time that 
there is evidence for severe drought in western North 
America and long, cold winters in Europe. Although 
other minima are believed to have occurred in the past, 
no sunspot records exist prior to 1610. There has also 
been speculation that a Maunder maximum might 
someday occur. Solar maximums are accompanied 
by many sunspots, solar flares, and coronal mass ejec- 
tions, all with the potential of disrupting communica- 
tions and weather on Earth. 


Accompanying the variations in sunspot number 
are corresponding changes in other types of solar 
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activity. Prominences appear as large regions of glow- 
ing gas suspended in magnetic field loops arching far 
above the solar surface. Sometimes there are violent 
flares, which are eruptions in the solar atmosphere 
that usually occur near sunspots. Matter ejected 
from the Sun by flares sometimes streams into 
Earth’s atmosphere, where it can interfere with radio 
communications and cause aurorae (the so-called 
northern lights and southern lights). The radiation 
accompanying solar flares has on occasion subjected 
airline passengers to doses of x rays comparable to a 
medical x-ray examination. 


Cause of the activity cycle 


No one has yet fully explained the origin of the 
solar activity cycle. Astronomers have developed sev- 
eral possible scenarios, or models, that reproduce the 
general characteristics of the cycle, but the details 
remain elusive. One of the most well-known of 
these models was developed in the early 1960s by 
American astronomer Horace Welcome Babcock 
(1912-2003). 


Unlike Earth, the Sun is made totally of gas, and 
this makes a big difference in how these two bodies 
rotate. To see how Earth rotates, look at a spinning 
compact disc. Every part of the disc completes one 
rotation in the same amount of time. To see how the 
Sun rotates, study the surface of a freshly made cup of 
instant coffee. The foam on the surface rotates at 
different speeds: the inner parts rotate faster, so that 
spiral patterns form on the surface of the coffee. This is 
called differential rotation, and it is how any liquid or 
gaseous body rotates. Therefore the Sun, being gas- 
eous, rotates differentially: the equator completes one 
rotation every 26 days, while regions near the poles 
rotate once every 36 days. 


This is important because the Sun’s magnetic 
field, like the Earth’s magnetic field, gets carried 
along with the rotating material. When the magnetic 
field at the Sun’s equator has been carried through 
one complete rotation, the more slowly rotating field 
at higher latitudes has fallen behind. Over the course 
of many rotations, the field gets more and more 
twisted and tangled. Therefore, solar active features, 
like sunspots, are associated with regions of strong 
and complex magnetic fields. So, the more twisted the 
magnetic field gets, the more activity there is. Finally, 
when the magnetic field gets tangled to a critical level, 
it rearranges itself into a simpler configuration, just 
as when one twists a rubber band too many times, it 
snaps. As the magnetic field’s complexity decreases, 
so does the activity, and soon the cycle is complete. 
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Figure 1. Annual mean sunspot numbers from 1610 to -1980. (//lustration by Hans & Cassidy. Courtesy of Gale Group.) 


None of this happens on Earth, because Miami, 
Florida, and Fairbanks, Alaska, for example, both 
rotate once every 24 hours. There is no differential 
rotation on Earth to tangle its magnetic field. 


Coronal mass ejections (CMEs) are solar bursts 
that are as powerful as billions of nuclear explosions. 
These ejections are the largest explosions in the solar 
system, typically hurling up to 11 billion tons of ion- 
ized gas into space. CMEs produce geomagnetic 
storms that reach Earth in about four days. These 
storms can damage satellites, disrupt communication 
networks, and cause power outages. The 1989 power 
blackout in the northeast portion of the United States 
and Canada was triggered by a geomagnetic storm 
that overloaded part of the power grid and caused a 
blackout to propagate through the system. Satellites 
have been disrupted and, on occasion, destroyed 
by the radiation accompanying CMEs. For these rea- 
sons, operators of satellites, power systems, pipelines, 
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and other sensitive systems follow solar-terrestrial 
activities by monitoring data from ground and orbit- 
ing solar telescopes, magnetometers, and other 
instruments. 


In 1999, scientists reported a strong correlation 
between an S-shaped pattern that is sometimes 
observed on the Sun’s surface and the probability 
that a coronal mass ejection will occur from that 
region within several days. These S-shaped regions 
are thought to be produced by the twisted solar mag- 
netic fields. If the correlation holds up under closer 
examination, it may be possible to predict CMEs as 
routinely as meteorologists predict weather patterns. 
To help this prediction ability, NASA launched the 
Solar Terrestrial Relations Observatory (STEREO), 
two spacecraft, in October 2006. They were positioned 
far from one another so they could produce stereo- 
scopic images of CMEs and other solar activity 
measurements. 
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Solar activity cycle 


The poles of the Sun’s magnetic field change pla- 
ces each 1 1-year activity cycle. The north pole becomes 
the south magnetic pole, and vice versa. Thus, the 11- 
year cycle of sunspot frequency is actually half of a 22- 
year solar cycle in which the magnetic field reverses 
itself repeatedly. Actually, the length of the activity 
cycle is not exactly 11 years; that is just an average 
value. May 1996 saw the start of Cycle 23, i.e., the 23rd 
cycle since reliable data first became available. Cycle 
23 was predicted to be of the same size as Cycle 20. 
However, it peaked prematurely in April 2000 at a 
smooth sunspot number (SSN) of about 120.8, with 
a second, smaller peak in November 2001. Cycle 23 
should end in 2007, with Cycle 24 picking up where 
Cycle 23 ended—and Cycle 24 ending sometime 
around 2018. 


In the course of each 11-year cycle, an increasing 
number of sunspots appear at high latitudes and then 
drift towards the equator. As already noted, sunspots 
are actually regions of intense magnetic activity 
where the solar atmosphere is slightly cooler than 
the surroundings. This is the reason sunspot regions 
appear black when viewed through viewing filters. 
Sunspots are formed when the magnetic field lines 
just below the Sun’s surface become twisted, and 
poke though the solar photosphere, i.e., the region 
of the Sun’s surface that can be seen by viewers on 
Earth. The twisted magnetic field above sunspots are 
frequently found in the same places that solar flares 
appear. 


Sunspots pump x rays, high-energy protons, and 
electrified gases into space. That is the reason sunspots 
can affect satellites and power and communications 
systems on Earth. 


In 1998, scientists reported finding giant convective 
cells (red and blue blotches) on the face of the Sun. 
Although evidence of the existence of these structures 
had been sought for more than 30 years, they had not 
been seen before because their movements were buried 
in the more violent, small-scale activities on the Sun. 
These blue and red shifts are believed to correspond to 
the rising and falling of gases and their spreading out 
across the solar surface. Now, in the 2000s, this data is 
still being studied by scientists. 


The flow of solar gases is more powerful than the 
solar magnetic fields, so the gases can carry magnetic 
structures with them. The eruption of these magnetic 
structures from the surface and their looping into 
space and back coincides closely with the appearance 
of sunspots. 
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KEY TERMS 


Differential rotation—Describes how a nonsolid 
object, like the Sun, rotates. Different parts of the 
object rotate at different rates; the Sun’s equator, for 
example, completes one rotation faster (26 days) 
than its poles (36 days). 


Maunder minimum—tThe period of time from 
1645 to 1715 when the solar activity cycle disap- 
peared entirely. This period also corresponds to 
a time of unusually severe winters in Europe, 
suggesting that the solar cycle may be somehow 
connected to dramatic variations in Earth’s 
climate. 


Sunspot number—An international estimate of 
the total level of sunspot activity on the side of 
the Sun facing Earth, tabulated at the Zurich 
Observatory (Germany). Observations from around 
the world are sent to Zurich, where they 
are converted into an official sunspot number. 
Since the Sun rotates, the sunspot number changes 
daily. 


See also Global climate; Solar flare; Total solar 
irradiance. 
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Solar energy see Alternative energy sources 
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| Solar flare 


A solar flare is a sudden, localized release of 
energy in the sun’s outer atmosphere. The energy 
released can reach the equivalent to a one-billion meg- 
aton explosion. Speeds of expelled particles can reach 
one million mph (1.6 million km/hr). This energy, in 
the form of radiation, is distributed throughout the 
electromagnetic spectrum, allowing flares to be seen at 
many different wavelengths, from the x ray to the 
radio regions. 


The first recorded observation of a solar flare was 
in 1859 by English amateur astronomer Richard 
Christopher Carrington (1826-1875), who saw a sud- 
den brightening in white light while observing sun- 
spots. Most flares, however, are detectable only with 
a filter that passes wavelengths of light corresponding 
to certain spectral lines. The most common filter used 
is hydrogen-alpha (Ha), the first line of the hydrogen 
Balmer series, at 6,563 A. Flares are also detected 
at x-ray, ultraviolet, and radio wavelengths. X-ray 
and ultraviolet observations are done from above 
Earth’s atmosphere, using sounding rockets and 
satellites. 


Flares are believed to be caused when magnetic 
reconnection occurs in a solar active region. The 
flares are associated with the magnetic fields accom- 
panying sunspots in the sun’s photosphere. Since 
flares are correlated with sunspots, their occurrence 
follows the eleven-year solar cycle. The sun’s mag- 
netic field lines connect the north and south magnetic 
poles, but are filled with kinks, causing them to 
emerge through the solar surface at the locations of 
sunspots. Bundles of field lines, called magnetic 
flux tubes, occasionally become twisted, trapping 
excess magnetic energy. These twists may suddenly 
straighten out, returning the magnetic field lines to a 
more orderly form, and releasing enormous quanti- 
ties of energy in the process. When this happens, huge 
quantities of charged particles are ejected into space, 
and radiation is emitted, particularly at x-ray wave- 
lengths. Typical flares only cover a tiny fraction of 
the sun, and last for only a few minutes. 


Because the largest solar flares can produce sub- 
stantial amounts of radiation and particles, their 
effects can be seen on the Earth. Solar flares whose 
charged particles travel towards and collide with 
Earth (called a solar storm) affect radio transmis- 
sions, produce beautiful auroras (or the northern 
and southern lights), and can cause disruption of 
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A solar flare erupting from the chromosphere of the sun. 
(NASA/Science Photo Library/Photo Researchers, Inc.) 


power transmission. Flares can also be a danger to 
spacecraft electronics, which must be shielded or 
radiation hardened to protect them, and astronauts 
(and other space travelers), who could be exposed to 
lethal doses of radiation if not protected. Because of 
these effects, scientists hope to be able to predict 
when flares will occur, but they are not able to do so 
at this time. However, they do know that large solar 
flares are more likely near the peak of the sun’s 
11-year cycle. 


The Japanese spacecraft called Solar-B (also 
named Hinode, meaning sunrise) was launched 
September 22, 2006, in order to learn more about 
solar flares and their perceived source, magnetic 
fields. Solar-B contains instruments that will 
study x-ray, optical, and ultraviolet wavelengths 
that emerge from the sun’s magnetic field and its 
corona. 
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Solar illumination: Seasonal and diurnal patterns 


A solar flare. (U.S. National Aeronautics and Space Administration [NASA].) 


| Solar illumination: Seasonal 


and diurnal patterns 


The Earth rotates about its polar axis as it revolves 
around the sun. Earth’s polar axis is tilted 23.5° to the 
orbital plane (ecliptic plane). Combinations of rotation, 
revolution, and tilt of the polar axis result in differential 
illumination and changing illumination patterns on 
Earth. These changing patterns of illumination result 
in differential heating of Earth’s surface that, in turn, 
creates seasonal climatic and weather patterns. 


The Earth’s rotation results in cycles of daylight 
and darkness. One daylight and night cycle constitutes 
a diurnal cycle. Daylight and darkness are separated 
by a terminator—a shadowy zone of twilight. Earth’s 
rate of rotation—approximately 24 hours—fixes the 
time of the overall cycle (i.e., the length of a day). 
However, the number of hours of daylight and dark- 
ness within each day varies depending upon latitude 
and season (1.e., Earth’s location in its elliptical orbital 
path about the sun). 
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On Earth’s surface, a circle of illumination 
describes a latitude that defines an extreme boundary 
of perpetual daylight or perpetual darkness. Tropics 
are latitudes that mark the farthest northward and 
farthest southward line of latitude where the solar 
zenith (the highest angle the sun reaches in the sky 
during the day) corresponds to the local zenith (the 
point directly above the observer). At zenith, the sun 
provides the most direct (most intense) illumination. 
Patterns of illumination and the apparent motion of 
the sun on the hypothetical celestial sphere establish 
several key latitudes. The North Pole is located at 90° 
North latitude; the Arctic Circle defines an area from 
66.5° N to the North Pole; the Tropic of Cancer 
defines an area from the Equator to 23.5° N; the 
Tropic of Capricorn defines an area from the equator 
to 23.5° S; and the Antarctic Circle defines an area 
from 66.5° S to the South Pole. 


There are seasonal differences in the amount and 
directness of daylight (e.g., the first day of summer 
always has the longest period of daylight, and the first 
day of winter the least amount of daylight). With 
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Shadow obscuring the majority of Earth; only a small crescent of Earth is visible. (MM. Agliolo.) 


regard to the Northern Hemisphere, at winter solstice 
(approximately December 21st), Earth’s North Pole is 
pointed away from the sun, and sunlight falls more 
directly on the Southern Hemisphere. At the summer 
solstice (approximately June 21), Earth’s North Pole is 
tilted toward the sun, and sunlight falls more directly 
on the Northern Hemisphere. At the intervening ver- 
nal and autumnal equinoxes, the North and South 
Pole are oriented so that they have the same angular 
relationship to the sun and, therefore, receive equal 
illumination. In the Southern Hemisphere, the winter 
and summer solstices are exchanged so that the solstice 
that marks the first day of winter in the Northern 
Hemisphere marks the first day of summer in the 
Southern Hemisphere. 


At autumnal equinox (approximately September 
21st), there is uniform illumination of Earth’s surface 
(i.e., 12 hrs of daylight everywhere except exactly at the 
poles, which are both illuminated). At winter solstice 
(approximately December 21st), there is perpetual sun- 
light within the Antarctic Circle (1.e., the Antarctic 
Circle is fully illuminated). At vernal equinox (approx- 
imately March 21st), the illumination patterns return to 
the state of the autumnal equinox. At vernal equinox, 


there is uniform illumination of Earth’s surface (i.e., 12 
hrs of daylight everywhere except exactly at the poles, 
which are both illuminated). At summer solstice 
(approximately June 21st), there is perpetual sunlight 
within the Arctic Circle (.e., the Arctic Circle is fully 
illuminated). 


The illumination patterns in the polar regions— 
within the Artic Circle and Antarctic Circle—are 
dynamic and inverse. As the extent of perpetual illumi- 
nation (perpetual daylight) increases—to the maximum 
extent specified by the latitude of each circle—the extent 
of perpetual darkness increases within the other polar 
circle. For example, at winter solstice, there is no illumi- 
nation within the Artic circle (i.e., perpetual night within 
the area 66.5° N to the North Pole). Conversely, the 
Antarctic Circle experiences complete daylight (i.e., per- 
petual daylight within the area 66.5° S to the North 
Pole). As Earth’s axial tilt and revolution about the 
Sun continue to produce changes in polar axial orienta- 
tion that result in a progression to the vernal equinox, 
the circle of perpetual darkness decreases in extent 
round the North Pole as the circle of perpetual daylight 
decreases around the South Pole. At equinox, both 
polar regions receive the same illumination. 


Solar prominence 


At the equator, the sun is directly overhead at 
local noon at both the vernal and autumnal equinox. 
The Tropic of Cancer and the Tropic of Capricorn 
denote latitudes where the sun is directly overhead at 
local noon at a solstice. Along the Tropic of Cancer, 
the sun is directly overhead at local noon at the June 
21st solstice (the Northern Hemisphere’s summer sol- 
stice and the Southern Hemisphere’s winter solstice). 
Along the Tropic of Capricorn, the sun is directly 
overhead at local noon at the December 21st solstice. 


Precession of Earth’s polar axis also results in a 
long-term precession of seasonal patterns. 


Although the most dramatic changes in illumina- 
tion occurs within the polar regions, the differences in 
daylight hours—affecting the amount of solar energy 
or solar insolation received—cause the greatest cli- 
matic variations in the middle latitude temperate 
regions. The polar and equatorial regions exhibit 
seasonal patterns, but these are much more uniform 
(i.e., either consistently cold in the polar regions 
or consistently hot in the near equatorial tropical 
regions) than the wild temperature swings found in 
temperate climates. 


Differences in illumination are a more powerful 
factor in determining climatic seasonal variations than 
Earth’s distance from the sun. Because Earth’s orbit is 
only slightly elliptical, the variation from the closest 
approach at perihelion (approximately January 3rd) 
to the farthest Earth orbital position at aphelion six 
months later (varies less than 3%). Because the major- 
ity of tropospheric heating occurs via conduction of 
heat from the surface, differing amounts of sunlight 
(differential levels of solar insolation) result in differ- 
ential temperatures in Earth’s troposphere that then 
drive convective currents and establish low and high 
pressure areas of convergence and divergence. 


See also Atmosphere observation; Atmosphere, 
composition and structure; Atmospheric circulation; 
Atmospheric optical phenomena; Latitude and longi- 
tude; Meteorology; Precession of the equinoxes; 
Seasons. 
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[ Solar prominence 


Solar prominences are large, glowing clouds of 
extremely hot ionized gases (or plasma) suspended in 
magnetic field loops above the sun’s photosphere, 
primarily in the corona. Although impossible to see 
in white light (because the brilliance of the photo- 
sphere blots them out), they are easily visible in hydro- 
gen alpha images (pictures taken in light emitted by 
hydrogen atoms, the principal constituent of the sun). 
Prominences have been observed during eclipses for 
hundreds of years, but it was not until the twentieth 
century that they were observed in detail. 


Prominences arise as products of the solar activity 
cycle. The hot gas that comprises the sun is magne- 
tized, and as the sun rotates and the heat of its interior 
churns its subsurface layer in great convective bubbles, 
the magnetic field becomes increasingly tangled. Large 
magnetic loops burst through the sun’s photosphere 
and into its atmosphere. At the focal points of these 
loops one often finds sunspots, while trapped in the 
upper part of the loop is hot (about 10,000 K), glowing 
hydrogen gas. These glowing loops are prominences, 
and not surprisingly, they are most common at the 
height of the solar activity cycle, and decrease in num- 
ber as the complex magnetic field rearranges itself into 
simpler configurations and the activity cycle declines. 


Because the magnetic loops are not static, prom- 
inences evolve on time scales of days. As a magnetic 
loop expands, the pressure of the material inside it 
may become sufficient to break through the field, 
and the prominence will then dissipate. The gas inside 
a prominence flows from one part of the loop to the 
other as well, making prominences dynamic objects 
for study from Earth-based and satellite telescopes. 
When prominences break apart they are called coronal 
mass projections. 


Prominences are typically huge; several Earth-sized 
planets could fit inside a typical prominence loop. 
Graceful quiescent prominences last for up to several 
days, while their more violent cousins, the eruptive prom- 
inences, only last for a matter of hours. Prominences do 
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not appear to be confined to the sun; evidence exists for 
gigantic, prominence-like structures on other stars. Some 
stellar prominences have been suggested to extend as far 
as an entire stellar radius from the surface of their parent 
star. Such a structure would dwarf even the largest solar 
prominences. 


In December 1995, the Solar and Heliospheric 
Observatory (SOHO) was jointly launched by the 
European Space Agency (ESA) and the National 
Aeronautics and Space Administration (NASA). 
SOHO’s mission is to study the sun, including solar 
prominences. As of 2006, the largest solar prominence 
observed by SOHO was a 216,000 mi (350,000 km) 
long prominence that was seen in 1997. The diameter 
of this prominence was almost thirty times Earth’s 
diameter. Its two-year mission is still on-going as of 
October 2006. 


Jeffrey Hall 


l Solar system 


The solar system is defined as all celestial bodies 
that orbit the sun, including the sun itself. It is com- 
prised of the sun, eight major planets, many dwarf 
planets, the moons that orbit planetary bodies, some 
100,0000 asteroids larger than 0.6 mi (1 km) in diam- 
eter, and perhaps | trillion cometary nuclei. (As of 
2006, Pluto was demoted to a dwarf planet by the 
International Astronomical Union, reducing the num- 
ber of planets in the solar system to eight.) While the 
major planets lie within 30 astronomical units (AU) of 
the sun, the outermost boundary of the solar system 
stretches to one million AU, one third the way to the 
nearest star (Proxima Centauri), excluding the Sun. It 
is believed that the solar system was formed through 
the collapse of a spinning cloud of interstellar gas and 
dust. (The solar system can also be used to describe 
any star system, however, traditionally it is reserved 
for the sun’s system.) 


What and where is the solar system? 


The central, and most important object in the solar 
system is the sun. It is the largest and most massive 
object in the solar system—its diameter is 109 times 
that of the Earth, and it is 333,000 times more massive. 
The extent of the solar system is determined by the 
gravitational attraction of the sun. Indeed, the boun- 
dary of the solar system is defined as the surface within 
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which the gravitational pull of the sun dominates over 
that of the Milky Way galaxy. Under this definition, 
the solar system extends outwards from the sun to a 
distance of about 100,000 AU. The solar system is 
much larger, therefore, than the distance to the remot- 
est known (and largest) dwarf planet, Eris which orbits 
the sun at a furthest distance of 97.56 AU. 


The sun and the solar system are situated some 
26,000 light-years (the distance that light travels in one 
year while in a vacuum) from the center of the Milky 
Way galaxy. Traveling at a velocity of 137 mph (220 
km/h), the sun takes about 240 million years to com- 
plete one orbit about the galactic center, and since its 
formation the sun has completed about 19 such trips. 
As it orbits the center of the galaxy, the sun also moves 
in an oscillatory fashion above and below the galactic 
plane (the sun’s motion is similar to that of a carousel 
fair-ground ride) with a period of about 30 million 
years. During their periodic sojourns above and 
below the plane of the galaxy, the sun and solar system 
suffer gravitational encounters with other stars and 
giant molecular clouds. These close encounters result 
in the loss of objects (essentially dormant cometary 
nuclei located in the outer Oort cloud) that are on, or 
near, the boundary of the solar system. These encoun- 
ters also nudge some cometary nuclei toward the inner 
solar system, where they may be observed as long- 
period comets. 


Solar system inventory 


One of the central and age-old questions concern- 
ing the solar system is, “How did it form?” From the 
very outset, cosmologists (scientists that deal with the 
age of the universe, galaxy, solar system, etc.) know 
that such a question has no simple answer, and rather 
than attempting to explain specific observations about 
the solar system, scientists have tried to build-up a 
general picture of how stars and planets might form. 
Therefore, scientists do not try to explain why there 
are eight major planets within the sun’s solar system, 
or why the second planet is 17.8 times less massive 
than the seventh one. Rather, they seek to explain, 
for example, the compositional differences that exist 
between the planets. Indeed, it has long been realized 
that it is the chemical and dynamical properties of the 
planets that place the most important constraints on 
any theory that attempts to explain the origin of the 
solar system. 


The objects within the solar system demonstrate 
several essential dynamical characteristics. When viewed 
from above the sun’s North Pole, all of the planets orbit 
the sun along near-circular orbits in a counterclockwise 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


manner. The sun also rotates in a counterclockwise direc- 
tion. With respect to the sun, therefore, the planets have 
prograde orbits. The major planets, asteroids and short- 
period comets all move along orbits only slightly inclined 
to one another. This is why, for example, that when 
viewed from Earth, the asteroids and planets all appear 
to move in the narrow zodiacal band of constellations. 
All of the major planets, with two exceptions, spin on 
their central axes in the same direction that they orbit the 
sun. That is, the planets mostly spin in a prograde 
motion. The planets Venus and Uranus are the three 
exceptions, having retrograde (backwards) spins. (In 
addition, the dwarf planet Pluto is an example of a 
dwarf planet with a retrograde orbit.) 


The distances at which the planets orbit the sun 
increase geometrically, and it appears that each planet 
is roughly 64% further from the sun than its nearest 
inner neighbor. This observation is reflected in the so- 
called Titius-Bode rule, which is a mathematical relation 
for planetary distances. The formula for the rule is 
d(AU) = (4 + 3 x 2") / 10, where n = 0, 1, 2, 3,... 
represents the number of each planet, and d is the dis- 
tance from the sun, expressed in astronomical units. The 
formula gives the approximate distance to Mercury 
when n = 0, and the other planetary distances follow 
in sequence. It should be pointed out here that there is 
no known physical explanation for the Titius-Bode rule, 
and it may well be just a numerical coincidence. 
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Certainly, the rule predicts woefully inaccurate distances 
for the planet Neptune and dwarf planet Pluto. 


One final point on planetary distances is that the 
separation between successive planets increases dra- 
matically beyond the orbit of Mars. While the inner, or 
terrestrial, planets are typically separated by distances 
of about four-tenths of an AU, the outer, or Jovian, 
planets are typically separated by five to ten AU. This 
observation alone suggests that the planetary forma- 
tion process was different somewhere beyond the orbit 
of Mars. 


While the asteroids and short-period comets sat- 
isfy, in a general sense, the same dynamical constraints 
as the major planets, scientists have to remember that 
such objects have undergone significant orbital evolu- 
tion since the solar system formed. The asteroids, for 
example, have undergone many mutual collisions and 
fragmentation events, and the cometary nuclei have 
suffered from numerous gravitational perturbations 
from the planets. Long-period comets in particular 
have suffered considerable dynamical evolution, first 
to become members of the Oort cloud, and second to 
become comets visible in the inner solar system. 


The compositional make-up of the various solar 
system bodies offers several important clues about the 
conditions under which they formed. The four interior 
planets—Mercury, Venus, Earth, and Mars—are 
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Figure 2. Schematic of present-day solar system. (Thomson Gale.) 


classified as terrestrial and are composed of rocky 
material surrounding an iron-nickel metallic core. On 
the other hand, Jupiter, Saturn, Neptune, and Uranus 
are classified as the gas giants and are large masses of 
hydrogen in gaseous, liquid, and solid form surround- 
ing Earth-size rock and metal cores. Dwarf planet 
Pluto fits neither of these categories, having an icy 
surface of frozen methane. Pluto more greatly resem- 
bles the satellites of the gas giants, which contain large 
fractions of icy material. This observation suggests 
that the initial conditions under which ices might 
have formed only prevailed beyond the orbit of 
Jupiter. 


In summary, any proposed theory for the forma- 
tion of the solar system must explain both the dynam- 
ical and chemical properties of the objects in the solar 
system. It must also be sufficient flexibility to allow for 
distinctive features such as retrograde spin, and the 
chaotic migration of cometary orbits. 


The solar nebula hypothesis 


Astronomers almost universally believe that the 
best descriptive model for the formation of the solar 
system is the solar nebula hypothesis. The essential 
idea behind the solar nebula model is that the sun 
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and planets formed through the collapse of a rotating 
cloud of interstellar gas and dust. In this way, planet 
formation is thought to be a natural consequence of 
star formation. 


The solar nebula hypothesis is not a new scientific 
proposal. Indeed, German philosopher Immanuel Kant 
(1724-1804) first discussed the idea in 1755. Later, French 
mathematician, Pierre Simon de Laplace (1749-1827) 
developed the model in his text, The System of the 
World, published in 1796. The model is still under devel- 
opment today. 


The key idea behind the solar nebula hypothesis is 
that once a rotating interstellar gas cloud has commenced 
gravitational collapse, then the conservation of angular 
momentum will force the cloud to develop a massive, 
central condensation that is surrounded by a less massive 
flattened ring, or disk of material. The nebula hypothesis 
asserts that the sun forms from the central condensation, 
and that the planets accumulate from the material 
in the disk (Figure 1). The solar nebula model naturally 
explains why the sun is the most massive object in the 
solar system, and why the planets rotate about the sun in 
the same sense, along nearly circular orbits and in essen- 
tially the same plane (Figure 2). 


During the gravitational collapse of an interstellar 
cloud, the central regions become heated through the 
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Figure 3. Condensation sequence and temperature versus distance relation in the young solar nebula. (///ustration by Hans & 


Cassidy. Courtesy of Gale Group.) 


release of gravitational energy. This means that the 
young solar nebular is hot, and that the gas and (vapor- 
ized) dust in the central regions is well mixed. By con- 
structing models to follow the gradual cooling of the 
solar nebula, scientists have been able to establish a 
chemical condensation sequence. Near to the central 
proto-sun, the nebular temperature will be very high, 
and consequently no solid matter can exist. Everything 
is in a gaseous form. As one moves further away from 
the central proto-sun, however, the temperature of the 
nebula falls off. At distances beyond 0.2 AU from the 
proto-sun, the temperature drops below 2,000 K 
(3,100°F; 1,700°C). At this temperature, metals and 
oxides can begin to form. Still further out (at about 
0.5 AU), the temperature will drop below 1,000 K 
(1,300°F; 730°C), and silicate rocks can begin to 
form. Beyond about 5 AU from the proto-sun, the 
temperature of the nebula will be below 200 K 
(-100°F; -73°C), and ices can start to condense. The 
temperature and distance controlled sequence of chem- 
ical condensation in the solar nebula correctly predicts 
the basic chemical make-up of the planets (Figure 3). 
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The angular momentum problem 


Perhaps the most important issue to be resolved in 
future versions of the solar nebula model is that of the 
distribution of angular momentum. The problem for 
the solar nebula theory is that it predicts that most of 
the mass and angular momentum should be in the sun. 
In other words, the sun should spin much more rapidly 
than it does. A mechanism is therefore required to 
transport angular momentum away from the central 
proto-sun and redistribute it in the outer planetary 
disk. One proposed transport mechanism invokes the 
presence of magnetic field in the nebula, while another 
mechanism proposed the existence of viscous stresses 
produced by turbulence in the nebular gas. 


Building the planets 


Precise dating of meteorites and lunar rock sam- 
ples indicate that the solar system is 4.6 billion years 
old. The meteorites also indicate an age spread of 
about 20 million years, during which time the planets 
themselves formed. 
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The standard solar nebula model suggests that the 
planets were created through a multi-step process. The 
first important step is the coagulation and sedimentation 
of rock and ice grains in the mid-plain of the nebula. 
These grains and aggregates, 0.4 in (1 cm) to 3 ft (1 m) in 
size, continue to accumulate in the mid-plain of the 
nebula to produce a swarm of some 10 trillion larger 
bodies, called planetesimals, that are some 0.6 mi 
(1 km), or so in size. Finally, the planetesimals themselves 
accumulate into larger, self-gravitating bodies called 
proto-planets. The proto-planets were probably a few 
hundred kilometers in size. Finally, growth of proto- 
planet-sized objects results in the planets. 


The final stages of planetary formation were 
decidedly violent—tt is believed that a collision with 
a Mars-sized proto-planet produced Earth’s moon. 
Likewise, it is thought that the retrograde rotations 
of Venus and Uranus may have been caused by glanc- 
ing proto-planetary impacts. The rocky and icy plan- 
etesimals not incorporated into the proto-planets now 
orbit the sun as asteroids and cometary nuclei. The 
cometary nuclei that formed in the outer solar nebula 
were mostly ejected from the nebula by gravitational 
encounters with the large Jovian planets and now 
reside in the Oort cloud. 


One problem that has still to be worked-out under 
the solar nebula paradigm concerns the formation of 
Jupiter. The estimated accumulation time for Jupiter is 
about 100 million years, but it is now known that the 
solar nebula itself probably only survived for between 
100,000 to 10 million years. In other words, the accumu- 
lation process in the standard nebula model is too slow by 
a least a factor of 10 and maybe 100. Indeed, much has 
yet to be learned of how the solar system formed. 


Active study of the solar system is ongoing. Several 
probes and robots—such as the Galileo spacecraft, the 
Cassini mission, New Horizons, and Mars Pathfinder 
mission—have been launched towards other planets, 
dwarf planets, and their moons. The information they 
send back will help further explain the evolution of 
the solar system. In fact, the Near Earth Asteroid 
Rendezvous-Shoemaker (NEAR-Shoemaker)  space- 
craft flew by the asteroid Mathilde and found it to have 
a surprisingly low density. Later, NEAR-Shoemaker 
made a soft landing (on February 12, 2001) onto the 
asteroid Eros, the first time a human instrument has 
soft-landed on an asteroid. Its mission provided a tre- 
mendous amount of information about asteroids. 


Of great importance to the study of solar systems 
in general was the discovery in 1999 of an entire solar 
system around a star besides the sun. Forty-four light- 
years from Earth, three large planets were found 
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KEY TERMS 


Accretion—The process by which the mass of a 
body increases by the gravitational attraction of 
smaller objects. 


Angular momentum—The product of orbital dis- 
tance, orbital speed, and mass. In a closed system, 
angular momentum is a conserved quantity—it can 
be transferred from one place to another, but it 
cannot be created or destroyed. 


Oort cloud—A vast, spherical cloud of some one 
trillion cometary nuclei that orbit the Sun. The 
cloud, named after Dutch astronomer Jan Oort 
who first suggested its existence, extends to a dis- 
tance of 105 AU from the Sun. 


Planetesimal—Small, 0.6 mi (1 km) sized objects 
made of rock and/or ice that accrete to form proto 
planets. 


Prograde rotation—Rotational spin in the same 
sense as the orbital motion. For solar system 
objects, the orbital motion is counterclockwise, 
and prograde spin results in the object revolving 
from east to west. 


Retrograde rotation—Axial spin that is directed in 
the opposite sense to that of the orbital motion. 


circling the star Upsilon Andromedae. Astronomers 
suspect the planets are similar to Jupiter and Saturn— 
huge spheres of gas without a solid surface. The dis- 
covery of other solar systems in the Milky Way galaxy 
is yielding important insight into the formation of 
evolution of solar systems in general. 


As of 2006, astronomers estimate that at least 
10% of all stars similar in size and characteristics to 
the sun have one or more planets orbiting them. In 
2005 and 2006, some of the extrasolar planets discov- 
ered have included: Gliese 876d, around the red dwarf 
star Gliese 876; HD 149026 b, the largest planet core 
ever found; HD 188753 Ab, a planet within a triple 
star system; and OGLE-2005-BLG-390Lb, the most 
distant and coldest extrasolar planet ever discovered. 
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| Solar wind 


The solar wind is a continuous stream of particles 
that flows outward from the sun through the solar 
system. The particles escape from the sun because its 
outer atmosphere is very hot, and the atoms there 
move too rapidly for the sun’s gravity to hold onto 
them. The solar wind, which is made mainly of ionized 
hydrogen (free protons and electrons), flows away 
from the sun at a velocity of several hundred kilo- 
meters per second. The solar wind continues past the 
dwarf planets Pluto, Ceres, and Eris, to the point 
where it becomes indistinguishable from the interstel- 
lar gases; this marks the end of the sun’s domain and is 
called the heliopause. Little of the solar wind reaches 
Earth’s atmosphere, because the charged particles are 
deflected by the planet’s magnetic field. 


Origin and nature of the solar wind 


One of the mysteries of the sun is that its atmos- 
phere becomes hotter at larger heights from its visible 
surface, or photosphere. While the photosphere has a 
temperature of 5,800 Kelvin (9,981°F [5,527°C]), the 
chromosphere, only a few thousand kilometers higher, 
is more than twice as hot. Further out is the corona, 
with gas heated to one or two million degrees Kelvin. 


Although the reasons for this temperature rise are 
not well understood, the effects on the particles com- 
prising the gas are known. The hotter a gas is, the 
faster its particles move. In the corona, the free pro- 
tons and electrons move so rapidly that the sun’s 
gravity cannot hold them, and they escape entirely, 
flowing into the solar system. This stream of particles 
is called the solar wind. 
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The solar wind is made mainly of free protons and 
electrons. These particles are much lighter than the 
atoms (such as iron) in the solar corona, so the sun 
has a weaker hold on them than on their heavier 
counterparts. When the solar wind reaches the Earth, 
the protons and electrons are flowing along at speeds 
up to 621 miles per second (1,000 km/s). By compar- 
ison, a commercial jet might fly 621 miles per hour 
(1,000 km/h), and only if it has a good tailwind push- 
ing it along. The solar wind could flow from New 
York City to Los Angeles, California, in less than ten 
seconds. 


There is, therefore, gas from the sun literally fill- 
ing the solar system. Humans cannot see it, however, 
because there is not much of it—only a few protons 
and electrons per cubic centimeter. The solar wind 
therefore represents an insignificant source of mass 
loss for the sun, not nearly enough to have any impact 
on its structure or evolution. (Some very massive stars 
do, however, have strong winds that affect how they 
evolve.) 


The solar wind and Earth 


Beautiful aurorae are caused when charged par- 
ticles, like protons and electrons, stream into Earth’s 
atmosphere and excite the nitrogen and oxygen atoms 
in the upper atmosphere. When these atoms return to 
their normal, non-excited state, they emit the shim- 
mering, green or red curtains of light (the Northern 
Lights, or aurora borealis) familiar to individuals liv- 
ing parts of Canada or the northern United States. 


If the solar wind is continuous, why do humans 
not see aurorae all the time? Earth is surrounded by a 
magnetic field, generated by its rotation and the pres- 
ence of molten, conducting iron deep in its interior. 
This magnetic field extends far into space and deflects 
most particles that encounter it. Most of the solar 
wind therefore streams around Earth before continu- 
ing on its way into space. Some particles get through, 
however, and they eventually find their way into two 
great rings of charged particles that surround the 
entire Earth. These are called the Van Allen belts, 
and they lie well outside the atmosphere, several thou- 
sand kilometers out. 


Besides the gentle, continuous generation of the 
solar wind, however, the sun also periodically injects 
large quantities of protons and electrons into the solar 
wind. This happens after a flare, a violent eruption in 
the sun’s atmosphere. When the burst of particles 
reaches Earth, the magnetic field is not sufficient to 
deflect all the particles, and the Van Allen belts are not 
sufficient to trap them all above the atmosphere. Like 
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water overflowing a bucket, the excess particles stream 
along the Earth’s magnetic field lines and flow into the 
upper atmosphere near the poles. This is why aurorae 
typically appear in extreme northern or southern lat- 
itudes, though after particularly intense solar flares, 
aurorae may be seen in middle latitudes as well. 


The solar wind and the heliopause 


Six billion kilometers from the sun is the dwarf 
planet Pluto. At this distance, the sun is only a brilliant 
point of light, and gives no warmth to heat the dead 
and icy surface of one of its most distantly held celes- 
tial bodies. 


The solar wind still flows by, however. As it gets 
farther from the Sun, it becomes increasingly diffuse, 
until it finally merges with the interstellar medium, the 
gas between the stars that permeates the Milky Way 
Galaxy. This is the heliopause, the distance at which 
the sun’s neighborhood formally ends. Scientists 
believe the heliopause lies between two and three 
times as far from the sun as Pluto. Determining exact 
location is the final mission of the Pioneer and 
Voyager spacecraft, now out past Pluto, their flybys 
of the planets complete. In May 2005, NASA stated 
that Voyager 1 was in the heliosheath, and that it 
should reach the heliopause in 2015. As of August 
2005, it was about 100 AU from the Sun, the furthest 
human made object from Earth. According to NASA, 
Voyager 2 left the heliosheath in December 2004 and is 
about 80.5 AU away from Earth, as of September 
2006. On March 4, 2006, NASA lost contact with 
Pioneer 10. Three months earlier, it was about 89.7 
AU away from Earth. NASA lost contact with 
Pioneer 11 in November 1995. 


Someday, perhaps in ten or more years, they will 
reach the heliopause—with or without them contact- 
ing their human creators. They will fly right through 
the heliopause: there is no wall there, nothing to reveal 
the subtle end of the sun’s domain. And at that point, 
these little machines of humans will have become 
machines of the stars. 
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Jeffrey C. Hall 


I Solder and soldering iron 


Soldering is the process by which two pieces of 
base metal are joined to each other by means of a filler 
alloy, which generally have a melting point of below 
840° F (450°C). The tool used to make this type of joint 
is called a soldering iron, and the alloy from which the 
connection is made is called a solder. The resulting 
connection, or joint, is not as strong as the base 
metal, but still has enough strength, conductivity, and 
other desirable features to satisfy its uses. Soldering can 
be used for making either a mechanical or an electrical 
connection. An example of the former case is the sit- 
uation in which a plumber uses plumbers’ solder to 
connect two pieces of pipe with each other. An example 
of the latter case is the situation in which a worker 
connects an electrical wire to a printed board. 


The technique of soldering has been known to 
human artisans for many centuries. Some metal work 
recovered from the remains of ancient Egypt and 
Mesopotamia, for example, contains evidence of primi- 
tive forms of soldering. As workers became more familiar 
with the properties of metals in the late Middle Ages, 
soldering became a routine technique in metal work of 
various kinds. 


Solders 


The vast majority of solders are alloys that contain 
tin, lead, and, sometimes, one or more other metals. 
For example, the well-known general solder known as 
plumbers’ solder consists of 50% lead and 50% tin. A 
solder used to join surfaces that contain silver is made 
of 62% tin, 36% lead, and 2% silver. In addition, a 
solder that melts at unusually low temperatures can be 
made from 13% tin, 27% lead, 10% cadmium, and 
50% bismuth. The most widely used solders for making 
electrical connections consist of 60 to 63% tin and 37 to 
40% lead. 


Solder alloys are available in many forms, such as 
wire, bar, foil, rings, spheres, and paste. The specific 
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Solder and soldering iron 


kind of solder selected depends on the kind of junction 
to be formed. Foil solder, for example, may be called 
when the junction to be formed has a particular shape 
that can be stamped or cut out prior to the actual 
soldering process. 


The soldering principle 


The solder alloy used to join too pieces of metal, 
the parent metals, has a melting point less than that of 
either parent metal. When it is placed between the two 
parents, it slowly changes from a liquid to a solid. The 
soldering iron is used to melt the solder and it is then 
allowed to cool. 


While the process of solidification is taking place, 
the solder alloy begins to form a new alloy with each of 
the parent metals. When the solder finally cools, there- 
fore, the joint consists of five segments: parent metal 
#1; a new alloy of parent metal #1 and the solder alloy; 
the solder alloy itself; a new alloy of parent metal #2 
and the sold alloy; and parent metal #2. 


The primary function to the soldered junction, of 
course, is to provide a connection between the two 
parent metals. However, the junction is not a perma- 
nent one. In fact, an important characteristic of the 
soldered connection is that it can be broken apart with 
relative ease. 


The soldering technique 


The first step in making a soldered connection is to 
heat the solder alloy until it melts. In the most primitive 
form of soldering irons, this step can be accomplished 
simply by heating a metal cylinder. Then, the cylinder is 
used to melt the alloy, which is attached to the parent 
metals. However, most soldering irons are now heated 
by an electrical current that is designed to apply exactly 
the right amount of solder in precisely the correct 
position between the two parent metals. 


The joining of two parent metals is usually more 
difficult than might be suggested by the foregoing 
description because most metals oxidize when exposed 
to air. That means that the faces (that is, the metal oxides 
that cover their surfaces) of the two parent metals must be 
cleaned before soldering can begin. In addition, care must 
be taken that the surfaces do not re-oxidize at the high 
temperature used in making the solder. The most com- 
mon way of accomplishing this goal is to use an acidic 
flux in addition to the solder itself. An acidic flux is a 
material that can be mixed with the solder, but that melts 
at a temperature less than the solder’s melting point. As 
soldering begins, therefore, the flux insures that any new 
oxide formed on the parent metals will be removed. 
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KEY TERMS 


Acidic—Having the qualities of an acid, one of 
which is that it will react with and neutralize met- 
allic oxides. 


Alloy—A mixture of two or more metals with prop- 
erties distinct from the metals of which it is made. 


Flux—A low melting point material used in solder- 
ing and other processes that helps keep surfaces 
clean and aids in their joining with each other. 


Parent metal—One of the two metals that is joined 
to each other during soldering, brazing, or welding. 


Brazing and welding 


Brazing and welding have sometimes been described 
as specialized forms of soldering. These two techniques 
also involve the joining of two metals with each other, 
but each differs from soldering in some important ways. 
Probably the single most important difference is the 
temperature range at which each takes place. While 
most forms of soldering occur at temperatures in the 
range from 356°F (180°C) to 590°F (310°C), brazing 
usually takes place in the range from 1,022°F (550°C) 
to 2,012°F (1,100°C), and welding in the range from 
1,832°F (1,000°C) to 6,332°F (3,500°C). 


The first step in both brazing and welding is to 
clean the two surfaces to be joined. In brazing, a filler 
is then inserted into the gap between the two surfaces 
and heat is added, either at the same time or immedi- 
ately after the filler has been put into place. The filler 
then fuses to form a strong bond between each of the 
two surfaces. The filler used in brazing is similar to 
solder and performs the same function, but it melts at 
a higher temperature than does solder. 


During the welding process, a thin stick of filler is 
added to the gap between the two surfaces to be 
joined the same time, a hot flame is applied to the 
gap. The filler melts, as do the surfaces of both metals 
being joined to each other. In this case, the two metal 
surfaces are actually joined together and not just to 
the filler itself, as is the case with soldering and 
brazing. 


Most alloys used for brazing contain copper and 
zinc, often with one or more other metals. The term 
brazing itself, in fact, derives from the fact that copper 
and zinc are also the major components of the alloy 
known as brass. 


See also Metal production. 
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Sole see Flatfish 


Solid see States of matter 


| Solstice 


Solstice, in astronomy, refers to the two points in 
the ecliptic for which the sun is the farthest distance 
from the celestial equator. Thus, it also refers to the 
two dates of the year on which the sun reaches its 
northernmost (summer solstice) and southernmost 
(winter solstice) declinations (declination is the celes- 
tial equivalent of latitude; these seasons apply only to 
the northern hemisphere—being opposites for the 
southern hemisphere). These two dates are, respec- 
tively, June 21st or 22nd, and December 21st or 22nd 
for persons living in the northern hemisphere. Thus, 
the solstices and the equinoxes (when the sun is 
directly above the equator) are associated to the sea- 
sons on Earth. The word solstice is derived from the 
Latin words sol sistere for sun stands still. 


During the spring humans living in the northern 
hemisphere frequently hear someone remark that “the 
days are getting longer,” or during the fall that they 
“are getting shorter.” This phenomenon occurs because 
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Earth’s rotational axis is tilted with respect to the plane 
of its orbit around the sun; that is, it is not perpendic- 
ular to its orbital plane. The rotational axis makes an 
angle of about 23.44° to its orbital plane (what is called 
the obliquity of the ecliptic). Although Earth varies in 
its distance to the sun throughout the year, this varia- 
tion does not contribute to the change of seasons as 
much as the tilt of Earth. 


As the Earth revolves around the sun, the latitude 
that is directly facing the sun (which defines the sun’s 
declination) changes. At one point in Earth’s orbit, the 
northern hemisphere is tilted toward the sun, and the 
sun appears higher in the sky for northern latitudes; 
six months later, when Earth has moved around to the 
other side of its orbit, the northern hemisphere is tilted 
away from the sun, and the sun appears higher for 
southern latitudes. The solstices refer to the days on 
which the Sun’s apparent northward or southward 
motion reverses direction. 


There are two solstices every year. One occurs on 
or around June 21, and it is the time of year when the 
daylight hours are usually long and hot in the United 
States; Americans call this the summer solstice. It is 
just the opposite for Australians, however. If the 
northern hemisphere is tilted toward the sun, the 
southern hemisphere must be tilted away; and indeed, 
June and July are the coolest months of the year in 
Sydney, Australia. Conversely, on or about December 
21, the northern hemisphere reaches the winter sol- 
stice, when the sun appears to trace its lowest path 
across the sky. At the same time, it is high summer 
in Australia. For this reason, the 2000 Summer 
Olympics, in Sydney, Australia, were scheduled for 
September rather than July as they were for the 1996 
Atlanta, Georgia, games; most of the world’s coun- 
tries are in the northern hemisphere, and it would 
hardly have been proper to ask the cyclists and mara- 
thoners to be completing their preparations in 
January. In 2004, the Summer Olympics were held in 
Athens, Greece, which is located fairly close to the 
equator. Thus, its location made it more mild for its 
summer events. 


Earth’s solstice will change over the course of 
thousands of years. This change is due to the varia- 
bility of the tilt. Although it is now about 23.44°, 
Earth’s tilt varies from 22.1 to 24.5°. This variation 
will cause the seasons to be opposite from what they 
are now in about 10,000 years—winter will occur 
beginning in June for the northern hemisphere instead 
of December. 


Jeffrey Hall 
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Solubility 


[ Solubility 


Solubility in the general sense refers to the property 
of being soluble—being able to dissolve, usually in a 
liquid. Chemists, however, use the word solubility to, 
also, mean the maximum amount of a chemical substance 
that dissolves in a given amount of solvent at a specific 
temperature. The word soluble comes from the four- 
teenth century Latin word solvere meaning to dissolve. 


How much sugar could one dissolve in a cup of 
hot coffee? Certainly one teaspoonful would mix into 
the liquid and disappear quite easily. However, after 
trying to dissolve several more teaspoonfuls, there will 
come a point where the extra sugar one adds will 
simply not dissolve. No amount of stirring will make 
the sugar disappear and the crystals just settle down to 
the bottom of the cup. At this point the coffee is said to 
be saturated—it cannot dissolve any more sugar. The 
amount of sugar that the coffee now holds is the 
solubility of sugar in coffee at that temperature. 


A sponge gets saturated when one is using it to 
wipe up spilled milk from a kitchen counter. At first, a 
dry sponge soaks up milk very quickly. However, with 
further use, the sponge can only push milk along the 
counter-its absorbing action is lost. This sponge is now 
holding its maximum amount of milk. Similarly, a 
saturated solution is one that is holding its maximum 
amount of a given dissolved material. 


The sugar one adds to a cup of coffee is known as 
the solute. When this solute is added to the liquid, 
which is termed the solvent, the dissolving process 
begins. The sugar molecules separate and diffuse or 
spread evenly throughout the solvent particles, creating 
a homogeneous mixture called a solution. Unsaturated 
solutions are able to dissolve more solute, but eventu- 
ally the solution becomes saturated. 


Common measuring units 


Solubility is often expressed in grams of solute per 
0.2 Ib (100 g) of solvent, usually water. At 122°F 
(50°C), the solubility of sugar in water is approxi- 
mately 130 g/sugar in 100 g water. If one were to add 
0.26 lb (130 g) of sugar to 0.2 lb (100 g) of water at 
122°F (50°C), the resulting solution would be satu- 
rated. Adding 0.26 lb (131 g) would mean that even 
with continuous stirring, 0.002 lb (1 g) of sugar would 
remain at the bottom of the container. 


Sometimes, solubility is expressed as grams of 
solute per 0.2 Ib (100 g) of solution. In this case the 
value of the solubility of sugar in 0.2 Ib (100 g) of 
solution at 122°F (50°C) would be less than 0.26 Ib 
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(130 g), because unlike the previous example where the 
weight of the solvent was fixed, the weight of a solu- 
tion changes as solute is added. 


Other commonly used units include g/L (grams of 
solute per liter of solution) and m/L (moles of solute 
per liter of solution). Solubility units always express 
the maximum amount of solute that will dissolve in 
either a given amount of solvent, or a given amount of 
solution, at a specific temperature. 


Effect of temperature on solubility 


For most solutes, the higher the temperature of 
the solvent, the faster its rate of dissolving and the 
greater its solubility. 


When making iced tea in summertime, it is best to 
dissolve the sugar in the hot tea before adding the ice 
cubes and refrigerating. Trying to dissolve sugar in a 
mixture of tea and ice is a much slower process and will 
often result in a build up of sugar at the bottom of the 
glass. 


Figure | shows that the solubility of sugar and the 
three other compounds listed increases with rising 
temperature. Most solid compounds show the same 
behavior. One theory to explain this observation sug- 
gests that hot solvent particles, which move faster than 
cold ones, are on average more spread out. This cre- 
ates larger spaces and increases the amount of solute 
that can fit into the solvent. 


Bases, however, are less soluble in hot water than in 
cold. The solubility of carbon dioxide gas in soda pop 
actually decreases as temperature is increased. An open 
bottle of pop taken from a refrigerator soon loses its fizz if 
stored in a warm environment. As the pop warms up the 
carbon dioxide gas dissolved in it becomes less soluble. 


A person may notice the same thing happening 
when heating a pot of water on a kitchen stove. Tap 
water contains dissolved air and when heated, small 
bubbles form, rise to the surface and leave. This 
reduced solubility of air is one cause of thermal pollu- 
tion. Industries often use lake water as a coolant for 
their machinery. Before the hot water can be returned 
to the lake it must be allowed to cool down; otherwise 
it can be harmful to some fish because warm water 
holds less dissolved air and therefore less oxygen. 


Effect of chemical bonding on solubility 


Not all substances are equally soluble at the same 
temperature. At 41°F (5°C), the solubility of table 
sugar is more than three times greater than that of 
table salt, as shown in Figure 1. 
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Figure 1. Solubility curve for various solutes in water. (//lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Even substances such as ordinary glass, which 
appear not to dissolve, actually do so, but their solu- 
bility values are extremely small. 


The types of bonds or forces that hold sugar particles 
together are different from those found in glass. The 
interaction between the attractive forces holding these 
particles together and the attractive forces to the mole- 
cules of solvents accounts for the different solubilities. 


Insolubility 


For most purposes a substance that has a solubility 
of less than 0.01 moles per liter is generally regarded as 
insoluble. With ionic compounds, certain salts are gen- 
erally soluble or insoluble. For example nitrates are 
soluble, as are most chlorides, bromides, and iodides 
(those with silver, mercury or lead as the cation are 
exceptions to this guideline). Carbonates and hydrox- 
ides are generally insoluble. The solubility of a sub- 
stance whose anion is basic will be affected by the pH 
of the solution. As the acidity of the solution increases, 
the solubility of the basic anion also increases. Also, 
with regard to ions, the solubility of a slightly soluble 
salt is decreased by the presence of a second solute, if 
the second solute provides a common ion. 


Gases 
Gases, as mentioned earlier, can also dissolve in 


liquids. However as the temperature increases the 
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solubility of the gas generally decreases. To illustrate 
the solubility of gases in water one can consider the 
gases found in the air. The solubility of these gases in 
water is quite small but the amount of oxygen that 
dissolves in water is sufficient to support aquatic life. 
Normally the composition of gases in air is 79% nitro- 
gen and 20% oxygen. When air is dissolved in water, 
the composition is 61% nitrogen and 37% oxygen. 
This is due to the greater solubility of oxygen in 
water than nitrogen in water. This gives an enrichment 
of oxygen in the water that is of great importance for 
living organisms. In 100 grams of water at 68°F 
(20°C), the solubility of oxygen is 0.004 grams, how- 
ever, if the temperature is increased to 104°F (40°C), 
then the solubility decreases to 0.003 grams. Under the 
same conditions, nitrogen shows solubilities of 0.002 
grams and 0.0015 grams, respectively. Carbon dioxide 
is even more soluble in water, but this property is 
because there is a chemical reaction occurring to pro- 
duce carbonic acid. With the temperature conditions 
previously described, carbon dioxide has a solubility 
of 0.17 grams and 0.05 grams, respectively. 


The solubility of gases decreases with an increase 
in temperature but the solubility increases with an 
increase in pressure. Soda drinks contain carbon diox- 
ide gas that has been dissolved under pressure. When 
the pressure is released, by opening the can or bottle, 
the carbon dioxide comes out of solution. It is escap- 
ing carbon dioxide that gives these drinks their fizz. If 
the can or bottle is left standing, then the drink will go 
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Solution 


KEY TERMS 


Homogeneous—Having one phase, one uniform 
color and texture. 


Saturated—Full. Containing a maximum amount. 


Solute—Usually a solid. It is the least abundant 
component of a solution. 


Solution—A transparent, homogeneous mixture. 


Solvent—The major component of a solution, for 
example, water in sugar water. 


Thermal pollution—A type of water pollution 
where a rise in temperature results in the reduced 
solubility of air and oxygen. 


flat; i.e., the fizz will be lost as all of the carbon dioxide 
comes out of solution. This will happen more quickly 
if the liquid is warm. 


The disease suffered by divers known commonly as 
the bends (decompression sickness) is an example of the 
same phenomenon. As the diver descends in the water 
the pressure increases. If the diver is breathing an air 
mixture, more nitrogen will dissolve in the diver’s blood 
below the surface than at the surface. This is due to the 
greater solubility of gases under pressure. If the diver 
returns to the surface quickly, then there will be a rapid 
decrease in the pressure he or she is experiencing. The 
nitrogen will come out of solution too quickly, produc- 
ing bubbles of gas. These bubbles may stop blood flow 
and damage nerves. Decompression sickness can be a 
fatal condition. To reduce the likelihood that this prob- 
lem will occur, divers may use mixtures of helium and 
oxygen. Helium has a much lower solubility in blood 
than nitrogen. 


Henry’s law describes the solubility of gases in 
liquids. It states that the mass of gas that dissolves in a 
given volume of liquid at constant temperature is 
directly proportional to the pressure of the gas. This 
law only holds true if there is no chemical reaction 
between the liquid and the gas. The equation that 
describes Henry’s law is Cy = kP, where Cg is the 
solubility of the gas in the solution phase, usually 
expressed as molarity, k is the Henry’s law constant, 
and P, is the partial pressure of the gas over the solution. 
The Henry’s law constant is different for each solute and 
solvent pair. 


Lou D’Amore 


Solute see Solution 
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! Solution 


A solution, in chemistry, is a homogenous (uni- 
form throughout) mixture, on a molecular level, of 
two or more substances. It is formed when one or 
more substances are dissolved in one or more other 
substances and completely dispersed (distributed so as 
to disappear). Simply, it is a mixture of a solvent and a 
solute. The scientific nature of solutions is a relatively 
recent discovery, though people throughout history 
have used solutions in one form or another. The 
word solution is derived from the Latin so/vere, to 
dissolve or to release. 


The substances (solids, liquids, or gasses) in a sol- 
ution make up two phases, the solvent and the solute. 
The solvent is the substance that typically determines 
the physical state of the solution (solid, liquid, or gas). 
The solute is the substance that is dissolved by the 
solvent. For example, in a solution of salt and water, 
water is the solvent and salt is the solute. 


Solutions are formed because the molecules of the 
solute are attracted to the molecules of the solvent. 
When the attractive forces of the solvent are greater 
than the molecular forces holding the solute together, 
the solute dissolves. There are no rules that will deter- 
mine whether substances will dissolve, however the 
cardinal rule of solubility is “like dissolves like.” Oil 
and water do not mix, but oil in oil does. 


The substances that make up a solution can be 
either solids, liquids, gasses, or a combination of any 
of these. Brass is a solution of solid copper and zinc. 
Gasoline is a complex solution of liquids. Air is a 
solution of gases. Soda pop is a solution of solid 
sugar, liquid water, and carbon dioxide gas. The prop- 
erties of solutions are best understood by studying 
solutions with liquid solvents. 


When water is the solvent, the solutions are called 
aqueous solutions. In aqueous solutions, dissolved 
material often separates into charged components 
called ions. For example, salt (NaCl) ionizes into 
Na®* ions and CI ions in water. The ionic nature of 
liquid solutions was first identified by Swedish phys- 
ical chemist Svante August Arrhenius (1859-1927) 
who, in the early 1880s, studied the way electricity 
passed through a solution. His ionic theory states 
that charged particles in a solution will conduct elec- 
tricity. At the time, his theory was controversial and 
scorned by the majority of scientists. In the late 1890s, 
however, when scientists discovered that atoms con- 
tain charges, the ionic theory was accepted. He was 
awarded the Nobel prize in 1903 for his work in under- 
standing the nature of solutions. 
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Because of molecular interaction, the physical 
properties of a solution are often different from the 
properties of the pure substances of which they are 
composed. For example, water freezes at 32°F (0°C), 
but a solution of water and salt freezes below 32°F. 
This is why salt melts ice off the roads and sidewalks in 
the cold winter months. 


Unlike pure substances, solutions do not have a 
definite composition. Their composition is dependent 
on the amount of solute dissolved in the solvent. 
Concentrated solutions have relatively high amounts 
of solute dissolved in the solvent while dilute solutions 
have relatively low amounts. The concentration of a 
solution is typically expressed in terms of grams of 
solute per liter of solvent. The concentration of a 
solution of 0.2 oz (5 g) of sugar dissolved in 3.5 oz 
(100 g) of water is 0.05 or 5%. 


Every solute has a certain degree of solubility in a 
solvent. Solubility is a number that indicates the nor- 
mal concentration, at a certain temperature, in which 
no more dissolving will take place. For example, if a 
teaspoon of sugar is added to a glass of water, it 
dissolves, and an unsaturated solution is created. 
However, if more and more sugar is added, it eventu- 
ally forms a pile of undissolved sugar on the bottom of 
the glass. At this point, the normal maximum concen- 
tration is exceeded and a saturated solution is created. 


The solubility of a solute in a solvent is affected by 
various factors. Molecular structure, pressure, and 
temperature all affect the solubility of a system. 
Heating a solution can increase or decrease solubility. 
Increasing pressure has a similar effect. 


Ifa solution and solvent or two solutions of differ- 
ent strength are separated by a semi-permeable mem- 
brane, osmosis can occur. Osmosis is the passage of 
water from a weak solution to a strong solution 
through a semi-permeable membrane. The net effect 
of osmosis is the averaging out of the concentration 
between the two solutions. A solution can have the 
solute removed (that is, it can be purified) by reverse 
osmosis. In one of its many roles, reverse osmosis is 
used to prepare drinking water from seawater. 


If large particles of material are placed into a 
liquid, they may not dissolve. For example, fine clay 
in water will merely settle to the bottom of the con- 
tainer due to the action of gravity. The dispersed 
particles of a solution are of molecular size. Between 
these two extremes, there are particles that are larger 
than molecules but not so large that they will settle out 
due to the action of gravity. The solution containing 
particles of this size is termed a colloidal solution, or 
often just a colloid. Many examples of colloids using 
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different phases are commonly encountered and many 
of their properties are similar to those of normal, 
molecular solutions. 


A solution of two gases generally has each gas 
acting as if the other component were not present. 
This property is due to the large intermolecular dis- 
tances encountered between gas molecules. This result 
is most obviously encountered when the pressure of 
the gas solution is modified. This concept is covered by 
Dalton’s law of partial pressure, which states that the 
total pressure of a mixture of gases equals the sum of 
the pressures that each gas would exert if it was present 
by itself. The pressure exerted by one gas in a mixture 
of gases is the partial pressure of that individual gas. 
Dalton’s law assumes that the gases do not react with 
each other, but that each gas is a separate component 
of the system. 


A solution is an important form of matter and is 
the basis of many of the products chemists use every- 
day. From glues to shampoos, soda pops to medicines, 
solutions will undoubtedly be used by people in the 
future. 


See also Mixture, chemical; Solubility. 


l Solution of equation 


The solution of an equation is the set of all values 
that, when substituted for unknowns, make an equa- 
tion true. For equations having one unknown, raised 
to a single power, two fundamental rules of algebra, 
including the additive property and the multiplicative 
property, are used to determine its solutions. Solutions 
for equations with multiple unknown variables are 
found by using the principles for a system of equa- 
tions. Equations with terms raised to a power greater 
than one can be solved by factoring and, in some 
specific cases, by the quadratic equation. 


The idea of a solution of equations has existed since 
the time of the ancient Egyptians and Babylonians. 
During these times, they used simple algebraic methods 
to determine solutions for practical problems related to 
their everyday life. The methods used by the ancients 
were preserved in a treatise written by Arabian mathe- 
matician Al-Kowarizmi AD 825). In this work, he 
includes methods for solving linear equations as well as 
second-degree equations. Solutions for some higher 
degree equations were worked out during the sixteenth 
century by Italian mathematician Gerolamo Cardano 
(1501-1576). 
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Solution of equation 


Methods for solving simple equations 


An equation is an algebraic expression which typ- 
ically relates unknown variables to other variables or 
constants. For example, x + 2 = 15 is an equation, as is 
y~ = 4. The solution, or root, of an equation is any 
value or set of values that can be substituted into the 
equation to make it a true statement. For the first 
example, the solution for x is 13. The second example 
has two values that will make the statement true, 
namely 2 and —2. These values make up the solution 
set of the equation. 


Using the two fundamental rules of algebra, solu- 
tions to many simple equations can be obtained. The 
first rule states that the same quantity can be added to 
both sides of an equation without changing the solution 
to the equation. For example, the equation x + 4 = 7 has 
a solution of x = 3. According to the first rule, one can 
add any number to both sides of the equation and still 
get the same solution. By adding 4 to both sides, the 
equation becomes x + 8 = 11 but the solution remains 
x = 3. This rule is known as the additive property of 
equality. To use this property to find the solution to an 
equation, all that is required is choosing the right num- 
ber to add. The solution to the previous example x + 4= 
7 can be found by adding —4 to both sides of the 
equation. If this is done, the equation simplifies to x + 
4—4=7-—- 4orx =3 and the equation is solved. 


The second fundamental rule, known as the multi- 
plicative property of equality, states that every term on 
both sides of an equation can be multiplied or divided 
by the same number without changing the solution to 
the equation. For instance, the solution for the equa- 
tion y — 2= 10is y = 12. Using the multiplicative rule, 
one can obtain an equivalent equation, one with the 
same solution set, by multiplying both sides by any 
number, such as 2. Thus the equation becomes 2y — 4 = 20, 
but the solution remains y = 12. This property can also 
be used to solve algebraic equations. In the case of the 
equation 2x = 14, the solution is obtained by dividing 
both sides by 2. When this is done 2x/2 = 14/2 the 
equation simplifies to x = 7. 


Often, both of these rules must be employed to 
solve a single equation, such as the equation 4x + 7 = 
23. In this equation, —7 is added to both sides of the 
equation and it simplifies to 4x = 16. Both sides of this 
equation are then divided by 4 and it simplifies to the 
solution, x = 4. 


Solving more complex equations 
Most equations are given in a more complicated 


form that can be simplified. Consider the equation 
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4x — x — 5 = 2x + 7. The first step in solving this 
equation is to combine like terms on each side of the 
equation. On the right side, there are no like terms, but 
the 4x and —x on the left side are like terms. This 
equation, when simplified, becomes 3x — 5 = 2x 4+ 7. 
The next step is to eliminate the unknown from one 
side of the equation. For this example, this is accom- 
plished by adding —2x to both sides of the equation, 
which gives x — 5 = 7. Using the additive property, the 
solution is obtained by adding 5 to both sides of the 
equation, so x = 12. 


The whole process for solving single variable alge- 
braic equations can be summarized by the following 
steps. First, eliminate any parentheses by multiplying 
out factors. Second, add the like terms in each side. 
Third, eliminate the unknown from one side of the 
equation using the multiplicative or additive proper- 
ties. Fourth, eliminate the constant term from the side 
with the unknown using the additive property. 
Finally, eliminate any coefficient on the unknown by 
using the multiplicative property. 


Solving multivariable equations 


Many algebraic equations contain more than one 
variable, so the complete solution set can not be found 
using the methods described thus far. Equations with 
two unknowns are called linear equations and can be 
represented by the general formula ax + by = c; where 
a, b, and c are constants and x and y are variables. The 
solution of this type of equation would be the ordered 
pair of x and y that makes the equation true. For 
example, the solution set for the equation x + y=7 
would contain all the pairs of values for x and y that 
satisfy the equation, such as (2,5), (3,4), (4,3), etc. In 
general, to determine the solution to a linear equation 
with two variables, the equation is rewritten and 
solved in terms of one variable. The solution for the 
equation x + y = 7, then becomes any pair of values 
that makes x = 7 — y true. 


Often multiple linear equations exist which relate 
two variables in the same system. All of the equations 
related to the variables are known as a system of equa- 
tions and their solution is an ordered pair that makes 
every equation true. These equations are solved by 
methods of graphing, substitution, and elimination. 


Solving second degree and higher equations 


Equations that involve unknowns raised to a 
power of one are known as first-degree equations. 
Second-degree equations also exist which involve at 
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KEY TERMS 


Additive property—The property of an equation 
that states a number can be added to both sides of 
an equation without affecting its solution. 


Factoring—A method of reducing a higher degree 
equation to the product of lower degree equations. 


First degree equation—An algebraic expression 
that contains an unknown raised to the first power. 
Multiplicative property—The property of an equa- 
tion that state all the terms in an equation can be 
multiplied by the same number without affecting 
the final solution. 


Second degree equation—An algebraic expression 
that contains an unknown raised to the second 
power. 


least one variable that is squared or raised to a power 
of two. Equations can also be third-degree, fourth- 
degree, and so on. The most famous second-degree 
equation is the quadratic equation, which has the 
general form ax” +bx +c = 0; where a, b, and c are 
constants and a is not equal 0. The solution for this 
type of equation can often be found by a method 
known as factoring. 


Since the quadratic equation is the product of two 
first-degree equations, it can be factored into these 
equations. For example, the product of the two 
expressions (x + 2)(x — 3) provides one with the quad- 
ratic expression x — x — 6. The two expressions (x + 2) 
and (x — 3) are called factors of the quadratic expres- 
sion x° — x — 6. By setting each factor of a quadratic 
equation equal to zero, solutions can be obtained. In 
this quadratic equation, the solutions are x = —2 and x= 3. 


Finding the factors of a quadratic equation is not 
always easy. To solve this problem, the quadratic for- 
mula was invented so that any quadratic equation can 
be solved. The quadratic equation is stated as follows 
for the general equation ax” + bx + c=0 


_ =b + (b’ = 4ao)"” 
2a 


x 


To use the quadratic formula, numbers for a, b, 
and c are substituted into the equation, and the solu- 
tions for x are determined. 


See also Systems of equations. 
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Solvent see Solution 


l SONAR 


SONAR (Sound Navigation And Ranging) is a 
technique based on echolocation used for the detec- 
tion of objects underwater. 


Historical development of SONAR 


Ancient peoples have long used underwater tubes 
as devices to detect and transmit sound in water. In the 
later nineteeth century, scientists began to explore the 
properties of sound transmission in water. In 1882, a 
Swiss physicist Daviel Colladen attempted to calculate 
the speed of sound in the known depths of Lake 
Geneva. Based upon the physics of sound transmis- 
sion articulated by English physicist Lord Rayleigh, 
(1842-1914) and the piezoelectric effect discovered by 
French scientist Pierre Curie (1509-1906), in 1915, 
French physicist Paul Langevin (1872-1946) invented 
the first system designed to utilize sound waves and 
acoustical echoes in an underwater detection device. 


In the wake of the Titanic disaster, Langevin and 
his colleague Constantin Chilowsky, a Russian engi- 
neer then living in Switzerland, developed what they 
termed a “hydrophone,” a mechanism for ships to 
more readily detect icebergs. Similar systems were put 
to immediate use as an aid to underwater navigation by 
submarines. 


Improved electronics and technology allowed the 
production of greatly improved listening and record- 
ing devices. Because passive SONAR is essentially 
nothing more than an elaborate recording and sound 
amplification device, these systems suffered because 
they were dependent upon the strength of the sound 
signal coming from the target. The signals or waves 
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received could be typed (i.e. related to specific targets) 
for identifying characteristics. Although skilled and 
experienced operators could provide reasonably accu- 
rate estimates of range, bearing, and relative motion 
of targets, these estimates were far less precise and 
accurate than results obtained from active systems 
unless the targets were very close—or were very noisy. 


The threat of submarine warfare during World 
War I made urgent the development of SONAR. and 
other means of echo detection. The development of the 
acoustic transducer that converted converting electri- 
cal energy to sound waves enabled the rapid advances 
in SONAR design and technology during the last 
years of the war. Although active SONAR was devel- 
oped too late to be widely used during WWI, the push 
for its development reaped enormous technological 
dividends. Not all of the advances, however, were 
restricted to military use. After the war, echosounding 
devices were placed aboard many large French ocean- 
liners. 


Early into World War II, the British Anti- 
Submarine Detection and Investigation Committee 
(its acronym, ASDIC, became a name commonly 
applied to British SONAR systems) made efforts to 
outfit every ship in the British fleet with advanced 
detection devices. The use of ASDIC proved pivotal in 
the British effort to repel damaging attacks by German 
submarines. 


SONAR and RADAR 


Although they rely on two fundamentally differ- 
ent types of wave transmission, SONAR and Radio 
Detection And Ranging (RADAR) and both are 
remote sensing systems. Whilst active SONAR trans- 
mits acoustic (i.e., sound) waves, RADAR sends out 
and measure the return of electromagnetic waves, 


Both systems these waves return echoes from 
certain features or targets that allow the determination 
of important properties or attributes of the target 
(e.g., shape, size, speed, distance to target, etc.). Because 
electromagnetic waves are strongly attenuated (dimin- 
ished) in water, RADAR signals are mostly used for 
ground or atmospheric observations. Because SONAR 
signals easily penetrate water, they are ideal for naviag- 
tion and measurement under water. 


SONAR technology 


SONAR equipment is used on most ships for meas- 
uring the depth of the water. This is accomplished by 
sending an acoustic pulse and measuring the time for the 
echo, or return from the bottom. By knowing the speed 
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of sound in the water, the depth is computed by multi- 
plying the speed by one half of the time traveled (for a 
one-way trip). SONAR is also used to detect large under- 
water objects and to search for large fish concentrations. 
More sophisticated SONAR systems for detection and 
tracking are found aboard naval vessels and submarines. 
In nature, bats are well known for making use of echo- 
location, as are porpoises and some species of whales. 
SONAR should not be confused with ultrasound, which 
is simply sound at frequencies higher than the threshold 
of human hearing - greater than 15,000—20,000 cycles per 
second or hertz (Hz). High-power ultrasound is used ona 
small scale to break up material and for cleaning pur- 
poses. Low-power ultrasound in the megahertz range is 
used for internal imaging of the body and therapeuti- 
cally, for treatment of muscle and tissue injuries. 


SONAR is directional, so the signals are sent in 
narrow beams in various directions to search the 
water. SONAR usually operates at frequencies in the 
10,000-50,000 Hz range. Though higher frequencies 
provide more accurate location data, propagation 
losses also increase with frequency. Lower frequencies 
are therefore used for longer range detection (up to 10 
mi [17,600 yd]) at the cost of location accuracy. 


Acoustic waves are detected using hydrophones that 
are essentially underwater microphones. Hydrophones 
are often deployed in large groups, called arrays, forming 
a SONAR net. SONAR arrays also give valuable direc- 
tional information on moving sources. Electronics and 
signal processing play a large role in hydrophone and 
general SONAR system performance. 


The propagation of sound in water is quite complex 
and depends very much on the temperature, pressure, and 
depth of the water. Salinity, the quantity of salt in water, 
also changes sound propagation speed. In general, the 
temperature of the ocean is warmest at the surface and 
decreases with depth. Water pressure, however, increases 
with depth, due to the water mass. Temperature and 
pressure, therefore, change what is called the refractive 
index of the water. Just as light is refracted, or bent by a 
prism, acoustic waves are continuously refracted up or 
down and reflected off the surface or the bottom. A 
SONAR beam propagating along the water in this way 
resembles a car traveling along regularly spaced hills and 
valleys. As it is possible for an object to be hidden between 
these hills, the water conditions must be known in order to 
properly assess SONAR performance. 


In location and tracking operations, two types of 
SONAR modes exist, active and passive. Echolocation 
is an active technique in which a pulse is sent and then 
detected after it bounces off an object. Passive SONAR is 
a more sensitive, listening-only SONAR that sends no 
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KEY TERMS 


Acoustics—The study of the creation and propaga- 
tion of mechanical vibration causing sound. 


Active SONAR—Mode of echo location by sending 
a signal and detecting the returning echo. 


Array—A large group of hydrophones, usually reg- 
ularly spaced, forming a SONAR net. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Hydrophone—An underwater microphone sensi- 
tive to acoustic disturbances. 


Passive SONAR—A sensitive listening-only mode 
to detect presence of objects making noise. 


Propagation—Traveling or penetration of waves 
through a medium. 


Radar—A method of detecting distant objects 
based on the reflection of radio waves from their 
surfaces. 


Refractive index—Degree to which a wave is 
refracted, or bent. 


Sonar—SOund Navigation And Ranging. A device 
utilizing sound to determine the range and direc- 
tion to an underwater object. 


Ultrasound—Acoustic vibrations with frequencies 
higher than the human threshold of hearing. 


Wave—A motion, in which energy and momentum 
is carried away from some source, which repeats 
itself in space and time with little or no change. 


pulses. Most moving objects underwater make some 
kind of noise. This means that they can be detected just 
by listening for the noise. Examples of underwater noise 
are marine life, cavitation (small collapsing air pockets 
caused by propellers), hull popping of submarines chang- 
ing depth, and engine vibration. Some military passive 
SONARs are so sensitive they can detect people talking 
inside another submarine. Another advantage of passive 
SONAR is that it can also be used to detect an acoustic 
signature. Each type of submarine emits certain acoustic 
frequencies and every vessel’s composite acoustic pattern 
is different, just like a fingerprint or signature. Passive 
SONAR is predominantly a military tool used for sub- 
marine hunting. An important element of hunting is not 
to divulge one’s own position. However, if the passive 
SONAR hears nothing, one is obliged to turn to active 
mode but in doing so, risks alerting the other of his 
presence. The use of SONAR in this case has become a 
sophisticated tactical exercise. 
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Other, non-military, applications of SONAR, apart 
from finding fish, include searching for shipwrecks, 
probing harbors where visibility is poor, oceanography 
studies, searching for underwater geological faults and 
mapping the ocean floor. 
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I Song birds 


Song birds are any birds that sing musically, almost 
all of which are in the suborder Oscines of the order 
Passeriformes, or perching birds. Passeriform birds 
have feet adapted for gripping branches, plant stems, 
and similar perches, and they comprise about one-third 
of living bird families, and one-half of the species. 


A major function of singing in birds is to proclaim 
the location and limits of a breeding territory, that is, an 
area of habitat that is defended against other birds of the 
same species, and sometimes against other species as well. 
Usually, only the male of the species sings. By singing 
loudly and in a manner that is specific to the species, 
individual song birds advertise their presence, and their 
ownership of the local habitat. Usually, a vigorous song 
by a resident bird is sufficient to deter would-be compet- 
itors, but sometimes it is not. In such cases, the conflict 
can intensify into visual displays at close range, and some- 
times into out-and-out fighting, until a winner emerges. 


The frequency and intensity of the songs is usually 
greatest at the beginning of the breeding season, while 
territories are actively being established. Once a terri- 
tory is well ensconced, the frequency and loudness of 
the song often decrease, because all that is required at 
that stage is occasional reminders to neighbors that 
the territory remains occupied by the same individual. 
However, another important function of singing is to 
attract a mate, and if a territorial male bird has not 
been successful in achieving this goal, he will continue 
to sing often and loudly well into the breeding season, 
until a female finds and chooses him, or he gives up. 
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Sonoluminescence 


With a bit of effort and concentration, it is not too 
difficult to learn to identify bird species on the basis of 
their song. In fact, this is the basis of the most common 
method by which song birds are censused in forests, 
where it can be very difficult to see these small, cryptic 
animals because of dense foliage. During surveys of 
song birds, observations are made on different dates of 
the places at which singing by various species occurs in 
the forest. Clusters of observations of singing by a 
particular species at about the same place but on 
different dates are ascribed to a particular male bird, 
and are used to designate his territory. 


There are great differences in the songs of various 
bird species, which can range from the faint, high- 
pitched twittering of the cedar waxwing (Bombycilla 
cedrorum), to the loud and raucous jays of the blue jay 
(Cyanocitta cristata); the enormously varied and twice- 
repeated phrases of the brown thrasher (Toxostoma 
rufum); the whistled deea-deee of the black-capped 
chickadee (Parus atricapillus); the aerial twinklings of 
the horned lark (Eremophila alpestris); the witchety 
wichy of the common yellowthroat (Geothlypis trichas), 
a species of warbler; and the euphonious flutings and 
trills of the wood thrush (Hylocichla mustelina). 


Bill Freedman 


| Sonoluminescence 


Sonoluminescence is the emission of points of light 
from bubbles of air trapped in water, which contains 
intense sound waves. The concept was first hypothe- 
sized in 1933 by Reinhardt Mecke of the University of 
Heidelberg from the observation that intense sound 
from military sonar systems could catalyze chemical 
reactions in water. German scientists H. Frenzel and 
H. Schultes at the University of Cologne (Germany) 
first observed it in 1934 when they placed an ultra- 
sound transducer into a container of developing fluid 
(for photography). Bubbles in the fluid resulted, which 
they realized were emitting light. Modern experiments 
show it to be a result of heating in a bubble when the 
surrounding sound waves compress its volume by 
approximately a million-fold. 


The precise details of light generation within an 
air bubble are not presently known. Certain general 
features of the process are well understood, however. 
Owing to water’s high degree of incompressibility, 
sound travels through it in the form of high speed, 
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high pressure waves. Sound waves in air have smaller 
pressure, since air is highly compressible. The trans- 
mitted power in a wave is proportional to the product 
of its pressure and the amplitude of its vibrational 
motion. This means that the wave motion is strongly 
amplified when a sound wave travels from water to air. 


Since the speed of sound is much greater in water 
than in air, a small bubble within water carrying sound 
waves will be subjected to essentially the same pressure 
at every point on its surface. Thus, the sound waves 
within the bubble will be nearly spherical. 


Spherical symmetry, along with the large ampli- 
tude of displacement of the surface of the bubble, 
results in extreme compression of the air at the center 
of the bubble. This compression takes place adiabati- 
cally; that is, with little loss of heat, until the air is at a 
high enough temperature to emit light. Temperatures 
within a sonoluminescing bubble range between 10,000 
to 100,000 K (17,540 to 179,541°F; 9,727 to 99,727°C). 


Atthe end of the 1980s, American scientists Lawrence 
Crum and Felipe Gaitan produced a single bubble in 
an acoustic standing wave, which produced a pulse of 
light whenever the bubble compressed inside the wave. 
Based on this technology, called single bubble sonolu- 
minescence (SBSL), scientists are able to more effec- 
tively study sonoluminescence. In fact, the temperature 
range within a sonoluminescing bubble has been ten- 
tatively reduced to the lower range mentioned in the 
preceding paragraph, around 20,000K, although this 
temperature has not yet been independently confirmed. 


In the 2000s, theorists are working on models of 
sonoluminescing bubbles in which the inward-travel- 
ing wave becomes a shock wave near the center of the 
bubble; this is thought to account for the extremely 
high temperatures there. Although the maximum tem- 
peratures within a sonoluminescing bubble are not 
known with any certainty, some researchers are inves- 
tigating the possibility of using these imploding shock 
waves to obtain the million-degree temperatures 
needed for controlled nuclear fusion. 


l Sorghum 


Sorghum (genus Sorghum) refers to various species 
of grasses (family Poaceae) that are cultivated as food 
crops. Because the relationships among the various 
species and their hybrids are highly complex and not 
well understood, the cultivated grain sorghums are 
usually named as Sorghum bicolor. 
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Sorghum is a tropical grass, well adapted to high 
productivity in a hot and dry climatic regime, and water 
efficient (water transpired per unit of atmospheric car- 
bon dioxide fixed during photosynthesis). The wild pro- 
genitors of domesticated sorghum are thought to have 
inhabited the savanna of northern and central Africa, 
and perhaps India. Wild sorghum still occurs in these 
regions and their grains are gathered for food by local 
people. Sorghum was domesticated as a grain-crop 
approximately 5,000 years ago. Modern varieties grow 
3-15 ft tall (1-5 m). The grains are born in a dense cluster 
(known as a panicle) at the top of the plant. 


Sorghum is one of the world’s major cultivated 
crops, ranking fourth among the cereals. In 1999, 
about 113 million acres (45.9 million ha) of sorghum 
were grown worldwide, and total production was 74.9 
million tons of grain (68.1 million tonnes). Most of the 
world’s sorghum crop is grown in Africa, where it is a 
leading cereal (although surpassed during the twenti- 
eth century by maize [Zea mays] in many countries). 


There are four main cultivated groups of sorghum: 


- The grain sorghums are ground into flour for baking 
bread and cakes, boiled as a gruel, fermented into 
beer, or fed to livestock. Sorghum grain is highly 
nutritious, containing about 12% protein. Grain sor- 
ghums are by far the most important sorghum crop. 


- The sweet sorghum contains a high concentration of 
sucrose in its stems and is used to make table sugar in 
the same way as sugar cane (Saccharum officinarum). 
However, the sorghum sugar is not usually crystallized, 
but is boiled down into a dark-brown syrup similar to 
molasses. 


- The forage sorghums are used directly as animal feed 
or they are chopped and fermented to manufacture 
silage. 


- The broom-corn sorghums are cultivated for their 
thin, wiry, brushy stalks that are bound into “corn” 
brooms. This is no longer a common use, as natural- 
fiber brooms have been replaced by synthetic ones. 


Bill Freedman 


Sound see Acoustics 


i Sound waves 


Sound waves are pressure waves that travel through 
gas, liquid, or solid. They can be detected and inter- 
preted by instrumentation (e.g., by a seismograph) or 
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by a variety of pressure-sensitive organs in living beings 
(e.g., the lateral line system in sharks or the human ear). 
In humans, conversion of the mechanical energy of the 
sound wave form into nervous stimulation results in 
the transmission of electrochemical nervous impulses 
through the human auditory nerve to the brain. The 
brain interprets these neural signals as sound. 


Sound waves are created by any mechanical dis- 
turbance in a material medium. Individual particles 
are not transmitted with the wave, but the propagation 
of the wave causes particles (e.g., individual air mole- 
cules) to oscillate about an equilibrium position. 
Sound cannot travel through a vacuum. 


Every solid object has a unique natural frequency of 
vibration. Vibration can be induced by direct forcible 
disturbance of an object—such as striking it—or by the 
forcible disturbance of the medium in contact with an 
object (e.g. the surrounding air or water). Once excited, 
all such vibrators (i.e., vibratory bodies) become gener- 
ators of sound waves. For example, when a rock falls, 
the surrounding air and impacted crust undergo sinus- 
oidal oscillations and generate a sound wave. 


Vibratory bodies can also absorb sound waves. 
Vibrating bodies can, however, efficiently vibrate 
only at certain frequencies called the natural frequen- 
cies of oscillation. In the case of a tuning fork, if a 
traveling sinusoidal sound wave has the same fre- 
quency as the sound wave naturally produced by the 
oscillations of the tuning fork, the traveling pressure 
wave can induce vibration of the tuning fork at that 
particular frequency. 


Mechanical resonance occurs with the application 
of a periodic force at the same frequency as the natural 
vibration frequency. Accordingly, as the pressure fluc- 
tuations in a resonant traveling sound wave strike the 
prongs of the fork, the prongs experience successive 
forces at appropriate intervals to produce sound gener- 
ation at the natural vibrational or natural sound fre- 
quency. If the resonant traveling wave continues to exert 
force, the amplitude of oscillation of the tuning fork will 
increase and the sound wave emanating from the tuning 
fork will grow stronger. If the frequencies are within the 
range of human hearing, the sound will seem to grow 
louder. Singers are able to break glass by loudly singing 
a note at the natural vibrational frequency of the glass. 
Vibrations induced in the glass can become so strong 
that the glass exceeds its elastic limit and breaks. Similar 
phenomena occur in rock formations. 


Sound wave interactions and the Doppler 
effect 


Sound waves can potentiate or cancel in accord 
with the principle of superposition and whether they 
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South America 


are in phase or out of phase with each other. Waves of 
all forms can undergo constructive or destructive inter- 
ference. Sound waves also exhibit Doppler shifts—an 
apparent change in frequency due to relative motion 
between the source of sound emission and the receiving 
point. When sound waves move toward an observer the 
Doppler effect shifts observed frequencies higher. When 
sound waves move away from an observer the Doppler 
effect shifts observed frequencies lower. The Doppler 
effect is commonly and easily observed in the passage 
of car, trains, and automobiles. 


Speed of sound 


The speed of propagation of a sound wave is depend- 
ent upon the density of the medium of transmission. 
Weather conditions (e.g., temperature, pressure, humid- 
ity, etc.) and certain geophysical topographical features 
(e.g., mountains or hills) can obstruct sound transmis- 
sion. The alteration of sound waves by commonly 
encountered meteorological conditions is generally neg- 
ligible except when the sound waves propagate over long 
distances or emanate from a high frequency source. In 
the extreme cases, atmospheric conditions can bend or 
alter sound wave transmission. 


The speed of sound on a fluid—inclusive in this 
definition of “fluid” are atmospheric gases—depends 
upon the temperature and density of the fluid. Sound 
waves travel fast at higher temperatures and density. 
As a result, in a standard atmosphere, the speed of 
sound (reflected in the Mach number) lowers with 
increasing altitude. 


Meteorological conditions that create layers of air 
at dramatically different temperatures can refract 
sound waves. 


The speed of sound in water is approximately four 
times faster than the speed of sound in air. SONAR 
sounding of ocean terrains is a common tool of ocean- 
ographers. Properties such as pressure, temperature, 
and salinity also affect the speed of sound in water. 


Because sound travels so well under water, many 
marine biologists argue that the introduction of man- 
made noise (e.g., engine noise, propeller cavitations, 
etc) into the oceans within the last two centuries inter- 
feres with previously evolutionarily well-adapted meth- 
ods of sound communication between marine animals. 
For example, man-made noise (especially military sonar) 
has been demonstrated to interfere with long-range 
communications of whales. Although the long-term 
implications of this interference is not fully under- 
stood, many marine biologists fear that this interfer- 
ence could impact whale mating and lead to further 
population reductions or extinction. 


See also Amplifier. 
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South America 


The South American continent stretches from 
about 10° above the equator to almost 60° below it, 
encompassing an area of about 7 million sq mi (18 
million sq km). It is divided into ten countries. The 
continent can be divided into three main regions 
with distinct environmental and geological qualities: 
the highlands and plateaus of the east, which are 
the oldest geological feature in the continent; the 
Andes Mountains, which line the west coast and were 
created by the subduction of the Nazca plate beneath 
the continent; and the riverplain, between the high- 
lands, which contains the Amazon River. The South 
American climate varies greatly based on the distance 
from the equator and the altitude of the area, but the 
range of temperatures seldom dips 36°F (2°C), except 
in small areas. 


The continent 


The continent of South America extends over 68° of 
latitude, and encompasses an area of 6,880,706 sq. mi 
(17,821,028 sq. km). This is almost 12% of the surface 
area of the earth. It is about 3,180 mi (5,100 km) wide at 
its widest point. 


The highlands and plateaus 


The Eastern highlands and plateaus are the oldest 
geological region of South America, and are believed to 
have bordered on the African continent at one time, 
before the motion of Earth’s crust and continental drift 
separated the continents. They can be divided into 
three main sections. The Guiana Highlands are in the 
northeast, in the Guianan states, south Venezuela and 
northeastern Brazil. Their highest peak, Roraima, 
reaches a height of 9,220 ft (2,810 m). This is a moist 
region with many waterfalls; and it is in this range, in 
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Venezuela, that the highest waterfall in the world is 
found. It is called Angel Falls, and falls freely for 
2,630 ft (802 m). 


The Brazilian Highlands make up more than one 
half of the area of Brazil, and range in altitude between 
1,000-5,000 ft (305-1524 m). The highest mountain 
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range of this region is called Serra da Mantiqueira, 
and its highest peak, Pico da Bandeira, is 9,396 ft 
(2,864 m) above sea level. 


The Patagonian Highlands are in the south, in 
Argentina. The highest peak attains an altitude of 
9,462 ft (2,884 m), and is called Sierra de Cordoba. 
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The Andes 


The great mountain range of South America is the 
Andes Mountains, which extends more than 5,500 mi 
(8,900 km) all the way down the western coast of the 
continent. The highest peak of the Andes, called 
Mount Aconcagua, is on the western side of central 
Argentina, and is 22,828 ft (6,958 m) high. 


The Andes were formed by the motion of Earth’s 
crust, which is cut up into different tectonic plates. 
Some of them are continental plates, which are at a 
greater altitude than the other type of plate, the oce- 
anic plates. All of these plates are in motion relative to 
each other, and the places where they border each 
other are regions of instability where various geolog- 
ical structures are formed, and where earthquakes and 
volcanic activity is frequent. The west coast of South 
America is a subduction zone, which means that the 
oceanic plate, called the Nazca plate, is being forced 
beneath the adjacent continental plate. The Andes 
mountains were thrust upwards by this motion, 
and can still be considered “under construction” by 
Earth’s crust. In addition to the Nazca plate, the South 
American and Antarctic plates converge on the west 
coast in an area called the Chile Triple Junction, at 
about 46°S latitude. The complexity of plate tectonics 
in this region makes it a locality of interest for 
geologists. 


The geological instability of the region makes 
earthquakes common all along the western region of 
the continent, particularly along the southern half of 
Peru. 


The Andes are dotted with volcanoes; some of the 
highest peaks in the mountain range are volcanic in 
origin, many of which rise above 20,000 ft (6,100 m). 
There are 3 major areas in which volcanoes are con- 
centrated. The first of these appears between latitude 
6°N and 2°S, and straddles Colombia and Ecuador. 
The second, and largest region, lies between latitudes 
15° and 27°S; it is about 1,240 mi (2,000 km) long and 
62-124 mi (100-200 km) wide, and borders Peru, 
Bolivia, Chile, and Argentina. This is the largest con- 
centration of volcanoes in the world, and the highest 
volcanoes in the world are found here; but it is an area 
of low volcanic activity, and it is generally geysers 
which erupt here. The third region of volcanic concen- 
tration is also the most active. It lies in the central 
valley of Chile, mostly between 33° and 44°S. 


The climate in the Andes varies greatly, depending 
on both altitude and latitude, from hot regions to 
Alpine meadow regions to the glaciers of the South. 
The snowline is highest in southern Peru and northern 
Chile, at latitude 15-20°S, where it seldom descends 
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below 19,000 ft (5,800 m). This is much higher than at 
the equator, where the snowline descends to 15,000 ft 
(4,600 m). This vagary is attributed to the extremely 
dry climate of the lower latitude. In the far south of the 
continent, in the region known as Tierra del Fuego, 
the snowline reaches as low as 2,000 ft (600 m) above 
sea level. 


The Andes are a rich source of mineral deposits, 
particularly copper, silver, and gold. In Venezuela, 
they are mined for copper, lead, petroleum, phos- 
phates, and salt; diamonds are found along the Rio 
Caroni. Columbia has the richest deposits of coal, and 
is the largest producer of gold and platinum in South 
America. It is also wealthy in emeralds, containing the 
largest deposits in the world, with the exception of 
Russia. In Chile, the Andes are mined largely for 
their great copper stores, in addition to lead, zinc, 
and silver. Bolivia has enormous tin mines. The 
Andes are also a source of tungsten, antimony, nickel, 
chromium, cobalt, and sulfur. 


The Amazon basin 


The Amazon basin is the largest river basin found in 
the world, covering an area of about 2.73 million sq. mi 
(7 million sq. km). The second largest river basin, which is 
the basin of the River Zaire in the African Congo, is not 
even half as large. The water resources of the area are 
spectacular; the volume of water which flows from the 
basin into the sea is about 11% of all the water drained 
from the continents of Earth. The greatest flow occurs in 
July, and the least is in November. While there are many 
rivers flowing through the basin, the most important and 
well-known of these is the Amazon. The width of the 
Amazon ranges from about | mi (1.6 km) to as wide as 
8-10 km (5-6 mi), and although it is usually only about 
20-40 ft (6-12 m) deep, there are narrow channels where it 
can reach a depth of 300 ft (100 m). 


The Amazon basin was once an enormous bay, 
before the Andes were pushed up along the coasts. As 
the mountain range grew, they held back the ocean and 
eventually the bay became an inland sea. This sea was 
finally filled by the erosion of the higher land surround- 
ing it, and finally a huge plain, crisscrossed by countless 
waterways, was created. Most of this region is still at 
sea level, and is covered by lush jungle and extensive 
wetlands. This jungle region has the largest extent of 
any rain forest in the world, and is thought to have 
upwards of 100 different species per square kilometer. 
Despite the profusion of life that abounds here, the soil 
is not very rich; the fertile regions are those which 
receive a fresh layer of river silt when the Amazon 
floods, which occurs almost every year. 
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The climate 


The climate of South America varies widely over a 
large range of altitudes and latitudes, but only in isolated 
regions is the temperature range greater than about 
36°F (20°C). The coldest part of the continent is in the 
extreme southern tip, in the area called Tierra del Fuego; 
in the coldest month of the year, which is July, it is as 
cold as 32°F (0°C) there. The highest temperature of the 
continent is reached in a small area of northern 
Argentina, and is about 108°F (42°C). However, less 
than 15 days a year are this warm, and the average 
temperature in the same area for the hottest month of 
the year, which is January, is about 84°F (29°C). 


The countries 
Colombia 


Colombia borders on Venezuela, Brazil, Ecuador, 
and Peru, and encompasses an area of 440,831 sq. mi 
(1,141,748 sq. km). It is found where Panama of 
Central America meets the South American continent, 
and its location gives it the interesting feature of hav- 
ing coastal regions bordering on both the Atlantic and 
the Pacific oceans. It is a country of diverse environ- 
ments, including coastal, mountain, jungle, and island 
regions, but in general can be considered to consist of 
two major areas based on altitude: the Andes moun- 
tains and the lowlands. 


The Andes in Colombia can be divided into three 
distinct ranges, which run approximately from north to 
south in parallel ridges. The Cordillera Occidental, or 
westernmost range, attains a maximum altitude of 
about 10,000 ft (3,000 m). The Cordillera Oriental, 
which is the eastern range, is much higher, and many of 
its peaks are covered with snow all year round. Its highest 
peak is about 18,000 ft (5,490 m) high, and it has many 
beautiful waterfalls, such as the Rio Bogota which 
falls 400 ft (120 m). The Cordillera Central, as its 
name implies, runs between the Occidental and 
Oriental Cordilleras. It contains many active volca- 
noes as well as the highest peak in Colombia, Pico 
Cristobal Colon, which is 19,000 ft (5,775 m) high. 


The lowlands of the east cover two thirds of 
Colombia’s land area. It is part of the Orinoco and 
Amazon basins, and thus is well-watered and fertile. 
Part of this region is covered with rich equatorial rain 
forest. The northern lowlands of the coastal region 
also contain several rivers, and the main river of 
Colombia, the Magdalena, begins there. 


Venezuela 
Venezuela covers an area of 352,144 sq. mi 


(912,0250 sq. km). It is the most northern country of 
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South America, and can be divided up into four major 
regions. The Guiana Highlands in the southeast make 
up almost half of Venezuela’s land area, and are bor- 
dered by Brazil and Guyana. It is here that the famous 
Angel Falls, the highest waterfall in the world, is 
found. The Northern Highlands (which are a part of 
the Andes Mountains) contain the highest peak in 
Venezuela-Pico Bolivar, which reaches a height of 
16,427 ft (5,007 m). This range borders on much of 
the coastal region of Venezuela, and despite its prox- 
imity to both the Caribbean and the equator, it has 
many peaks which are snow-covered year-round. The 
Maracaibo basin, one-third of which is covered by 
Lake Maracaibo, is found in the northwest. It is con- 
nected to the Caribbean sea, and although it contains 
fresh water at one end of the lake, as it nears the ocean 
it becomes more saline. Not surprisingly, most of the 
basin consists of wetlands. The Llanos de Orinoco, 
which borders on Colombia in the southwestern part 
of Venezuela, is watered by the Orinoco River and its 
tributaries. The Orinoco has a yearly discharge almost 
twice as large as that of the Mississippi, and from June 
to October, during the rainy season, many parts of the 
Llanos are inaccessible due to flooding. 


Ecuador 


Ecuador received its name from the fact that it 
straddles the equator. Its area is 103,930 sq. mi 
(269,178 sq. km), making it the smallest of the Andean 
countries. Its eastern and western lowlands regions are 
divided by the Andes Mountains, which run through the 
center of the country. This part of the Andes contains an 
extremely active volcano region; the world’s highest 
active volcano, Cotopaxi, which reaches an altitude of 
19,347 ft (5,897 m), is found here. The western lowlands 
on the coast contain a tropical rain forest in the north, 
but become extremely dry in the south. The eastern 
lowlands are part of the Amazon basin, and are largely 
covered by tropical rainforest. The rivers Putumayo, 
Napo, and Pastaza flow through this area. 


Ecuador also owns the famous Galapagos 
Islands, which lie about 650 mi (1,040 km) off the 
coast. These 12 islands are all volcanic in origin, and 
several of the volcanoes are still active. The islands are 
the home of many species unique to the world, includ- 
ing perhaps the most well-known of their numbers, the 
Galapagos tortoise. 


Peru 


Peru covers an area of 496,225 sq. mi (1,285,216 
sq. km), making it the largest of the Andean countries. 
Like Ecuador, it is split by the Andes mountain into 
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two distinct sections. The eastern coastal region is 
mostly covered with mountains, and in many places 
the ocean borders on steep cliffs. In the northern part, 
however, there is a relatively flat region which is suit- 
able for agriculture. In the east, the lowlands are 
mostly covered by the thick tropical rain forest of the 
Amazon basin. The southern part of the Andes in Peru 
contain many volcanoes, some of which are still active, 
and Lake Titicaca, which is shared by Bolivia. Lake 
Titicaca is famous among archaeologists for its 
ancient Incan and pre-Incan ruins. It is extraordinary 
that the many fortresses, palaces, and temples found 
there were built of stone, for no stone is found any- 
where close by, and some of the blocks weigh more 
than 20 tons (18 tonnes). However, Lake Titicaca is 
also remarkable for itself, for of the large lakes with no 
ocean outlet, it is the highest in the world. It is 125 mi 
(200 km) at its largest length and 69 mi (110 km) at its 
largest breadth, which is not quite half as large as Lake 
Ontario; but it lies at an altitude of 12,507 ft (3,812 m) 
above sea level. 


Bolivia 


Bolivia has an area of 424,164 sq. mi (1,098,581 
sq. km), and is the only landlocked country in South 
America besides Paraguay. The western part of the 
country, which borders on Ecuador and Chile, is cov- 
ered by the Andes mountains, and like most of this 
part of the Andes, it contains many active volcanoes. 
In the southern part of the range, the land becomes 
more arid, and in many places salt marshes are found. 
Among these is Lake Poopo, which lies 12,120 ft 
(3,690 m) above sea level. This saline lake is only 10 
ft (3 m) deep. In the northern part of the range, the 
land becomes more habitable, and it is here that Lake 
Titicaca, which is shared with Peru, is found. 


The eastern lowlands of Bolivia are divided into 
two distinct regions. In the north, the fertile Llanos de 
Mamore is well-watered and is thickly covered with 
vegetation. The southeastern section, called the Gran 
Chaco, is a semiarid savanna region. 


Chile 


Chile is the longest, narrowest country in the 
world; although it is 2,650 mi (4,270 km) long, it is 
only about 250 mi (400 km) wide at its greatest width. 
It encompasses an area of 284,520 sq. mi (736,905 sq. 
km). The Andes divides into two branches along the 
eastern and western edges of the country. The eastern 
branch contains the highest of the Andean peaks, 
Aconcagua, which is 20,000 ft (6,960 m), and the high- 
est point on the continent. The Andes in Chile has the 
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greatest concentration of volcanoes on the continent, 
containing over 2,000 active and dormant volcanoes, 
and the area is plagued by earthquakes. 


In the western coastal region of north and central 
Chile, the land meets the ocean in a long line of cliffs 
which reach about 8,800 ft (2,700 m) in altitude. The 
southern section of this coastal mountain range moves 
offshore, forming a group of about 3,000 islands 
extending in a line all the way to Cape Horn, which 
is the southernmost point on the continent. The coast 
in this area is quite remarkable in appearance, having 
numerous fjords. There are many volcanic islands off 
the coast of Chile, including the famous Easter Island, 
which contains some extremely unusual archeological 
remains. 


The southern part of the coastal region of Chile is 
a pleasant, temperate area, but in the north it contains 
the Atacama Desert, which is the longest and driest 
desert in the world. Iquique, Chile, which lies in this 
region, is reported to have at one time suffered 14 
years without any rain at all. The dryness of the area 
is believed to be due to a sudden temperature inversion 
as clouds move from the cold waters off the shore and 
encounter the warmth of the continent; this prevents 
water from precipitating from the clouds when they 
reach the shoreline. It has been suggested also that the 
sudden rise of the Andes Mountains on the coast 
contributes to this effect. 


Argentina 


Argentina, the second-largest of the South American 
countries, covers an area of 1,073,399 sq. mi (2,780,092 
sq. km). The Andes Mountains divide western Argentina 
from Chile, and in the south, known as Tierra de Fuego, 
this range is still partly covered with glaciers. 


A large part of Argentina is a region of lowlands 
and plains. The northern part of the lowlands, called 
the Chaco, is the hottest region in Argentina. A little 
further south, between the rivers Parana and Uruguay, 
there is an area called Mesopotamia. For most of the 
year the area is marshland, due to flooding of the 
rivers during the rainy season. In the northwestern 
part of Argentina near the Paraguay and Brazilian 
borders, are found the remarkable Iguassa Falls. 
They are 2.5 mi (4 km) wide and 269 ft (82 m) high. 
As a comparison, Niagara Falls is only 5,249 ft (1,599 
m) wide and 150-164 ft (46-50 m) high. The greatest 
part of the lowland plains are called the Pampa, which 
is humid in the east and semiarid in the west. 


The southern highlands of Patagonia, which begins 
below the Colorado River, is a dry and mostly unin- 
habited region of plateaus. In the area known as Tierra 
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del Fuego, the southernmost extension of the Andes is 
found. They are mostly glaciated, and many beautiful 
glacial lakes are found here. Where the mountains 
descend into the sea, the glaciers have shaped them 
so that the coast has a fjord like appearance. 


The Falkland Islands lie off the eastern coast of 
Argentina. They are a group of about 200 islands 
which mostly consist of rolling hills and peat valleys, 
although there are a few low mountains north of the 
main islands. The sea around the Falkland Islands is 
quite shallow, and for this reason they are believed to 
lie on an extension of the continental shelf. 


Paraguay 


Paraguay, which has an area of 157,048 sq. mi 
(406,752 sq. km), is completely landlocked. About half 
of the country is part of the Gran Chaco, a large plain 
west of the Paraguay River, which also extends into 
Bolivia and Argentina. The Gran Chaco is swampy in 
places, but for the most part consists of scrub land with a 
few isolated patches of forest. East of the Paraguay 
river, there is another plain which is covered by forest 
and seasonal marshes. This region becomes a country of 
flat plateaus in the easternmost part of Paraguay, most 
of which are covered with evergreen and deciduous 
forests. 


Uruguay 


Uruguay, which is 68,037 sq. mi (176,215 sq. km) 
in area, is a country bounded by water. To the east, it is 
bordered by the Atlantic Ocean, and there are many 
lagoons and great expanses of dunes found along the 
coast. In the west, Uruguay is bordered by the river 
Uruguay, and in the south, by the La Plata estuary. 
Most of the country consists of low hills with some 
forested areas. 


Brazil 


With an area of 3,286,487 sq. mi (8,511,965 sq. 
km), Brazil is by far the largest country in South 
America, taking up almost half of the land area of 
the continent. It can be divided into two major geo- 
graphical regions: the highlands, which include the 
Guiana Highlands in the far north and the Brazilian 
Highlands in the center and southeast, and the 
Amazon basin. 


The highlands mostly have the appearance of flat 
tablelands which are cut here and there by deep rifts 
and clefts which drain them; these steep river valleys 
are often inaccessible. In some places the highlands 
have been shaped by erosion so that their surfaces are 
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rounded and hill-like, or even give the appearance of 
mountain peaks. Along the coast the plateaus plum- 
met steeply to the ocean to form great cliffs, which can 
be as high as 7,000-8,000 ft (2,100-2,400 m). Except for 
the far north of Brazil, there are no coastal plains. 


The lowlands of Brazil are in the vast Amazon 
basin, which is mostly covered with dense tropical rain 
forest—the most enormous tract of unbroken rain- 
forest in the world. The many rivers and tributaries 
which water the region create large marshes in places. 
The Amazon is home to many indigenous peoples and 
as yet uncounted species of animals and plants found 
no where else in the world. The Amazon rainforest is 
one of the world’s greatest resources; both as a natural 
wonder and as a source of medicinal and edible plants 
and exotic woods. 


Brazil also has many island territories, most of 
which, however, are quite small; the largest, called 
Fernando de Noronha, has an area of 10 sq. mi (26 sq. km). 
The majority of the remaining islands are only season- 
ally inhabited. 


French Guiana 


French Guiana encompasses and area of 35,900 
sq. mi. (93,000 sq. km), and is found north of Brazil. 
The area furthest inland is a region of flat plateaus 
which becomes rolling hills in the central region of the 
country, while the eastern coastal area is a broad plain 
consisting mostly of poorly drained marshland. Most 
of the country is covered with dense tropical rain 
forest, and the coast is lined with mangrove swamps. 
French Guiana possesses a few island territories as 
well, and the most famous of these, Devil’s Island, 
the former site of a French penal colony. 


Suriname 


North of French Guiana lies Suriname, another 
tiny coastal country which has an area of 63,251 sq. 
mi. (163,820 sq. km). The southern part of the country 
is part of the Guiana Highlands, and consists of very 
flat plateaus cut across by great rifts and steep gullies. 
These are covered with thick tropical rain forest. 
North of the highlands is an area of rolling hills and 
deep valleys formed by rivers and covered with forest. 
The extreme north of Suriname lies along the coast 
and is a flat swamp. Several miles of mangrove 
swamps lie between this region and the coast. 


Guyana 


East of Suriname is the country of Guyana, with a 
land area of 83,000 sq. mi. (215,00 sq. km). In the western 
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KEY TERMS 


Continental drift—The movement of continents 
which is due to the motion of Earth’s crust. 


Continental shelf—A relatively shallow, gently 
sloping, submarine area at the edges of continents 
and large islands, extending from the shoreline to 
the continental slope. 


Deciduous—In plants, refers to leaves or other tis- 
sues which are shed at the end of the growing 
season. 


Fjords—Areas along the coast where the sea runs in 
a long channel between steep cliffs. 


Geysers—Underground springs which periodically 
explode upwards, forming tall fountains of hot water. 


Lithosphere—The earth’s crust, along with the 
upper part of the mantle. 


Oceanic crust—The part of Earth’s crust that lies 
beneath the oceans, which is further down than the 
continental crust. 


Savanna—A treeless plain of high grasses found in 
tropical climates. 


Scrub land—Region covered with low, stunted 
trees. 


Subduction—lIn plate tectonics, the movement of 
one plate down into the mantle where the rock 
melts and becomes magma source material for 
new rock. 


Tectonic—Having to do with forces that fold and 
fracture the rocks of planets. 


and southern parts of Guyana are the Guiana 
Highlands. As with Suriname and French Guyana, 
these are cut up deeply by steep and sudden river 
valleys, and covered with dense rain forest. The west- 
ern part of the Guiana Highlands are called the 
Pakaraima Mountains, and are much higher than the 
other plateaus in Guyana, reaching an altitude of as 
much as 9,220 ft (2,810 m). The highlands become a 
vast area of rolling hills in the central part of Guyana 
due to the effects of erosion; this sort of terrain takes up 
more than two thirds of the country. In the north along 
the coast is a swampy region as in Suriname and French 
Guiana, with many lagoons and mangrove swamps. 
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tl Soybean 


The soybean (Glycine max) is a domesticated spe- 
cies in the pea family (Fabaceae). Like other cultivated 
species in this family, soybean has symbiotic Rhizobium 
bacteria growing in nodules on its roots. These bacteria 
fix atmospheric nitrogen gas into ammonia and allow 
the crop to grow with relatively little additional fertil- 
ization of this key nutrient. Soybean is an annual, 
dicotyledonous plant. It has compound leaves, a 
bush-like growth form, and whitish or purple, bilater- 
ally symmetric flowers. The bean like, 2-3 in (5-7 cm) 
long fruits contain 2-4 hard, round seeds. Depending 
on the variety, the seeds can be colored black, brown, 
green, white, or yellow. 


Soybean was domesticated in China around 5,000 
years ago. Although it has been cultivated in east Asia 
for thousands of years, it was not commonly grown in 
Europe or North America until the twentieth century. 
It is now cultivated worldwide, where conditions per- 
mit, and is one of the most useful and most important 
food crops. In 1999, about 178 million acres (71.9 
million ha) of soybean were grown worldwide, and 
total production was 176 million tons of grain (160 
million tonnes). 


Soybeans contain as much as 45% protein and 
30% carbohydrate. They are used to prepare a wide 
variety of highly nutritious foods. The beans can be 
boiled, baked, or eaten as tender sprouts. Soybeans 
can also be used to manufacture tofu (a soft, cheesy 
curd), tempe (a soya cake impregnated with a fungus), 
soy milk (a white liquid preparation), and soy sauce (a 
black, salty liquid used to flavor). Soybeans are also 
processed as ingredients for cooking oil, margarine, 
vegetable shortening, mayonnaise, food supplements 
(such as lecithin), pharmaceutical preparations, and 
even paints and plastics. In addition to these many 
useful products for humans, large amounts of soy- 
beans are fed to livestock. 


Bill Freedman 
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l Space 


Space, as referred to by astronomers, is the region 
beyond the atmosphere of the Earth. It is also called 
outer space. Generally, space is defined as the three- 
dimensional extension in which all things exist and 
move. Humans intuitively feel that they live in an 
unchanging space. In this space, the height of a tree 
or the length of a table is the same for everybody. 
German-American physicist Albert Einstein’s (1879— 
1955) special theory of relativity tells that this intuitive 
feeling is really an illusion. Neither space nor time is 
the same for two people moving relative to each other. 
Only a combination of space and time, called space- 
time, is unchanged for everyone. 


Einstein’s general theory of relativity tells that the 
force of gravity is a result of a warping of this space- 
time by heavy objects, such as planets. According to 
the big bang theory of the origin of the universe, 
the expansion of the universe began from infinitely 
curved space-time. Scientists still do not know whether 
this expansion will continue indefinitely or whether 
the universe will collapse again in a big crunch. 
Meanwhile, astronomers are learning more and more 
about outer space from terrestrial and orbiting tele- 
scopes, space probes sent to other planets in the solar 
system, and other scientific observations. This is just 
the beginning of the exploration of the unimaginably 
vast void, beyond the Earth’s outer atmosphere, in 
which a journey to the nearest star would take 3,000 
years at a million miles an hour. 


The difference in the perception of space and time, 
predicted by the special theory of relativity, can be 
observed only at very high velocities close to that of 
light. A person driving past at 50 mph (80 km/h) will 
appear only a hundred million millionth of an inch 
thinner as another person stands watching on the side- 
walk. By themselves, three-dimensional space and 
one-dimensional time are different for different people. 
Taken together, however, they form a four-dimensional 
space-time in which distances are the same for all 
observers. One can understand this idea by using a 
two-dimensional analogy. Suppose the definition of 
south and east is not the same for all people. Bill 
travels from city A to city B by going ten miles along 
his south and then five miles along his east. Sallly 
travels from A to B by going two miles along her 
south and 11 miles along her east. Both people, how- 
ever, move the same distance of 11.2 miles south-east 
from city A to B. In the same way, if one thinks of 
space as south and time as east, space-time is some- 
thing like south-east. 
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The general theory of relativity tells one that grav- 
ity is the result of the curving of this four-dimensional 
space-time by objects with large mass. A flat stretched 
rubber membrane will sag if a heavy iron ball is placed 
on it. If one now places another ball on the membrane, 
the second ball will roll towards the first. This can be 
interpreted in two ways; as a consequence of the cur- 
vature of the membrane, or as the result of an attrac- 
tive force exerted by the first ball on the second one. 
Similarly, the curvature of space-time is another way 
of interpreting the attraction of gravity. An extremely 
massive object can curve space-time around so much 
that not even light can escape from its attractive force. 
Such objects, called black holes, could very well exist in 
the universe. Astronomers believe, for example, that 
the disk found in 1994 by the Hubble Space Telescope, 
at the center of the elliptical galaxy M87 near the 
center of the Virgo cluster, is material falling into a 
supermassive black hole estimated to have a mass 
three billion times the mass of the sun. 


The relativity of space and time and the curvature 
of space-time do not affect human’s daily lives. The 
high velocities and huge concentrations of matter, 
needed to manifest the effects of relativity, are found 
only in outer space on the scale of planets, stars, and 
galaxies. Earth’s own Milky Way galaxy is a mere 
speck, 100,000 light years across, in an observable 
universe that spans over ten billion light-years (where 
one light-year is the distance that light travels in a 
vacuum in one year). Though astronomers have 
studied this outer space with telescopes for hundreds 
of years, the modern space age began only in 1957 
when the Soviet Union put the first artificial satellite, 
Sputnik 1, into orbit around the Earth. 


At present, there are hundreds of satellites in orbit 
gathering information from distant stars, free of the 
distorting effect of the Earth’s atmosphere. Even 
though no manned spacecraft has landed on other 
worlds since the Apollo Moon landings, several space 
probes, such as the Voyager 2 and the Magellan, have 
sent back photographs and information from the moon 
and from other planets in the solar system. Other 
spacecraft, such as New Horizons, are on their way to 
particular destinations in the solar system. New 
Horizons is traveling toward the dwarf planet system 
Pluto-Charon to investigate this little explored region 
of space. There are many questions to be answered and 
much to be achieved in the exploration of space. The 
Hubble telescope, repaired in space in 1993, has sent 
back data that has raised new questions about the age, 
origin, and nature of the universe. 


Along with Hubble, NASA has also launched the 
Compton Gamma Ray Observatory, the Chandra 
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KEY TERMS 


Big Bang theory—The currently accepted theory 
that the universe began in an explosion. 


Black hole—An object, believed to be formed by a 
very massive star collapsing on itself, which exerts 
such a strong gravitational attraction that nothing 
can escape from it. 


General theory of relativity—Albert Einstein’s 
theory of physics, according to which gravity is 
the result of the curvature of space-time. 

Light year—tThe distance traveled by light in one 
year (within a vacuum) at the speed of about 
186,000 miles per second. 


Space probe—An unmanned spacecraft that orbits 
or lands on the Moon, planet, or other celestial body 
to gather information that is relayed back to Earth. 


Space station—A manned artificial satellite in orbit 
about the earth, intended as a base for space obser- 
vation and exploration. 


Space-time—Space and time combined as one uni- 
fied concept. 


Special relativity—The part of Einstein’s theory of 
relativity that deals only with non-accelerating 
(inertial) reference frames. 


X-ray Observatory, and the Spitzer Space Telescope, 
as part of its Great Observatories program, to explore 
the far reaches of the universe at various wavelengths 
of the electromagnetic spectrum. The fate of Hubble is 
unsure as of October 2006. If nothing is done to repair 
it, it will re-enter the Earth’s atmosphere sometime 
after 2010. Currently, the James Webb Space 
Telescope (JWST) is partially replacing Hubble in 
2013. It will operate at the infrared region of the 
electromagnetic spectrum, with a much better ability 
to see into those parts of the universe. However, it does 
not operate in the visible part of the spectrum, as does 
Hubble. 


Countries such as Japan, the countries of the 
European Space Agency (such as England, Germany, 
and Italy), China, Russia, and India, are also sending 
probes into outer space to investigate the solar system 
and launching telescopes into space to discover more 
about the solar system, galaxies, and the universe in 
general. As they do these investigations, humans learn 
more about life on the Earth and how life developed 
on Earth and, possibly, in other places within the 
immense expanse of outer space called the universe. 
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l Space probe 


A space probe is any uncrewed (unmanned), 
instrument-carrying spacecraft designed to travel to 
an extraterrestrial environment beyond the orbit of 
Earth. The first recorded mention of a possibility of 
a true space probe dates to 1919, when United States 
physicist and rocketry pioneer Robert Goddard 
(1882-1945) suggested that a flash from an explosion 
produced by a rocket on the moon’s surface could be 
observed from Earth with a telescope. The slight sci- 
entific value of such an experiment, along with the 
absence of the technology for its realization, made 
Goddard’s idea premature. However, in coming 
years it was to reappear in more mature forms, first 
on paper and then in reality. In 1952, the term inter- 
planetary probe was introduced in a paper by two 
members of the British Interplanetary Society (a pri- 
vate group of space enthusiasts); by the end of that 
decade, the dream had at last begun to materialize in 
hardware projects. 


Space probes are used to enrich human scientific 
knowledge of conditions and bodies in space (asteroids, 
comets, stars, planets, the solar wind, etc.). Every probe is 
constructed to fulfill the goals of a particular mission 
and, thus, represents a unique and sophisticated creation 
of engineering art. Nevertheless, there are some common 
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basic problems underlying any space mission, whether 
Earth satellite, crewed flight, or automated probe: how to 
get to the destination, how to collect information, and 
how to return information to Earth. Successful resolu- 
tion of these issues is impossible without a highly devel- 
oped network of Earth-based facilities for assembling 
and testing the spacecraft-and-launcher system, for 
launching the spacecraft onto a desired trajectory, for 
remote control of devices in flight, and for receiving 
information transmitted back to Earth. 


In general, a space probe may, thus, be considered 
a combination of interacting systems: on-ground 
facilities, the launch vehicle, and the spacecraft itself, 
all communicating with each other through numerous 
mechanical, electronic, and human interfaces. Each 
system, in turn, is split into a set of subsystems inter- 
acting through interfaces of their own. A successful 
space probe therefore requires the fusion of cutting- 
edge knowledge from many fields. Celestial mechan- 
ics, rocketry, precision instrumentation, and telecom- 
munications are only a few of the fields involved. 


Automated space missions are, in general, far less 
costly than crewed missions; a camera or radiation 
detector, unlike an astronaut, does not require a mas- 
sive life-support system. Uncrewed spacecraft are still, 
however, expensive. 


For over four decades the United States and the 
Soviet Union (now, Russia) were the only powers tech- 
nologically and economically capable of sustaining 
major space-exploration programs. Beginning in the 
late 1950s, when the Soviet Union’s Sputnik became 
the first manufactured object to orbit Earth, both 
superpowers spent many billions of dollars on space 
flight—especially crewed space flight, with its obvious 
power to impress the world. The prestige motive largely 
faded, however, after the U.S. won the space race, as it 
was popularly called, by landing on the moon in July 
1969. After the collapse of the Soviet Union in 1991, 
Russia inherited its space program and continued it in 
a much-reduced form, with emphasis on the Mir space 
station rather than on solar-system exploration via 
instrumented probes. In the U.S., NASA’s space shut- 
tle and the International Space Station have continued 
to absorb most of the space budget. However, some 
funding has always remained available in the U.S. (and 
to a much smaller extent in Europe (via the European 
Space Agency), India, China, Japan, and a few other 
countries) for small, uncrewed, remote-controlled 
space vehicles capable of exploring the solar system. 


The scientific returns from these missions have 
been of incalculable value. Scientific probes have been 
landed on the moon, Venus, and Mars; have landed on 
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the asteroid 433 Eros; have orbited or flown by every 
major body, and many minor bodies, in the solar sys- 
tem; and have traveled so that, as of October 2006, are 
nearly outside the solar system and on their way to 
interstellar space (through the efforts of Voyager 1 
and 2 and Pioneer 10 and // spacecraft). 


Probe flight and supporting facilities 


A probe’s journey into space can be divided into 
several stages. First, the probe has to leave the earth’s 
surface. Once in space, most probes orbit Earth tempo- 
rarily before proceeding to deep space. To leave Earth 
on a non-returning orbit, a probe must achieve a veloc- 
ity of approximately 25,000 mph (40,000 km/h) relative 
to Earth, the speed termed escape velocity (Figure 1). 


Having escaped Earth’s orbit, a probe moves pri- 
marily under the gravitational influence of the sun 
during its journey across the solar system. Some 
probes take up orbit around the sun itself; others are 
targeted at other bodies in the solar system. The final 
(i.e., approach) stage of a probe’s trip starts when the 
probe experiences significant gravitational attraction 
from the target body. The calculation of the entire 
trajectory from Earth to the point of destination is a 
complex task because it must take into consideration 
several mutually conflicting demands: maximize pay- 
load (i.e., mass of instrumentation delivered to the 
destination) but minimize cost; shorten mission dura- 
tion but avoid hazards (e.g., solar flares or meteor 
swarms); and so forth. 


Sometimes, the gravitational fields of planets can 
be utilized to increase a probe’s velocity and to change 
its direction and velocity without using rocket fuel. 
For instance, Jupiter’s massive gravitational pull can 
accelerate a probe enough to leave the solar system, or 
to proceed at greatly increased velocity toward more 
distant planets. This gravity assist effect was success- 
fully used in the United States Mariner missions to 
Mercury (boost from Venus); the Voyager missions to 
the far planets of the solar system (boosts from 
Jupiter, Saturn, and Neptune); the Galileo probe to 
Jupiter (boosts from Venus and Earth); and the cur- 
rent operational mission of the Cassini probe to 
Saturn (boost from Jupiter). Figure 2 illustrates how 
a planet’s gravity can accelerate a probe. 


Projecting of payloads into designated trajecto- 
ries is achieved by means of expendable launch 
vehicles (ELVs), that is, non-reusable booster rock- 
ets. China, Japan, India, Russia, Ukraine, the coun- 
tries of the European Space Agency (Austria, Belgium, 
Denmark, Finland, France, Germany, Greece, Ireland, 
Italy, Luxembourg, the Netherlands, Norway, Portugal, 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Spain, Sweden, Switzerland, and the United Kingdom), 
and the United States manufacture ELVs today. Most 
ELVs use the same basic concept: two or more stacked 
rocket stages are burned in succession, with each low- 
ermost stage being discarded when its burn is com- 
pleted. The motion of a rocket is caused by a 
continuous ejection of hot gases in the opposite direc- 
tion. Momentum gained by the gases ejected behind 
the rocket is balanced by forward momentum gained 
by the rocket itself. No other device can produce rapid 
acceleration in a vacuum, making rockets essential to 
space flight. (Solar sails, which exploit the faint pres- 
sure exerted by the sun’s light, may have application in 
the future for missions where very slow acceleration is 
acceptable.) The rocket’s role as a prime mover makes 
it key to any mission’s overall performance and cost. 
Out of 52 space-probe missions launched in the United 
States from 1958 to 1988, 13 failed because of ELV 
failures and only five because equipment on the probe 
itself malfunctioned. ELVs have, however, tended to 
become more reliable with time. 


Earth-based support facilities can be divided into 
three major categories: test grounds, where the space- 
craft and its components are exposed to extreme condi- 
tions to make sure that they are able to withstand the 
stresses of launch, space travel, and the destination’s 
environment; check-out and launch ranges, where the 
lift-off procedure is preceded by a thorough examination 
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Solar system escape 
normal to ecliptic 
~ 32-8 m/sec. 


Lunar or planetary 
orbits ~ 7 m/sec. 


Solar system escape 
in plane of ecliptic 
~ 10-35 m/sec. 


of all spacecraft-rocket interfaces; and post-launch facili- 
ties, which are used to track, communicate with, and 
process the data received from the probe. 


Hundreds of people and billions of dollars’ worth 
of facilities are involved in tracking a probe and inter- 
cepting the data it transmits toward Earth. Preexisting 
facilities must be modified in accordance with the 
design of each specific spacecraft. Today, the United 
States uses two major launch ranges, several world- 
wide tracking networks, and dozens of publicly and 
privately owned test facilities. 


Design and classification 


A space probe is a largely self-contained mechan- 
ical system designed to perform a variety of prescribed 
operations for a long time, sometimes decades. There 
are ten major constituents of the spacecraft that are 
responsible for its vital functions: (1) power supply, (2) 
propulsion, (3) altitude control, (4) environmental con- 
trol, (5) computers, (6) communications, (7) engineer- 
ing-instrumentation, (8) scientific instrumentation, (9) 
guidance control, and (10) structural platform. 


1. The power supply provides regulated electrical 
power to keep the spacecraft active. Solar-cell 
arrays that transform sunlight into electricity 
are used for missions to the inner solar system; 
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Figure 2. (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


thermoelectric generators run by plutonium are 
generally used for missions to the outer solar 
system, where sunlight is dim, and have also 
been used for some planetary-lander probes 
(e.g., Viking and IT on Mars). 


. The propulsion subsystem enables the space- 
craft to maneuver during either space travel or 
landing (if any), and must be specifically config- 
uration depending upon the mission’s goals. 


. The altitude-control subsystem allows the space- 
craft to orient itself in space. Solar panels must 
be aimed at the sun, antennas at Earth, and 
sensors at scientific targets. This subsystem also 
aligns rockets in the proper direction during 
course-change maneuvers. 


. The environmental-control subsystem maintains 
the temperature and other aspects of the craft’s 
internal environment within the acceptable levels 
to secure proper functioning of equipment. 


. The computer subsystem controls all the other 
subsystems. It performs processing and storage 
of scientific data, executes routines for internal 
checking and maintenance, instructs onboard 
instruments to perform scientific studies, aids in 
the diagnosis of equipment faults, and initiates 
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pre-programmed actions independently of pro- 
grammers on Earth. 


. The communications subsystem transmits data 


and receives commands from the Earth. It also 
transmits identifying signals that allow ground 
crews to track the probe. 


. The engineering-instrumentation subsystem con- 


tinuously monitors the health of the spacecraft’s 
other systems and submits status reports to Earth 
via the computer and communications subsystems. 


. The scientific-instrumentation subsystem car- 


ries out the experiments selected for a particular 
mission, as, for example, to explore a planet’s geog- 
raphy, geology, atmospheric physics, and electro- 
magnetic environment. 


. The guidance-and-control subsystem detects 


deviations from proper course and perform- 
ance, determines corrections, and dispatches 
appropriate corrective commands. 


The structural subsystem is the mechanical skel- 
eton of the spacecraft; it supports, unites, and 
protects all other subsystems. 


Depending upon a mission’s target, it may be classed 


as lunar, solar, planetary, or interplanetary (i.e., visiting 
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more than one planet). Interstellar missions are also 
possible in principle. None have been launched, but sev- 
eral U.S. probes to the outer planets have almost left the 
solar system and continue to transmit data from the edge 
of the solar system. (In May 2005, NASA stated that 
Voyager I was in the heliosheath, and that it should reach 
the heliopause [the generally accepted edge of the solar 
system] in 2015. As of August 2005, it was about 100 AU 
from the sun, the furthest human made object from 
Earth. According to NASA, Voyager 2 left the helio- 
sheath in December 2004 and is about 80.5 AU away 
from Earth, as of September 2006. On March 4, 2006, 
NASA lost contact with Pioneer 10. Three months ear- 
lier, it was about 89.7 AU away from Earth. NASA lost 
contact with Pioneer I] in November 1995.) Another 
scheme of classification is based upon the mission type: 
flyby, orbiter, or soft-lander. 


Space probe families 


The scores of probes launched since 1959 are grouped 
into families, which usually encompass craft similar by 
design, mission, or both. The United States National 
Aeronautics and Space Administration (NASA) has 
launched a series of interplanetary probes (Pioneer, 
Voyager, etc.), of lunar probes (Ranger, Surveyor, 
Lunar Orbiter), of planetary probes (Mariner, Viking, 
Pioneer Venus). The former Soviet Union’s probe fami- 
lies were Luna (Russian, for moon), Mars, and Venera 
(Russian, for Venus). Although all Soviet (and, later, 
Russian) efforts to land a space probe on Mars have 
failed, only Soviet spacecraft have landed on the surface 
of Venus. 


Recent and future space probes 


A new program recently initiated by NASA, the 
Discovery program, has its objective to find cheaper 
ways to explore the solar system. It was largely inspired 
by the dramatic failure of the $1-billion Mars Observer 
mission in 1993, which exploded on arrival at Mars, 
and is supposed to supplant large, expensive, infre- 
quent missions with relatively small, inexpensive, fre- 
quent. It was Discovery’s original goal to increase 
mission frequency to one every 12 to 18 months and 
to provide for a more continuous accumulation of 
diverse scientific information on asteroids, planets, 
and the sun. In the frame of the Discovery program, 
the Mars Pathfinder and the Near-Earth Asteroid 
Rendezvous (NEAR) missions were launched in 1996. 


The Pathfinder Lander mission, which landed 
successfully on Mars in 1997, included a low-power, 
low-mass instruments, and a small six-wheeled rover 
(named Sojourner) to analyze rock composition on the 
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Martian surface. NEAR journeyed through the aste- 
roid belt, flying by the asteroid Iliya in 1996, and after 
a gravity boost from Earth, NEAR encountered near- 
Earth object 433 Eros in December 1998. NEAR was 
completely successful in its mission to study 433 Eros 
at close range, and even managed to make a soft 
touchdown on its surface (an add-on mission for 
which it had not been originally designed). 


However, the pace of the Discovery series of mis- 
sions slowed drastically after the failure of two con- 
secutive Mars probes in 1999 (Mars Orbiter) and 2000 
(Mars Polar Lander). Critics charged that NASA had 
allowed its new “better, cheaper, faster” philosophy to 
compromise its engineering standards, and NASA, in 
the face of two consecutive catastrophes, agreed. Its 
missions have subsequently become less cheap and less 
fast. However, since the twin disasters of 1999 and 
2000, NASA has successfully completed numerous 
missions. 


The Stardust mission was launched in February 
1999 in order to investigate the comet Wild 2. It com- 
pleted its mission when it returned a capsule to the 
Earth in January 2006 that contained samples of the 
comet. The Stardust mission was the first mission to 
return comet dust to scientists on the Earth. 


NASA launched the Mars Odyssey in 2001 and 
orbited it around Mars in 2002. It uses its instruments 
to search for water and volcanic activity on Mars. 
Then, the lander mission to Mars, Mars Exploration 
Rover, was launched in 2003. The mission features 
duplicate probes much like the successful (and expen- 
sive) Viking landers of the 1970s. Each Mars 
Exploration Rover probe deployed one sophisticated 
rover (Spirit and Opportunity) onto the surface of 
Mars in 2004, exploiting technologies tested during 
the Pathfinder landing of 1997. As of October 2006, 
both probes are continuing their explorations of Mars 
with the help of the orbiting Mars Odyssey. 


NASA’s Mars Reconnaissance Orbiter (MRO) 
was launched in August 2005. It reached its orbit 
about Mars in March 2006 and is expected to proceed 
with its mission to investigate the planet beginning in 
November 2006. 


MESSENGER (Mercury Surface, Space Environ- 
ment, Geochemistry, and Ranging) was launched by 
NASA in August 2004 in order to study the planet 
Mercury while in orbit about the planet. With flybys 
of Earth and Venus, the probe is expected to begin 
orbiting Mercury in March 2011 for a one-year mis- 
sion to investigate Mercury’s surface composition 
and geology, magnetic field, interior core, poles, and 
atmosphere. 
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KEY TERMS 


Gravitation—The force whereby any two particles 
of matter attract each other throughout the universe. 


Interface—A common boundary between two 
parts of a system, whether material or nonmaterial. 


Trajectory—tThe path described by any body mov- 
ing through space. 


NASA launched Deep Impact in January 2005 to 
study the composition of comet Tempel 1. It traveled 
about 429 million kilometers in about six months 
before it was directed to make a controlled impact of 
the comet’s nucleus. The resulting collision produced 
an impact crater, which showed a dustier and less icy 
interior than expected. 


NASA is planning to launch Mars Science 
Laboratory (MSL) in December 2009 for a landing 
on the planet in October 2010. It will carry three times 
as many instruments as the MER rovers Spirit and 
Opportunity for its investigation of whether Mars 
supported life in the past or is supporting life at the 
present. 


NASA’s New Horizon’s spacecraft, launched in 
January 2006, will cross the orbits of all of the planets 
past Earth on its way past Pluto and Charon in 2015. 
It will be the first spacecraft to visit the Pluto-Charon 
system. The spacecraft is expected to fly within 6,200 
mi (10,000 km) of Pluto with a relative velocity of 8.6 
mi/sec (13.78 km/sec) at closest approach. When it 
flies by Charon it will come as close as 16,800 mi 
(27,000 km). After passing by Pluto and Charon, 
New Horizons will travel further into the Kuiper 
Belt. Over the next four to five years, the spacecraft 
is expected to examine several KBOs (Kuiper Belt 
Objects). 


NASA’s Small Explorer program is expected to 
launch IBEX (Interstellar Boundary Explorer) in June 
2006 for a mission to map the diffuse boundary 
between the solar system and interstellar space. 


The realities of Earthly politics, however, make it 
difficult to fund interplanetary missions; each must be 
fought for by the scientists who believe in its value, and 
a valuable mission may be definitively canceled (or 
launched) only after years of vacillation at the political 
level. 


The United States launches the vast majority of 
interplanetary probes, and will probably continue to do 
so in the near future, but other nations are beginning to 
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do so. Japan, China, the countries of the European Space 
Agency, Australia, India, Korea, Russia, Ukraine, and 
others are all launching civilian and military probes into 
space for their own particular purposes. For instance, 
SELENE (Selenological and Engineering Explorer) is a 
Japanese spacecraft that is expected to orbit the moon, 
with an expected launch year of 2007. In addition, some 
missions are international in nature, as several countries 
contribute specific instruments and materials to the 
spacecraft. 


See also Spacecraft, manned. 
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l Space shuttle 


The space shuttle fleet is a number of reusable 
spacecraft that take off like a rocket, orbit Earth like 
a satellite, and then land like a glider. The space shuttle 
has been essential to the repair and maintenance of the 
Hubble Space Telescope and to the construction of the 
International Space Station; it has also been used for a 
wide variety of other military, scientific, and commer- 
cial missions. It is not capable of flight to the moon or 
other planets, being designed only to orbit Earth. 


The first shuttle to be launched into orbit about 
Earth was the Columbia, on April 12, 1981. Since that 
time, two shuttles have been lost in flight: Challenger, 
which exploded during takeoff on January 28, 1986, 
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The space shuttle Discovery being moved by crawler to the top of pad 39B at the Kennedy Space Center. (U.S. National 


Aeronautics and Space Administration [NASA].) 


and Columbia, which broke apart during reentry on 
February 1, 2003. Seven crew members died in each 
accident. The three remaining shuttles are the Atlantis, 
the Discovery, and the Endeavor. The first shuttle 
actually built, the Enterprise, was flown in the atmos- 
phere but was never equipped for space flight; it is now 
in the collection of the Smithsonian Museum. 


A spacecraft closely resembling the United States 
space shuttle, the Aero-Buran, was launched by the 
former Soviet Union in November 1988. Buran’s com- 
puter-piloted first flight was also its last; the program 
was cut to save money and all copies of the craft that 
had been built were dismantled. 


Mission of the space shuttle 


At one time, both the United States and the Soviet 
Union envisioned complex space programs that included 


space stations orbiting the Earth and reusable shuttle 
spacecraft to transport people, equipment, raw materials, 
and finished products to and from these space stations. 
Because of the high cost of space flight, however, each 
nation eventually ended up concentrating on only one 
aspect of this program. The former Soviet Union built, 
and for many years operated, space stations (Salyut, 
1971-1991, and Mir, 1986-2001), while Americans have 
focused their attention on the space shuttle. The brief 
Soviet excursion into shuttle design (Buran) and the U.S. 
experiment with Skylab (1973-1979) were the only excep- 
tions to this pattern; that is, until the current develop- 
ment of the International Space Station, which is an 
international effort that includes the U.S. 


The United States shuttle system—which includes 
the shuttle vehicle itself, launch boosters, and other com- 
ponents—is officially termed the Space Transportation 
System (STS). Lacking a space station to which to travel 


until 1998, when construction of the International 
Space Station began, the shuttles have for most of 
their history operated with two major goals: (1) the 
conduct of scientific experiments in a microgravity 
environment and (2) the release, capture, repair, and 
re-release of scientific, commercial, and military sat- 
ellites. Interplanetary probes such as the Galileo mis- 
sion to Jupiter have been transported to space by the 
shuttle before launching themselves on interplanetary 
trajectories with their own rocket systems. Since 1988, 
the STS has also been essential to the construction 
and maintenance in orbit of the International Space 
Station. 


The STS depends partly on contributions from 
nations other than the United States. For example, 
its Spacelab modules—habitable units, carried in the 
shuttle’s cargo bay, in which astronauts carry out most 
of their experiments—are designed and built by the 
European Space Agency, and the extendible arm used 
to capture and release satellites—the remote manipu- 
lator system or Canadarm—is constructed in Canada. 
Nevertheless, the great majority of STS costs continue 
to be borne by the U.S. 


Structure of the STS 


The STS has four main components: (1) the orbiter 
(i.e., the shuttle itself), (2) the three main engines inte- 
gral to the orbiter, (3) the external fuel tank that fuels 
the orbiter’s three engines during liftoff, and (4) two 
solid-fuel rocket boosters also used during liftoff. 


The orbiter 


The orbiter, which was manufactured by Rockwell 
International, Inc., is approximately the size of a com- 
mercial DC-9 jet, with a length of 122 ft (37 m), a wing 
span of 78 ft (24 m), and a weight of approximately 
171,000 1b (77,000 kg). Its interior, apart from the 
engines and various mechanical and electronic com- 
partments, is subdivided into two main parts: crew 
cabin and cargo bay. 


The crew cabin has two levels. Its upper level— 
literally upper only when the shuttle is in level flight in 
the earth’s atmosphere, as there is no literal up and 
down when it is orbiting in free fall—is the flight deck, 
from which astronauts control the spacecraft during 
orbit and descent, and its lower level is the crew’s 
personal quarters, which contains personal lockers 
and sleeping, eating, and toilet facilities. The crew cab- 
in’s atmosphere is approximately equivalent to that on 
the earth’s surface, with a composition 80% nitrogen 
and 20% oxygen. 
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The cargo bay is a space 15 ft (4.5 m) wide by 60 ft 
(18 m) long in which the shuttle’s payloads—the mod- 
ules or satellites that it ports to orbit or back to 
Earth—are stored. The cargo bay can hold up to 
about 65,000 Ib (30,000 kg) during ascent, and about 
half that amount during descent. 


The shuttle can also carry more habitable space 
than that in the crew cabin. In 1973, an agreement was 
reached between the U.S. National Aeronautics and 
Space Administration (NASA) and the European 
Space Agency (ESA) for the construction by ESA of 
a pressurized, habitable workspace that could be car- 
ried in the shuttle’s cargo bay. This workspace, desig- 
nated Spacelab, was designed for use as a laboratory in 
which various science experiments could be conducted. 
Each Spacelab module is 13 ft (3.9 m) wide and 8.9 ft 
(2.7 m) long. Equipment for experiments is arranged in 
racks along the walls of the Spacelab. The entire mod- 
ule is loaded into the cargo bay of the shuttle prior to 
take-off, and remains there while the shuttle is in orbit, 
with the cargo-bay doors opened to give access to 
space. When necessary, two Spacelab modules can be 
joined to form a single, larger workspace. 


Propulsion systems 


The power needed to lift a space shuttle into orbit 
comes from two solid-fuel rockets, each 12 ft (4 m) 
wide and 149 ft (45.5 m) long, and from the shuttle’s 
three built-in, liquid-fuel engines. The fuel used in the 
solid rockets is compounded of aluminum powder, 
ammonium perchlorate, and a special polymer that 
binds the other ingredients into a rubbery matrix. 
This mixture is molded into a long prism with a hollow 
core that resembles an 11-pointed star in cross section. 
This shape exposes the maximum possible surface area 
of burning fuel during launch, increasing combustion 
efficiency. 


The two solid-fuel rockets each contain 1.1 million Ib 
(500,000 kg) at ignition, together produce 6.6 million 
pounds (29.5 million N) of thrust, and burn out only 
two minutes after the shuttle leaves the launch pad. At 
solid-engine burnout, the shuttle is at an altitude of 
161,000 ft (47,000 m) and 212 mi (452 km) down range 
of launch site. (In rocketry, down-range distance is the 
horizontal distance, as measured on the ground, that a 
rocket has traveled since launch, as distinct from the 
greater distance it has traveled along its actual flight 
path.) At this point, explosive devices detach the solid- 
fuel rockets from the shuttle’s large, external fuel tank. 
The rockets return to Earth via parachutes, dropping 
into the Atlantic Ocean at a speed of 55 mph (90 km/h). 
They can then be collected by ships, returned to their 
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manufacturer (Thiokol), refurbished and refilled with 
solid fuel, and used again in a later shuttle launch. 


The three liquid-fuel engines built into the shuttle 
itself have been described as the most efficient engines 
ever built; at maximum thrust, they achieve 99% com- 
bustion efficiency. (This number describes combustion 
efficiency, not end-use efficiency. As dictated by the 
laws of physics, less than half of the energy released in 
combustion can be communicated to the shuttle as 
kinetic energy, even by an ideal rocket motor.) The 
shuttle’s main engines are fueled by liquid hydrogen 
and liquid oxygen stored in the external fuel tank 
(built by Martin Marietta Corporation), which is 
27.5 ft (8.4 m) wide and 154 ft (46.2 m) long. The 
tank itself is actually two tanks—one for liquid oxygen 
and the other for liquid hydrogen—covered by a sin- 
gle, aerodynamic sheath. The tank is kept cold (below 
-454°F [-270°C]) to keep its hydrogen and oxygen in 
their liquid state, and is covered with an insulating 
layer of stiff foam to keep its contents cold. Liquid 
hydrogen and liquid oxygen are pumped into the shut- 
tle’s three engines through lines 17 in (43 cm) in diam- 
eter that carry 1,035 gal (3,900 1) of fuel per second. 
Upon ignition, each of the liquid-fueled engines devel- 
ops 367,000 Ib (1.67 million N) of thrust. 


The three main engines turn off at approximately 
522 seconds, when the shuttle has reached an altitude 
of 50 mi (105 km) and is 670 mi (1,426 km) down range 
of the launch site. At this point, the external fuel tank 
is also jettisoned. Its fall into the sea is not controlled, 
however, and it is not recoverable for future use. 


Final orbit is achieved by means of two small 
engines, the Orbital Maneuvering System (OMS) 
engines located on external pods at the rear of the 
orbiter’s fuselage. The OMS engines are fired first to 
insert the orbiter into an elliptical orbit with an apogee 
(highest altitude) of 139 mi (296 km) and a perigee 
(lowest altitude) of 46 mi (98 km). They are fired again 
to nudge the shuttle into a final, circular orbit with a 
radius of 139 mi (296 km). All these figures may vary 
depending on requirements of each mission. 


Orbital maneuvers 


For making fine adjustments, the spacecraft depends 
on six small rockets termed vernier (VUR-nee-ur) 
jets, two in the nose and four in the OMS pods. 
These allow small changes in the shuttle’s flight path 
and orientation. 


The computer system used aboard the shuttle, 
which governs all events during takeoff and on which 
the shuttle’s pilots are completely dependent for inter- 
acting with its complex control surfaces during the 
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glide back to Earth, is highly redundant. Five identical 
computers are used, four networked with each other 
using one computer program, and a fifth operating 
independently. The four linked computers constantly 
communicate with each other, testing each other’s 
decisions and deciding when any one (or two or 
three) are not performing properly and eliminating 
that computer or computers from the decision-making 
process. In case all four of the interlinked computers 
malfunction, decision-making would be turned over 
automatically to the fifth computer. 


This kind of redundancy is built into many essen- 
tial features of the shuttle. For example, three inde- 
pendent hydraulic systems are available, each with an 
independent power system. The failure of one or even 
two systems does not, therefore, place the shuttle in 
what its engineers would call a critical failure mode— 
that is, cause its destruction. Many other components, 
of course, simply cannot be built redundantly. The 
failure of a solid-fuel rocket booster during liftoff (as 
occurred during the Challenger mission of 1986) or of 
the delicate tiles that protect the shuttle from the high 
temperatures of atmospheric reentry (as occurred dur- 
ing the Columbia mission of 2003) can lead to loss of 
the spacecraft and human lives. 


Orbital activities 


The space shuttles have performed a wide variety 
of tasks in nearly two-and-one-half decades of oper- 
ation. Some examples of the kinds of activities carried 
out during shuttle flights include the following: 


- After the launch of the Challenger on February 3, 1984 
(mission STS-41B), astronauts Bruce McCandless II 
and Robert L. Stewart conducted untethered space 
walks to test the Manned Maneuvering Unit back- 
packs, which allowed them to propel themselves 
through space near the shuttle. The shuttle also released 
into orbit two communication satellites, the Indonesian 
Palapa and the American Westar. Both satellites failed 
soon after release but were recovered and returned to 
the Earth by the Discovery shuttle in 1984 (STS-5S1A). 


During the Challenger flight that began on April 29, 
1985 (STS-51B), crew members carried out a number 
of experiments in Spacelab 3 to determine the effects 
of microgravity on living organisms and on the proc- 
essing of materials. They grew crystals of mercury 
(II) oxide over a period of several days, observed the 
behavior of two monkeys and 24 rats in a micro- 
gravity environment, and studied the behavior of 
liquid droplets held in suspension by sound waves. 


- The Discovery mission launched August 27, 1985 
(STS-511) deposited three communications satellites 
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in orbit. On the same flight, astronauts William 
F. Fisher and James D. Van Hoften left the shuttle 
to make repairs on a Syncom satellite that had been 
placed in orbit during flight STS-51D but had 
malfunctioned. 


One of the most important shuttle missions ever was 
the repair of the Hubble Space Telescope by the crew 
of the Endeavor in December, 1993 (STS-61). A shut- 
tle mission had deployed the Hubble several years 
earlier. However, it was discovered later that it con- 
tained a defective mirror. Fortunately, Hubble had 
been designed to be repaired by spacewalking astro- 
nauts. The crew of the Endeavor latched onto the 
Hubble with the shuttle’s robotic arm, installed a 
corrective optics package that restored the Hubble 
to full functionality. The Hubble has since produced 
a unique wealth of astronomical knowledge. 


Descent 


Some of the most difficult design problems faced 
by shuttle engineers were those involving the reentry 
process. When the spacecraft has completed its mis- 
sion in space and is ready to leave orbit, its OMS 
engines fire just long enough to slow the shuttle by 
200 mph (320 km/h). This modest change in speed is 
enough to cause the shuttle to drop out of its estab- 
lished orbit and begin its descent to Earth. 


When the shuttle reaches the upper atmosphere, 
significant amounts of atmospheric gases are first 
encountered. Friction between the shuttle—now travel- 
ing at 17,500 mph (28,000 km/h)—and air molecules 
causes the spacecraft’s outer surface to heat. Eventually, 
portions of the shuttle’s surface reach 3,000°F (1,650°C). 


Most materials normally used in aircraft con- 
struction would melt or vaporize at these tempera- 
tures. It was necessary, therefore, to find a way of 
protecting the shuttle’s interior from this searing 
heat. NASA officials decided to use a variety of insu- 
lating materials on the shuttle’s outer skin. Parts less 
severely heated during reentry are covered with 2,300 
flexible quilts of a silica-glass composite. The more 
sensitive belly of the shuttle is covered with 25,000 
porous insulating tiles, each approximately 6 in (15 cm) 
square and 5 in (12 cm) thick, made of a silica-borosi- 
licate glass composite. 


The portions of the shuttle most severely stressed 
by heat—the nose and the leading edges of the wings— 
are coated with an even more resistant material termed 
carbon-carbon. Carbon-carbon is made by attaching a 
carbon-fiber cloth to the body of the shuttle and then 
baking it to convert it to a pure carbon substance. The 
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carbon-carbon is then coated to prevent oxidation 
(combustion) of the material during descent. 


Landing 


Once the shuttle reaches the atmosphere, it ceases 
to operate as a spacecraft and begins to function as a 
glider. Its flight during descent is entirely unpowered; 
its movements are controlled by its tail rudder, a large 
flap beneath the main engines, and elevons (small flaps 
on its wings). These surfaces allow the shuttle to nav- 
igate at forward speeds of thousands of miles per hour 
while dropping vertically at a rate of some 140 mph 
(225 km/h). When the aircraft finally touches down, it 
is traveling at a speed of about 190 knots (100 m per 
second), and requires about 1.5 mi (2.5 km) to come to 
a stop. Shuttles can land at extra-long landing strips at 
either Edwards Air Force Base in California or the 
Kennedy Space Center in Florida. Any landing at 
Edwards requires the shuttle to be transported back 
to Cape Canaveral on top of a shuttle carrier aircraft 
(a commercial aircraft specially modified to carry a 
shuttle), which costs several millions of dollars. 


Military shuttle missions and the military 
space plane 


Many shuttle missions have been partly or entirely 
military in nature. Eight military missions—the major- 
ity—have been devoted to the deployment of secret mili- 
tary satellites in three categories: signals intelligence (1.e., 
eavesdropping on radio communications), optical and 
radar reconnaissance of Earth, and military communica- 
tions. All these deployments occurred between 1982 and 
1990, after which the military chose to use uncrewed 
launch rockets for all classified missions. The shuttle 
has also supported several military experimental mis- 
sions and non-classified satellite deployments. One such 
was the Discovery mission launched April 28, 1991 (STS-39), 
which carried multi-experiment hardware platforms 
designed to be released into space then retrieved by 
the shuttle after having recorded various observations 
of space conditions. All science aboard STS-39 was 
related to the Strategic Defense Initiative (SDI). 


The United States military is developing an armed 
space shuttle system or military spaceplane of its own, 
and says that it intends to deploy such a system by 
2012. According to an Air Force status report released 
in January, 2002, “a military spaceplane armed with a 
variety of weapons payloads (e.g., unitary penetrator, 
small diameter bombs, etc.) will be able to precisely 
attack and destroy a considerable number of critical 
targets while satisfying the requirement for precise 
weapons (i.e. circular error probable [CEP] of less 
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than or equal to three meters)... Spaceplanes can 
support a wide range of military missions including a 
worldwide precision strike capability; rapid unpredict- 
able reconnaissance; new space control and missile 
defense capabilities; and both conventional and new 
tactical spacelift missions that enable augmentation 
and reconstitution of space assets.” 


According to a March 2006 edition of Aviation 
Week & Space Technology, a spaceplane called various 
names but most popularly called Blackstar (SR-3/XOV) 
is being developed as a two-stage system where the first 
stage rocket carries a second stage (the upper stage, or 
spaceplane) into space. As of October 2006, the claims 
of the Air Force is highly secretive and highly contro- 
versial in the United States and around the world. 


The Challenger disaster 


Disasters have been associated with both the 
Soviet (now Russian) and American space programs. 
Unfortunately, this has included the STS. The first of 
the two disasters suffered by the shuttle program took 
place on January 28, 1986, when the external fuel tank 
of the shuttle Challenger exploded only 73 seconds 
into the flight. All seven astronauts were killed, 
including high-school teacher Christa McAuliffe, who 
was flying on the shuttle as part of NASA’s public- 
relations campaign Teachers in Space, designed to 
bolster young people’s interest in human space flight. 


The Challenger disaster prompted a comprehen- 
sive study to discover its causes. On June 6, 1986, the 
Presidential Commission appointed to analyze the dis- 
aster published its report. The reason for the disaster, 
said the commission, was the failure of an O-ring 
(literally, a flexible O-shaped ring or gasket) in a 
joint connecting two sections of one of the solid rocket 
engines. The O-ring ruptured, allowing flames from 
the rocket’s interior to jet out, burning into the exter- 
nal fuel tank and causing it to explode. 


As aresult of the Challenger disaster, many design 
changes were made. Most of these (254 modifications 
in all) were made in the orbiter. Another 30 were made 
in the solid rocket booster, 13 in the external tank, and 
24 in the shuttle’s main engine. In addition, an escape 
system was developed that would allow crew members 
to abandon a shuttle via parachute in case of emer- 
gency, and NASA redesigned its launch-abort proce- 
dures. In addition, NASA was instructed by United 
States Congress to reassess its ability to carry out the 
ambitious program of shuttle launches that it had been 
planning. The military began reviving its non-shuttle 
launch options and switched fully to its own boosters 
for classified satellite launches after 1990. 
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The STS was essentially shut down for a period of 
975 days while NASA carried out the necessary 
changes and tested its new systems. On September 29, 
1988, the first post-Challenger mission was launched, 
STS-26. On that flight, Discovery carried NASA’s 
TDRS-C communications satellite into orbit, putting 
the American STS program back on track once more. 


The Columbia disaster 


Scores of shuttle missions were successfully carried 
out between the Challenger’s successful 1988 mission and 
February 1, 2003, when disaster struck again. The space 
shuttle Columbia broke up suddenly during reentry, 
strewing debris over much of Texas and several other 
states and killing all seven astronauts on board. 
Following the disaster, NASA scientists and engineers 
found that a hole punctured the leading edge of the left 
wing of Columbia. The hole was made when a piece of 
insulating foam from the external fuel tank ripped off 
during the launch. As described earlier, a coating of rigid 
foam insulation is used to keep the external fuel tank 
cool; video cameras recording the Columbia ’s takeoff 
show that a piece of this foam broke off about 82 seconds 
into the flight and burst against the shuttle’s wing at some 
510 mph (821 km/h). Pieces of foam have broken off and 
struck shuttles during takeoff before, but this was the 
largest piece ever recorded—at least 2.7 Ib (1.2 kg) and 
the size of a briefcase. While Columbia was in orbit 
NASA engineers, who were aware that the foam strike 
had occurred, analyzed the possibility that it might have 
caused significant damage to the shuttle, but decided that 
it could not have: computer simulations seemed to show 
that the brittle tiles covering the shuttle’s essential surfa- 
ces would not be severely damaged. In any event, there 
were no contingency procedures to fix any such damage. 
The shuttle does not carry spare tiles or means to attach 
them, nor does it carry gear that would make a spacewalk 
to the bottom of the shuttle feasible. NASA officials also 
insisted that it would not have been possible to fly the 
shuttle in such a way as to spare the damage surfaces, as 
the shuttle’s path is already designed to minimize heating 
on reentry. However, later, testing revealed that the 
foam impact on the wing was forceful enough to punc- 
ture the wing. 


With a breach in the protective tiles of the shuttle, 
hot gases entered the interior of Columbia’s left wing. 
During reentry, the wing began to break up, experi- 
encing greatly increased drag. The autopilot struggled 
to compensate by firing steering rockets, but could 
only stabilize the shuttle temporarily. The shuttle’s 
support structure was ultimately destroyed and the 
shuttle quickly disintegrated as it re-entered the earth’s 
atmosphere over the western United States. 
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In the wake of the Columbia disaster, the Columbia 
Accident Investigation Board (CAIB) began their inves- 
tigation of NASA and the Columbia space shuttle. They 
stated the cause of the disaster to the Columbia, along 
with recommending many changes to increase the safety 
of future shuttle flights. Members of the CAIB released 
their final report on August 26, 2003. Besides the prob- 
lem with foam hitting the shuttle wing, the CAIB also 
sited organizational problems with NASA that contrib- 
uted to the demise of Columbia. CAIB members stated 
that although changes had occurred within the NASA 
structure since the time of the Challenger disaster, it had 
not essentially improved its organization with respect to 
safety. Even though the problem of debris shedding 
from the external tank was well documented throughout 
the history of shuttle operations, NASA management 
deemed it an acceptable risk, assuming that since it had 
not caused a problem in the past, it would not cause one 
in the future. 


However, the CAIB members felt this attitude was 
unacceptable and placed NASA organizational prob- 
lems and the foam problem as equal contributors to 
the cause of the disaster. In fact, Dr. Sally Ride, the 
first U.S. woman in space, who served on the CAIB 
(for Columbia) and the Rogers Commission (for 
Challenger) cited very similar attitudes by NASA man- 
agement (that is, it is acceptable to fly even in the face 
of problems that could likely doom the shuttle and its 
crew) before the occurrence of each disaster. Before 
returning to flight, the board recommended 29 specific 
improvements to NASA safety. These recommenda- 
tions include: preventing foam from tearing away 
from the external tank; improving inspections before 
launch; increasing (and in some cases adding) visual 
inspections of the shuttle during ascent and orbit 
phases; and establishing an independent organization 
to approve all technical requirements. 


NASA resumed shuttle flights when Discovery 
(STS-114) was launched on July 26, 2005. It was con- 
sidered a flight safety evaluation and testing mission. 
The mission also supplied the International Space 
Station (ISS) with much needed materials. STS-114 
was a successful mission; however, foam was again 
shed from the external tank. NASA officials publicly 
grounded the fleet until the problem could be identi- 
fied and resolved. The second mission after Columbia 
began on July 4, 2006, when Discovery (STS-121) was 
launched for another ISS mission. On September 9, 
2006, Atlantis (STS-115) was flown. As of October 
2006, and with two successful flights by the shuttle 
fleet to the ISS, NASA is hopeful that the space shuttle 
can complete the construction of the space station by 
2010. Fifteen more space shuttle missions are planned 
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KEY TERMS 


Booster—A rocket engine used to raise a large 
spacecraft, such as the space shuttle, into orbit. 


Orbiter—The space shuttle itself; contains the 
cargo bay, crew cabin, main engines. 


Payload—Amount of useful material that can be 
lifted into space by a delivery system. 


Redundancy—tThe process by which two or more 
identical items are included in a spacecraft to 
increase the safety of its human passengers. 


Spacelab—A laboratory module constructed by the 
European Space Agency for use in the space 
shuttle. 


from December 2006 to January 2010 in order to add 
components to the space station. If these 15 missions 
are successful, NASA will have flown 131 missions of 
the space shuttle fleet. NASA expects to retire the fleet 
in 2010 and replace it with Orion, an Apollo-type 
vehicle that will take humans to the moon and Mars 
after 2015. 


See also Rockets and missiles; Spacecraft, manned; 
Space probe. 
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Space station see International Space 
Station 


l Spacecraft, manned 


Manned spacecraft are vehicles that can transport 
human beings outside the Earth’s atmosphere. The word 
“manned,” though still used occasionally by the United 
States National Aeronautics and Space Administration 
(NASA), is often replaced today in discussions of space 
travel by the word “crewed,” in recognition of the fact that 
women also travel in space. The term human spaceflight is 
also used today instead of manned space missions. 


In its earliest stages, crewed space flight was pur- 
sued primarily as a conspicuous demonstration of scien- 
tific and industrial might. The former Soviet Union 
(U.S.S.R.) and the United States, as rival superpowers, 
each claimed that their society was superior, and offered 
their space achievements as proof. The U.S.S.R. scored 
a tremendous and, to the United States, frightening 
propaganda victory by being the first to orbit a satellite 
of any kind: the Sputnik I, launched in 1957, which 
simply orbited Earth and transmitted a signature beep 
to an awestruck world. The Soviets were also the first, in 
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The liftoff of Apollo 11 from pad 39A at Kennedy Space Center 
on July 16, 1969 at 9:32 AM. Crewmen Neil A. Armstrong, 
Michael Collins, and Edwin E. Aldrin Jr. achieved the first 
successful manned lunar landing on the Apollo 11 mission. 
(U.S. National Aeronautics and Space Administration [NASA].) 


1961, to put a human being into orbit. They had already 
orbited a second cosmonaut (as the U.S.S.R. termed its 
astronauts) before the U.S. orbited astronaut John 
Herschel Glenn, Jr. (1921—) on February 20, 1962. 


Scientists in both nations were also interested in 
collecting information about the moon, other plan- 
ets in the solar system, and more distant astronom- 
ical objects, so crewed space flight—especially U.S. 
program—has, after the first spate of show-off 
flights, tended to be about research as well as about 
spectacle and romance. The Apollo 1] landing on the 
moon in 1969, for example, reaped a bounty of scientific 
data that clarified the development of the solar system. 
Today, the U.S. and the Russian Federation (inheritor 
of the now-defunct Soviet Union’s space program) con- 
tinue crewed space flight mostly in association with the 
deployment and maintenance of scientific, military, and 
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The Salyut 7 space station photographed in orbit. Attached to 
the space station at the bottom, with the separate solar 
panels, is the Soyuz 714 ferry spacecraft. Soyuz T14 was 
launched on September 17, 1985 and carried cosmonauts 
Vladimir Vasyutin, Alexander Volkov, and Georgi Grechko to 
Salyut 7. Their mission was terminated when Vasytin became 
seriously ill, and they returned to Earth on November 22, 
1985. (Photo Researchers, Inc.) 


commercial satellites and with the International Space 
Station (ISS), the bulk of whose research is devoted to 
problems of the long-term human habitation of space. 


Ongoing debate: crewed vs. uncrewed flight 


Since rockets first became capable of reaching space 
in the late 1950s, much debate has focused on the rela- 
tive merits of crewed versus uncrewed space travel. 
Some experts have argued that scientists can learn 
almost all they want to know about the solar system 
and outer space by using uncrewed, mechanized space 
probes. Such probes can be designed to carry out most 
of the operations normally performed by humans at 
much less cost and with little or no risk to human life. 
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The enormous cost and complexity of crewed space 
flight—mandated by the tons of foolproof equipment 
needed to keep human beings alive in the utterly hostile 
space environment and to return them alive to Earth— 
is, these critics say, not justified by the modest additional 
benefits obtained by including human beings in a space 
vehicle. Other experts insist that there is no substitute in 
space exploration for human intelligence. Only human 
beings can deal with the unexpected. 


To this debate about scientific efficacy have been 
several nonscientific elements, political and romantic. 
One is the emotional appeal of traveling in space, an 
appeal long promulgated by science fiction. Many people 
argue that it is human destiny to transcend the cradle of 
Earth and to colonize the planets or even the stars (which 
are many orders of magnitude harder to reach). For 
example, NASA planners are taking seriously the Mars 
exploration proposals of U.S. engineer Robert Zubrin 
(1956-), who argues that the psychological benefits of 
colonizing Mars would justify the high cost; U.S. society, 
Zubrin argues, can be reinvigorated by becoming a 
“frontier society” again, as during the opening of the 
American West. Another nonscientific motive for the 
exploration of space is, as mentioned above, national 
interest. This motive lessened for the U.S. and Soviet 
Union after the U.S. landed on the moon—by far the 
most spectacular goal within practical reach—but did 
not fade completely from the political scene. Even the 
cash-poor Russian Federation has maintained its space 
program, lest it suffer the humiliation of ceding space 
entirely to the United States. Furthermore, China placed 
astronauts into orbit in 2003, the third country to do so. 
Although China uses Soviet Salyut-style capsules from 
the 1960s, the boost to China’s international prestige will 
be substantial. 


In the 2000s, however, much of the public captiva- 
tion of space exploration has dissipated. Facing budget- 
ary constraints and a weaker world economy, the world’s 
two space powers have begun to reassess the relative 
position of crewed versus uncrewed travel in some of 
their space programs. The loss of the space shuttle 
Columbia on February 1, 2003, has further spurred 
debate in the United States over whether crewed space 
exploration is cost-effective compared to the mechanized 
alternative. 


There is, in fact, no debate about whether mecha- 
nized space probes such as Voyager, Pathfinder, 
Galileo, and Magellan produce more scientific knowl- 
edge per dollar than crewed space missions; what is at 
stake, ultimately, is intangible and nonquantifiable. Is 
it, as critics of crewed space travel argue, folly to spend 
trillions of dollars to put a few hundred human beings 
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into space. Or is it, as crewed-space-flight advocates 
argue, folly not to make the human race a multi-planet 
species while humans can, with colony populations on 
at least the moon and Mars, thus no longer dependent 
on the fate of Earth for its long-term survival? 


Overview 


For the first four decades of the modern space era, 
two nations—the United States and the Soviet Union 
(now the Russian Federation)—have dominated crewed 
space travel. In 1987, the European Space Agency com- 
mitted itself to participation in future crewed space pro- 
grams, some operated independently and some in 
cooperation with the United States and Russia. Japan 
and Canada later made similar commitments. However, 
as of October 2006, no country other than the US., 
Russia, and China had yet demonstrated an ability to 
put its own crewed spacecraft into orbit with its own 
rockets. (Japan, India, and the European Union produce 
rockets that can loft uncrewed spacecraft into orbit and 
beyond; Japan has launched its own space probe to 
Mars.) As mentioned above, the U.S.-Russian monopoly 
on crewed space flight was over when the Chinese space 
program placed astronauts into orbit in 2003. China also 
has proclaimed its intention of eventually landing on the 
moon (around 2017) and Mars as well. 


The history of crewed space programs in both 
Russia and the United States consist of a number of 
steps that led to the possibility of placing humans in 
orbit around Earth or on the moon. These steps were 
necessary in order to solve the many complex prob- 
lems involved in keeping humans alive in outer space 
and bringing them back to Earth unharmed. 


One-person crewed spacecraft 


The first and simplest crewed spacecraft were 
designed to carry a single passenger. In the Soviet 
Union, these vehicles were designated by the code- 
name Vostok (East) and in the United States they 
were known as Mercury spacecraft. The first Vostok 
flight was piloted by Yuri A. Gargarin (1934-68) and 
was launched from the Tyuratam kosmodrome (space 
center) on April 12, 1961. In all, a total of six Vostok 
flights were completed over a period of just over two 
years. The last of these carried the first woman to fly in 
outer space, Valentina Tereshkova. Tereshkova spent 
three days in Vostok 6 between June 16 and 19, 1963. 


The Vostok spacecraft was essentially a spherical 
cabin containing a single seat and all equipment nec- 
essary to support life and communicate with the 
Earth. It also held an ejection seat. The ejection seat 
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activated at an altitude of about 23,000 ft (7,000 m), 
allowing the pilot to experience a soft parachute land- 
ing separately from his or her spacecraft. 


The U.S. Mercury program followed a pattern sim- 
ilar to that of the Vostok series. In the first Mercury 
flight, American astronaut Alan B. Shephard traveled 
for 15 minutes in a suborbital flight—a long, parabolic 
arc over the Atlantic ocean—only three weeks after Yuri 
Gargarin’s trip. Nine months after Shepard’s flight, John 
Glenn became the first American to orbit Earth, in a 
space capsule he named Friendship 7 (referring to the 
first seven U.S. astronauts, who trained together). The 
Mercury spacecraft was a double-walled, bell-shaped 
capsule made of titanium and nickel alloy with an insu- 
lating ceramic outer coat and an ablative heat shield over 
the bottom of the bell to dissipate the friction of atmos- 
pheric reentry. 


Two- and three-person spacecraft 


The Mercury program came to a conclusion just a 
month before the end of the Vostok program and was 
followed by the U.S. two-person spacecraft, the Gemini. 
The Gemini cabin was not only larger than that of 
Mercury, it was also more sophisticated. The purpose 
of the Gemini program was to learn more about astro- 
nauts’ ability to maneuver a spacecraft, to carry out 
extravehicular activities (EVAs, or, space walks), to ren- 
dezvous and dock with other spacecraft, and to perform 
other operations that would be necessary in the planned 
Apollo program, which would require such maneuvers to 
reach the moon. 


Ten Gemini missions flew during 1965 and 1966. 
During one of these, Gemini 4, astronaut Edward 
White (1930-67) performed the first extravehicular 
activity (EVA), a space walk, by an American. White 
remained in space for a period of 21 minutes at the end 
of a 25 ft (7.5 m) umbilical cord connecting him to the 
main spacecraft. 


The Soviets had decided to bypass two-person 
spacecraft entirely, and went directly to the development 
of a three-person vehicle. That program was code-named 
the Voskhod (Rising) series. On Voskhod 2, the space 
previously used for the third cosmonaut was replaced 
with a flexible airlock that allowed egress from the space- 
craft. Cosmonaut Alexei Leonov (1934—) went EVA for 
over 23 minutes on March 18, 1965, the first time any 
human had walked in space. 


Soyuz and Apollo 
The Voskhod and Gemini programs each lasted for 


about two years, to be replaced, in turn, by spacecraft 
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designed to carry humans to the moon. These programs 
were known as Soyuz (Union) in the Soviet Union and 
Apollo in the United States. At an early stage, the 
Soviets appear to have abandoned the goal of placing 
humans on the moon, and redesigned the Soyuz instead 
as an orbiting space station. The Soyuz spacecraft, a 
version of which is still used today by the Russian 
space program, consists of three primary components: 
the reentry vehicle, the orbital module, and the service 
module. 


The reentry vehicle is designed to hold crew mem- 
bers during take-off, orbital flight, descent, and land- 
ing. It has an approximately bell-shaped appearance 
and contains the controls needed to maneuver the 
spacecraft. The orbital module contains the living 
and working quarters used by cosmonauts while the 
spacecraft is in orbit. A docking system is provided at 
the front end of the orbital module. The service mod- 
ule contains the fuel and engines needed for maneu- 
vering the spacecraft while it is in orbit. 


The first test of the Soyuz spacecraft took place 
in April, 1967, ending in disaster: cosmonaut V. M. 
Komarov (b. 1927) was killed when his parachute failed. 
A second Soyuz accident occurred on June 30, 1971, 
when a pressure valve in the vehicle apparently failed 
to close during descent. Air leaked out of the spacecraft 
and all three Soviet cosmonauts suffocated before their 
ship reached ground. Blame for this accident was later 
placed on the eagerness of Soviet politicians to put a 
three-man team into space before a vehicle suitable for 
such a flight was available. Because of crowded condi- 
tions in the Soyuz cabin, the three cosmonauts were 
unable to wear the space suits that would have prevented 
their deaths. For subsequent Soyuz flights, the space- 
craft was redesigned to permit the wearing of space suits. 
The space needed for this modification meant, however, 
that the vehicle could carry only two passengers. 


The Apollo spacecraft consisted of three main 
parts: the command module, the service module and 
the lunar module. The complete vehicle was designed 
with the objective of carrying three men to the moon— 
it was assumed without debate that the astronauts 
would be men—allowing one or more to walk on the 
moon’s surface and to carry out scientific experiments, 
then returning the crew to Earth. 


The Apollo command module was a conical 
spacecraft in which the crew lived and worked. It was 
about 10 ft (3 m) high and nearly 13 ft (4 m) wide, with 
a total volume of about 210 cubic ft (6 cubic m). The 
service module had a cylindrical shape with the same 
diameter as the command module and roughly twice 
its length. The service module held the propulsion 
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systems needed for maneuvering in orbit, electrical 
systems, and other subsystems needed to run the 
spacecraft in space. 


The lunar module carried two astronauts from 
lunar orbit to the moon’s surface. One part of the 
lunar module, the descent stage, was used only during 
descent, and was left on the moon. The ascent stage of 
the lunar module rested on top of the descent stage and 
was used to carry the two astronauts back to the 
command module, which was waiting in orbit around 
the moon with one astronaut aboard, at the end of 
their stay on the moon. 


The Apollo series involved a total of 11 crewed 
flights conducted over a period of four years between 
1968 and 1972. Not all of these flights left Earth’s orbit or 
sought to land on the moon; several flew orbits around 
Earth or moon to test equipment. In December 1968, 
Apollo 8 became the first crewed spacecraft to travel to 
another world, orbiting the moon before returning to 
Earth. The climax of the Apollo mission series occurred 
on July 20, 1969, when astronauts Neil A. Armstrong 
(1930-) and Edwin E. (Buzz) Aldrin, Jr. (1930-), landed 
on the basaltic plain known as the Sea of Tranquility, 
walked on the moon’s surface, and collected samples of 
lunar soil and rock. Five more landings on the moon’s 
surface were accomplished before the Apollo program 
was ended, all placing two men on the surface while a 
third remained in orbit. During the last three landings on 
the moon’s surface, astronauts were able to use a lunar 
roving vehicle (LRV) for moving about on the moon. 
The LRV was about 10 ft (3 m) long and 6 ft (1.8 m) wide, 
with an Earth weight of 460 Ib (209 kg). It was carried to 
the moon inside the descent stage of the lunar module ina 
folded position and then unfolded for travel on the 
moon’s surface. 


Like the Soviet space program, the American space 
effort has had accidents. The first of these occurred on 
January 27, 1967, during tests for the first Apollo flight. 
Fire broke out in the command module of the Apollo 
spacecraft, which had been filled with a pure oxygen 
atmosphere, and three astronauts—Roger Chaffee, 
Virgil “Gus” Grissom, and Edward White—died. This 
disaster caused a delay of 18 months in the Apollo pro- 
gram while engineers restudied and redesigned the Apollo 
spacecraft to improve its safety. The loss of the space 
shuttles Challenger and Columbia will be discussed later. 


Space stations 


Since the early 1970s, both the Soviet Union and 
the United States have sought to develop orbiting 
space stations. The emphasis in each nation has, how- 
ever, been somewhat different. 
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Spacecraft, manned 


The development of a successful space station 
requires two major feats: the construction of a habitat 
in space in which humans can live and work for long 
periods of time (months or years), and the develop- 
ment of a ferry system by which astronauts and mate- 
rials can be transported from Earth to the space 
station and back. The Soviets have focused on the 
first of these two features and the Americans on the 
second. 


Salyut and Mir 


The first series of space stations developed by the 
Soviets was given the codename Salyut. Salyut space 
stations were 65 ft (19.8 m) long and 13 ft (4 m) wide, 
with a total weight of about 19 tons. Sa/yut 1 was 
launched on April 19, 1971, to be followed by six more 
vehicles of the same design. Each station was occupied 
by one or more host crews, each of whom spent many 
weeks or months in the spacecraft, and a number of 
visiting crews, who stayed in the spacecraft for no 
more than a few days. The visiting crews usually con- 
tained cosmonauts from nations friendly to the Soviet 
Union, such as Bulgaria, Cuba, Czechoslovakia, East 
Germany, Hungary, Poland, and Vietnam (another 
indication of the propaganda significance of space 
flight). Between February 8, 1984, and October 2, 
1985, Soviet cosmonauts in Salyut 7 set an endurance 
record of 237 days. 


A more advanced Soviet space station, code- 
named Mir (Peace), was launched on February 19, 
1986. The Mir spacecraft was considerably more com- 
plex than its Salyut predecessor, with a central core 43 
ft (13 m) long and 13.6 ft (4.1 m) wide. Six docking 
ports on this central core permit the attachment of 
four research laboratories, as well as the docking of 
two Soyuz spacecraft bringing new cosmonauts and 
additional materials and supplies. Living in Mir in 
1994-1995, cosmonaut Valeriy Polyakov set the 
record for longest continuous period spent in space: 
438 days. Mir was deorbited in 2001. 


Skylab and the space shuttle 


Prior to the beginning of construction work on the 
International Space Station in 1998 (a cooperative 
U.S.-Soviet-European effort, with the United States 
doing the greatest share of design, construction, and 
operation), the only craft comparable to Salyut or Mir 
was the U.S. space station Skylab, launched on May 
14, 1973. The Skylab program consisted of two phases. 
First, the unoccupied orbital workshop itself was 
placed into orbit. Then, three separate crews of three 
astronauts each visited and worked in the space station. 
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The three crews spent a total of 28, 59, and 84 days in 
the summer and winter of 1973 and 1974. During their 
stays in Skylab, astronauts carried out a wide variety 
of experiments in the fields of solar and stellar astron- 
omy, zero-gravity technology, geophysics and space 
physics, earth observation, and biomedical studies. 


The United States space program has focused less on 
the construction of space stations, however, and more on 
the development of a spacecraft that will carry humans 
and materials to and from orbit. This program has been 
designated as the Space Transportation System (STS), 
otherwise known as the space shuttle. Space shuttles are 
designed to (usually) carry a crew of seven and payloads 
of up to 65,000 Ib (30,000 kg). The spacecraft itself looks 
much like a blunt-nosed jet airplane with a length of 122 
ft (37 m) and wingspan of 78 ft (24 m). Space shuttles are 
lifted into orbit in combination with a large external fuel 
tank to which are strapped twin solid rocket boosters; 
they return to Earth as unpowered gliders. 


The first space shuttle, Enterprise, was flow in the 
atmosphere to prove the glider concept but was never 
equipped for space flight; it is now a museum piece. 
The shuttle Columbia was launched into orbit on April 
12, 1981, and remained in orbit for three days. Later, 
four more shuttles—Challenger, Discovery, Endeavor, 
and Atlantis—were added to the STS fleet. 


Challenger and Columbia were later lost in disas- 
ters. On January 28, 1986, 73 seconds after takeoff, 
Challenger exploded, killing all seven astronauts 
aboard. Research later showed that a failed O-ring 
gasket had allowed hot gases to escape from one of 
the shuttle’s solid fuel boosters, causing the large 
external fuel tank to explode. The Challenger disaster 
caused NASA to reconsider its ambitious program of 
24 shuttle flights every year. Its plans were scaled back 
an average of 14 flights per year using four shuttle 
spacecraft. In order to complete this program of 
launches, the agency placed an order for a replacement 
for Challenger, named Endeavour, in July 1987. 


Then, the Columbia disintegrated during reentry 
on February 1, 2003, killing seven astronauts, tempo- 
rarily halting the shuttle program, and imperiling the 
International Space Station, which depends on fuel 
delivered by space shuttles to keep its orbit from 
decaying. Following the disaster, NASA scientists 
and engineers found that a hole punctured the leading 
edge of the left wing of Columbia. The hole was 
made when a piece of insulating foam from the exter- 
nal fuel tank ripped off during the launch. A coating of 
rigid foam insulation is used to keep the external fuel 
tank cool. 
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A Soviet space shuttle program comparable to the 
U.S. STS effort was codenamed Buran (Blizzard). The 
first (and last) Buran vehicle was launched on November 
15, 1988. Buran closely resembled the U.S. shuttle, but 
lacked internal engines for launch. The Buran shuttles 
were intended to act as supply ferries for the Mir and later 
Russian space stations, but the program was discontin- 
ued and all the Burans dismantled. 


Soviet-U.S. cooperation in space 


For the first decade of space travel, Soviet and 
American space programs worked in competition. 
However, planners on both sides of that competition 
recognized early on the importance of eventually devel- 
oping joint programs. This recognition led to the crea- 
tion of the Apollo-Soyuz Test Project (ASTP). The 
purpose of this project was to make possible the dock- 
ing of two crewed spacecraft, an Apollo and Soyuz 
vehicle, in orbit. Once again, the primary purpose of 
a crewed space-flight project was symbolic rather than 
scientific—but this time the goal was to demonstrate 
high-minded cooperativeness of political détente. 


In July, 1975, the last Apollo flight docked with a 
Soyuz spacecraft for a total of 47 hours and 17 minutes. 
During that time, two Soviet cosmonauts and three 
American astronauts visited each others’ spacecraft 
and conducted a series of scientific and technical 
experiments. 


In spite of the success of the ASTP, it was nearly 
two decades before another such meeting occurred. 
Early in 1995, the American space shuttle Discovery 
docked with the Russian space station Mir. U.S. astro- 
nauts then entered the Russian vehicle and exchanged 
gifts with their Russian counterparts. 


The future of crewed space flight 


The ultimate goal of space programs in both the 
the former Soviet Union and the United States has 
been the construction of an Earth-orbiting space sta- 
tion, with vague hopes of establishing permanent moon 
bases, mounting there-and-back-again expeditions to 
Mars, or even colonizing Mars. Today, all these goals 
hang on the fate of the International Space Station. 


Planning for the International Space Station began 
in 1984 as the result of a directive by then-president 
Ronald Reagan. According to original plans, construc- 
tion of the space station was to have begun in 1995 and 
to have been completed four years later. However, 
budget problems in the United States and recessions 
in much of the rest of the world raised questions about 
the cost of the project. The space station design became 
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much smaller when in 1993 president Bill Clinton called 
for it to be redesigned. The new plan considerably 
reduced the size of the station, and took on interna- 
tional partners in order to further reduce U.S. costs. 


In December, 1993 the countries involved in the 
space station project invited Russia to join them. The 
Russians agreed. With Russian participation, the 
space station project underwent some major changes. 
Russia’s 20-plus years of experience with operating 
space stations paved the way for the space station to 
take on a new appearance. The first phase was a series 
of shuttle-Mir missions. There were nine docking mis- 
sions between 1995 and 1998, testing the technologies 
needed to build the space station, examining the space 
environment, and conducting other experiments. 
From 1998, the second phase—construction and oper- 
ation of the station—finally got under way. 


The International Space Station (ISS) is NASA’s 
biggest project since Apollo. Since the mid-1990s, how- 
ever, NASA has been faced with budget cuts and skep- 
ticism about the ISS from its European partners, while 
Russia, too, has struggled economically. To avoid delays 
and keep reductions in the scale of the space station 
project to a minimum, international cooperation has 
become more important than ever, with 16 countries 
participating. In January 1998, Russian President Boris 
Yeltsin (1931-2007) agreed to allocate more funds to the 
ISS project, easing fears among other project partner 
countries that Russia was losing enthusiasm for the 
project. 


Construction of ISS began in November 1998 with 
the launch of the Zarya cargo block from Russia. In 
1999, a total of 44 launches were projected to complete 
the facility in 2004. However, after the Columbia dis- 
aster of 2003, construction was halted. It resumed as of 
2006. About 80% of the original hardware for the ISS 
will still be added to ISS. Between December 2006 and 
January 2010, 15 shuttle flights by NASA’s space shut- 
tle fleet will deliver hardware to ISS. When finished, the 
ISS will contain about four times as much working 
space as the former Russian space station Mir (1986— 
2001), the former record holder, and will have a mass 
of about 881,800 Ib (400,000 kg) and a pressurized 
volume of about 35,300 cu ft (1,000 cu m). The ISS 
orbits at an average altitude of 220 mi (360 km) and at 
an average speed of 17,200 mi/hr (27,685 km/hr). 


Technical requirements of crewed 
spacecraft 


Many complex technical problems must be solved 
in the construction of spacecraft that can carry people 
into space. Most of these problems can be classified 
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Spacecraft, manned 


into three major categories: communications, environ- 
mental and support, and reentry. 


Communications 


Communications refers to the necessity of main- 
taining contact with members of a space mission, 
which includes monitoring both their health and the 
health of the spacecraft in which they are traveling. 
Direct communication between astronauts and cos- 
monauts can be accomplished by means of radio and 
television messages transmitted between a spacecraft 
and ground stations. To facilitate these communica- 
tions, receiving stations at various locations around 
the earth have been established. Messages are received 
and transmitted to and from a space vehicle by means 
of large antennas located at these stations. 


Various instruments are needed within a space- 
craft to monitor cabin temperature, pressure, humid- 
ity, and other conditions as well as biological functions 
such as heartrate, body temperature, blood pressure, 
and other vital functions. Constant monitoring of 
spacecraft hardware is also necessary. Data obtained 
from these monitoring functions is converted to radio 
signals that are transmitted to Earth stations, allowing 
ground-based observers to maintain a constant check 
on the status of both the spacecraft and its human 
passengers. 


Environmental controls 


The fundamental requirement of a crewed space- 
craft is, of course, to provide an environment in which 
humans can survive and carry out the tasks required of 
them. This means, first of all, providing the spacecraft 
with an Earth like atmosphere in which humans can 
breathe. Traditionally, the former Soviet Union has 
used a mixture of nitrogen and oxygen gases some- 
what like that found in the Earth’s atmosphere. U.S. 
spacecraft have traditionally employed a pure oxygen 
atmosphere at about five pounds per square inch, 
roughly one-third the normal air pressure on the 
Earth’s surface; the space shuttles use a mixed nitro- 
gen-oxygen atmosphere. 


The level of carbon dioxide within a spacecraft 
must also be maintained at a healthy level. The most 
direct way of dealing with this problem is to provide 
the craft with a base, usually lithium hydroxide, which 
will absorb carbon dioxide exhaled by astronauts and 
cosmonauts. Humidity, temperature, odors, toxic 
gases, and sound levels are other factors that must be 
controlled at a level congenial to human existence. 


Food and water provisions present additional prob- 
lems. The space needed for the storage of conventional 
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foodstuffs is prohibitive for spacecraft. Thus, one of the 
early challenges for space scientists was the development 
of dehydrated foods or foods prepared in other ways so 
that they would occupy as little space as possible. Space 
scientists have long recognized that food and water 
supplies present one of the most challenging problems 
of long-term space travel, as would be the case in a space 
station. Suggestions have been made, for example, for 
the purification and recycling of urine as drinking water 
and for the use of exhaled carbon dioxide in the growth 
of plants for foods in spacecraft that remain in orbit for 
long periods of time. 


For hypothetical long-term flights such as a three- 
year round-trip journey to Mars, planners also worry 
about psychological factors. A group of astronauts 
would have to remain psychologically stable through- 
out such a flight, despite being cooped up in a very 
small environment with a small group of people for 
many months. There can be no guarantees in human 
behavior, but mission planners seek to understand 
group dynamics, privacy needs, and other factors to 
maximize the chances that such a long journey, if ever 
attempted, will not end in disaster because of human 
factors. 


Power sources 


An important aspect of spacecraft design is the 
provision for power sources needed to operate commu- 
nication, environmental, and other instruments and 
devices within the vehicle. The earliest crewed spacecraft 
had fairly simple power systems. The Mercury series of 
vehicles, for example, were powered by six conventional 
batteries. As spacecraft increased in size and complexity, 
however, so did their power needs. The Gemini space- 
craft required an additional conventional battery and 
two fuel cells, while the Apollo vehicles were provided 
with five batteries and three fuel cells each. 


Physiological effects 


One of the most serious on-going concerns of space 
scientists about crewed flights has been their potential 
effects on the human body. An important goal of nearly 
every space flight has been to determine how the human 
body reacts to a zero-gravity environment. 


At this point, scientists have some answers to that 
question. For example, scientists know that one of the 
most serious dangers posed by extended space travel is 
the loss of calcium from bones. In addition, the 
absence of gravitational forces results in a space trav- 
eler’s blood collecting in the upper part of his or her 
body, especially in the left atrium. This knowledge has 
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led to the development of special devices that modify 
the loss of gravitational effects during space travel. 


Redundancy of systems 


One of the challenges posed by crewed space flight 
is the need for redundancy in systems. Redundancy 
means that there must be two or three of every instru- 
ment, device, or spacecraft part that is needed for 
human survival. This level of redundancy is not neces- 
sary with uncrewed spacecraft where failure of a sys- 
tem may result in the loss of a space probe, but not the 
loss of a human life. It is crucial, however, when 
humans travel aboard a spacecraft. 


An example of the role of redundancy was pro- 
vided during the Apollo 13 mission. That mission’s 
plan of landing on the moon had to be aborted when 
one of the fuel cells in the service module exploded, 
eliminating a large part of the spacecraft’s power sup- 
ply. A back-up fuel cell in the lunar module was 
brought on line, however, allowing the spacecraft to 
return to the Earth without loss of life. 


Space suits 


Space suits are designed to be worn by astronauts 
and cosmonauts during take-off and landing and dur- 
ing extravehicular activities (EVA). They are, in a 
sense, a space passenger’s own private space vehicle 
and present, in miniature, most of the same environ- 
mental problems as does the construction of the space- 
craft itself. For example, a space suit must be able to 
protect the space traveler from marked changes in 
temperature, pressure, and humidity, and from expo- 
sure to radiation, unacceptable solar glare, and micro- 
meteorites. In addition, the space suit must allow the 
space traveler to move about with relative ease and to 
provide a means of communicating with fellow trav- 
elers in a spacecraft or with controllers on Earth’s 
surface. The removal and storage of human wastes is 
also a problem that must be solved for humans wear- 
ing a space suit. 


Reentry problems and solutions 


Ensuring that astronauts and cosmonauts are able 
to survive in space is only one of the problems facing 
space scientists. A spacecraft must also be able to 
return its human passengers safely to Earth’s surface. 
In the earliest crewed spacecraft, this problem was 
solved simply by allowing the vehicle to travel along 
a ballistic path back to Earth’s atmosphere and then to 
settle on land or sea by means of one or more large 
parachutes. Later, spacecraft were modified to allow 
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KEY TERMS 


Crewed spacecraft—A vehicle designed to travel 
outside the Earth’s atmosphere carrying one or 
more humans. 


Docking—The process by which two spacecraft 
join to each other while traveling in orbit. 


EVA—Extravehicular activity, a term describing the 
movement of a human being outside an orbiting 
spacecraft. 


LRV—Lunar roving vehicle, a car-like form of trans- 
portation used by astronauts in moving about on 
the Moon’s surface. 


Module—A cabin-like space in a spacecraft, usu- 
ally part of a larger system. 


Orbital flight—The movement of a spacecraft 
around some astronomical body such as Earth or 
the Moon. 


Redundancy—The process by which two or more 
identical items are included in a spacecraft to increase 
the safety of its human passengers. 


Space shuttle—A crewed spacecraft used to carry 
humans and materials from Earth’s surface into 
space. 


Space station—A manned artificial satellite in orbit 
about the Earth, intended as a base for space obser- 
vation and exploration. 


pilots some control over their reentry path. The space 
shuttles, for example, can be piloted back to Earth in 
the last stages of reentry in much the same way that a 
normal airplane is flown. 


Perhaps the most serious single problem encoun- 
tered during reentry is the heat that develops as the 
spacecraft returns to the earth’s atmosphere. Friction 
between vehicle and air produces temperatures that 
exceed 3,000°F (1,700°C). Most metals and alloys 
would melt or fail at these temperatures. To deal 
with this problem, spacecraft designers have devel- 
oped a class of materials known as ablators that 
absorb and then radiate large amounts of heat in 
brief periods of time. Ablators have been made out 
of a variety of materials, including phenolic resins, 
epoxy compounds, and silicone rubbers. 


Some are beginning to look beyond space shuttle 
flights and the International Space Station. While 
NASA’s main emphasis for some time will be unmanned 
probes and robots—in terms of spacecraft variety, not 
funding (most of which goes to the manned spaceflight 
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Sparrows and buntings 


program)—the most tempting target for a manned 
spacecraft will surely be Mars. Besides issues of long- 
term life support, any such mission will have to deal with 
long-term exposure to space radiation. Without suffi- 
cient protection, galactic cosmic rays would penetrate 
spacecraft and astronaut’s bodies, damaging their DNA 
(deoxyribonucleic acid) and perhaps disrupting nerve 
cells in their brains over the long-term. (Manned flights 
to the moon were protected from cosmic rays by the 
earth’s magnetosphere.) Shielding would be necessary, 
but it is always a trade-off between human protection 
and spacecraft weight. Moreover, estimates show it 
could add billions of dollars to the cost of any such 
flight. 


Future of U.S.-manned missions 


NASA expects to retire the space shuttle fleet in 
2010 and replace it with Orion (previously known as 
crew exploration vehicle [CEV]), an Apollo-type 
vehicle. The Orion will be launched from a new com- 
plex at the Kennedy Space Center aboard a new Ares I 
crew launch vehicle. Orion will fly to the International 
Space Station on its first few flights, but will eventually 
be used for missions to the moon and Mars after 2015. 
When such missions occur, Orion will be teamed up 
with EDS (earth departure stage) and the LSAM 
(lunar surface access module) for missions to the 
moon. 


See also Space probe. 
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Spanish moss see Bromeliad family 
(Bromeliaceae) 


i Sparrows and buntings 


The typical sparrows, buntings, and their allies 
are 291 species of birds that comprise the family 
Emberizidae. The emberizid sparrows and buntings 
occur in a great variety of habitats, and are widely 
distributed, occurring on all of the habitable continents 
except for Southeast Asia and Australia. The greatest 
diversity of species, however, occurs in the Americas. 


The phylogenetic relationships of the emberizid 
sparrows and other closely related species are complex 
and incompletely understood, and the systematics 
have been subject to recent revisions. Some taxono- 
mists interpret the Emberizidae more broadly and include 
the following subfamilies in it: the Emberizinae, con- 
taining typical sparrows and buntings; the Parulinae, 
or American wood-warblers; the Thraupinae, or tan- 
agers; the Cardinalinae, or cardinals and typical gros- 
beaks, the Icterinae, or American blackbirds, meadow- 
larks, orioles, bobolink, and cowbirds, and the Coerebinae, 
or bananaquits. Other ornithologists divide these groups 
into the following separate families: Emberizidae (typ- 
ical sparrows and buntings), Parulidae (American 
wood-warblers), Icteridae (American blackbirds and 
their allies), Thraupidae (tanagers), Coerebidae (bana- 
quits). The cardinals and grosbeaks are placed in the 
subfamily Carduelinae of the Fringillidae family 
(finches). Nevertheless, these are all distinctive groups 
of birds, regardless of our understanding of their evo- 
lutionary relationships, and whether we call them sub- 
families or families. 


A further point of discussion concerns the use of 
the words “sparrow” and “bunting,” both of which are 
taxonomically ambiguous terms. In the general sense, 
sparrows can be various species of conical-billed, seed- 
eating birds. These can include species in the family 
of the weaver finches, Ploceidae, such as the house 
sparrow (Passer domesticus). However, the “typical” 
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A song sparrow (Melospiza melodia) at Isle Royale National 
Park, Michigan. (Robert J. Huffman. Field Mark Publications.) 


sparrows are species of the Americas in the family 
Emberizidae, and these are the birds that are described 
in this entry. 


Similarly, buntings can be certain species in the 
subfamily Cardinalinae, such as the indigo bunting 
(Passerina cyanea). Buntings can also be species in the 
Emberizidae, mostly of the Old World genus Emberiza, 
plus several other genera that occur in North America. 
It is the emberizid buntings that are the “typical” 
buntings. 


Biology of sparrows and buntings 


The emberizid sparrows and buntings are all 
smallish birds with a short, stout, conical-shaped bill, 
well-adapted for picking and crushing seeds as food. 


The various species of emberizids are rather sim- 
ilarly colored in shades of streaky grays and browns. 
However, the particular species can usually be identi- 
fied on the basis of diagnostic, albeit sometimes subtle 
differences in the patterns and colorations of their 
plumage. In addition, species can always be separated 
on the basis of their preferred breeding habitat, and on 
their distinctive songs and call-notes. Most species of 
emberizids have streaked patterns on their back and 
breast, and some have bold markings of black, white, 
or chestnut around the head. Many species have a 
sexually dimorphic plumage, in which the females 
have a relatively subdued, cryptic coloration, while 
the plumage of males is brighter and more boldly 
patterned and colored. 


Emberizids mostly forage on or near the ground, 
commonly scratching and kicking with their feet in the 
surface dirt and litter, searching for food items. The 
usual food of most emberizids is seeds. However, dur- 
ing the nesting season, insects and other invertebrates 
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are a relatively important food item, especially for 
feeding to fast-growing babies, which require a diet 
rich in protein. 


Emberizids are highly territorial during their 
breeding season, proclaiming their territory by sing- 
ing, which in many species is quite loud, rich, and 
musical. Some species of open habitats, such as prai- 
ries and tundra, deliver their song while engaged in a 
slowly descending flight. 


The emberizids occur in a great variety of habi- 
tats, although most species are partial to places that 
are relatively open, interspersed with shrubs or trees, 
or more densely shrubby. Few species occur in mature, 
densely stocked, closed forests. 


Species that breed in relatively northern habitats 
with severe winters are all migratory. These birds take 
advantage of the often great availability of foods during 
the growing season in northern latitudes, but spend their 
non-breeding season farther to the south, where food is 
more available during winter, and general living condi- 
tions are more benign. During the non-breeding season, 
most migratory species of emberizids occur in flocks. 
Species that forage in open habitats, such as fields and 
prairies, generally form especially large flocks. 


Sparrows and buntings in North America 


There are about 50 species of emberizid sparrows 
and their allies that breed regularly in North America. 
Some of the more widespread of these are briefly 
described below. 


The song sparrow (Melospiza melodia) is one of 
the most widespread of the sparrows, breeding over 
much of Canada and the United States, and as far 
south as Mexico. The usual habitat of this abundant 
bird is shrubby, commonly beside lakes, rivers, or 
streams, along forest edges, in regenerating burns or 
cutovers, and in parks and gardens. This species has a 
dark-brown plumage, with a dark spot in the middle of 
its streaky breast. 


Lincoln’s sparrow (Melospiza lincolnii) is a similar- 
looking, close relative of the song sparrow, but is 
much-less familiar to most people because of its habit 
of skulking unseen within dense vegetation. This spe- 
cies breeds extensively in Canada and the western 
mountains of the United States. The swamp sparrow 
(M. georgiana) is similar to the previous two species, 
but breeds in shrubby wetlands beside lakes, rivers, and 
streams, and in more-extensive marshes. This species 
breeds widely in eastern Canada and the northeastern 
states, and winters in the eastern United States. 
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Sparrows and buntings 


The fox sparrow (Passerella iliaca) is a relatively 
large, heavily streaked bird that breeds in thickets, 
regenerating burns and cutovers, and open forests. The 
fox sparrow occurs in the boreal and montane zones, 
and ranges as far south as central Utah, Colorado, and 
Nevada. 


The savanna sparrow (Passerculus sandwichensis) 
is a very widespread species, breeding in suitably open, 
grassy habitats over all of Canada and much of the 
United States. This species mostly winters in the south- 
ern United States and parts of Central America. The 
savanna sparrow is a heavily streaked, brownish bird 
with distinctive, light-yellow patches over the eyes. The 
Ipswich sparrow (P. sandwichensis princeps) is a large, 
light-colored subspecies that breeds only in dune-grass 
habitats on Sable Island in the western Atlantic Ocean, 
and winters along the Atlantic Coast of the United 
States. The Ipswich sparrow is sometimes treated as a 
distinct species (P. princeps). 


The white-throated sparrow (Zonotrichia albicollis) 
breeds over much of temperate and boreal Canada and 
New England. The usual habitat of this species is brushy, 
and includes open forests, forest edges, regenerating 
burns and cutovers, and abandoned farmland. The ter- 
ritorial song of this abundant species consists of a series 
of loud, clear whistles, and is one of the most familiar 
sounds of the springtime in woodlands within its range. 
Birdwatchers in the United States learn the very distinc- 
tive song of the white-throated sparrow as: “old Sam 
Peabody, Peabody, Peabody,” but Canadians memorize 
it as: “I love Canada, Canada, Canada.” The head of the 
white-throated sparrow is prominently marked with 
light-shaded stripes, which can be colored either bright- 
white or tan. Individuals with white stripes are relatively 
aggressive in the defense of their territory, and in 
their general interactions with others of their species. 
Consequently, a hyperaggressive male “white-stripe” 
can mate successfully with a relatively submissive female 
“tan-stripe,” but not with a female white-stripe, because 
the two would fight too much. 


The white-crowned sparrow (Zonotrichia leucophrys) 
breeds widely in boreal and montane coniferous for- 
ests across Canada and the western United States, and 
winters in the southern States. The golden-crowned 
sparrow (Z. atricapilla) is a closely related species, 
breeding in coastal, coniferous rainforests of western 
Alaska and British Columbia, and wintering in the 
coastal, western United States. 


The chipping sparrow (Spizella passerina) breeds 
in open, treed habitats from the boreal region through 
to Nicaragua in Central America, and winters in 
the southern United States and further south. This 
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common species has a rufous cap, a bright-white line 
through the eye, and a whitish, unstreaked breast. The 
American tree sparrow (S. arborea) breeds in shrubby 
habitats and open forests throughout most of the 
northern boreal forest. Tree sparrows winter in large 
flocks in fields and brushy habitats throughout central 
North America. The clay-colored sparrow (S. pallida) 
breeds in shrubby meadows, riparian habitats, and 
forest edges of the prairie region of North America, 
and winters in Texas and Mexico. 


The vesper sparrow (Pooecetes gramineus) breeds 
in natural prairies, and in weedy fields and pastures 
throughout north-temperate regions of North America. 


The lark sparrow (Chondestes grammacus) breeds 
in open, dry habitats with scattered trees, including 
native prairies and abandoned agricultural lands. 
Lark sparrows occur over most of the central and 
western United States. These birds have bright, chest- 
nut-and-white patterns on their head. 


The black-throated or desert sparrow (Amphispiza 
bilineata) occurs in arid habitats in the southwestern 
United States and northern Mexico. This species has 
a gray back, a black breast, and black-and-white 
stripes on the face. The closely related sage sparrow 
(A. belli) breeds in dry, shrubby habitats of the west- 
ern states. 


The grasshopper sparrow (Ammodramus savanna- 
rum) breeds in drier prairies, hayfields, and old-fields 
in central regions of the continent. LeConte’s sparrow 
(A. leconteii) breeds in tall, moist, grassy and sedge 
meadows in the prairies, and winters in the southeastern 
states. The sharp-tailed sparrow (A. caudacuta) breeds 
in salt marshes along the Atlantic and Hudson Bay 
seacoasts, and in brackish wet meadows in the prairies. 


The dark-eyed junco (Junco hyemalis) breeds in 
recently disturbed coniferous forests throughout Canada 
and much of the western United States. This species 
winters in weedy fields and brushy habitats through- 
out the United States. The dark-eyed junco has a gray 
head and breast, and depending on the subspecies, 
either a gray or a brownish back and wings. 


The lark bunting (Calamospiza melanocorys) breeds 
in shortgrass prairies and semi-deserts from southern 
Alberta to northern Texas. Males have a black body 
with large, white wing-patches, while females look like 
more-typical sparrows, with a streaky brown plumage. 


The towhees are relatively large, long-tailed, 
ground-feeding species of shrubby habitats. The 
rufous-sided towhee (Piplio erythrophthalmus) breeds 
in thick, brushy habitats through southern Canada and 
the United States, and as far south as Guatemala in 
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Central America. Males have a black back, rufous 
sides, and a white belly, while females have a brown 
back—both sexes usually have brilliant-red eyes. The 
rufous-sided towhee is named after one of its call notes, 
which sounds like “tow-whee,” and this bird also has a 
loud, easily recognizable song that sounds like: “drink- 
your-teeeea.” The green-tailed towhee (P. chlorurus) 
breeds in brushy habitats in the western United 
States, while the brown towhee (P. fuscus) occurs in 
shrubby habitats in the Southwest, including suburban 
gardens and parks. 


The Lapland longspur (Calcarius lapponicus) breeds 
throughout the northern tundra of North America, and 
also in northern Europe and Asia, where it is known as 
the Lapland bunting. This species winters in native prai- 
ries and agricultural landscapes to the south of its breed- 
ing range. The very attractive, breeding plumage of the 
males includes a jet-black face and bib, and a bright- 
chestnut back of the head, but the non-breeding 
plumage is much more subdued. McCown’s longspur 
(C. mcecownii) breeds in the short-grass prairies of North 
America, and winters to the south in Texas and Mexico. 
The chestnut-collared longspur (C. ornatus) has a sim- 
ilar distribution. 


The snow bunting, snowflake, or snowbird 
(Plectrophenax nivalis) breeds throughout the arctic 
tundra of North America, and also in arctic regions 
of Europe and Asia. The snow bunting winters widely 
in temperate regions of North America, sometimes 
occurring in large flocks in snow-covered agricultural 
areas and coastal dunes. The male snow bunting has 
an attractive, highly contrasting, black-and-white plu- 
mage, with the head and breast being a bright white, 
and the wings and back a jet black. Females have a 
more subdued, light-brownish coloration. Because it 
tends to appear just as the snow starts to fly, the snow 
bunting is a familiar harbinger of winter for people in 
its southern, non-breeding range. However, for people 
living in small communities in the tundra of northern 
Canada, returning snow buntings are a welcome herald 
of the coming springtime, following a long, hard winter. 
The closely related McKay’s bunting (P. hyperboreus) 
breeds on several islands in the Bering Sea, and winters 
in coastal, western Alaska. 


Sparrows and buntings elsewhere 


Species of buntings of the genus Emberiza do not 
breed in North America, but are relatively diverse in 
Eurasia and Africa. In fact, of the 40 species of enber- 
izids breeding in the Old World, 37 are in the genus 
Emberiza. One widespread species is the yellow- 
hammer (Emberiza citrinella), a familiar, yellow-bellied 
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KEY TERMS 


Extinct—The condition in which all members of a 
group of organisms have ceased to exist. 


Extirpation—The condition in which a species is 
eliminated from a specific geographic area of its 
habitat. 


Sexual dimorphism—The occurrence of marked 
differences in coloration, size, or shape between 
males and females of the same species. 


Superspecies—A complex of closely related groups 
of organisms that are geographically, ecologically, 
and morphologically distinct, but are nevertheless 
considered to be the same species. The seasise 
sparrows are a superspecies, in which many of the 
various subspecies were formerly believed to be 
separate species. 


bird of forest edges and shrubby habitats. The reed 
bunting (E. schoeniclus) is a black-headed, brown- 
backed species of marshy habitats and wet meadows. 


Sparrows and humans 


Species of sparrows are among the more common 
species of birds that visit seed-bearing feeders. This is 
particularly true during the wintertime, when natural 
seeds can be difficult to find because of the snowpack. 
Bird-feeding has a significant economic impact, with 
millions of dollars being spent each year in North 
America to purchase and provision backyard feeders. 


Some species of sparrows are fairly easy to keep in 
captivity, and they are kept as pet cagebirds. Especially 
commonly kept are species of Emberiza buntings, par- 
ticularly in Europe. 


Some sparrows have become rare and endangered 
because of changes in their habitat caused by humans. 
In the United States, certain subspecies of the seaside 
sparrow (Ammodramus maritimus) have been affected 
in this way. The dusky seaside sparrow (A. m. nigres- 
cens) was a locally distributed bird of salt marshes on 
the east coast of Florida, and was once considered to be 
a distinct species (as Ammospiza nigrescens), but recent 
taxonomists have lumped with related birds within a 
seaside sparrow “superspecies.” Unfortunately, the 
dusky seaside sparrow became extinct in 1987, when 
the last known individual, a male bird, died in captiv- 
ity. This bird became extinct as a result of losses of 
habitat through drainage and construction activities, 
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Species 


and perhaps toxicity due to the spraying of insecticides 
to control mosquitoes in its salt-marsh habitat, which 
was close to places used for tourism and residential 
land-uses. The closely related Cape Sable seaside spar- 
row (A. m. mirabilis) of southern Florida has similarly 
become endangered, and several of its former popula- 
tions have been extirpated. 


The San Clemente sage sparrow (Amphispiza belli 
clementeae) is a threatened subspecies of the sage spar- 
row that is resident to the island of San Clemente off the 
coast of southern California. This species has suffered 
because of habitat degradation caused by introduced 
populations of goats and pigs. The Zapata sparrow 
(Torreornis inexpectata) is a rare and endangered spe- 
cies that only occurs in three small areas on the island 
of Cuba. 


See also Weavers. 
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Spatial perception see Depth perception 


l Species 


The most widely accepted definition of a species is 
the biological species concept proposed by Ernst Mayr 
in the 1940s. A species is a population of individual 
organisms that can interbreed in nature, mating and 
producing fertile offspring in a natural setting. Species 
are organisms that share the same gene pool, and 
therefore genetic and morphological similarities. 
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Species determination 


The Linnaean classification system places all 
organisms into a hierarchy of ranked groups. The 
genus includes one or more related species, while a 
group of similar genera are placed in the same family. 
Similar families are grouped into the same order, sim- 
ilar orders in the same class, and similar classes in the 
same phylum. The Linnean classification of species 
involves a binomial name made up of two parts; the 
first is the genus name and the second is the species 
name. For example Homo sapiens, the name for 
humans is the combination of the genus Homo and 
the species sapiens. 


Organisms are assigned to the more specific ranks 
of the Linnaean classification scheme largely on the 
basis of shared similarities (syna pomorphisus). 
Although species are defined as interbreeding popula- 
tions, taxonomists rarely have information on an 
organism’s breeding behavior and therefore often 
infer interbreeding groups on the basis of reproductive 
system morphology, and other shared characters. 


In the last half a century, modern molecular tech- 
niques such as DNA hybridization have allowed biol- 
ogists to gain extensive information on the genetic 
distance between organisms, which they use to con- 
struct hypotheses about the relatedness of organisms. 
From this information researchers hypothesize as to 
whether or not the populations are genetically close 
enough to interbreed. 


While the biological species concept has histori- 
cally been the most widely used definition of a species, 
more recently the phylogenetic and ecological species 
concepts have taken the forefront as a more inclusive 
and useful definition. Whereas the biological species 
concept defines a species as a group of organisms that 
are reproductively isolated (able to successfully breed 
only within the group), the phylogenetic species concept 
considers tangible (and measurable) differences in char- 
acteristics. This idea, also called the cladistic species 
concept, examines the degree of genetic similarity 
between groups of related individuals (called clades) 
as well as their similarities in physical characteristics. 
For instance, the biological species concept might 
group coyotes and wolves together as one species 
because they can successfully breed with one another. 


In contrast, the phylogenetic concept would defin- 
itively split coyotes and wolves into two species based 
upon the degree of divergence in genetic characters 
and larger observable traits (e.g., coat color). In con- 
trast to these, the ecological species concept might 
classify wolves and coyotes as different species by com- 
paring the differing environmental resources that they 
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Two lesser earless lizards, Holbrookia maculata. They are genetically the same species, but the upper one is from White Sands. 
(JLM Visuals.) 


exploit, called adaptive zones. Currently, the precise 
definition of a species is a topic under constant scien- 
tific debate and likely will never fully be resolved. 
Rather, the definition may change with the perspec- 
tives and needs of each sub-discipline within biology 
(ecology versus zoology, for example). A pluralist 
approach combines some or all of these species con- 
cepts to arrive at a more inclusive definition. 


Speciation 


Speciation is the process whereby over time a 
single species develops into two distinct reproduc- 
tively isolated species. Speciation events are of two 
types—either allopatric or sympatric. Allopatric spe- 
ciation results from the division of a population of 
organisms by a geographical barrier. The isolation of 
each of the two populations slowly results in muta- 
tions in the gene pools until the two populations are 
unable to interbreed either because of changes in 
mating behavior or because of incompatibility of 
the DNA from the two populations. The early stages 
of allopatric speciation are often evident when one 
examines the same species of fish from different 


ponds. Fish from the two ponds may not appear to 
be morphologically different, but there may be slight 
differences in the gene pools of each population. If 
the two fish populations remain separated for enough 
generations, they may eventually become reproduc- 
tively isolated species. 


Sympatric speciation is less frequent than allopa- 
tric speciation and occurs when a group of individuals 
becomes reproductively isolated from the larger pop- 
ulation occupying the same range. This type of speci- 
ation may result from genetic changes (or mutations) 
occurring within individuals that inhibits them from 
interbreeding with others, except those in which the 
same mutation has occurred. Polyploid plant species, 
that is, species with more than two copies of each 
chromosome, are thought to have arisen by sympatric 
speciation. 


More than 1.5 million species have been described 
and it is estimated that there are between 10-50 million 
species currently inhabiting Earth. 


See also Genetics; Mutation; Taxonomy. 


Spectral classification of stars 


KEY TERMS 


Allopatric speciation—Speciation resulting from a 
population being geographically divided. 

Linnean system—Classification scheme used by 
taxonomists which places organisms into a hier- 
archy of groups. 


Morphology—The physical properties possessed 
by an organism. 


Polyploid—An organism with more than two cop- 
ies of each chromosome. 


Sympatric speciation—Speciation that occurs 
when a subpopulation becomes reproductively iso- 
lated from a larger population occupying the same 
range. 


Resources 


BOOKS 

Cambell, Neil A. and Jane B. Reece. Biology. San Francisco, 
CA: Benjamin Cummings, 2004. 

Cockburn, Andrew. An Introduction to Evolutionary 
Ecology. Boston: Blackwell Scientific Publications, 
2001. 

Mayr, Ernst, and Peter Ashlock. Principles of Systematic 
Zoology. 2nd ed. New York: McGraw-Hill, 1991. 

Wilson, Edward. The Diversity of Life. New York, NY: 
W.W. Norton and Company, Inc., 1999. 


Steven MacKenzie 


tl Spectral classification of stars 


Although the composition of most stars is very 
similar, there are systematic variations in stellar spec- 
tra based on their temperatures. A typical star has a 
spectrum consisting of a continuous range of colors 
overlaid with dark lines. The positions, strengths, and 
shapes of these lines are determined by the temper- 
ature, density, gravitational fields, velocity, and other 
properties of the star. In order to be able to study stars 
systematically, it is useful to classify stars with others 
that have similar properties. This is the basis for the 
classification scheme used by astronomers. Stars are 
classified according to the patterns and relative 
strengths of their dark spectral lines, which are indica- 
tors of both their temperature and their intrinsic lumi- 
nosity, or brightness. Although roughly 10% of stars 
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do not fit into the classification scheme, it provides a 
convenient way to understand the systematics of stel- 
lar formation and evolution. 


Background 


When the light from a star is divided into its 
component colors using a spectrograph, it appears as 
a continuous band of colors, broken up by dark, nar- 
row lines. These lines are created by atoms and ions 
(atoms missing [positive ion] or acquiring [negative 
ion] one or more electrons) in the outer layers of a 
star’s atmosphere. These layers absorb light at specific 
wavelengths, which are unique for each type of atom 
or ion. Atomic physics predicts the positions and 
intensities of these lines, called absorption lines, 
based on the temperature and composition of the 
star. Thus, the number, strengths, and positions of 
these lines vary from star to star. 


The first stellar spectra were observed in 1814, 
long before the atomic physics that creates them was 
understood. In an attempt to understand the processes 
that formed the spectra, similar stars with similar 
spectra were grouped together in the hopes that stars 
that were alike would produce similar spectra. In 1863, 
Italian astronomer Father Angelo Secchi (1818-1878) 
made one of the first attempts at trying to classify 
stars, when he divided stars into two groups based on 
their spectral lines. He eventually extended this cate- 
gorization, dividing more than 4,000 stars into four 
classes. 


The basis of the current system of classification of 
spectral types began in the late 1800s at the Harvard 
College Observatory, under the direction of Professor 
Edward C. Pickering. Scottish-American astronomer 
Williamina Paton Stevens Fleming (1857-1911) ini- 
tially classified 10,000 stars using the letters of the 
alphabet to denote the strength of their hydrogen 
absorption lines, with A being the strongest, followed 
by B, C, etc. At the time, she did not know that these 
lines were due to hydrogen, but since they were visible 
in almost all stellar spectra, they provided a conven- 
ient means by which to organize her data. 


Several years later, the classifications were reor- 
dered to be in what scientists now know to be the order 
of decreasing temperature: O, B, A, F, G, K, M, in 
order to have a smooth transition between the class 
boundaries. This reordering was done primarily by 
American astronomer Annie Jump Cannon (1863- 
1941), also at the Harvard Observatory, in preparing 
the Henry Draper catalog of 225,000 stars. She also 
further subdivided each class into as many as ten sub- 
classes, by adding the numbers 0 through 9 after the 
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Light Intensity Curve 


Wien's Law 


_ 3x10°nmK 
T oK 


High T 
Xmax = 


Low T 


The light intensity curves of a star indicate its temperature. 
The y axis depicts intensity, the x axis depicts increasing 
photon wavelengths. White dwarfs are hot; red giants are 
cooler stars. (Argosy. The Gale Group.) 


letter, to account for changes within a class. This 
spectral classification scheme was formally adopted 
by the International Astronomical Union in 1922, 
and is still used today. 


It was not until 1925 that the theoretical basis 
behind the ordering was discovered. At first, scientists 
believed that the strength of the lines directly deter- 
mined the amount of each element found in the star, 
but the situation proved more complex than that. 
Most stars have very similar compositions, so the 
strength of hydrogen (and other) lines in the spectrum 
is not a measure of the makeup of the star. Instead, it is 
a measure of temperature, as a result of the atomic 
physics processes occurring in the star. At relatively 
low temperatures, the gas in a stellar atmosphere con- 
tains many atoms, (and even some molecules), and 
these produce the strongest absorption lines. At higher 
temperatures, molecules are destroyed and atoms 
begin losing electrons, and absorption lines of ions 
begin to appear. More and more ionization occurs as 
the temperature increases, further altering the pattern 
of absorption lines. Thus, the smooth sequence of line 
patterns is actually a temperature sequence. 


Another of the early classification workers at 
Harvard, American astronomer Antonia Caetana De 
Paiva Pereira Maury (1866-1952), noted that certain 
dark lines (absorption lines) in stellar spectra varied in 
width. She attempted a classification based partially 
on line widths, but this was not adopted by Annie 
Cannon in her classification, and was not used in the 
Henry Draper catalog. However, Maury’s work laid 
the foundation for the subsequent discovery that the 
line widths were related to stellar size: very large stars, 
now called giants or supergiants, have thin lines due to 
their low atmospheric pressure. These stars are very 
luminous because they have large surface areas, and so 
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line width was eventually recognized as an indicator of 
stellar luminosity. 


In 1938, American astronomer William Wilson 
Morgan (1906-1994) at the Yerkes Observatory 
added a second dimension to the classification scheme, 
by using the luminosity of the star as an additional 
classifying feature. He used roman numerals to repre- 
sent the various types of stars. In 1943, the MKK Atlas 
of Stellar Spectra (after Morgan, P.C. Keenan, and 
E. Kellman) was published, formalizing this system. 
Approximately 90% of stars can be classified using the 
MKK system. 


Description of the spectral classes 


The temperature range of each class, along with 
the most prominent spectral lines that form the basis 
of the spectral identification, are described below. A 
common mnemonic for remembering the order of the 
spectral classes is Oh Be A Fine Girl (or Guy) Kiss Me. 
In the original scheme, there were a few additional 
classes (S, R, C, N), which turned out to represent 
stars that actually do have abnormal compositions. 
Today, these stars are usually in transient evolution- 
ary phases, and are not included in the standard spec- 
tral classifications. 


O (30,000 to 60,000 Kelvin (K), blue-white)—At 
such high temperatures, most of the hydrogen is ion- 
ized, and thus the hydrogen lines are less prominent 
than in the B and A classes (ionized hydrogen with no 
remaining electron has no spectral lines). Much of the 
helium is also ionized. Lines from ionized carbon, 
nitrogen, oxygen, and silicon are also seen. 


B (10,000 to 30,000 K, blue white)—In stars in this 
spectral class, the hydrogen lines are stronger than in 
O stars, while the lines of ionized helium are weaker. 
Ionized carbon, oxygen, and silicon are seen. 


A (7500 to 10,000 K, blue white)—A stars have 
the strongest hydrogen lines (recall the ordering of the 
original Harvard classification). Other prominent 
lines are due to singly ionized magnesium, silicon, 
and calcium. 


F (6000 to 7500 K, yellow-white)—Lines from 
ionized calcium are prominent features in F stars. 


G (5000 to 6000 K, yellow)—The ionized calcium 
lines are strongest in G stars. The sun is a G2 star. 


K (3500 to 5000 K, orange)—The spectra of K 
stars contain many lines from neutral elements. 


M (less than 3500 K, red)—Molecular lines seen in 
the spectra of M stars mean that the temperature is low 
enough that molecules have not been broken up into 
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Spectral lines 


KEY TERMS 


Absorption spectrum—tThe record of wavelengths 
(or frequencies) of electromagnetic radiation absorbed 
by a substance; the absorption spectrum of each 
pure substance is unique. 


lonized—Missing or acquiring one or more elec- 
trons, resulting in a charged atom. 


Spectrograph—Instrument for dispersing light into 
its spectrum of wavelengths then photographing 
that spectrum. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


their constituent atoms. Titanium oxide (TiO) is par- 
ticularly prominent. 


The MKK luminosity classes are: I-Supergiants; 
II-Bright Giants; HJ-Normal Giants; IV-Subgiants; 
V-Main Sequence. 


See also Spectroscopy. 
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i Spectral lines 


A spectral line is light of a single frequency, or 
wavelength, which is emitted (or absorbed) by an atom 
when an electron changes its energy level. Because the 
energy levels of electrons vary from element to element, 
scientists can determine the chemical composition of an 
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object from a distance by examining its spectrum. In 
addition, the shift of a spectral line from its predicted 
position can show the speed at which an astronomical 
object is moving away from Earth. The measurement of 
spectral lines is the basis of much of modern astronomy. 


History 


Isaac Newton was the first to discover that light 
from the sun was composed of multiple frequencies. In 
1666, by using a prism to break sunlight into its com- 
ponent colors, and then recombining them with a 
second prism, he showed that the light coming from 
the sun consisted of a continuous array of colors. Until 
then, some believed that the colors shown by a prism 
were generated by the prism itself, and were not intrin- 
sic to the sunlight. 


Later experiments showed that some light sour- 
ces, such as gas discharges, emit at only certain well- 
defined frequencies rather than over a continuous dis- 
tribution of colors; the resultant image is called an 
emission spectrum. Still other sources were found to 
produce nearly continuous spectra (i.e., smooth rain- 
bows of color) with distinct gaps at particular loca- 
tions; these are known as absorption spectra. By 
making observations of a variety of objects, Gustav 
Kirchhoff was able to formulate three laws to describe 
spectra. Kirchhoff’s laws can be put into modern form 
as follows: (1) an opaque object emits a continuous 
spectrum; (2) a glowing gas has an emission line spec- 
trum; and (3) a source with a continuous spectrum 
which has a cooler gas in front of it gives an absorption 
spectrum. 


The observation of spectra was used to discover 
new elements in the 1800s. For example, the element 
helium, although it exists on Earth, was first discov- 
ered in the sun by observing its spectrum during an 
eclipse. 


Observations of particular elements showed that 
each had a characteristic spectrum. In 1885, Johann 
Balmer developed a simple formula that described the 
progression of lines seen in the spectrum of hydrogen. 
His formula showed that the wavelengths of the lines 
were related to the integers via a simple equation. 
Others later discovered additional series of lines in 
the hydrogen spectrum, which could be explained in 
a similar manner. 


Niels Bohr was the first to explain the mechanism 
by which spectral lines occur at their characteristic 
wavelengths. He postulated that the electrons in an 
atom can be found only at a series of unique energy 
levels, and that light of a particular wavelength was 
emitted when the electron made a transition from one 
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of these levels to another. The relationship between the 
wavelength of emitted light and the change in energy 
was given by Planck’s law, which states that energy is 
inversely proportional to wavelength (and hence 
directly proportional to frequency). Thus, for a given 
atom, light could only be emitted at certain discrete 
wavelengths, corresponding to the energy difference 
between electron energy levels. Similarly, only wave- 
lengths corresponding to the difference between 
energy levels could be absorbed by an atom. This 
picture of the hydrogen atom, known as the Bohr 
atom, has since been found to be too simplified a 
model to describe atoms in detail, but it remains the 
best physical model for understanding atomic spectra. 


Spectrographs 


Astronomers use a device called a spectrograph to 
disperse light into its constituent wavelengths in the 
same way that Newton’s prism divided sunlight into its 
component colors. Spectrographs may have a prism or a 
diffraction grating (an optical element consisting of a 
ruled surface that disperses light due to diffraction) as 
their dispersive element. The resultant spectrum may be 
recorded on film, electronically in a computer, or simply 
viewed with the eye. Because each element has a unique 
spectral signature, scientists can determine which ele- 
ments make up a distant object by examining the often 
complicated pattern of spectral lines seen in that object. 
By recalling Kirchhoff’s laws, they can also determine 
the physics of the object being observed. For example, 
stars show an absorption spectrum, and they can be 
thought of as a hot object surrounded by a cooler gas. 


Spectra can also be used to determine the relative 
abundances of the elements in a star, by noting the 
relative strength of the lines. Knowing the physics of 
the atoms involved allows a prediction of the relative 
strengths of different lines. In addition, because ions 
(atoms which have lost some of their electrons and 
become charged) have different characteristic wave- 
lengths, and the ionization states are a measure of 
temperature, the temperature of a star can be deter- 
mined from the measured spectra. 


The minimum width of a spectral line is governed 
by the tenets of quantum mechanics, but physical 
processes can increase this width. Collisions between 
atoms, pressure, and temperature all can increase the 
observed width of a line. In addition, the width of the 
spectrograph entrance slit, or properties of the diffrac- 
tion grating, provides a minimum width for the lines. 
The observed line widths can therefore be used to 
determine the processes occurring in the object being 
observed. 
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Spectrographs are characterized by their wave- 
length coverage and their resolution. A spectrograph 
normally consists of an entrance slit or aperture, a 
number of transmissive elements such as _ lenses, 
prisms, transmission gratings and windows, or reflec- 
tive surfaces such as mirrors and reflection gratings. 
The configuration and types of materials used depend 
on the wavelength range being investigated, since dif- 
ferent materials have different reflective and transmis- 
sive properties; typically, reflective systems are used in 
the ultraviolet region of the spectrum, where few mate- 
rials transmit well. The resultant spectrum is an image 
of the entrance slit at different wavelengths. 


The resolution of a spectrograph describes its 
ability to separate two nearby spectral lines. In a com- 
plex spectrum, there may be hundreds of spectral lines 
from many different elements, and it is important to be 
able to separate lines which may be adjacent. 


Spectroscopy is also used in the laboratory. 
Applications include determining the composition of 
plasmas, and identifying chemical compounds. 


Doppler shift 


Another way that spectral lines are used in astron- 
omy is to determine the velocity of an object. An object 
which is moving away from Earth will have its spectral 
lines shifted to longer wavelengths due to the Doppler 
shift acting on the emitted photons. Similarly, objects 
moving towards Earth will be shifted to shorter wave- 
lengths. By measuring the shift of a spectrum, the 
velocity with which the object is moving with respect 
to Earth can be determined. A shift to longer wave- 
lengths is called a redshift, since red light appears on 
the long wavelength side of the visible spectrum, while 
a shift to shorter wavelengths is called a blueshift. 


Doppler shift measurements of spectral lines have 
been used to measure the velocities of winds in stars, 
the speeds of outflowing gases from stars and other 
objects; the rotational motion of material in the center 
of galaxies, and the recession of galaxies due to the 
expansion of the universe. The latter measurements 
are particularly important, since they allow astrono- 
mers to probe the structure of the Universe. 


The spectral lines in light from very distant gal- 
axies is primariliy redshifted not by the Doppler effect, 
but by the expansion of space itself. This effect, called 
cosmological redshift, allows astronomers to tell how 
old events are that they are observing, and how far 
away: the two are really the same, since light travels at 
a fixed speed in vacuum. 
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Spectroscope 


KEY TERMS 


Absorption spectrum—The record of wavelengths (or 
frequencies) of electromagnetic radiation absorbed by 
a substance; the absorption spectrum of each pure 
substance is unique. 


Bohr atom—A model of the atom, proposed by Niels 
Bohr, that describes the electrons in well-defined 
energy levels. 


Doppler shift—The shift in wavelength of a spectro- 
scopic line from its zero velocity wavelength to lon- 
ger (redder) wavelengths if the source of the line is 
moving away from the observer or to shorter (bluer) 
wavelengths if the source is approaching the 
observer. 


Emission spectrum—A spectrum containing narrow 
spectral lines at frequencies corresponding to the 


See also Doppler effect; Redshift; 


Spectral classification of stars. 


Galaxy; 
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[ Spectroscope 


A spectroscope is an instrument used to observe 
the spectrum of electromagnetic radiation emitted by 
an object. Because atoms can absorb or emit radiation 
only at certain wavelengths defined by the energy 
transitions allowed to their electrons by quantum 
mechanics, the spectrum of each type of atom is 
directly related to its structure. There are two classi- 
fications of spectra, absorption and emission. 
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photon energies of the atoms making up the object 
being observed. 


Energy level—An allowed energy state of an electron 
in the Bohr model of the atom. 


Photon—A single quantum of light. 

Planck’s law—A relationship describing the propor- 
tionality between the frequency of light and the 
energy of a photon. 

Resolution—The ability of a spectrograph to sepa- 
rate two adjacent spectral lines. 
Spectrograph—Instrument for dispersing light into its 
spectrum of wavelengths then photographing that 
spectrum. 

Spectrum—A display of the intensity of radiation 
versus wavelength. 


An absorption spectrum is produced when light 
passes through a cool gas. From quantum mechanics 
we know that the energy of light is directly propor- 
tional to its wavelength. For a given type of atom, a 
photon of light at some specific wavelength can trans- 
fer its energy to an electron, moving that electron into 
a higher energy level. The atom is then in an “excited 
state.” The electron absorbs the energy of the photon 
during this process. Thus, a white light spectrum will 
show a dark line where light of that energy/wavelength 
has been absorbed as it passed through the gas. This is 
called an absorption spectrum. 


The energy transfer is reversible. Consider the 
excited state photon in the example above. When 
that electron relaxes into its normal state, a photon 
of the same wavelength of light will be emitted. If a gas 
is heated, rather than bombarded with light, the elec- 
trons can be pushed into an excited state and emit 
photons in much the same way. A spectrum of this 
emission will show bright lines at specific wavelengths. 
This is known as an emission spectrum. 


Instruments for viewing spectra 


Light entering a spectroscope is carrying spectral 
information. The information is decoded by splitting 
light into its spectral components. In its simplest form, 
a spectroscope is a viewing instrument consisting of a 
slit, a collimator, a dispersing element, and a focusing 
objective (see Figure 1). Light passes through the slit 
and enters the collimator. A collimator is a special type 
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Grating 


Figure 1. A simple grating spectroscope. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


of lens that “straightens out” light coming in at vari- 
ous angles so that all of the light is traveling the same 
direction. The wavefront is converted into a planar 
wavefront; if you wish to think of light as rays, all 
the light rays are made to travel in parallel. 


Next, light enters the dispersing element. A dis- 
persing element spreads light of multiple wavelengths 
into discrete colors. A prism is an example of a dis- 
persing element. White light entering the prism is sep- 
arated out into the colors of the spectrum. Another 
type of dispersing element is a diffraction grating. A 
diffraction grating redirects light at a slightly different 
angle depending on the wavelength of the light. 
Diffraction gratings can be either reflection gratings 
or transmission gratings. A grating is made of a series 
of fine, closely spaced lines. Light incident on the 
grating is reflected at an angle that varies as wave- 
length. Thus, white light will be divided into the spec- 
tral colors, and each color will appear at a discretely 
spaced position. A transmission grating works similar 
to a reflection grating, except that light travels through 
it and is refracted or bent at different angles depending 
on wavelength. The focusing objective is just a lens 
system, such as that on a telescope, that magnifies the 
spectrum and focuses it for viewing by eye. 


A spectroscope gives useful information, but it is 
only temporary. To capture spectroscopic data perma- 
nently, the spectrograph was developed. A spectrograph 
operates on the same principles as a spectroscope, but it 
contains some means to permanently capture an image 
of the spectrum. Early spectrographs contained photo- 
graphic cameras that captured the images on film. 
Modern spectrographs contain sophisticated charge 
coupled device (CCD) cameras that convert an optical 
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signal into an electrical signal; they capture the image 
and transfer it to video or computer for further analysis. 


A spectroscopic instrument in great demand 
today is the spectrometer. A spectrometer can provide 
information about the amount of radiation that a 
source emits at a certain wavelength. It is similar to 
the spectroscope described above, except that it has 
the additional capability to determine the quantity of 
light detected at a given wavelength. 


There are three basic types of spectrometers: 
monochromators, scanning monochromators, and 
polychromators. A monochromator selects only one 
wavelength from the source light, whereas a scanning 
monochromator is a motorized monochromator that 
scans an entire wavelength region. A polychromator 
selects multiple wavelengths from the source. 


A spectrophotometer is an instrument for record- 
ing absorption spectra. It contains a radiant light 
source, a sample holder, a dispersive element, and a 
detector. A sample can be put into the holder in front 
of the source, and the resulting light is dispersed and 
captured by a photographic camera, a CCD array, or 
some other detector. 


An important class of spectrometer is called an 
imaging spectrometer. These are remote sensing instru- 
ments capable of acquiring images of Earth’s surface 
from an aircraft or froma satellite in orbit. Quantitative 
data about the radiant intensity or reflectivity of the 
scene can be calculated, yielding important diagnostic 
information about that region. For example, a number 
of important rock-forming minerals have absorption 
features in the infrared spectral region. When sunlight 
hits these rocks and is reflected back, characteristic 
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Spectroscopy 


KEY TERMS 


Absorption spectrum—The record of wavelengths (or 
frequencies) of electromagnetic radiation absorbed by 
a substance; the absorption spectrum of each pure 
substance is unique. 


CCD camera/array—A charge coupled device that 
converts an optical signal (light) into an electrical 
signal for transfer to video display or computer. 
Collimator—An optical element that aligns incom- 
ing light rays so that they are parallel. 


Diffraction grating—A dispersive element consist- 
ing of a surface scribed with very fine, closely spaced 
grooves that cause different wavelengths of light to 
reflect or refract (bend) different amounts. 


Emission spectrum—tThe colors of light emitted by a 
heated gas. An emission spectrum is usually viewed 


wavelengths of the light are absorbed for each type of 
rock. An imaging spectrometer takes a picture of a 
small region of rocks, splits the light from the image 
into different wavelengths, and measures how much 
reflected light is detected at each wavelength. By deter- 
mining which quantities and wavelengths of light are 
absorbed by the region being imaged, scientists can 
determine the composition of the rocks. With similar 
techniques, imaging spectrometers can be used to map 
vegetation, track acid rain damage in forests, and track 
pollutants and effluent in coastal waters. 


Another class of spectrometer highly useful to the 
laser industry is the spectrum analyzer. Although 
lasers are nominally monochromatic sources, there 
are actually slight variations in the wavelengths of 
light emitted. Spectrum analyzers provide detailed 
information about the wavelength and quality of the 
laser output, critical information for many scientific 
applications. 


See also Electromagnetic spectrum; Spectroscopy. 
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through a slit, and the viewing optics generate an 
image of the slit in whatever colors of light are emitted. 
The emission spectrum appears as a row of colored 
lines, and thus are commonly termed spectral lines. 


Imaging spectrometer—An imaging instrument 
capable of determining radiant intensity of spectral 
components of the surface being imaged. 


Monochromator—A device that selects out discrete 
wavelengths of light; it often includes a diffraction 
grating. 

Spectrograph—lInstrument for dispersing light into 
its spectrum of wavelengths then photographing 
that spectrum. 


Spectrometer—An instrument for determining radi- 
ant intensity of atomic spectra. 


t Spectroscopy 


Spectroscopy is the study of matter by analyzing 
its absorption, emission, and scattering of (usually) 
electromagnetic waves. A transition from a lower 
energy level to a higher level with transfer of electro- 
magnetic energy to the atom or molecule is called 
absorption; a transition from a higher energy level to 
a lower level is called emission (if energy is transferred 
to the electromagnetic field); and the redirection of 
light as a result of its interaction with matter is called 
scattering. 


When atoms or molecules absorb electromagnetic 
energy, the incoming energy transfers the quantized 
atomic or molecular system to a higher energy level. 
Electrons are promoted to higher orbitals by ultraviolet 
or visible light; vibrations are excited by infrared light, 
and rotations are excited by microwaves. Atomic- 
absorption spectroscopy measures the concentration 
of an element in a sample, whereas atomic-emission 
spectroscopy aims at measuring the concentration of 
elements in samples. UV-VIS absorption spectroscopy 
is used to obtain qualitative information from the elec- 
tronic absorption spectrum, or to measure the concen- 
tration of an analyte molecule in solution. Molecular 
fluorescence spectroscopy is a technique for obtaining 
qualitative information from the electronic fluores- 
cence spectrum, or, again, for measuring the concen- 
tration of an analyte in solution. 
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Infrared spectroscopy has been widely used in the 
study of surfaces. The most frequently used portion of 
the infrared spectrum is the region where molecular 
vibrational frequencies occur. This technique was first 
applied around the turn of the twentieth century in an 
attempt to distinguish water of crystallization from 
water of constitution in solids. Forty years later, the 
technique was being used to study surface hydroxyl 
groups on oxides and interactions between adsorbed 
molecules and hydroxyl groups. 


Ultraviolet spectroscopy takes advantage of the 
selective absorbency of ultraviolet radiation by vari- 
ous substances. The technique is especially useful in 
investigating biologically active substances, such as 
compounds in body fluids, and drugs and narcotics 
either in the living body (in vivo) or outside it (in 
vitro). Ultraviolet instruments have also been used to 
monitor air and water pollution, to analyze dyestuffs, 
to study carcinogens, to identify food additives, to 
analyze petroleum fractions, and to analyze pesticide 
residues. Ultraviolet photoelectron spectroscopy, a 
technique that is analogous to x-ray photoelectron 
spectroscopy, has been used to study valence electrons 
in gases. 


Microwave spectroscopy, or molecular rotational 
resonance spectroscopy, addresses the microwave 
region and the absorption of energy by molecules as 
they undergo transitions between rotational energy 
levels. From these spectra it is possible to obtain infor- 
mation about molecular structure, including bond dis- 
tances and bond angles. One example of the 
application of this technique is in the distinction of 
trans and gauche rotational isomers. It is also possible 
to determine dipole moments and molecular collision 
rates from these spectra. 


In nuclear magnetic resonance (NMR), resonant 
energy is transferred between a radio-frequency alter- 
nating magnetic field and a nucleus placed in a field 
sufficiently strong to decouple the nuclear spin from 
the influence of atomic electrons. Transitions induced 
between substates correspond to different quantized 
orientations of the nuclear spin relative to the direc- 
tion of the magnetic field. Nuclear magnetic resonance 
spectroscopy has two subfields: broadline NMR and 
high resolution NMR. High resolution NMR has been 
used in inorganic and organic chemistry to measure 
subtle electronic effects, to determine structure, to 
study chemical reactions, and to follow the motion of 
molecules or groups of atoms within molecules. 


Electron paramagnetic resonance is a spectro- 
scopic technique similar to nuclear magnetic reso- 
nance except that microwave radiation is employed 
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instead of radio frequencies. Electron paramagnetic 
resonance has been used extensively to study para- 
magnetic species present on various solid surfaces. 
These species may be metal ions, surface defects, or 
adsorbed molecules or ions with one or more unpaired 
electrons. This technique also provides a basis for 
determining the bonding characteristics and orienta- 
tion of a surface complex. Because the technique can 
be used with low concentrations of active sites, it has 
proven valuable in studies of oxidation states. 


Atoms or molecules that have been excited to high 
energy levels can decay to lower levels by emitting 
radiation. For atoms excited by light energy, the emis- 
sion is referred to as atomic fluorescence; for atoms 
excited by higher energies, the emission is called 
atomic or optical emission. In the case of molecules, 
the emission is called fluorescence if the transition 
occurs between states of the same spin, and phosphor- 
escence if the transition takes place between states of 
different spin. 


In x-ray fluorescence, the term refers to the char- 
acteristic x rays emitted as a result of absorption of x 
rays of higher frequency. In electron fluorescence, the 
emission of electromagnetic radiation occurs as a con- 
sequence of the absorption of energy from radiation 
(either electromagnetic or particulate), provided the 
emission continues only as long as the stimulus pro- 
ducing it is maintained. 


The effects governing x-ray photoelectron spectro- 
scopy were first explained by Albert Einstein in 1905, 
who showed that the energy of an electron ejected in 
photoemission was equal to the difference between the 
photon and the binding energy of the electron in the 
target. In the 1950s, researchers began measuring bind- 
ing energies of core electrons by x-ray photoemission. 
The discovery that these binding energies could vary as 
much as 6 eV, depending on the chemical state of the 
atom, led to rapid development of x-ray photoelectron 
spectroscopy, also known as Electron Spectroscopy for 
Chemical Analysis (ESCA). This technique has pro- 
vided valuable information about chemical effects at 
surfaces. Unlike other spectroscopies in which the 
absorption, emission, or scattering of radiation is inter- 
preted as a function of energy, photoelectron spectro- 
scopy measures the kinetic energy of the electrons(s) 
ejected by x-ray radiation. 


Mossbauer spectroscopy was invented in the late 
1950s by Rudolf Méssbauer, who discovered that when 
solids emit and absorb gamma rays, the nuclear energy 
levels can be separated to one part in 10'*, which is 
sufficient to reflect the weak interaction of the nucleus 
with surrounding electrons. The Méssbauer effect 
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Spectrum 


probes the binding, charge distribution and symmetry, 
and magnetic ordering around an atom in a solid 
matrix. An example of the Méssbsauer effect involves 
the Fe-57 nuclei (the absorber) in a sample to be 
studied. From the ground state, the Fe-57 nuclei can 
be promoted to their first excited state by absorbing a 
14.4-keV gamma-ray photon produced by a radioac- 
tive parent, in this case Co-57. The excited Fe-57 
nucleus then decays to the ground state via electron 
or gamma-ray emission. Classically, one would expect 
the Fe-57 nuclei to undergo recoil when emitting or 
absorbing a gamma-ray photon (somewhat like what a 
person leaping from a boat to a dock observes when his 
boat recoils into the lake); but according to quantum 
mechanics, there is also a reasonable possibility that 
there will be no recoil (as if the boat were embedded in 
ice when the leap occurred). 


When electromagnetic radiation passes through 
matter, most of the radiation continues along its 
original path, but a tiny amount is scattered in other 
directions. Light that is scattered without a change 
in energy is called Rayleigh scattering; light that is 
scattered in transparent solids with a transfer of 
energy to the solid is called Brillouin scattering. 
Light scattering accompanied by vibrations in mole- 
cules or in the optical region in solids is called Raman 
scattering. 


In vibrational spectroscopy, also known as Raman 
spectroscopy, the light scattered from a gas, liquid, or 
solid is accompanied by a shift in wavelength from that 
of the incident radiation. The effect was discovered by 
the Indian physicist C. V. Raman in 1928. The Raman 
effect arises from the inelastic scattering of radiation in 
the visible region by molecules. Raman spectroscopy is 
similar to infrared spectroscopy in its ability to provide 
detailed information about molecular structures. 
Before the 1940s, Raman spectroscopy was the method 
of choice in molecular structure determinations, but 
since that time, infrared measurements have largely 
supplemented it. Infrared absorption requires that a 
vibration change the dipole moment of a molecule, 
but Raman spectroscopy is associated with the change 
in polarizability that accompanies a vibration. As a 
consequence, Raman spectroscopy provides informa- 
tion about molecular vibrations that is particularly well 
suited to the structural analysis of covalently bonded 
molecules, and to a lesser extent, of ionic crystals. 
Raman spectroscopy is also particularly useful in 
studying the structure of polyatomic molecules. By 
comparing spectra of a large number of compounds, 
chemists have been able to identify characteristic fre- 
quencies of molecular groups, e.g., methyl, carbonyl, 
and hydroxyl groups. 
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l Spectrum 


Certain properties of objects or physical proc- 
esses, such as the frequency of light or sound, the 
masses of the component parts of a molecule, or even 
the ideals of a political party, may have a wide variety 
of values. The distribution of these values, arranged in 
increasing or decreasing order, is the spectrum of that 
property. For example, sunlight is made up of many 
different colors of light, the full spectrum of which are 
revealed when sunlight is dispersed, as it is in a rain- 
bow. Similarly, the distribution of sounds over a range 
of frequencies, such as a musical scale, is a sound 
spectrum. The masses of fragments from an ionized 
molecule, separated according to their mass-to-charge 
ratio, constitute a mass spectrum. Opposing political 
parties are often said to be on opposite ends of the 
(political) spectrum. The term spectrum is also used to 
describe the graphical illustration of a spectrum of 
values. The plural of spectrum is spectra. 


The spectrum of light 


The spectrum of colors contained in sunlight was 
discovered by Sir Isaac Newton in 1666. In fact, the 
word “spectrum” was coined by Newton to describe the 
phenomenon he observed. In a report of his discovery 
published in 1672, Newton described his experiment as 
follows: 


“T procured me a triangular glass prism, ... having 
darkened my chamber and made a small hole in my 
window shuts, to let in a convenient quantity of the 
sun’s light, I placed my prism at this entrance, that it 
might be thereby refracted to the opposite wall. It was at 
first a pleasing divertissement to view the vivid and 
intense colours produced thereby.” A diagram of 
Newton’s experiment is illustrated in Figure 1. Newton 
divided the spectrum of colors he observed into the 
familiar sequence of seven fundamental colors: red, 
orange, yellow, green, blue, indigo, violet (ROYGBIV). 
He chose to divide the spectrum into seven colors in 
analogy with the seven fundamental notes of the musical 
scale. However, both divisions are completely arbitrary 
as the sound and light spectrum each contain a continu- 
ous distribution (and therefore an infinite number) of 
“colors” and “notes.” 


The wave nature of light 


Light can be pictured as traveling in the form of a 
wave. A wave is a series of regularly spaced peaks and 
troughs. The distance between adjacent peaks (or 
troughs) is the wavelength, symbolized by the Greek 
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Figure 1. A diagram of Newton’s 1666 spectrum experiment. (I//ustration by Hans & Cassidy. Courtesy of Gale Group.) 


letter lambda (A). For a light wave traveling at a speed, 
c, the number of peaks (or troughs) which pass a sta- 
tionary point each second is the frequency of the wave, 
symbolized by the Greek letter nu (v). The units of 
frequency are number per second, termed Hertz (Hz). 
The frequency of a wave is related to the wavelength 
and the speed of the wave by the simple relation: v = 
c/A. The speed of light depends on the medium 
through which it is passing, but, as light travels pri- 
marily only through air or space, its speed may be 
considered to be constant, with a value of 3.0 x 10° 
meters/sec. Therefore, since c is a constant, light waves 
may be described by either their frequency or their 
wavelength, which can be interconverted through the 
relation v=c/A. 


Interestingly, Newton did not think light traveled 
as a wave, but rather believed light to be a stream of 
particles, which he termed corpuscles, emitted by the 
light source and seen when they physically entered the 
eye. It was Newton’s contemporary, the Dutch astron- 
omer Christiaan Huygens (1629-1695), who first the- 
orized that light traveled from the source as a series of 
waves. In the quantum mechanical description of 
light, the basic tenets of which were developed in the 
early 1900s by Max Planck and Albert Einstein, light is 
considered to possess both particle and wave charac- 
teristics. A “particle” of light is called a photon, and 
can be thought of as a bundle of energy emitted by the 
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light source. The energy carried by a photon of light, 
E, is equal to the frequency of the light, v, multiplied 
by a constant: E = hv, where h is Planck’s constant 
(h = 6.626 x 10~** joules-seconds), named in honor of 
Max Planck. Thus, according to the quantum 
mechanical theory of light, light traveling through air 
or space may be described by any one of three inter- 
related quantities: frequency, wavelength, or energy. 
A spectrum of light may therefore be represented as a 
distribution of intensity as a function of any (or all) of 
these measurable quantities. 


The electromagnetic spectrum 


Light is a form of electromagnetic radiation. 
Electromagnetic waves travel at the speed of light 
and can have almost any frequency or wavelength. 
The distribution of electromagnetic radiation accord- 
ing to its frequency or wavelength (or energy) is the 
electromagnetic spectrum. The electromagnetic spec- 
trum is the continuous distribution of frequencies of 
electromagnetic radiation ranging from approxi- 
mately 10° Hz (radio waves) up to greater than 10°° 
Hz (x-rays and gamma rays). Equivalently, it is the 
distribution of wavelengths of electromagnetic radia- 
tion ranging from very long (A = 10° meters, radio 
waves) to the very short wavelengths of x-rays and 
gamma rays (A = 10°'° meters). Note that the higher 
frequencies correspond to lower wavelengths and vice 
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versa (v = c/A). Finally, the electromagnetic spectrum 
can also be separated according to the photon energy 
of the radiation, ranging from 10°’ joules (radio 
waves) up to 10-'* Joules (x-rays and gamma rays). 
Note that photon energy increases with increasing 
frequency (EZ = hv). 


The electromagnetic spectrum can be divided into 
regions that exhibit similar properties, each of which 
itself constitutes a spectrum: the x-ray spectrum, the 
ultraviolet spectrum, the visible spectrum (which we 
commonly refer to as “light”), the infrared spectrum 
and the radio-frequency spectrum. However, these 
divisions are arbitrary and do not imply a sharp 
change in the character of the radiation. The visible 
light spectrum, while comprising only a small portion 
of the entire electromagneticspectrum, can be further 
divided into the colors of the rainbow as was demon- 
strated by Newton. The other regions of the electro- 
magneticspectrum, although invisible to our eyes, are 
familiar to us through other means: x rays expose 
x-ray sensitive film, ultraviolet light causes sunburn, 
microwaves heat food, and radio frequency waves 
carry radio and television signals. 


The interaction of electromagnetic radiation with 
matter is studied in the field of spectroscopy. In this 
field, spectra are used as a means to graphically illus- 
trate which frequencies, wavelengths, or photon ener- 
gies of electromagnetic radiation interact the strongest 
with the material under investigation. These spectra 
are usually named according to the spectroscopic 
method used in their generation: nuclear magnetic 
resonance (NMR) spectroscopy generates NMR spec- 
tra, microwave spectroscopy generates microwave 
spectra, and so forth. In addition, these spectra may 
also be named according to the origin or final fate of 
the radiation (emission spectrum, absorption spec- 
trum), the nature of the material under study (atomic 
spectrum, molecular spectrum) and the width of the 
electromagnetic spectrum that undergoes the interac- 
tion (discrete, line, continuous, or band spectrum). 


Emission spectra 


The spectrum of electromagnetic radiation emitted 
by a source is an emission spectrum. One way of produc- 
ing electromagnetic radiation is by heating a material 
until it glows, or emits light. For example, a piece of 
iron heated in a blacksmith’s furnace will emit visible 
light as well as infrared radiation (heat). Similarly, a 
light bulb uses electrical current to heat a tungsten fila- 
ment encased in an evacuated glass bulb. The Sun is a 
source of radiation in the infrared, visible, and ultraviolet 
regions of the electromagnetic spectrum. Radiation 
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Figure 2. Black body emission spectra for sources at three 
different temperatures, corresponding to the Sun, a 500-watt 
incandescent light bulb and a candle. (I//ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 
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Figure 3. Schematic of the absorption spectrum of atomic 
hydrogen recorded on a photographic plate. (I/lustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


produced by a thermal source is called black body, or 
incandescent radiation (Figure 2). Spectra such as these, 
in which the intensity varies smoothly over the distribu- 
tion range, are called continuous spectra. 


Atoms that have been heated (such as by an elec- 
tric spark or a flame) will also emit electromagnetic 
radiation. However, if there are only a few atoms 
present so that they do not collide with one another, 
such as in a low-pressure gas, the excited atoms will 
emit radiation at only a few specific wavelengths. For 
example, a vapor of neon atoms in a glass tube excited 
by an electrical discharge produces the familiar red 
color of neon lights by emitting light of only red wave- 
lengths. In contrast to continuous spectra, atomic 
emission spectra generally exhibit high intensity at 
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KEY TERMS 


Absorption spectrum—tThe record of wavelengths 
(or frequencies) of electromagnetic radiation 
absorbed by a substance; the absorption spectrum 
of each pure substance is unique. 


Band spectrum—A spectrum in which the distribu- 
tion of values of the measured property occurs in 
distinct groups. In an absorption spectrum, the 
absorbed wavelengths (or frequencies) occur in 
broad, but distinct, groups. Band spectra are usually 
associated with molecular absorbers. 


Continuous spectrum—A spectrum in which there 
are no breaks in the distribution of values associated 
with the measured property. 


Electromagnetic spectrum—The continuous distri- 
bution of all electromagnetic radiation with wave- 
lengths ranging from approximately 10'° to 10° 
meters which includes: gamma rays, x rays, 


only a few wavelengths and very low intensity at all 
others; such discontinuous spectra are called discrete 
spectra. 


Absorption spectra 


Atomic and molecular materials can also absorb 
electromagnetic radiation. The set of wavelengths or 
frequencies of electromagnetic radiation absorbed by 
any single, pure material is unique to that material, 
and can be used as a “fingerprint” to identify the 
material. The record of the absorbed wavelengths or 
frequencies is an absorption spectrum. 


The instrument used to measure the absorption 
spectrum of a material is called a spectrometer. 
Newton’s experiment, illustrated in Figure 1, has all 
but one of the components of a simple absorption 
spectrometer: a sample placed between the light source 
and the prism. With a sample in place, some of the 
wavelengths of sunlight (consisting of all visible wave- 
lengths) will be absorbed by the sample. Light not 
absorbed by the sample will, as before, be separated 
(dispersed) into its component wavelengths (colors) by 
the prism. The appearance of the spectrum will resem- 
ble that obtained without the sample in place, with the 
exception that those wavelengths that have been 
absorbed are missing, and will appear as dark lines 
within the spectrum of colors. If a piece of the photo- 
graphic film is used instead of the card, the absorption 
spectrum can be recorded. 
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ultraviolet, visible light, infrared, microwaves, and 
radio waves. 


Emission spectrum—The record of wavelengths (or 
frequencies) of electromagnetic radiation emitted by 
a substance which has previously absorbed energy, 
typically from a spark or a flame. The emission spec- 
trum of each pure substance is unique. 


Frequency—For a traveling wave, the number of 
wavelengths that pass a stationary point per unit of 
time, usually expressed in #/sec, or Hertz (Hz), and 
symbolized by v. 


Line spectrum—A spectrum, usually associated with 
isolated atomic absorbers or emitters, in which only 
a few discrete values of the measured property 
occur. Line spectra are also called discrete spectra. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


The absorption spectrum of gaseous hydrogen 
atoms recorded on a photographic plate is presented 
in Figure 3. Atomic spectra recorded on photographic 
plates were among the earliest to be studied, and the 
appearance of these spectra led to the use of the term 
“line spectrum” to describe atomic spectra (either emis- 
sion or absorption). The term is still commonly used 
even if the spectra are not recorded photographically. 


Molecules also absorb electromagnetic radiation, 
but in contrast to atoms, molecules will absorb broader 
regions, or bands, of the electromagnetic spectrum. 
Molecular spectra are therefore often referred to as 
band spectra. 


See also Blackbody radiation; Spectral lines. 
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[ Speech 


Speech is defined as the ability to convey thoughts, 
ideas, or other information by means of articulating 
sound into meaningful words. 


Many animals can make sounds and some can 
tailor these sounds to a given occasion. They may 
sound an alarm that a predator is in the area, warning 
others of their species that something has trespassed 
into their territory. Animals may make soothing 
sounds to let offspring know that their parent is 
present. These are only sounds of varying pitch or 
volume and do not constitute speech. Some animals, 
notably birds, can copy human speech to a minor 
extent and repeat words that they have been taught. 
This may be speech but limited control of vocal cords 
and a lack of flexible lips restricts the sounds that birds 
can imitate. 


Some great apes such as the gorilla have been 
taught speech via sign language. They do not have the 
ability to form words because their larynx is not con- 
structed to allow them to form certain sounds neces- 
sary for human speech. Some researchers have worked 
diligently to teach an ape to sign with its hands, to 
point to symbols in a board, or arrange marked blocks 
to form a thought, however incomplete. Thus, a gorilla 
can indicate that he or she wants an orange, wants to 
rest, or is cold but cannot communicate outside of these 
limited signs. A gorilla certainly cannot speak. One 
chimpanzee learned to sign more than 100 words and 
to put two or three symbols together to ask for some- 
thing, but she was never able to place symbols together 
to express an idea. 


Speech is unique to the human species. It is a 
means by which a people’s history can be handed 
down from one generation to the next. It enables one 
person to convey knowledge to a roomful of other 
people. It can be used to amuse, to rouse, to anger, 
to express sadness, to communicate needs that arise 
between two or more humans. 


Evolution of speech 


How have humans evolved to have the ability to 
talk while our close cousins, the great apes, have not? 
No definite answer can be given to that question 
though theories have been put forth. 


One widely accepted theory has to do with the 
human’s assumption of an erect (standing) position 
and the change that this brought to the anatomy of 
the skull. Following the evolution of human skulls 
from their earliest ancestors, one major change that 
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occured is the movement of the foramen magnum (the 
large hole in the skull through which the spinal cord 
passes) to connect with the base of the brain. In early 
skulls, the foramen magnum is at the back of the skull 
because early man walked bent over with his head held 
to look straight ahead. The spinal cord entered the 
skull from behind as it does in apes and other animals. 
In modern humans, the opening is on the bottom of 
the skull, reflecting humans’ erect walk and his or her’s 
skull placement atop the spine. 


As human’s position changed and the manner in 
which his or her skull balanced on the spinal column 
pivoted, the brain expanded, altering the shape of the 
cranium. The most important change wrought by 
humans’ upright stance is the position of the larynx 
in relation to the back of the oral cavity. As man 
became erect, his larynx moved deeper into the throat 
and farther away from the soft palate at the back of the 
mouth. This opened a longer resonating cavity that is 
responsible for the low vocal tones that man is capable 
of sounding. 


The expanded brain allowed the development of 
the speech center where words could be stored and 
recalled. A more sophisticated auditory center pro- 
vided the means by which speech by others of the 
same species could be recognized. Over time, and 
with greater control of the articulating surfaces, con- 
sonant sounds were added to the vocabulary. Initial 
sounds by hominids probably were vowels, as evi- 
denced by current ape communication. 


The physiology of speech 


Speech requires movement of sound waves 
through the air. Speech itself is air that is moved 
from the lungs through a series of anatomic structures 
that mold sound waves into intelligible speech. This 
capacity can be accomplished in any volume from a 
soft whisper to a loud shout by varying the force and 
volume of air expelled from the lungs. All languages 
are spoken by the same mechanism, though the words 
are different and require different usages of the 
anatomy. 


To expel air from the lungs the diaphragm at the 
floor of the thorax is relaxed. This allows the dia- 
phragm to return to its resting position which is 
domed into the thorax, expelling air from the lungs. 
Also, the muscles of the chest tighten, reducing the size 
of the interior thorax to push more air from the lungs. 
The air travels up the windpipe (trachea) and passes 
through the larynx. 


The larynx is comprised of a number of cartilages. 
The largest is the cricoid cartilage which is joined to 
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the top of the trachea. It is structurally different from 
the rings that form the trachea. The cricoid is a com- 
plete cartilaginous ring, while the tracheal rings are 
horse shoe shaped (open in the back). The back of the 
cricoid is a large, solid plate. The front slopes down 
sharply and forms a V angle. Atop the cricoid lies the 
thyroid cartilage, which is more elongated front to 
back in males. The cartilage forms an angle of about 
90° in males. In females the cartilage is flatter, forming 
an angle of 120°. Thus the male cartilage protrudes 
farther forward and often is evident as a knob in front 
of the throat (known as the Adam’s apple). 


The two cartilages form a hard cartilagineous box 
that initiates sound by means of the vocal cords that lie 
at the upper end of the box. The glottis, entrance to the 
larynx at the upper end, is protected by a flap called 
the epiglottis. The flap is open during the process of 
breathing but closes over the glottis when food is 
swallowed. Both air and food traverse the same area 
in the throat, the pharynx, and the epiglottis prevents 
food from entering the trachea and directs air into the 
lungs. Infection of the epiglottis can occur when a 
child has a sore throat. The resulting inflammation 
can progress rapidly, cause complications in respira- 
tion, and may be fatal if not treated promptly because 
the inflamed epiglottis can close off the laryngeal 
opening. 


If an individual is simply breathing and not talk- 
ing, the vocal cords lie relaxed and open to allow free 
passage of air. A series of muscles in and around the 
larynx pulls the vocal cords taut when speech is 
required. The degree of stress on the cords dictates 
the tone of voice. Singing requires especially fine con- 
trol of the laryngeal mechanism. Word emphasis and 
emotional stress originate here. Air puffs moving 
through the larynx place the vocal cords or vocal 
folds in a state of complex vibration. Starting from a 
closed configuration the vocal folds open first at the 
bottom. The opening progresses upward toward the 
top of the fold. Before the opening reaches the top of 
the vocal cord the bottom has closed again. Thus the 
folds are open at the bottom and middle, open at the 
middle and closed on each end, open at the middle and 
top, and then only at the top. This sequence is repeated 
in fine detail during speech. 


Once the sound leaves the vocal cords it is shaped 
into words by other structures called articulators. 
These are the movable structures such as the tongue 
and lips that can be configured to form a given sound. 


Above the larynx lies the pharynx through which 
the sound moves on its way to the mouth. The mouth 
is the final mechanism by which sound is tailored into 
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words. The soft palate at the back of the mouth, the 
hard or bony palate in the front, the teeth, the tongue, 
and the lips come into play during speech. The nose 
also provides an alternate means of issuing sound and 
is part of the production of speech. Movement of the 
entire lower jaw can alter the size of the mouth cavern 
and influence the tone and volume of the speech. 
Speech is a complex series of events that takes place 
with little or no conscious control from the speaker 
other than selection of the words to be spoken and the 
tone and volume at which to deliver them. The speech 
center in the brain coordinates movement of the ana- 
tomic structures to make the selected words become 
reality. Speaking in louder tones is accomplished by 
greater force on the air expelled from the lungs. 
Normal speech is accompanied by normal levels of 
respiration. Whispering involves a reduction in the 
air volume passing through the vocal cords. 


The tongue is the most agile of these articulators. Its 
musculature allows it to assume a number of configu- 
rations—flat, convex, curled, etc-—and to move front 
and back to contact the palate, teeth, or gums. The front 
of the tongue may move upward to contact the hard 
palate while the back of the tongue is depressed. 
Essentially these movements open or obstruct the pas- 
sage of air through the mouth. During speech, the 
tongue moves rapidly and changes shapes constantly 
to form partial or complete occlusions of the vocal 
tract necessary to manufacture words. The vocal tract 
is open for formation of the vowels, moderately open to 
produce the R or L sounds, tightly constricted to S or F, 
and completely occluded for P and G. 


In addition to the formation of words, speech 
entails rhythm. This rhythm can be seen by the 
motions made by the speaker as he or she talks. He 
or she may chop his or her hand or move his or her 
head in time to the stresses of speech, marking its 
rhythm. Rhythm is essentially the grouping of words 
and sounds in a time period. Rhythm often is most 
emphatic in children’s taunts: “Thom-as is a teach-er’s 
pet.” In more complex speech the rhythm is not as 
exact but listeners are disposed to placing a rhythmic 
pattern on what they hear even though the speaker 
may not stress any such rhythm. 


The brain 


The speech center lies in the parietal lobe of the 
left hemisphere of the brain for right-handed persons 
and most left-handed. The area of the brain respon- 
sible for motor control of the anatomic structures is 
called Broca’s motor speech area. It is named for 
Pierre Paul Broca (1824-80) a French anatomist and 
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surgeon who carried out extensive studies on the 
brain. The motor nerves leading to the neck and face 
control movements of the tongue, lips, and jaws. 


The language recognition center usually is situ- 
ated in the right hemisphere. Thus a person who 
loses the capacity for speech still may be able to under- 
stand what is spoken to him or her and vice versa. The 
loss of the power of speech or the ability to understand 
speech or the written word is called aphasia. 


Three speech disorders-dysarthria, dysphonia, and 
aphasia-result from damage to the speech center. 
Dysarthria is a defect in the articulation and rhythm of 
speech because of weakness in the muscles that form 
words. Amyotrophic lateral sclerosis (Lou Gehrig’s dis- 
ease) and myasthenia gravis are two diseases with which 
such muscle weakness can be associated. Dysphonia is a 
hoarseness of the voice that can be caused by a brain 
tumor or any number of nonneurologic factors. Aphasia 
can be either motor aphasia, which is the inability to 
express thoughts in speech or writing, or sensory apha- 
sia, the inability to read or to understand speech. 


The ability to speak is inherent in the human spe- 
cies. An infant is born with the ability to learn language 
but not to speak. Language is passed from one gener- 
ation to the next. Children learn basic language easily 
and at a young age. From that time they add to their 
vocabulary as they accrue education and experience. A 
child will learn a language with the regional inflections 
inherent in his parents’ and peers’ speech. 


Speech impediments 


Speech can be negatively influenced by abnormal- 
ities in the structures responsible for making words. 
Thickening of the vocal cords or tumor growth on the 
vocal cords can deepen the tone of speech. A cleft 
palate, a congenital anomaly, can be a serious impedi- 
ment of speech. A cleft lip with the palate intact is a 
lesser problem, but may still interfere with the proper 
formation of words. Fortunately, surgical correction 
of either of these impediments is easily carried out. 


Traumatic changes that cause loss of part of the 
tongue or interfere in the movement of the jaw also can 
result in speech changes. Extended speech therapy can 
help to make up for the loss in articulation. 


A stroke can interfere with the function of the 
speech center or cause of motor control over the muscles 
used in speech because it destroys the part of the brain 
controlling nerves to those structures. Destruction of the 
speech center can render an individual unable to form 
meaningful sentences or words. Once destroyed, brain 
tissue is not regenerated. Loss of the speech center may 
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KEY TERMS 


Articulation—The touching of one movable struc- 
ture (such as the tongue) to another surface (such as 
the teeth) to form words. 


Epiglottis—The flap at the top of the larynx that 
regulates air movement and prevents food from 
entering the trachea. The epiglottis closes to pre- 
pare an individual to lift a heavy weight or to grunt. 


Motor control—The nerves that control the move- 
ments of muscles. 


Parietal lobe—A lobe of the brain that lies near the 
parietal bone. 


mean a life without the ability to talk. In this case, the 
patient may need to rely solely on the written word. 
Recognition of speech and language is centered in a 
part of brain apart from the speech center so a patient 
still could recognize what was said to him or her. 


Larry Blaser 


fl Sphere 


A sphere is a three-dimensional figure that is the 
set of all points equidistant from a fixed point, called 
the center. The diameter of a sphere is a line segment 
that passes through the center and whose endpoints lie 
on the sphere. The radius of a sphere is a line segment 
whose one endpoint lies on the sphere and whose other 
endpoint is the center. 


A great circle of a sphere is the intersection of a 
plane that contains the center of the sphere with the 
sphere. Its diameter is called an axis and the endpoints 
of the axes are called poles. (Think of the north and 
south poles on a globe.) A meridian of a sphere is any 
part of a great circle. 


A sphere of radius r has a surface area of 4nr? and 
a volume of 4/3 r°. 


A sphere is determined by any four points in space 
that do not lie in the same plane. Thus there is a unique 
sphere that can be circumscribed around a tetrahedron. 
The equation in Cartesian coordinates x, y, and z of a 
sphere with center at (a, b, c) and radius r is (x — a)” + 
(y — b+ @-par, 


See also Geometry. 
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l Spider monkeys 


Spider monkeys are slender, medium-sized mon- 
keys with long limbs and very long tails. They live in 
trees, rarely coming down to the jungle floor. They are 
very adept at moving around in trees with the help of 
their prehensile tails; “prehensile” is a term that means 
their tails are well adapted for holding on to objects. 
These monkeys inhabit a territory ranging from south- 
ern Mexico to northern Argentina. 


These New World monkeys are classified in the 
family Atelidae. Within the Atelidae family, there are 
two subfamilies, consisting of 5 genera and 22-24 spe- 
cies. Spider monkeys are in the subfamily called Atelinae 
and the genus Ate/es, meaning “imperfect” because these 
monkeys have very small or absent thumbs. There are 
six species of spider monkeys: 1. Central American spi- 
der monkey (Afeles geoffroyi); 2. brown-headed spider 
monkey (A. fusciceps); 3. white-bellied spider monkey 
(A. belzebuth); 4. black spider monkey (A. paniscus), 
sometimes called the black-handed spider monkey; 5. 
Chamek spider monkey (A. chamek); and 6. white-whis- 
kered spider monkey (A. marginatus). 


General characteristics 


The head and the body length of spider monkeys 
ranges from 13-23 in (34-59 cm). Their tails are longer, 
ranging between 24-36 in (61-92 cm). The sexes are 
about the same size, but the males can be fairly easily 
determined because of their noticeably longer canine 
teeth. The arms, hands, legs, and feet are all very long 
and thin, as are their bodies. Interestingly, their tails, 
which often act as a fifth arm or leg, are without fur for 
about 3.2 in (8 cm) on the underside near the tip. The 
absence of fur probably enhances their tails’ sensitivity 
and ability to grasp objects. 


These monkeys are almost always found in trees 
and inhabit a variety of forest types. Second only to 
the gibbon in agility, they are masters at locomotion. 
They move around in the trees using all four limbs, as 
well as their tails. Their long, prehensile tails can easily 
support their body weight and enable them to jump 
from tree to tree with ease. They are able to leap large 
distances into dense masses of branches, which is espe- 
cially useful if they are in a situation where they need 
to break their fall. Sometimes, when watching for 
danger, these monkeys stand on two feet; in doing 
this, their tails usually provide support. 


For most species of spider monkey, the fur on the 
coat is coarse, although some species have finer, softer 
fur. A spider monkey’s fur has a variety of basic colors, 
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including yellowish gray, darker gray, reddish brown, 
darker brown, and almost black. While some underfur 
is lacking in all species of spider monkey, the monkeys’ 
underparts are typically a lighter shade than their backs. 
These monkeys’ bodies lack sharp contrasts in color, 
although sometimes darker monkeys will have lighter 
fur on their faces, especially near their eyes. Their skin 
tone varies, but usually, when exposed, it appears black. 
It can be lighter around their eyes, and a few varieties of 
spider monkeys have light skin on their faces. 


The appearance of the spider 
monkey species 


Of the six species, the black spider monkey and the 
brown-headed spider monkey are basically entirely 
black, although, as its name indicates, the brown- 
headed spider monkey often has a brown crown on 
its head. The white-bellied spider monkey, which lives 
in Colombia, is usually very dark brown or nearly 
black and has a pale underside and forehead. It gets 
its name from its pale underside. The black spider 
monkey can appear gold, tan, or dark brown. It usu- 
ally has occasional black markings. 


Whatever their particular coloring will be at 
adulthood, young spider monkeys are always black 
for the first six months of their lives. At this time, 
their colors take on whatever their adult appearance 
will be, and the monkeys are weaned. 


Social behavior 


Spider monkeys are extremely social animals. In 
fact, if one is kept alone in captivity, it can easily die of 
loneliness unless its owner gives it a great deal of 
attention. In the wild, these monkeys tend to congre- 
gate in groups of 40-50, although they break up into 
smaller groups during the course of the day. Each 
large group has its own territory, and members of the 
group patrol it daily on specific paths. Spider monkeys 
rarely enter neighboring territories. Whenever spider 
monkey territories overlap, the monkeys somehow 
readjust them over time. 


The smaller group of spider monkeys can be com- 
posed of various troop members, depending on the 
specifics of the day. Small groups can be composed 
of a single male with his offspring and mates, a female 
and her young, or several females and their young, or 
even several males temporarily associating with each 
other. When in the forest, the small groups tend to stay 
within calling distance of each other. When danger is 
at hand, the large group can be reassembled quickly 
through a series of bark-like calls by various members 
of the small groups. 
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Spider monkeys 


A spider monkey. (Art Wolfe/Photo Researchers, Inc.) 


One American zoologist studying the black spider 
monkey in Panama obviously presented a threat to 
them; thus, he was attacked several times by the mon- 
keys he studied. He reported that, at these times, the 
monkeys emitted rough barks and migrated to lower 
tree limbs. Their barking calls came closer and closer 
together, until they sounded almost like a unified met- 
allic clanging noise. Some of the stronger males and 
females then shook the lower tree branches and growled 
at him. However, the monkeys never approached the 
zoologist closer than 39 ft (12 m). At this distance, the 
monkeys broke limbs from the trees with their hands, 
feet, and tails and dropped them on him. 


Spider monkeys have barks that are much worse 
than their bites. Their seemingly crazy behavior is 
designed solely to frighten the intruder and is merely 
a bluff. Thus, when their threats are not heeded, they 
tend to split into smaller subgroups and move away 
from the danger in different directions. Moreover, 
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spider monkeys only threaten human beings if they 
have not encountered them previously. Once they have 
a negative experience with human beings, they are 
cautious and try to elude them without notice. 


Grooming occurs during certain times of the day 
when monkeys pick the parasites off of other monkeys 
in their troop. While grooming is a highly social 
behavior, spider monkeys do not commonly do this. 
Since they do not have thumbs, they are not very 
skilled at grooming themselves. Thus, they scratch 
themselves a lot with both their hands and feet. On 
the infrequent occasions when spider monkeys do 
groom each other, it usually takes place with mothers 
grooming their young. 


These trapeze artists of the jungle prefer to eat a 
higher proportion of fruit in their diets than do other 
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New World monkeys. In fact, the zoologist in Panama 
mentioned above reported that the monkeys he 
studied ate a diet consisting of about 90% fruits and 
nuts. They also eat leaves and young stems. However, 
spider monkeys are not entirely vegetarian. They have 
been seen reaching under tree bark and into rotten 
logs; in all probability, they do this to find bugs and 
larvae to eat. Some zoologists believe that they also eat 
small birds and even small mammals. 


Captive spider monkeys 


When in captivity, their high-fruit diet makes 
spider monkeys fairly easy to feed. In fact, they are 
convenient for many zoos to keep because they eat 
basically the same diet as capuchin monkeys. 
However, they require some special care if they are 
to thrive in captivity. They must be kept in groups to 
allow them to interact socially. If possible, one male 
should be kept in a group with several females, 
although it can be hard to differentiate between the 
sexes. Furthermore, the temperature in their environ- 
ment should not drop below 75°F (23.8°C) because 
they do not adapt well to climate changes. Also, these 
monkeys need a lot of room to climb. 


Spider monkeys do not often give birth in cap- 
tivity. Normally, their pregnancies last 139 days, and 
only one baby is born. The life expectancy for spider 
monkeys in zoos is about 4-6 years; however, in a 
New York zoo, one black spider monkey lived for 
20 years. 


Resources 


BOOKS 
Hill, W.C. Osman. Evolutionary Biology of the Primates. 
New York: Academic Press, 1972. 


Jolly, Alison. The Evolution of Primate Behavior. New York: 
The Macmillan Company, 1972. 

Kinzey, W.G., ed. New World Primates: Ecology, 
Evolution and Behavior. New York: Aldine de Gruyter, 
1997. 


New Larousse Encyclopedia of Animal Life. New York: 
Bonanza Books, 1987. 

Nowak, Ronald M. Walker’s Mammals of the World. 6th 
ed. Baltimore: The Johns Hopkins University Press, 
1999. 

Preston-Mafham, Rod and Ken Preston-Mafham. 
Primates of the World. London: Blandford Publishing, 
1992. 


Kathryn Snavely 


Spiders see Arachnids 
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I Spiderwort family 


The spiderwort family (Commelinaceae) is a small 
family of monocotyledonous (with one seed leaf) 
plants, found primarily in tropical and desert areas 
of the world. The family contains 38 genera and 
about 600 species. All members of the family are her- 
baceous, and are easily recognized by their simple, 
linear leaves, and large, brittle nodes. Their flowers 
are borne either on a terminal inflorescence, or flower 
cluster, known as acyme, or in leaf axils. Flowers have 
a single ovary composed of three fused carpels (the 
future seed) that is placed above the flowers. In cross 
section, there are three distinct locules. The anthers 
open through terminal pores, rather than through a 
lengthwise slit. The fruits are capsules. 


In most genera of spiderworts, the flowers are 
regular and actinomorphic, meaning that they can be 
bisected along more than one axis to form identical 
halves. Some spiderworts have irregular flowers. All 
members typically have three brightly colored petals. 
Irregular flowers are common in some species in the 
genus Commelina. Species of Commelina, commonly 
called dayflowers, may have flowers with three similar 
petals, as in a typical actinomorphic flower, and with 
anthers or carpels which curve away from the floral 
center. Other Commmelinas have flowers in which one 
of the three petals is reduced in size and unpigmented, 
or they may have off-center anthers or carpels, and 
are irregular in shape. One story describes how the 
Swedish naturalist and taxonomist Linnaeus named 
the genus Commelina after the three Commeline 
brothers. Two of these three brothers were famous 
botanists, but the third was a lawyer. In Linneaus’ 
nomenclature, the two brightly colored petals of 
Commelina represent the botanically inclined broth- 
ers, while the third, insignificant petal represents the 
lawyer. 


The largest number of species in the Spiderwort 
family belongs to the genus Tradescantia, which 
includes species native to temperate North America, 
tropical Mexico, and South America. Temperate 
North American species of Tradescantia typically 
inhabit moist lowlands, wet meadows, and wetlands, 
while many of the tropical species occur on moist 
mountain slopes or dry uplands. Tradescantia species 
typically have large, blue, purple, or occasionally 
white flowers. The best-known species, T. virginianus, 
was introduced to Europe in 1637, and quickly became 
a popular garden plant. Today, hybrids derived from 
species are popular ornamentals sold under the name 
T. X andersonii. 
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Spin of subatomic particles 


Wandering jew, a member of the spiderwort family. (ULM 
Visuals.) 


Other species such as T. occidentalis and T. ohien- 
sis are native to the tallgrass prairieecosystem of the 
United States. A larger number of species, including 
T. fluminensis and T. blossfieldiana, are found in the 
tropics of Mexico and Central and South America. 


All Tradescantia species have a similar growth form, 
and many are used as garden ornamentals. However, a 
species that is markedly different is 7. sillamontana, 
native to Mexico, which has very short, succulent leaves, 
and is densely covered with long white hairs. 


Aside from ornamental uses, leaves of several 
temperate species of Commelina and Tradescantia are 
edible. Historically, the Dakota Indians of the north- 
ern plains of the United States ate the young, spring 
shoots of T. occidentalis. 


Other genera in the Commelinaceae, such as Zebrina, 
Rhoeo, Setcreasea, Cyanotis and Chocliostema, are 
tropical in origin, but grown in North America as 
ornamental house plants. In most of these tropical 
genera, there is a remarkable similarity in the appear- 
ance of flowers. For example, flowers in the genera 
Setcreasea, Rhoeo and Zebrina have flowers that look 
like miniature versions of those of Tradescantia. Most 
of these species have a sprawling growth form, and 
they readily root at nodes which are in contact with the 
soil. Most of these plants have stems and lower surfa- 
ces of leaves that are purple colored, due to the presence 
of pigments called anthocyanins. The combination of 
interestingly colored foliage, attractive flowers, and 
ease of propagation make these tropical species of 
spiderworts popular as indoor ornamentals. 


These species may also have a other, relatively 
minor utilitarian values. For instance, Zebrina pendu- 
lar is often used in introductory botany classes to 
demonstrate the size of plant vacuoles, and to show 
the presence of certain mineral structures of plants. In 


4072 


KEY TERMS 


Anthocyanin—A chemical pigment which is stored 
in the vacuoles of plant cells. Anthocyanins are red, 
purple, or blue in color, and may function to pro- 
tect the plant from ultraviolet radiation, or to color 
flowers to attract bees. 


Axil—An angular pocket formed on the upper sur- 
face of a leaf or petole where it is attached to a 
stem. Structures such as branch and inflorescence 
buds are commonly found in axils, and are referred 
to as axillary buds. 


Locule—A hollow chamber within an organ. In 
plants, a locule is typically a chamber within an 
ovary or an anther. 


Raphide—A needle shaped crystal, typically of 
calcium oxalate. Raphides are used as taxonomic 
characters in some plant families. 


Terminal cyme—A shape of inflorescence that 
develops because the terminal meristem becomes 
specialized to generate flowers. In the cyme, flow- 
ers open from the base of the inflorescence, 
sequentially to the outermost flower. 


Zebrina, vacuoles contain long needle-like crystals of 
calcium oxalate, called raphides, which are easily iden- 
tified using a microscope. These vacuoles also contain 
the anthocyanin pigments that give the plant a purple 
color. Also, the leaf epidermal cells of Zebrina are 
large and easily removed from the rest of the leaf. 
These various features make Zebrina a good plant 
for demonstration purposes. 


See also Horticulture. 


Resources 
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Stephen R. Johnson 


f Spin of subatomic particles 


Spin, s, 1s the rotation of a particle on its axis, as the 
earth spins on its axis. The spin of a particle is also called 
intrinsic angular momentum. Angular momentum is 
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momentum (mass times velocity) times the perpendicu- 
lar lever arm (distance between point of rotation and 
application of force). An intrinsic property is one that 
depends on the essential nature of an object. The total 
angular momentum of a particle is the spin combined 
with the angular momentum from the moving particle. 


Spin of the electron 


The idea of spin has been around for a long time. 
In 1925 G. E. Uhlenbeck and S. Goudsmit proposed 
that the electron has a spin, and the spin of the electron 
has been proven experimentally. The spin of the elec- 
tron combined with its electric charge gives the elec- 
tron magnetic qualities because of the electromagnetic 
force. 


Spin in quantum mechanics 


The spin of microscopic particles is so small it is 
measured in special units called “h-bar,” related to 
Planck’s constant, h, which is defined as 4.1 x 107! 
MeV seconds. h-bar is defined to be h divided by two 
and by pi (3.14159. ..). 


Quantum mechanics is a branch of physics focus- 
ing on subatomic particles, and dealing in probabilities. 
One of the rules of Quantum mechanics says spin can 
only have certain values. Another way of saying this is 
spin must be “quantized.” Particles with spin values of 
one-half h-bar, three-halves h-bar, five halves h-bar, 
and so on are called fermions and described by a 
mathematical framework called Fermi-Dirac statistics 
in quantum mechanics. Particles with spin values of 
zero h-bar, one h-bar, two h-bar, and so on are called 
bosons, and are described by a mathematical frame- 
work called Bose-Einstein statistics. The quantization 
of spin means we have to add spins together carefully 
using special rules for addition of angular momentum 
in quantum mechanics. 


In quantum mechanics, particles can also be rep- 
resented mathematically using spinors. A spinor is like 
a vector, but instead of describing something’s size and 
orientation in space, it describes the particle in a the- 
oretical space called spin space. 


Spin as a classification method 


Every particle and every atom or molecule (com- 
bination of atoms) with a specific energy has its own 
unique spin. Thus spin is a way of classifying particles. 
Using spin, all particles that make up matter are fer- 
mions. For example, all quarks and leptons have spins 
of one-half h-bar. The particles which mediate, or 
convey, the fundamental forces are bosons with spins 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Fundamental force—A basic force, which has its 
own elementary mediator particle(s). There are four 
fundamental forces: the strong force, the electro- 
magnetic force, the weak force, and gravity. 


Mega electron volt (MeV)—A unit of energy. One 
MeV is one million Electron Volts. An Electron Volt 
is the amount of energy an electron gains as it 
passes through one Volt of potential difference. 


Quarks—Believed to be the most fundamental 
units of protons and neutrons. 


of one h-bar. Baryons are particles made of combina- 
tions of three quarks. They have spins of one-half 
h-bar or three-halves h-bar. Baryons include protons 
(spin one-half h-bar) and neutrons (spin one-half 
h-bar). Mesons are particles made of a quark and an 
antiquark. They have spins of zero h-bar or one h-bar. 


Isospin 


Spin should not be confused with a quantum 
mechanical idea called isospin, isotopic spin, or iso- 
baric spin. Isospin is the theoretical quality assigned to 
quarks and their combinations, which enables physi- 
cists to study the strong force that acts independently 
of electric charge. 


Resources 


PERIODICALS 
“Building Blocks of Matter.” Nature. 372 (November 
1994): 20. 


Lesley Smith 


l Spina bifida 


Spina bifida is a developmental (congenital) 
defect in the neural tube, the very primitive structure 
formed during fetal development that ultimately 
becomes the spinal cord and the brain, which produces 
an abnormally developed spinal cord. 


The main defect of spina bifida is the failure of 
closure of the vertebral column (the bony column 
surrounding the spinal cord) during the stages of a 
developing embryo after fertilization of the egg by 
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Spina bifida 


An infant with spina bifida. (Biophoto Associates, National 
Audubon Society Collection/Photo Researchers, Inc.) 


the sperm (embryogenesis). Without closure of the 
neural tube, which normally occurs by 28 days, the 
spinal cord fails to obtain the usual protection of 
the vertebrae, and is left open to either mechanical 
injury or infection. 


Spina bifida occurs in | in 1,000 births to North 
American whites, but in less than | in 3,000 births to 
blacks. In some areas of Great Britain, the occurrence 
is as high as 1 in 100 births. Women who have a child 
with spina bifida are at a slightly higher risk of having 
children with spina bifida in subsequent pregnancies. 
Women who have spina bifida or have had a previous 
pregnancy affected by any type of neural defect are 
also at a greater recurrence risk. 


Most cases of spina bifida are apparent at birth. 
Affected pregnancies can often be detected by ultra- 
sound. Various radiographic techniques are helpful, 
such as computed tomography scans, magnetic reso- 
nance imaging, and ultrasonography. 


The classic defect of spina bifida is an opening in 
the spine, obvious at birth, with a protruding fluid- 
filled sac, including either the meninges (the mem- 
branes which cover the spinal cord) or some part of 
the actual spinal cord. Often, the spinal cord itself does 
not develop properly. Spina bifida occulta is a varia- 
tion of spina bifida where the defect may be much 
more subtle, and may, in fact, be covered with skin. 
In another variation called rachischisis, the entire 
length of the spine may be open. 


The problems caused by spina bifida depend on a 
number of factors, including where along the spine the 
defect occurs, other associated defects, and the degree 
of disorganization of the spinal cord. The most severe 
types of spina bifida (rachischisis) often result in death 
because of the greatly increased risk of an infection of 
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the exposed meninges called meningitis or the absence 
of spinal cord function. 


Different parts of the spinal cord are responsible 
for different functions; the location of the defect in 
spina bifida dictates the type of dysfunction experi- 
enced by the individual affected. Most patients with 
any form of spina bifida have some degree of weakness 
in the legs. This can be severe and may involve some 
degree of paralysis, depending on the condition of the 
spinal cord. 


Spinal cord functioning is necessary for proper 
emptying of both the bladder and the bowels. These 
systems are greatly compromised in people with spina 
bifida. Difficulty in completely emptying the bladder 
can result in severe, repeated infections, ultimately 
causing kidney damage, which can be life-threatening. 


There are many associated defects that accom- 
pany spina bifida. Arnold-Chiari malformations are 
changes in the architecture and arrangement of brain 
structures, and can contribute to the occurrence of 
hydrocephalus (commonly referred to as water on 
the brain) in people with spina bifida. Hydrocephalus 
is a condition in which too much cerebrospinal fluid 
(the fluid that bathes the brain and spinal cord) 1s 
produced, or the flow of the fluid is blocked. If the 
cerebrospinal fluid accumulates, it can put pressure on 
parts of the brain and cause damage. 


Many children with spina bifida have other 
orthopedic complications, including clubfeet and hip 
dislocations, as well as abnormal curves and bends in 
their spinal curvature, which can result in a hunch- 
backed or twisted appearance (kyphosis or scoliosis, 
respectively). 


Children with spina bifida may experience learn- 
ing problems, depending on the severity of the defect, 
as well as the presence of other associated defects. 
These include attention deficits, understanding how 
to listen and talk, as well as verbal and mathematical 
learning problems. Some children have normal intelli- 
gence, while others have some degree of developmen- 
tal delay. Extreme intellectual deficits may occur in 
children with very severe spinal defects with associated 
Arnold-Chiari malformations and hydrocephalus, as 
well as in children who have contracted meningitis. 


Treatment of spina bifida involves repairing the 
spinal defect in order to avoid complications that 
could be brought on by meningitis. Children with 
spina bifida also may require orthopedic surgery to 
repair hip dislocations, clubfeet, kyphosis, or scoliosis. 
Many children who are able to learn to walk will 
require braces. Children with hydrocephalus will 
require the placement of drainage tubes to prevent 
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brain damage from the accumulation of cerebrospinal 
fluid. If children are confined to crutches, wheelchairs, 
or braces, developing mobility skills is an important 
part of developing independence. 


Many children with severe spina bifida are unable 
to completely empty their bladders, and can only do so 
with the insertion of a catheter tube. Such catheter- 
ization may be necessary at regular points throughout 
every day, in order to avoid the accumulation of urine 
which could back up, become infected, and potentially 
damage the kidneys. 


Diagnosis prior to birth is important in minimiz- 
ing some of the clinical manifestations that result in 
spina bifida. A particular substance, known as alpha- 
fetoprotein, is present at greater than normal levels in 
the blood of mothers who are carrying a fetus with a 
neural tube defect. This protein can be tested during 
the sixteenth to eighteenth week of pregnancy by a 
procedure called amniocentesis, or the withdrawal of 
some of the fluid around the baby. Elevated levels of 
alpha-fetoprotein, and ultrasound examination of 
the fetus can detect spina bifida. Results of amniocent- 
esis, together with the results of careful ultrasound 
examination, can diagnose over 90% of all neural 
tube defects. Parents then can decide to terminate the 
pregnancy, or to use this information to prepare them- 
selves to care for a child who will have significant 
medical needs. 


Although the underlying genetic and developmen- 
tal causes are not yet fully understood, recent research 
demonstrated the women who took folic acid supple- 
ments prior to and during pregnancy reduced the 
infant spina bifida by up to 70%. 


The Spina Bifida Association of America “urges 
all women who could become pregnant to take 400 
meg of folic acid daily.” Women at increased risk for a 
spina bifida affected pregnancy those who have spina 
bifida themselves or have had a pregnancy affected by 
spina bifida should take 4000 mcg (or 4 mg) daily for 
1-3 months prior to conception and during the first 
trimester. 


A study published in the British Medical Journal 
in 2004 showed a elevated risk of breast cancer in 
women taking folic acid supplements. The doses 
were, however, much higher (5 mg) and for a longer 
duration (the entire pregnancy) than those recom- 
mended to reduce the risk of spina bifida. 


Resources 


BOOKS 
Dicken, Janny J. Cody’s Story: Living One Day at a Time 
with Spina Bifida. Philadelphia: Publish America, 2005. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Cerebrospinal fluid—Fluid made in chambers 
within the brain; this fluid then flows over the sur- 
face of the brain and spinal cord, providing nutri- 
tion to cells of the nervous system, as well as 
cushioning. 

Congenital—A condition or disability present at 
birth. 


Embryo—The developmental period after fertiliza- 
tion and the first cell divisions. 


Fetal—Referring to the period of time of growth and 
development in the uterus, prior to birth. 


Hydrocephalus—An abnormal accumulation of 
cerebrospinal fluid that, if untreated, puts pressure 
on the brain, resulting in permanent damage. The 
condition is also referred to as “water on the brain.” 


Meninges—The three layers of membranes that 
cover the brain and the spinal cord. The CSF occu- 
pies the space between two of the layers. 


Vertebrae—The individual bones that together 
stack up to form the spine. 
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fl Spinach 


Spinach, genus Spinacia, is a member of the 
goosefoot (Chenopodiaceae) family. It is an annual 
crop plant that is widely cultivated for its nutritious, 
dark green leaves. Spinach is thought to have origi- 
nated in southwestern Asia and was known in Europe 
as early as the twelfth century. In the United States, 
California and Texas produce most of the country’s 
spinach. Spinach is an excellent source of vitamins A 
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and C, vitamin By,» (riboflavin), and many minerals, 
such as iron. As the food industry became more 
sophisticated in terms of nutritional research, market- 
ing, and advertising in the first half of the twentiethth 
century, spinach became a popular vegetable because 
of its nutritional value, and because of the cartoon 
character “Popeye,” who taught children to eat spi- 
nach so that they could become strong and healthy 
like him. 


The best known species is Spinacia oleracea. Two 
varieties are grown extensively, one with smooth 
leaves and another wrinkled, savoy variety. Both of 
these can be purchased fresh at produce stores. In the 
food packing industry, the smooth-leaved type is usu- 
ally canned or frozen before shipping, and the savoy 
variety is packaged and shipped fresh. 


Spinach grows best in cool, temperate weather. 
Cooler, northern growing areas sow seeds in spring 
and fall, while warmer, southern areas grow spinach 
during the winter months. The growth period is usu- 
ally about 40 days. As spinach plants develop and 
mature, a dense cluster of leaves form a rosette. 
When mature, a central, flowering stem grows, some- 
times reaching a height of 3-4 ft (90-120 cm). Small 
flowers, which later produce seeds, grow in clusters in 
the axils of the stem leaves. The plants are picked while 
immature, and before the flower stem has started to 
grow. If grown during mid summer with hot weather 
and extended daylight, spinach plants develop the 
central stem too quickly (bolting), which draws 
growth and nutrition away from the leaves, which 
are the desired crop. To help avoid bolting, scientists 
have developed plants that are late bloomers. Crop 
damages are usually caused by pests such as aphids 
and leaf miners, or fungal diseases, such as blight and 
downy mildew, for which scientists have developed 
resistant varieties of spinach. 


See also Plant diseases. 


Spinal cord see Nervous system 


l Spiny anteaters 


The spiny anteaters, or echidnas, make up four of 
the five species in the order Monotremata. These are 
primitive mammals that lay eggs like reptiles, but have 
hair and suckle their young. One species of spiny ant- 
eater, Tachyglossus aculeatus, lives in Australia, 
Tasmania, and New Guinea. The other three species 
(in the genus Zaglossus spp.) live only in New Guinea 
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(further study may actually find them to be one spe- 
cies). The sixth monotreme species is the platypus 
(Ornithorhynchus anatinus), which bears little resem- 
blance to the spiny anteaters, apart from the egg-laying 
characteristic. 


Monotremes lay eggs and have an internal bone 
structure for limbs that emerge from the sides of their 
body. These features are similar to those of reptiles. 
Also, like reptiles (as well as birds), they have a cloaca, 
or a single chamber into which the intestine, bladder, 
and reproductive organs all empty. However, monot- 
remes also have hair, produce milk, and are warm- 
blooded. Their ability to keep their body temperature 
constant is not always very successful, so these animals 
may hibernate during cool weather. 


A small organ located on the hind legs of the male 
gave the spiny anteaters their name of echidna, which 
means “adder,” because it is connected to a poison 
gland. However, the fluid is not really very poisonous, 
and the animals are more likely to try to escape by 
digging when in danger. Spiny anteaters have power- 
ful claws that let them furiously dig dirt, sending it 
flying sideways. As they do this they appear to sink 
into the ground, their back protected by tough, sharp 
spines. 


A spiny anteater looks very much like a porcu- 
pine, and is often given that common name because it 
has numerous yellow-colored spines covering its 
brown furred body. Unlike porcupine spines, how- 
ever, those of the spiny anteater do not have barbs 
that catch in the skin. When in danger, the 30-in 
(76 cm) long spiny anteater will often curl up into an 
impenetrable ball. Its face leaves no doubt that it is not 
a porcupine, being stretched forward into a slender, 
hairless snout with nostrils on the end. The tiny 
mouth, located on the bottom of the snout, opens 
only wide enough for a long, sticky tongue to emerge 
and haul in its food of termites and ants. A spiny 
anteater has no teeth. Instead, it chops up the tough 
bodies of its insect prey by smashing them against the 
roof of its mouth with its spiny tongue. 


One New Guinea species (Zaglossus bruijni) has 
an especially long and slightly curved snout, and is 
called the long-beaked or long-nosed echidna. It has 
so much hair that its whitish spines are not readily 
visible. The tongue of this endangered species may be 
12 in (30.5 cm) long. 


Unlike marsupials, spiny anteaters have a pouch 
only during the breeding season, when an extra fold of 
skin develops. The female lays one leathery-shelled 
egg, which she places into the pouch. It soon hatches 
into a partially developed baby, only about half an 
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A short-nosed echidna (Tachyglossus aculeatus), or spiny anteater, wading through mud to drink at a drying-up waterhole in 
Little Desert, Victoria, Australia. (Tom McHugh. The National Audubon Society Collection/Photo Researchers, Inc.) 


inch long. The tiny offspring laps milk directly off the 
mother’s fur, because monotremes have no nipples. 
The infant resides in the pouch only until its spines 
begin to grow and annoy the mother. It is then left ina 
hidden spot, where it continues to suckle and grow, 
and may hibernate. Spiny anteaters have been known 
to live in captivity as long as 50 years. 
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l Spiny eels 


The spiny eel, belonging to the order Notacanthi- 
formes and the family Notacanthidae, is an eel-like fish 
that grows to more than 3.3 ft (1 m) long and lives in the 
north Atlantic Ocean. It has a series of short, thick 
spines on its back, and there are about 20 slender 


4077 


sjaa Auids 


Spiny-headed worms 


spines preceding its anal fin on its underside. This fish 
is a benthic fish, meaning that it lives close to or on the 
bottom of the sea. 


Within the order Notacanthiformes, there are three 
families; the most notable of which are the Halosauridae 
(halosaurs) and the Notacanthidae (spiny eels). All fish 
in this order have pectoral fins placed high on their sides, 
pelvic fins positioned on their abdomens, and anal fins 
that are long and merged with their tail fins. All are deep 
water fishes, inhabiting at depths of between 656-11,808 
ft (200-3,600 m). The order is distributed world wide, 
containing 20 species and 6 genera. Within the family 
Notacanthidae, there are 3 genera with 10 species, 
including the spiny eel. 


Spiny eels (Notacanthus chemnitzii) have slender, 
elongated bodies, usually brown or grayish brown in 
color. They have fairly small scales; in fact, there are 
often more than 50 horizontal rows of scales on each 
of their sides. These fish have rounded or pointed 
snouts which project beyond their mouths. Indeed, 
their mouths are located on the underside of their 
heads, which makes it easier for them to get food 
from the bottom of the sea floor. Spiny eels, living at 
depths of 656 ft (200 m) or more, eat bottom-living 
sea-anemones, probably feeding in a head-down posi- 
tion on the seabed. Some fish in this family have up to 
three spine-like rays on each pelvic fin. 


One species, the blunt snouted spiny eel, lives in 
the seas near northern Europe and is occasionally 
netted off of the coast of Iceland. This fish, which 
lives at depths of about 980 ft (299 m), can grow to 
47 in (119 cm) long. Like other spiny eels, it eats sea 
anemones and other creatures living on the sea floor. 


Spiny eels are rarely seen; thus, few facts are 
known about their habits. 


Kathryn Snavely 


| Spiny-headed worms 


Spiny-headed worms, or arrow worms as they are 
also known, belong to the phylum Chaetognatha. 
Their bodies are shaped like a torpedo with distinct 
head, trunk, and tail regions, the latter which bears a 
pair of finlike projections that probably assist with 
balance. Although many spiny-headed worms can 
swim, they usually conserve their energy and instead 
drift with the water current. The body is usually 
transparent and slender. The head bears a pair of 
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eyes and is adorned with a number of large curved 
spines, which can range from 4-14, depending on the 
particular species. These spines, which also fulfil a 
sensory role, are used for capturing small prey and, 
when not in use, are covered with a special hood that 
arises from a fold in the body wall. This may also help 
reduce resistance to the water current by streamlining 
the body even further. All of these species are active 
carnivores, feeding on plankton, small crustaceans, 
and even small fish. The usual hunting strategy is to 
lunge at prey once it is within reach, grab it with the 
smaller spines surrounding the mouth, and then 
crush it with the larger spines, while simultaneously 
pushing it in towards the mouth. 


Some 65 living species are known, all of which are 
marine-dwelling. The majority of these are tropical 
species. With the exception of members of the genus 
Spadella, which are specialized benthic species, all 
remaining spiny-headed arrow worms are designed 
for a planktonic existence. The vast majority of these 
are small invertebrates, measuring approximately 1.2 
in (3 cm) in length; some species, however, may reach a 
length of 3.9 in (10 cm). 


Spiny-headed worms are hermaphroditic, with the 
male and female reproductive cells arising from the 
lining of the coelom. Some species reproduce by self- 
fertilization, the mature sperm being stored in special 
sacs known as spermatophores until such time as the 
eggs are ready for fertilization. Some species, however, 
exchange male gametes by coming together and cross- 
fertilizing each other. The eggs may be retained within 
the body for further development, or may be released 
to the ocean. The larvae, which resemble the adults, 
are free-swimming. 


i Spiral 


A spiral is a curve formed by a point revolving 
around a fixed axis at an ever-increasing distance. It 
can be defined by a mathematical function which 
relates the distance of a point from its origin to the 
angle at which it is rotated. Some common spirals 
include the spiral of Archimedes and the hyperbolic 
spiral. Another type of spiral, called a logarithmic 
spiral, is found in many instances in nature. 


Characteristics of a spiral 


A spiral is a function which relates the distance of 
a point from the origin to its angle with the positive 
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A wooden spiral staircase in the Loretto Chapel, Sante Fe, 
New Mexico. (© Liz Hymans/Corbis.) 
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KEY TERMS 


Logarithmic spiral—A type of curve defined by the 
relationship r = e * q. It is a shape commonly found 
in nature. 


Origin—The beginning point of a spiral. Also 
known as the nucleus. 


Spiral of Archimedes—A type of curve defined by 
the relationship r = aq. This was the first spiral 
discovered. 


Tail—tThe part of a spiral that winds away from the 
origin. 


x axis. The equation for a spiral is typically given in 
terms of its polar coordinates. The polar coordinate 
system is another way in which points on a graph can 
be located. In the rectangular coordinate system, 
each point is defined by its x and y distance from 
the origin. For example, the point (4,3) would be 
located 4 units over on the x axis, and 3 units up on 
the y axis. Unlike the rectangular coordinate system, 
the polar coordinate system uses the distance and 
angle from the origin of a point to define its location. 
The common notation for this system is (r,0) where r 
represents the length of a ray drawn from the origin 
to the point, and 8 represents the angle which this ray 
makes with the x axis. This ray is often known as a 
vector. 


Like all other geometric shapes, a spiral has cer- 
tain characteristics which help define it. The center, or 
starting point, of a spiral is known as its origin or 
nucleus. The line winding away from the nucleus is 
called the tail. Most spirals are also infinite, that is 
they do not have a finite ending point. 


Types of spirals 


Spirals are classified by the mathematical relation- 
ship between the length r of the radius vector, and the 
vector angle q, which is made with the positive x axis. 
Some of the most common include the spiral of 
Archimedes, the logarithmic spiral, parabolic spiral, 
and the hyperbolic spiral. 


The simplest of all spirals was discovered by the 
ancient Greek mathematician Archimedes of Syracuse 
(287-212 BC). The spiral of Archimedes conforms to 
the equation r = a0, where r and @ represent the polar 
coordinates of the point plotted as the length of the radius 
a, uniformly changes. In this case, r is proportional to 0. 


4079 


jeards 


Spirometer 


The logarithmic, or equiangular spiral was first 
suggested by Rene Descartes (1596-1650) in 1638. 
Another mathematician, Jakob Bernoulli (1654- 
1705), who made important contributions to the sub- 
ject of probability, is also credited with describing 
significant aspects of this spiral. A logarithmic spiral 
is defined by the equation r = e a0 where e is the 
natural logarithmic constant, r and @ represent the 
polar coordinates, and a is the length of the changing 
radius. These spirals are similar to a circle because they 
cross their radii at a constant angle. However, unlike a 
circle, the angle at which its points cross its radii is not 
a right angle. Also, these spirals are different from a 
circle in that the length of the radii increases, while in a 
circle, the length of the radius is constant. Examples of 
the logarithmic spiral are found throughout nature. 
The shell of a Nautilus and the seed patterns of sun- 
flower seeds are both in the shape of a logarithmic 
spiral. 

A parabolic spiral can be represented by the 
mathematical equation r* = a’. This spiral discov- 
ered by Bonaventura Cavalieri (1598-1647) creates a 
curve commonly known as a parabola. Another spi- 
ral, the hyperbolic spiral, conforms to the equation 
r= a/0. 

Another type of curve similar to a spiral is a helix. 
A helix is like a spiral in that it is a curve made by 
rotating around a point at an ever-increasing distance. 
However, unlike the two dimensional plane curves of a 
spiral, a helix is a three dimensional space curve which 
lies on the surface of a cylinder. Its points are such that 
it makes a constant angle with the cross sections of 
the cylinder. An example of this curve is the threads 
of a bolt. 


See also Logarithms. 
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fl Spirometer 


The spirometer is an instrument used in medicine 
to measure the volume of air inhaled and exhaled by 
the lungs. The device records the rate at which air is 
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breathed in and out by the lungs, along with the 
amount of air. When the spirometer is attached to a 
flow head, the combination is called a pneumotach- 
ometer. The output of air measured by a spirometer is 
called a kymograph trace. 


The spirometer is considered an essential tool in 
the detection of chronic obstructive pulmonary 
disease(COPD), which includes emphysema and 
chronic bronchitis. According to the American Lung 
Association, as of 2004, chronic obstructive pulmo- 
nary disease is the fourth most common cause of death 
in the United States. It claims over 122,000 U.S. 
lives each year, with more women dying than men 
annually. 


In addition, spirometers are typically used to 
track the breathing capability of individuals with res- 
piratory ailments such as asthma. Spirometers are also 
used to estimate limits of activity for people with 
respiratory problems. 


The spirometer measures the capacity of the lungs 
to exhale and inhale air, and the amount of air left 
remaining in the lungs after voluntary exhalation. This 
knowledge enables physicians to gauge the strength 
and limitations of the respiratory system. 


The earliest spirometers were water seal spiro- 
meters, which were first described by British physician 
John Hutchinson (1811-1861) in 1846 and are still 
used in a refined form today. The devices were first 
distributed widely in the 1940s. Water seal spirometers 
measure the amount of water displaced in a sealed 
container when a patient exhales. The patient breathes 
into a hose, which is connected to a water-filled con- 
tainer. Inside the container is a lightweight plastic 
object, often called a bell, which rises as water is dis- 
placed during the patient’s exhalation. A pen hooked 
up to the bell documents the exhalation and inhalation 
on a rotating chart carrier. The chart produced is 
called a spirogram. 


Automated-flow spirometers, another type of spi- 
rometer, do not measure the complete volume of 
exhaled air. Instead, they measure the rate of the air- 
flow and the time it takes to exhale. It then computes 
the total volume. To accomplish this, the spirometer 
converts the flow of air into an electrical signal. 
Results are recorded as flow-volume curves or as 
spirograms. 


Spirometers are used on patients of any age with 
a defect that limits or obstructs breathing. In addi- 
tion, experts suggest that they also be used to detect 
respiratory problems in all cigarette smokers over the 
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A diagram of a water seal spirometer. (Wans & Cassidy. Courtesy of Gale Group.) 


age of 40 years and in workers exposed to industrial 
hazards such as coal dust or asbestos. Exposure to 
these substances increases the risk of respiratory 
illness. 


Patricia Braus 


fl Split-brain functioning 


Split-brain functioning refers to how the two cer- 
ebral hemispheres of the brain are involved to different 
degrees in certain psychological and behavioral func- 
tions. In the normal, brain the two hemispheres work 
together in a coordinated manner and these differen- 
ces in functioning complement one another. The 
division of psychological and behavioral functions 
between the two cerebral hemispheres can be referred 
to as functional lateralization, asymmetry, or brain 
laterality. 


History 


For centuries it had been suspected that the two 
hemispheres of the brain had specialized functions. 
Increased interest in certain divisions of function 
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between the two brain hemispheres can be traced to 
the 1860s when Pierre Paul Broca (1824-1880), a 
French physician, reported that on autopsy a number 
of patients with speech impairments had lesions in the 
left frontal lobe of their brains. Systematic research on 
split-brain functioning, however, did not begin until 
the late 1960s, when Roger Sperry and his colleagues 
discovered certain regularly occurring differences in 
the functioning of the two brain hemispheres in split- 
brain patients (see below), and research has remained 
strong ever since that time. 


Basic anatomy and brain functioning 


Before discussing split-brain functioning in detail, 
knowledge of some very basic brain anatomy is neces- 
sary. The brain is that part of the central nervous 
system which is encased within the skull. The brain is 
an incredibly complex organ made up of billions of 
cells that work together to support life. Although the 
brain is usually thought of as a single structure, it is 
actually divided into two halves, which are called cer- 
ebral hemispheres. The two hemispheres, separated 
by a large fissure, are connected by several groups of 
nerve fibers that transfer information between 
the hemispheres. The most prominent connecting 
nerve mass is the corpus callosum. Control of basic 
physical movements and sensory functions is divided 
equally between the two hemispheres. Control of these 
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functions by the brain is almost completely crossed, in 
that the right hemisphere controls the left side of the 
body, and the left hemisphere controls the right side of 
the body. For example the right foot, hand, and leg are 
controlled by the left hemisphere. 


Methods of study 


The oldest approach to gathering information 
about asymmetry between the two hemispheres of 
the brain is observation of behavioral changes or 
impairments in individuals with a brain injury that is 
clearly confined to one hemisphere of the brain. 
Lesions or areas of injury can now be identified using 
various techniques that allow visualization of the liv- 
ing brain. These brain-imaging techniques allow visu- 
alization of various properties of the brain such as 
cerebral blood flow patterns, and glucose utilization 
by different parts of the brain, as well as damage and 
unusual tissue masses. These brain-imaging techni- 
ques include computed tomography, magnetic reso- 
nance imaging, and x rays. These techniques aid in 
making inferences about the role of particular areas 
of the brain in contributing to certain behaviors. 


The effects of brain injury must be interpreted 
with care as the brain tends to adapt to damage, and 
thus alter how it operates. Observed changes in behav- 
ior may more accurately reflect compensation of the 
remaining unimpaired tissue. Unimpaired tissue may 
also have a negative reaction, functioning worse than 
it did previous to the injury and increasing observed 
behavioral impairment. In sum, behavioral impair- 
ment due to injury to a particular area of the brain 
does not necessarily indicate that the injured area had 
controlled the impaired behavior. Finally, naturally 
occurring damage or lesions to the brain may occur 
across a number of different brain areas, and their 
effects on an observed behavior may be complex and 
unspecifiable. 


Split-brain surgery is another method used to 
study lateralized functions of the brain and it has 
yielded a great amount of information. In split-brain 
surgery, the corpus callosum is severed. This proce- 
dure is used to stop the spread of seizure activity 
between the hemispheres in those with severe epilepsy. 
Patients who have had their corpus callosum severed 
show no changes in most of their daily behaviors. 
Their intellectual functioning and overall personality 
seem unaffected. 


Scientists, by presenting sensory material to only 
one hemisphere, allowed observation of the function- 
ing of the two hemispheres in isolation. Presentation 
to only one hemisphere can be accomplished by 
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presenting stimuli to only one side of a sensory system, 
such as one eye, ear, or hand, while preventing percep- 
tion by the sensory organ on the other side of the body. 
For example, a stimulus might be shown to only one 
eye, or an object might be put in a patient’s hand, 
making sure the patient could not see it. The patient 
is then asked about various aspects of the stimulus to 
assess how information is transferred between the 
hemispheres, and which aspects of information are 
available to the particular hemisphere being assessed. 
It should be noted that even when the corpus callosum 
is severed, the two hemispheres of the brain do com- 
municate, albeit in a more limited fashion, through 
other connecting nerve fibers. 


Injecting sodium amytal into the carotid artery on 
one side of the neck is another technique that allows 
observation of the lateralized functioning of the two 
hemispheres. The sodium amytal acts to temporarily 
anesthetize the brain hemisphere on the side into 
which it was injected. A patient then would be asked 
to perform certain tasks, and those tasks which the 
patient cannot perform or shows impaired perform- 
ance in are then thought to be controlled to some 
extent by the anesthetized hemisphere. 


Examinations of brains during autopsy have been 
used to locate brain injuries that are associated with 
specific behavioral impairment observed while the 
individual was alive. Researchers may also electrically 
stimulate certain areas of the brain to see which behav- 
ioral functions are affected. This does not hurt the 
patient as the brain does not have pain receptors. 
Various brain activities such as metabolic rate and 
blood flow may also be measured during behaviors 
associated with sensory processes. 


Research on hemispheric lateralization in neuro- 
logically normal individuals has also been carried out 
primarily by studying visual field asymmetries and by 
using a dichotic listening procedure wherein subjects 
are presented with two different verbal messages, one 
to each ear, at the same time. Because the corpus 
callosum is intact in these individuals, researchers 
have had to tailor their stimulus presentation meth- 
ods, for instance, by only very briefly flashing visual 
stimuli, in order to compare the abilities of the hemi- 
spheres in these individuals. These modifications seem 
to successfully tap into hemispheric differences, and 
results from this body of research generally support 
findings of hemispheric specialization in split-brain 
patients and in those with other neurological impair- 
ment. This research is important in that generalizing 
findings from split-brain patients and those with neu- 
rological impairment to those who are neurologically 
unimpaired is problematic. 
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Anatomical asymmetries 


While reports of physical differences between the 
two halves of the brain had been reported intermit- 
tently since the late 1800s, these differences were gen- 
erally considered relatively minor and too small to 
explain observed differences in functioning of the left 
and right hemispheres. In 1968, however, research 
was reported that found strong and clear anatomical 
differences between the two hemispheres in areas 
believed to be of great importance for speech and 
language. 


This research found a longer temporal plane in the 
left hemisphere than in the right in 65 of 100 brains 
examined at autopsy. Eleven brains had a longer tem- 
poral plane in the right hemisphere, and the remaining 
24 showed no difference. On the average, the temporal 
plane was one-third longer in the left hemisphere than 
in the right. A number of studies have supported these 
findings, and on average, approximately 70% of the 
brains studied showed longer or larger temporal 
planes in the left hemisphere than in the right. 


The temporal plane lies in a region of the brain 
called Wernicke’s area. This area was named after 
German neurologist Karl Wernicke (1848-1904) 
because he is credited with being the first to observe 
that injuries in this region often leads to various symp- 
toms of aphasia. Aphasia is a general term describing 
any partial or complete loss of linguistic abilities that is 
caused by a lesion in the brain. Wernicke’s area seems 
to play a strong role in various language functions. 


Another anatomical difference in the hemispheres 
involves the corpus callosum, which has been found to 
be larger in left-handers and those who are ambidex- 
trous (showing no strong hand preference) than in 
those who consistently prefer their right hand. Some 
researchers believe it may be larger in these individuals 
because mental functions seem to be spread more 
equally across their hemispheres and this may neces- 
sitate a greater amount of interaction and thus con- 
nection between the hemispheres. 


In addition to these larger physiological differen- 
ces between the two brain hemispheres, there seem to 
be more microscopic differences, such as the disper- 
sion of different types of brain cells. Examination of 
brains at autopsy has revealed some consistent differ- 
ences, in the number and size of certain neurons 
between the two hemispheres. A region of the tempo- 
ral lobe that is part of the auditory association cortex, 
which is involved in higher-level processing of audi- 
tory information and especially speech sounds, is 
larger on the left side of the brain. And an area lying 
mainly on the angular gyrus between the temporal and 
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parietal lobes was also found to be larger on the left 
side. Lesions to this area have been associated with 
problems in naming objects and in word-finding tasks. 
Interestingly, enlargement of these areas in the left 
hemisphere is associated with having a larger left-tem- 
poral plane, so that larger anatomical asymmetries 
seem to be related to more microscopic asymmetries. 


Thus it can be seen that there are some relatively 
consistent anatomical differences between the two 
hemispheres of the brain. Whether these physical dif- 
ferences are causally related to observed behavioral 
differences between the two hemispheres, however, is 
still unclear. This is partially due to the fact that much 
of this information has come from the study of brains 
post-mortem so that there is often little knowledge of 
the types of behavioral asymmetries these individuals 
may have exhibited before death. 


Handedness 


One of the most apparent asymmetries related to 
the human brain is hand use preference. Differences in 
abilities between the hands reflect asymmetries in the 
cerebral hemispheres’ functions. Studies show that 
about 90% of people across cultures are right-handed, 
while non-human animals tend to be divided pretty 
evenly in terms of limb preference. The question of 
why human beings show an overwhelming favoring of 
the right hand compared to other animals has been the 
subject of much theorizing and assumes greater impor- 
tance when one understands that an individual’s hand- 
edness has been found to correspond in complex ways 
to how various functions are distributed between the 
left and right hemispheres. 


Handedness is generally defined as the almost 
exclusive use of one hand for such activities as writing 
and other one-handed behaviors. There is much indi- 
vidual variation however in the frequency, strength, 
and efficiency of differential hand use, and an individ- 
ual’s handedness can be assessed in a number of ways. 
While asking an individual which hand they tend to 
favor might seem the simplest approach, this does not 
tell the researcher about an individual’s possible com- 
mon variations in hand preference across different 
activities which the individual may neglect to report. 
For instance, while someone may write with their right 
hand, they may throw balls, or use scissors with their 
left hand. 


The most common method used to assess handed- 
ness 1s questionnaires that ask the individual which 
hand they use across a number of different behaviors. 
Findings from these questionnaires indicate that those 
who show a preference for the right hand use it more 
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consistently across tasks than those who show a left 
hand preference. Those who preferred their left hand 
did not prefer it as consistently as right handers, 
instead they tend to also use their right hand in a 
number of behaviors. Some researchers believe direct 
behavioral observation of the individual performing a 
number of activities is the most precise method of 
determining handedness. 


Functional asymmetries 


As stated earlier, an individual’s handedness 
seems related to how certain functions are distributed 
between the left and right hemispheres, and while there 
are numerous exceptions to every general rule about 
the asymmetry of certain functions, there are some 
commonly lateralized functions. The most obvious of 
these is language. 


In those who are right-handed, with very few 
exceptions, speech functions are primarily located in 
the left hemisphere. This is also the case for most 
left-handers, but many more left-handers than right- 
handers seem to have speech functions located either 
mostly in the right hemisphere or distributed more 
evenly between the hemispheres. In general, it seems 
that left-handers are more likely to have an even dis- 
tribution of certain behavior functions between the 
left and right hemispheres than are right-handers. 


Injury of the left hemisphere, or presentation of 
information to the right hemisphere alone, often 
results in impaired speech, reading abilities, naming 
of objects, or comprehending spoken language. The 
left hemisphere in most human beings seems to exert 
primary control over linguistic abilities, as well as 
numerical and analytic behaviors. The right hemi- 
sphere in most human beings seems to exert primary 
control over nonverbal activities such as the ability to 
draw and copy geometric figures, various musical 
abilities, visual-spatial reasoning and memory, and 
the recognition of form using vision and touch. 


There is also evidence that the two hemispheres of 
the brain process information differently. It seems that 
the right hemisphere tends to process information in a 
more simultaneous manner, synthesizing and bringing 
diverse pieces of information together. The left hemi- 
sphere seems to process information in a logical and 
sequential manner, proceeding in a more step-by-step 
manner than the right hemisphere. 


In terms of the processing, experiencing, and 
expression of emotion, there are some very intriguing 
findings. Based on a number of studies looking at the 
location of lesions in individuals who showed uncon- 
trollable laughter or crying, it seems the left hemisphere 
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KEY TERMS 


Aphasia—A general term describing any partial or 
complete loss of linguistic abilities that is caused by 
a lesion in the brain. 


Brain-imaging techniques—High technology tech- 
niques allowing non-intrusive visualization of the 
brain, these include computed tomography, posi- 
tron emission tomography, and functional mag- 
netic resonance imaging. 


Cerebrum—tThe upper, main part of the human 
brain, it is made up of the two hemispheres, and is 
the most recent brain structure to have evolved. It is 
involved in higher cognitive functions such as rea- 
soning, language, and planning. 

Corpus callosum—The most prominent mass of 
nerve fibers connecting the two cerebral hemi- 
spheres of the brain; it aids in the transfer of infor- 
mation between them. 


Hemispheres—The two halves of the cerebrum, the 
largest and most prominent structure of the brain, 
which are connected by a number of nerve fiber 
masses. 


Laterality—Used generally to describe the asym- 
metry of the brain hemispheres in particular cogni- 
tive functions. 


Lesion—Used commonly to describe a limited area 
of damage to living tissue matter caused by surgical 
intervention, disease, or injury. 


Parietal lobes—Regions of the cerebral hemi- 
spheres that are above the temporal lobes and 
between the frontal and occipital lobes. 


Split-brain surgery—A technique in which the cor- 
pus callosum is severed; it is used to stop the spread 
of seizure activity between the hemispheres in 
those with severe epilepsy. Research on cerebral 
asymmetry with split-brain patients has yielded a 
considerable amount of information. 


Temporal lobe—The lobe of the cerebrum that is in 
front of the occipital lobe and below the lateral 
fissure. 


Temporal plane—An area of the brain lying in a 
region called Wernicke’s area, so-called because 
Wernicke observed that injuries in this region often 
lead to aphasic symptoms. 


is highly involved in the expression of positive emo- 
tions, while the right hemisphere is highly involved in 
the expression of negative emotions. Some researchers 
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believe that the two hemispheres of the brain usually 
serve to mutually inhibit each other so that there is a 
balance, and uncontrollable emotional outbursts are 
rare. Based on tests with normal subjects, it seems 
that the right hemisphere plays a major role in the 
perception of emotion. In sum, much evidence indi- 
cates that the right hemisphere is more involved than 
the left in processing emotional information and in 
producing emotional expressions, but the left hemi- 
sphere seems to play a unique role in expressing pos- 
itive emotions. The reader should note that research on 
brain asymmetry and emotion is relatively new and 
findings should be interpreted with caution. 


Current status 


Much research is being carried out to assess the 
roles of genetic and environmental factors in the devel- 
opment of hemispheric asymmetry. Because of the dif- 
ficulty or impossibility in manipulating either of these 
factors, and or in designing studies that can accurately 
separate their influence, there are no firm conclusions 
at this time. It seems safe to say that environmental and 
genetic factors interact to determine the division of 
functions between the hemispheres. 


It has become clear that the two hemispheres dif- 
fer in their capabilities and organization, yet it is still 
the case that in the normal brain the two hemispheres 
work together in a coordinated manner, and both 
hemispheres play a role in almost all behaviors. 
Indeed, the differences in functioning between the 
hemispheres that have been found seem to comple- 
ment one another. Research on how the two hemi- 
spheres differ and interact continues unabated, and 
improvements in technologies used to measure the 
brain as well as accumulating knowledge promise 
increasing gains in our knowledge of the human brain. 
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l Sponges 


Sponges are members of the phylum Porifera. 
They are a group of extremely primitive multicellular 
organisms characterized by the lack of proper. All 
members of this phylum live permanently attached to 
surfaces such as rocks, corals, or shells. More than 
10,000 species of sponges have been described. 
Although some species occur in freshwater, the vast 
majority are marine, living mainly in shallow tropical 
waters. A wide range of sponge body forms occur and 
these are characterized by both shape and composi- 
tion: some are tall, extending well into the water col- 
umn, while others are low encrusting forms that 
spread out over a surface. Others, such as the Venus 
flower basket (Euplectella sp.), are tall and comprise 
an intricately-formed latticework arrangement, while 
many leuconoid sponges are goblet shaped. All 
sponges have a skeleton, which provides a framework 
that supports the animal. Skeletons may be composed 
of either calcium carbonate, silica or a softer spongy 
material known as spongin. In all species the skeleton 
is made up of a complex arrangement of spicules, 
which are spiny strengthening rods with a crystalline 
appearance. The spicules are an important character 
for classification of sponge species. 


In cross section, most sponges consist of a con- 
voluted outer wall that is liberally dotted with pores or 
openings of different sizes. These holes allow the pas- 
sage of water into the central part of the body, called 
the atrium or spongocoel. Although water enters the 
body through a large number of openings, it always 
leaves through a single opening, the osculum. Some 
species, like the asconid sponges, are usually small and 
have a simple skeleton with a relatively large atrium. 
Others, however, have developed highly convoluted 
skeletons that not only maximize water intake, but 
also allows for a maximum amount of oxygen and 
food particles to be absorbed. Each of the individual 
chambers in the spongocoel is lined with specialized 
collar cells or choanocytes, which consist of a flagel- 
lum encircled by a collar. These cells are responsible 
for producing the current of water through the sponge. 


Sponges rely on large volumes of water passing 
through their bodies every day for food supply, gas 
exchange and waste removal. All sponges feed by filter- 
ing tiny plankton from the water current. This same 
water also provides the animals with a continuous sup- 
ply of oxygen and removes all body wastes as it leaves 
the sponge. In some ways, a sponge resembles a power- 
ful water pump, drawing in water through its numerous 
pores and passing it through the body. Some of the 
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A vase sponge with a resident brittle star and a small blenny. (© Nancy Sefton, National Audubon Society Collection/Photo 
Researchers, Inc.) 


larger species have been estimated to pump more than 
5.3 gal (20 1) of water per day. The regular current is 
assured by countless numbers of tiny flagella that line 
the many chambers throughout the body wall. 


Sponges reproduce both sexually and asexually. 
In the latter, the simplest manner of producing new 
offspring is through the process known as branching 
or budding off, whereby the parent sponge produces a 
large number of tiny cells called gemmules, each of 
which is capable of developing into a new sponge. A 
gemmule consists of a mass of food-filled cells sur- 
rounded by a protective coat strengthened by spicules. 
In such a state the cells are able to withstand periods of 
drought or food scarcity; when conditions improve 
once again the cells become active, break through the 
outer coat, and develop into a new sponge. Other 
forms of asexual reproduction are similar to the 
production of runners in grasses. For example, 
Leucosolenia sp. sprouts horizontal branches which 
spread out over nearby rocks and give rise to a large 
colony of upright, vase-shaped individuals. 


The process of sexual reproduction involves the 
production of large numbers of male sperm cells that 
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are often released in dense clouds. As these gametes are 
transported by the water currents, some enter other 
sponges of the same species. Here they are trapped by 
the choanocytes and transported to the special egg 
chambers where fertilization occurs. The fertilized egg 
then goes through a process of division and transfor- 
mation, developing eventually into a flagellated larvae. 
There are two main types of larvae in sponges; the 
amphiblastula and the parenchymula. Once developed, 
the larvae is released from the parent sponge and car- 
ried away by the water current. Eventually it settles out 
of the water column onto a suitable substrate, where it 
metamorphoses into an adult sponge form. 


In their natural environment, sponges face a wide 
range of predators. Fish and sea slugs feed on a wide 
range of marine sponges. Some of the larger species 
have been harvested by humans for resale as ornamen- 
tal souvenirs, while in some parts of the world the large 
sponge species have been collected for domestic pur- 
poses, the skeletons being used as bath sponges. 
Sponge fishing is a major industry in many countries. 


As they are dependent on clean, clear water, many 
sponges suffer as a result of sedimentation caused by 
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land-based activities such as agriculture and defores- 
tation. Coastal development often results in high levels 
of particulate runoff after rainfalls, clogging up pores 
in the sponges. Aquatic and terrestrial-based pollu- 
tants also represent a threat to these species. 


David Stone 


l Spontaneous generation 


Spontaneous generation, also called abiogenesis, 
is the belief that some living things can arise suddenly, 
from inanimate matter, without the need for a living 
progenitor to give them life. 


In the fourth century BC, the Greek philosopher 
and scientist Aristotle argued that abiogenesis is one 
of four means of reproduction, the others being bud- 
ding (asexual), sexual reproduction without copula- 
tion, and sexual reproduction with copulation. 
Indeed, the Greek goddess Gea was said to be able to 
create life from stones. Even Albertus Magnus (Albert 
the Great), the great German naturalist of the thir- 
teenth century Middle Ages, believed in spontaneous 
generation, despite his extensive studies of the biology 
of plants and animals. 


Through the centuries, the notion of spontaneous 
generation gave rise to a wide variety of exotic beliefs, 
such as that snakes could arise from horse hairs stand- 
ing in stagnant water, mice from decomposing fodder, 
maggots from dead meat, and even mice from cheese 
and bread wrapped in rags and left in a corner. The 
appearance of maggots on decaying meat was espe- 
cially strong evidence, for many people, that sponta- 
neous generation did occur. 


Spontaneous generation found further support 
from the observations of the Dutch merchant Anton 
van Leewenhoek, the inventor of the first, primitive 
microscopes. From 1674 to 1723 Leewenhoek corre- 
sponded to the Royal Society in London, describing 
the tiny, rapidly moving, “animacules” he found in 
rain water, in liquid in which he had soaked pepper- 
corn, and in the scrapings from his teeth (which, to 
Leeuwenhoek’s surprise, had no such animacules after 
he had drunk hot coffee). 


In the seventeenth century, however, some scientists 
set out to determine whether living organisms could 
indeed arise through spontaneous generation, or if they 
arose only from other living organisms ( biogenesis). 
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In 1668, even before Anton van Leeuwenhoek 
began his study of microscopic organisms with the 
microscope, the Italian physician Francisco Redi 
began a series of experiments that showed that dead 
meat does not give rise spontaneously to maggots. 


Redi filled six jars with decaying meat, leaving 
three open and sealing the other three. The unsealed 
jars attracted flies, which laid their eggs on the decay- 
ing meat, while the meat in the sealed jars was unavail- 
able to flies. When maggots developed on the meat in 
the open jars, Redi believed he had demonstrated that 
spontaneous generation did not occur. However, sup- 
porters of the notion of spontaneous generation 
claimed that the lack of fresh air—not the absence of 
egg-laying flies—had prevented maggots from appear- 
ing on the meat. 


Therefore, Redi undertook a second experiment, 
in which he covered the tops of three of the jars with a 
fine net instead of sealing them. Once again, maggots 
failed to appear on the meat in the covered jars, but did 
appear on the meat in the open jars, where flies were 
able to lay their eggs. 


Nevertheless, the tiny “animacules,” described by 
Leeuwenhoek in his observations on microscopic life 
in drops of water, still held the imagination of many 
scientists, who continued to believe that such creatures 
were small and simple enough to be generated from 
nonliving material. 


John Needham, an eighteenth century English 
naturalist and Roman Catholic theologian, began his 
study of natural science after reading about Leewenhoek’s 
animacules. Needham became a strong advocate of 
spontaneous generation, and performed an experi- 
ment that he felt supported his belief in biogenesis. 
In 1745, he heated chicken and corn broths, poured 
them into covered flasks. Soon after the broths cooled, 
they teemed with microorganisms, prompting Needham 
to claim that the organisms arose through spontane- 
ous generation. 


Needham’s work was contradicted by another reli- 
gious investigator, the Italian physiologist Lazzaro 
Spallanzani. Spallanzani, who was educated in the 
classics and philosophy at a Jesuit college, went on to 
teach logic, metaphysics, Greek, and physics. About 20 
years after Needham announced the results of his own 
investigation of spontaneous generation, Spallanzani 
showed that when broth was heated after being sealed 
in a flask, it did not generate life forms. He suggested 
that Needham’s broths had probably supported 
growth after being heated because they had been con- 
taminated before being sealed in their containers. 
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Undeterred, Needham counterclaimed that heat 
destroyed the “vital force” needed for spontaneous gen- 
eration, and that, by sealing the flasks, Spallanzani had 
kept out this vital force. 


The argument continued into the nineteenth cen- 
tury, when the German scientist Rudolf Virchow in 
1858, introduced the concept of biogenesis; living cells 
can arise only from preexisting living cells. 


But the matter remained unresolved until two 
years later when the great French scientist Louis 
Pasteur, in a series of classic experiments demonstrated 
that (1) microorganisms are present in the air and can 
contaminate solutions; and (2) the air itself does not 
create microbes. 


Pasteur filled short-necked flasks with beef broth 
and boiled them, leaving some opened to the air to cool 
and sealing others. While the sealed flasks remained 
free of microorganisms, the open flasks were contami- 
nated within a few days. 


In a second set of experiments, Pasteur placed 
broth in flasks that had open-ended, long necks. After 
bending the necks of the flasks into S-shaped curves 
that dipped downward, then swept sharply upward, he 
boiled the contents. The contents of these uncapped 
flasks remained uncontaminated even months later. 
Pasteur explained that the S-shaped curve allowed air 
to pass into the flask; however, the curved neck trapped 
airborne microorganisms at the bottom of the curve, 
preventing them from traveling into the broth. 


Pasteur not only executed a brilliant set of experi- 
ments, he also used his zeal and skill as a promoter of 
his ideas to strike a decisive blow to spontaneous gen- 
eration. For example, in a lecture at the Sorbonne in 
Paris in 1864, Pasteur said that he had water for his 
experimental liquids to generate life. But, he said, 
“ ...Jt 1s dumb, dumb since these experiments were 
begun several years ago; it is dumb because I have kept 
it sheltered from the only thing man does not know 
how to produce, from the germs which float in the air, 
from Life, for Life is a germ and a germ is Life. Never 
will the doctrine of spontaneous generation recover 
from the mortal blow of this simple experiment!” 
Pasteur’s work not only disproved abiogenesis, but 
also offered support to other researchers attempting 
to show that some diseases were caused by micro- 
scopic life forms. Thus, in a simple, but elegant set of 
experiments, Pasteur not only struck the doctrine of 
spontaneous generation a “mortal blow,” but also 
helped to establish the germ theory of disease. 


Marc Kusinitz 
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l Spore 


Spores are structures that are used by organisms 
to survive a period of unfavorable environmental con- 
ditions. Regeneration of the organism into the adult 
form occurs once the environment again becomes 
favorable for growth. This period of dormancy can 
last for a century or more in the case of some spore- 
forming microorganisms. 


Depending on the species, spores are asexual, rest- 
ing bodies, which can be one-celled or multi-cellular. 


Many protozoans have a stage in their life cycle that 
involves the development of a spore or cyst that is 
capable of surviving a period of environmental condi- 
tions that are unfavorable for growth. This is especially 
common among parasitic protozoans, which must sur- 
vive the unfavorable conditions that are encountered 
during transmission from host to host, often through 
the ambient environment. Other, free-living protozoans 
commonly develop a spore stage to survive periods of 
severe environmental stress, for example, when a pond 
dries up during late summer or freezes during winter. 


Many types of bacteria, fungi, actinomycetes, 
yeasts, and algae also develop spores as resting stages 
to survive periods of unfavorable environmental con- 
ditions. A commonly known spore-forming bacterium 
is Bacillus anthracis, the bacterium that causes 
anthrax. Another bacterium, Clostridium botulinum 
can survive in canned foods in spore form. The resus- 
citated form can be lethal if ingested. Anthrax spores 
can survive in soil for several years, and pose a threat 
mainly to animals and livestock. However, as the 
anthrax incidents in the United States in the autumn 
of 2001 point out, the deliberate use of anthrax spores 
as a bioterrorist weapon is possible. 


Most fungi develop spores as part of their genera- 
tive process. Fungi produce diploid spores in specialized 
organs known as sporangia. Fungal spores are capable 
of developing into a mature organism once favorable 
environmental conditions are encountered. Fungal 
spores are extremely light and can be carried for great 
distances by wind or water, and they are therefore an 
extremely effective means of long-distance dispersal. 
Liverworts and mosses also produce small diploid 
spores as a means of achieving an extensive dispersal 
of their asexual progeny to colonize new habitats. 


In botany, spores are reproductive cells that are 
capable of developing into a new individual plant, either 
directly or after fusion with another spore. Plant spores 
known as gonidia are developed by mitosis, or the process 
of division and separation of chromosomes that occurs in 
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Close up of spores on a fern leaf. (© Biophoto Associates/Photo 
Researchers, Inc.) 


a dividing cell. Mitosis produces two diploid daughter 
cells, each with the same chromosomal content as their 
parent cell. These types of spores are capable of produc- 
ing a mature organism without undergoing fusion with 
another type of spore. The diploid spores of club-mosses 
and ferns, which are vascular plants, are bisexual struc- 
tures that are used to propagate and disperse the plants. 


Plant spores known as meiospores are developed 
through the process of meiosis. Meiosis refers to 
reduction division of a diploid cell, which results in 
the formation of two haploid spores, each of which 
contains one of the two sets of chromosomes of the 
parent cell. Vascular plants produce two types of hap- 
loid spores. Megaspores are usually larger and are 
regarded as the female spore in sexual reproduction 
of plants, because the female gametophyte develops 
from these types of spores. Microspores are smaller, 
and they develop into the male gametophyte. Fusion 
of the male and female gametophytes leads to the 
development of plant seeds, which are diploid struc- 
tures that culminate sexual reproduction in higher 
plants. Seeds can be dispersed into the environment 
to colonize new habitats and perpetuate the species. 


Bill Freedman 
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l Springtails 


Springtails are tiny insects in the order Collembola, 
a relatively ancient and primitive group in the sub-class 
of wingless insects known as Apterygota. Springtails 
have a fossil record extending back to the Devonian 
era, some 400 million years ago. Collembolans undergo 
complete metamorphosis, where the immature stages 
(nymphs) are tiny representations of the adult. 


Springtails are named for their method of loco- 
motion when disturbed, springing high into the air. 
This mechanism involves a ventral “spring” (the 
furculum) on one of the abdominal segments, which 
is locked into a “catch” on another segment. When 
this mechanism is activated by a frightened springtail, 
it can propel the tiny animal as far as 1.6-2 in (4-5 cm). 
This distance is many times its body length, enabling 
the springtail to escape its predators, which are mostly 
soil-dwelling mites, tiny relatives of spiders. 


Springtails occur on all continents, living in soil and 
organic debris, or on the surface of non-flowing water. 
Springtails eat decaying organic matter and tender plant 
tissues, as well as sucking plant juices, or feeding on 
fungi and bacteria. Springtails can be enormously abun- 
dant in soils, with as many 300-600 animals/in* in good 
habitat, making populations of billions per acre. 


Springtails are not often serious pests. One spe- 
cies, the garden springtail (Bourletiella hortensis), 
sometimes causes significant damage to tender, 
recently germinated seedlings of agricultural or horti- 
cultural plants. Often, springtails occur in damp places 
in homes, or in the potting medium of house plants, 
where they can be seen as tiny, white specks jumping 
about on the surface. However, springtails do not do 
any damage in these domestic situations. 


Many species of springtails are active during winter. 
Some of the forest species migrate to the surface of the 
snowpack, where they bask and jump about in the winter 
or early spring sunlight and forage for spores and organic 
debris. A common species with this habit is the tiny, 0.08 
in (2 mm) long, dark-colored snow flea (Hypogastrura 
nivicola) of eastern North America and Europe. 


Bill Freedman 


I Spruce 


Spruces are species of trees in the genus Picea, 
family Pinaceae. The natural range of spruces is the 
Northern Hemisphere, where these trees occur in boreal 
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and cool-temperate climates. These climates are com- 
mon at high altitudes on the slopes of mountains and at 
high latitudes towards the north, south of the arctic 
tundra. 


Spruces sometimes dominate the forests in which 
they occur, or sometimes they are present in combina- 
tion with other conifer species. Spruces are also com- 
mon major or minor components of mixed-species 
forests with various angiosperm species of trees. 


Short, needle-like, sharply pointed, evergreen foli- 
age that grows from a peg like base of the spruce may 
persist on the branches for as long as a decade. The 
crown of spruce trees is typically spire like in shape. 
The bark is rough and scaly, and it oozes a resin 
known as spruce “gum” from wounds. Mature spruce 
trees develop male and female flowers, known as stro- 
bili, in the springtime. The downward-hanging, egg- 
shaped, woody cones of spruces mature by the end of 
the growing season. 


Species of spruce 


Many species of spruce will interbreed with each 
other, sometimes forming populations of hybrids that 
are fertile and have characteristics intermediate to 
those of the parents. When hybridization occurs in a 
genus, it is difficult for taxonomists to decide the exact 
number of species that are present. As a result, it is 
estimated that there are 35-40 species of spruces, 
depending on which taxonomic treatment is adopted. 
There are also a number of well-defined hybrids 
between some of the true species. 


Seven species of spruces occur in North America, 
and some additional species have been widely planted 
in forestry or horticulture. The richness of native 
spruce species is greatest in China, where 18 species 
occur. 


The most widespread species of spruce in North 
America is white spruce (Picea glauca), which ranges 
through almost all of boreal and temperate Canada 
and the northeastern United States. Black spruce 
(P. mariana) has a somewhat less extensive, more 
northern distribution, and it tends to occur in wetter 
sites than white spruce, including bogs. Red spruce 
(P. rubens) occurs in eastern Canada and New 
England and at high altitudes in the Appalachians. 


The other spruces of North America are western 
in distribution. Engelmann spruce (P. enge/mannii) is a 
widespread, montane species in the Rocky Mountains. 
Blue spruce (P. pungens) occurs in the southern Rocky 
Mountains. Sitka spruce (P. sitchensis) is widespread 
in humid forests of the west coast, ranging from 
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southern Alaska to central California. Brewer spruce 
(P. breweriana) has a very restricted distribution in 
southern Oregon. 


The Norway spruce (P. abies) is the most wide- 
spread species in western and central Europe. This 
species occurs naturally in that region, and it has also 
been cultivated as an economic species for at least 
three centuries. Norway spruce has also been intro- 
duced to North America for use in forestry and for 
planting in parks and around homes. 


Economic and ecological importance 
of spruces 


Spruces are commonly harvested for use in the man- 
ufacturing of pulp, paper, and cardboard. Spruces are 
excellent raw material for these uses because their light- 
colored wood has relatively long and straight fibers. In 
addition, the celluloseconcentration of the wood is high, 
while the concentrations of tannins, gums, resins, and 
other waste components are relatively small. 


Spruce logs are also sawn into lumber and other 
wood products and used to build structures, furniture, 
and other value-added products. Larger spruce logs 
may also be used to manufacture plywood and other 
composite materials. 


These uses of spruces in the forest industries are 
very important economically throughout the range of 
these trees in the Northern Hemisphere and elsewhere. 
Depending on the local ecological conditions and the 
type of forestry being practiced, the post-harvest regen- 
eration may rely on small spruce plants that were 
present before the harvest, on seedlings that establish 
naturally afterwards, or on seedlings that are deliber- 
ately planted. Subsequent management of spruce plan- 
tations may include the use of herbicides to reduce the 
competition from weeds, and thereby increase the 
growth rate of the economically valued spruce trees. 
The plantation may also be thinned to achieve optimal 
spacing, and insecticides may be sprayed if there is an 
epidemic of a significantly damaging insect. 


A relatively minor use of spruce bark is for the 
commercial extraction of tannins, chemicals useful in 
the tanning of raw animal skins into leather. Sometimes, 
spruce gum, especially of red spruce, is collected and 
used as a chewing gum with a pleasant, resinous taste. 
The spruce gum must be properly aged for this partic- 
ular usage. 


Spruces are also commonly used for horticultural 
purposes. In North America, use is most frequently 
made of native white spruce, red spruce, and blue spruce, 
a species that is particularly attractive because of its 
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glaucous, bluish foliage. The Norway spruce of Europe 
and tigertail spruce (P. polita) of China are also widely 
planted as ornamentals in North America. 


In the winter, spruce trees are commonly harvested 
for use as Christmas trees. They do well for this pur- 
pose, although they tend to shed their leaves if they are 
kept in a warm, dry, indoor environment for too long. 


Many species of resident and migratory wildlife 
require spruce-dominated forests as their critical hab- 
itat for breeding or other purposes. Spruces are impor- 
tant because they provide habitat for these species of 
plant and animal wildlife over great regions of the 
Northern Hemisphere. 


Because they are the dominant trees of many types 
of forests, spruces also confer a major element of the 
aesthetics of many remote landscapes. This is a major 
service of spruces because of the increasingly important 
economic impact of outdoor recreation and ecotourism. 


See also Pesticides. 


Bill Freedman 


l Spurge family 


Spurges or euphorbs are species of plants in the 
family Eurphorbiaceae. This is a rather large family of 
plants, consisting of about 7,500 species and 300 gen- 
era, mostly distributed in the tropics and subtropics, 
but also in the temperate zones. The most species-rich 
genera of spurges are the Euphorbia with about 1,600 
species, and Croton with 750 species. 


Most species in the spurge family have a white 
latex in their stems and leaves that is poisonous if it 
contacts the eyes or other membranes, or if it is 
ingested. The seeds are also often poisonous. Even 
rainwater dripping from the canopy of the manchineel 
tree (Hippomane mancinella) in the West Indies has 
enough toxin in it to cause a dermatitis reaction in 
people standing beneath. 


Some species in the spurge family are economi- 
cally important, either as food plants, ornamentals, 
medicinals, or weeds. 


Biology of spurges 


Spurges exhibit a wide range of growth forms. 
Most species are annual or perennial herbs, in the latter 
case dying back to the ground surface at the end of the 
growing season, but regenerating from roots and 
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A castor bean plant. (James Sikkema.) 


rhizomes at the beginning of the next growing season. 
Other species of spurges are shrubs and full-sized trees. 
Some species of spurges that grow in dry habitats have 
evolved morphologies that are remarkably similar to 
those of cacti (family Cactaceae). In some cases, the 
similarities between these families can be so great that 
many of the plants non-botanists believed to be cacti 
are actually spurges. 


When the stems or leaves of most species of 
spurges are wounded, they weep a white, milky sub- 
stance known as latex. The latex of spurges can be used 
to manufacture a natural rubber. Natural rubber is 
a polymer in its simplest form, derived from a five- 
carbon compound known as isoprene, although much 
more complex polymers can also be synthesized. The 
specific, beneficial function of latex to wild plants has 
never been convincingly demonstrated, although this 
substance may be useful in sealing wounds, or in deter- 
ring the herbivores of these plants. 


The individual flowers of spurges are usually rather 
small and unisexual. The latter characteristic can occur 
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Spurge family 


as separately sexed flowers occurring on the same plant 
(this is known as monoecious), or as different plants 
being entirely staminate or pistillate (dioecious). In 
many spurges, the individual flowers are aggregated 
together within a compact, composite structure known 
as a cyathium. In addition, most species of spurges have 
nectaries that secrete a sugary solution to attract insect 
pollinators. Some species’ flowers are highlighted by 
specialized, highly colorful leaves, giving the overall 
impression of a single, large flower. The composite floral 
structure, nectaries, and brightly colored bracts of 
spurges are all adaptations that encourage visitations 
by the insect pollinators of these plants. 


Economic products obtained from spurges 


By far the most important spurge in agriculture is 
the cassava, manioc, or tapioca (Manihot esculenta), a 
species that is native to Brazil, but is now grown widely 
in the tropics. The cassava is a shrub that grows as tall 
as 16.5 ft (5 m), and has large, starchy root tubers that 
can reach 11-22 lb (5-10 kg) in weight, and are proc- 
essed as food. The tubers of cassava mature in about 
18 months, but by planting continuously, people can 
ensure themselves a continuous supply of this impor- 
tant food plant. 


The tubers of cassava contain a poison known as 
prussic or hydrocyanic acid. The varieties known as 
“bitter cassava” have especially large concentrations of 
this toxic chemical. The prussic acid can be removed 
from the tubers by shredding them into a pulp, and then 
washing several times with water, or it can be denatured 
by roasting. The residual material from this detoxifica- 
tion processes is then dried and ground into an edible 
meal, which can be used to prepare foods for human 
consumption. This meal is a staple food for many inhab- 
itants of tropical countries, probably totaling more than 
one-half billion people. Other varieties of cassava, 
known as “sweet cassava,” have much less of the prussic 
acid and can be eaten directly after boiling or baking. In 
North America, cassava is a minor food, mostly being 
used to make tapioca pudding. 


Another, relatively minor agricultural species is 
the castor bean (Ricinis communis), from which castor 
oilis extracted. This species is native to tropical Africa, 
and it can grow as tall as 49 ft (15 m). The fruit of the 
castor plant is a spiny capsule containing three large 
seeds, each about 0.8-1.2 in (2-3 cm) long, and with a 
colorful, brownish-mottled seedcoat. The seeds con- 
tain 50-70% oil, which is extracted from peeled seeds 
by pressing. The oil is used as a fine lubricant for many 
purposes. Castor oil is also used as a medicinal, espe- 
cially as a laxative. The seeds of castor bean are highly 
toxic when ingested. 
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The para rubber tree (Hevea brasiliensis) is native 
to tropical forests of Brazil, where it grows taller than 
66 ft (20 m). The milky latex of this tree is collected 
from wide notches that are cut into the bark cambium, 
so that the latex oozes out and can be collected in a 
metal cup. The latex is later heated until it coagulates, 
and this forms the base for the manufacturing of nat- 
ural rubber, of which the para rubber tree is the 
world’s most important source. 


The latex of the para rubber plant is collected from 
wild trees in intact tropical forests in Amazonia, and in 
large plantations established in Southeast Asia, espe- 
cially in Malaysia and Indonesia. Para rubber trees can 
be tapped for as long as thirty years, and as much as 
6.6-8.8 Ib (3-4 kg) of rubber can be produced from each 
tree per year. The plantation latex is coagulated in fac- 
tories using acetic and formic acids, and it is then cured 
by drying and smoking. The raw rubber is later vulcan- 
ized (treated with sulfur under heat and pressure) to 
make a hard, black, elastic rubber useful for manufac- 
turing many products. If especially large amounts of 
sulfur are used, about 50% by weight, then a very hard 
material known as vulcanite or ebonite is produced. 


Horticultural spurges 


Various species of spurges are grown as showy 
plants in horticulture. Care must be taken with these 
plants, because their milky latex is very acrid, and can 
injure skin and moist membranes. The milder symp- 
toms of contact with the latex of spurges include a 
dermatitis of the skin. The eyes are especially sensitive, 
and can be exposed to the latex if a contaminated hand 
is used to scratch an eye. Severe, untreated exposure of 
the eyes to spurge latex can easily lead to blindness. 
Spurges are also toxic if eaten, and children have been 
poisoned and even killed by eating the foliage or seeds 
of ornamental spurges. 


The most familiar horticultural species of spurge is 
the poinsettia (Euphorbia pulcherrima), a native plant 
of Mexico. The poinsettia is often kept as a houseplant 
around Christmas time in North America. This plant 
has rather inconspicuous clusters of flowers, but these 
are surrounded by bright red, pink, or greenish-white 
leaves, which are intended to draw the attention of 
pollinating insects. 


The crown-of-thorns euphorbia (Euphorbia splen- 
dens) is a cactus-like plant native to Madagascar, with 
spiny branches and attractive clusters of red-bracted 
flowers, which is commonly grown as a houseplant or 
outside in warm climates around the world. Another 
tropical African species is the naboom (Euphorbia 
ingens). This is a tree-sized, cactus like plant, with 
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large, segmented and virtually leafless, green, photo- 
synthetic stems. It is also commonly cultivated in 
homes and warm gardens. Another unusual species is 
the pencil cactus (Euphorbia tirucalli), with thin, green, 
almost-leafless, photosynthetic stems. 


The genus Croton has many species that are grown 
for their colorful foliage in homes and greenhouses, or 
outside in warm climates. 


The castor bean can also be grown outdoors in 
frost-free regions as an ornamental plant, because of 
its interesting, large-leafed, dissected foliage. 


Spurges as weeds 


Many species of spurges have become noxious 
weeds in agriculture, especially in pastures, because 
these plants can be toxic to cattle if eaten in large 
quantities. One example of an economically important 
weed is the leafy spurge or wolf’s-milk (Euphorbia 
esula). This species was originally native to temperate 
regions of Europe and Asia, but became an invasive 
weed when it was introduced to North America. The 
introduction of this important weed probably occurred 
numerous times as a seed that was present in the ballast 
that ships often carried to give the vessels stability when 
sailing from Europe to North America. This ballast was 
commonly soil obtained locally in European harbors, 
and then discarded at American ports upon arrival. 


Leafy spurge now has a wide distribution in North 
America, but it is especially abundant in the 
Midwestern prairies. This species occurs in a diverse 
range of open habitats, including agricultural fields 
and pastures, and grazed and natural prairies. Leafy 
spurge is a herbaceous, perennial plant that grows an 
extensive root system that can penetrate as deep as 30 
ft (9 m) into the soil. The leafy spurge also produces 
large numbers of seeds, which are effectively dispersed 
by various means, including animals. 


Leafy spurge is a severe problem because it can 
poison livestock if they eat too much of this plant. The 
only exception is sheep, which can tolerate the latex of 
leafy spurge, especially early in the growing season. 
The latex of leafy spurge is also toxic to humans, 
causing dermatitis upon contact, and severe damage 
to the eyes and mucous membranes if contact is made 
there. Leafy spurge is invasive in some natural com- 
munities and in semi-natural habitats such as grazed 
prairie, where this species can become so abundant 
that it displaces native species. 


Infestations of leafy spurge have proven to be very 
difficult to control. Herbicides will achieve some meas- 
ure of success locally, but this sort of treatment has to 
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KEY TERMS 


Cyathium—tThe specialized, compact clusters of 
flowers in members of the spurge family. 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Latex—This is a white, milky liquid that is present 
in the tissues of spurges and many other plants. 


Monoecious—This refers to the occurrence of both 
staminate (or male) and pistillate (or female) flow- 
ers on the same plants. 


Rubber—This is a tough, elastic material made 
from the whitish latex of various species of plants, 
especially that of the para rubber tree of the spurge 
family. 


be repeated, often for many years. Recent investiga- 
tions have focussed on the discovery of methods of 
biological control, using herbivorous insects or diseases 
native to the natural Eurasian range of leafy spurge, 
which keep this plant in check in its natural habitats. So 
far, these methods have not proven to be successful. 


Various other species of spurges have also become 
agricultural weeds in North America, although none 
as troublesome as the leafy spurge. Some additional, 
weedy spurges include the spotted spurge (Euphorbia 
maculata) and cypress or graveyard spurge (E. cypar- 
issa), both of which likely became pests after escaping 
from gardens in which they had been cultivated. 


Resources 


BOOKS 


Judd, Walter S., Christopher Campbell, Elizabeth A. 
Kellogg, Michael J. Donoghue, and Peter Stevens. 
Plant Systematics: A Phylogenetic Approach. 2nd ed. 
with CD-ROM. Suderland, MD: Sinauer, 2002. 
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[ Square 


A square is a rectangle with all sides equal. A 
square with side a has perimeter 4a and area a’. 


The square is used as the unit of area; that is, a 
figure’s area is expressed as the number of equal 
squares of some standard, such as square inches or 
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Square root 


square meters, that the figure can contain. In Greek 
geometry, the area of a figure was determined by con- 
verting the figure to a square of the same area. This is 
easily accomplished for triangles, rectangles, and 
other polygons, but is often impossible for other fig- 
ures, such as circles. 


! Square root 


In mathematics, the number « is a square root of the 
number nif k? =n. For example, 4 and —4 are the square 
roots of 16 since 4 x 4 = 16 and (—4) x (—4) = 16. 
The square root symbol is a and for 1 greater than 
zero, the symbol is understood to be a positive num- 
ber. Thus /16 = 4 and —V16 = —4. 


As further examples, the square root of 1 (V1) 
equals 1; the square root of 4 (\/4) is 2; and the square 
root of 9 (/9) is 3. The other positive integers between 
2 and 9 have much more complicated square roots. 


Historically, the calculations for square roots 
were found in the Rhind Mathematical Papyrus 
(c. fifteenth century BC). Hundreds of years later 
(somewhere between 900 and 400 BC), ancient Indian 
mathematicians used square roots in their work. 
Modern usage of the square root sign was found in 
Europe in the sixteenth century. Mathematical histor- 
ians claim that the symbol is a modified version of the 
Latin radix, which means root. 


When n is a negative number, the square root ./n 
is called imaginary. Customarily, V/—1 is designated by 
iso that the square root of any negative number can be 
expressed as ai where ais a real number. Thus VJ—-5=5i. 


See also Imaginary number. 


Squash see Gourd family (Cucurbitaceae) 


l Squid 


Squid is the common name for a group of marine 
mollusks (phylum Mollusca) with highly developed 
eyes and brain, and complex swimming behavior. 
About one-half the length (24-36 in; 60-90 cm) of the 
common North Atlantic species Loligo pealei consists 
of its streamlined cylindrical body, and the other half 
is its set of eight arms and two arm-like tentacles. 
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A Caribbean reef squid. (Charles V. Angelo. Photo Researchers, 
Inc.) 


These appendages are equipped with small suction- 
cups, and surround the mouth opening. Squids have 
no external shell, but have an internal stiffening struc- 
ture known as the rod or pen. The squids of the 
Mediterranean are called calamares, from the Greek 
kalamos and Latin calamus, meaning writing-reed or 
pen. The body of squids has a pair of flexible, roughly 
triangular fins. The skin contains many pigment cells 
or chromatophores, capable of changing the color of 
the animal through expansion and contraction. 


Squids are classified in the class Cephalopoda and 
subclass Coleoidea (Dibranchiata), which places them 
with octopuses and cuttlefishes. Mollusks in the sub- 
class Coleoidea are separate from the chambered nau- 
tilus (subclass Nautiloidea) and the ammonoids 
(subclass Ammonoidea). Ammonoids became extinct 
at the end of the Cretaceous period. They were appa- 
rently active predators, with a coiled shell similar to 
the nautilus. Some species were up to 3 ft (1 m) in 
diameter. 


The first fossil mollusks originated during the 
primary radiation of the Precambrian era. These 
were gastropods (snails), followed by bivalves. 
Nautiloids appear later, and the Coleoidea (squids 
and related forms) later still. In terms of lineage, there- 
fore, squids and octopuses are the most recently 
evolved of the major groups of mollusks. 


There are about 650 species of living Coleoidea. 
Stasek (1972) regarded the Coleoidea as the result of 
evolution of a nautiloid lineage, modified in the direc- 
tion of loss of shell “and increased streamlining, speed, 
and muscularization of the mantle.” A group of squid- 
like animals called belemnoids appeared in the 
Permian period and flourished in the Jurassic and 
Cretaceous, leaving behind the fossil counterpart of 
the internal rod or pen of modern squids. 
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Reproduction in squids consists of the male 
inserting a packet of sperm into the mantle cavity of 
the female, using an arm especially adapted for this 
purpose, followed by egg laying on the ocean floor. 
The fertilized eggs, each about 0.01 in (2.5 mm) in 
diameter, develop in a mass of jelly, and hatch out as 
tiny squids, rather than as trochophore or veliger lar- 
vae as in other mollusks. Species of squids are found in 
all oceans, at all depths. The deep-sea species often 
have luminescent organs, which probably aid individ- 
uals to contact each other for breeding in absolute 
darkness. 


The range of size of squids is extremely wide. The 
smallest squid, with one of the longest names, is 
Pickfordiateuthis pulchella. It is a shallow-water spe- 
cies less than 1 in (2.2 cm) long. The largest is a giant 
squid, Architeuthis dux, a deep-sea species growing as 
long as 59 ft (18 m). This giant squid is therefore about 
800 times longer than the smallest one. Dwarf and 
giant species occur in other Mollusca; species of snails 
vary in diameter by about 300 times, and the largest 
and smallest bivalves differ in length by about 200 
times. 


Giant squids have been found dead on beaches in 
both the Northern and Southern hemispheres, and 
some have been captured off Australia and New 
Zealand. When the head and tentacles are fully 
extended, their total length may be up to 3.5 times the 
mantle length, great enough to inspire many sea-stories 
about deep-sea monsters. Scientific studies based on 
specimens of giant squid captured in the nets of trawlers 
have just begun. One study of tiny growth rings in 
statoliths of Architeuthis kirki suggested a life span of 
only about 2.5 years. (A statolith is a small, stone like 
part within the fluid-filled statocyst, an organ that ena- 
bles squid to sense position and acceleration.) This 
species was taken at an average depth of 1,750 ft (530 m) 
off the New Zealand coast. The largest animal had a 
mantle length of 7 ft (2.14 m). 


Squid are active swimmers, moving swiftly to cap- 
ture prey and to avoid being captured themselves. 
Swimming speeds of up to 11 yards per second (10 m/s) 
have been recorded, about the same as a world-class 
sprinter running a 100-meter dash. The mantle cavity 
is normally filled with sea water, and when the muscles 
of the mantle contract at the same time, a jet of water is 
forced out through a “funnel.” A principal anatomical 
feature of this system of propulsion is a nerve center 
(ganglion) with a giant axon (extensions of a neuron) 
emerging from it and carrying a signals to all of the 
muscles via branched endings. This giant axon, 0.13- 
0.25 in (0.5-1.0 mm) in diameter, is “giant” only in the 
sense that the axons of all other species are much 
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smaller. Its size has been exploited in laboratory 
research, and has permitted crucial experiments that 
have advanced knowledge of how neurons work far 
beyond what was known before the giant axon was 
discovered. On the assumption that neurons through- 
out the animal kingdom function similarly, our under- 
standing of the human nervous system has benefited 
greatly from study of the giant axon of squids. 
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l Squirrel fish 


Squirrel fish, belonging to the order Beryciformes, 
are brightly colored, medium-sized fish that are active 
mostly at night. Squirrel fish live in rocky or coral reefs 
in tropical and warm temperate seas. Their most dis- 
tinguishing characteristics are their large eyes and 
their ability to make sounds to ward off intruders. 


The order Beryciformes is composed of about 7 
families and just under 200 species of marine fish, 
including squirrel fishes, whalefishes, lanterneyes, 
pineconefish, and slimeheads. The relationships 
among the fish classified within this order are still 
debated. The order includes three suborders and five 
families. The family in which squirrel fishes are classi- 
fied, Holocentridae, is the largest containing nearly 
100 species. 


The Holocentridae family is divided into two sub- 
families: Holocentrinae (squirrel fishes) and Myripris- 
tinae (soldierfishes). Until recently, the subfamily of 
squirrel fishes contains three genera, Holocentrus, 
Neoniphon, and Sargocentron. These three genera 
contain a total of 43 species of squirrel fish. 


All squirrel fish have large eyes, and they often 
measure between 12-24 in (30-60 cm) long. Although 
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Squirrels 


Hawaiian squirrelfish (Sargocentron xantherythrum) ina 
shipwreck near Hawaii. (Andrew G. Wood/Photo Researchers, 
Inc.) 


these fish are commonly brightly colored—usually 
red—when viewed out of the water, they are actually 
quite well-cammoflaged on coral reefs where they are 
found. Water is very effective at absorbing red light 
and very little of it remains below the first few meters 
of the surface. The red coloring, therefore, appears 
black to marine predators and allows the squirrel fish 
to blend into shadows in nooks and caves on the reef. 
Some squirrel fish also have stripes. Their bodies are 
covered with large, rough scales and sharp spines. 


Squirrel fish are nocturnal; thus, they hide in 
crevices or underneath rocky surfaces in coral reefs 
during the daytime. At night, they spread out over 
the reef looking for food. While some species of squir- 
rel fish can go as deep as 660 ft (200 m), most species 
are found in fairly shallow water, usually between the 
surface and 330 ft (100 m) deep. Adults stay close to 
the bottom, but the young commonly float nearer to 
the surface. 


Squirrel fish are known for their ability to make a 
variety of clicking and grunting noises, produced by 
vibrating their swim bladders. It is believed that they 
do this to defend themselves and their territories. For 
example, one species, the longspine squirrel fish, is 
believed to make different sounds depending on the 
type of threat that is faced. The longspine uses a single 
grunt when challenging another fish that presents little 
threat. However, when facing a fish that is too large to 
intimidate, the longspine emits a series of clicking 
noises, signaling the need to retreat from the situation. 
The longjaw squirrel fish has also been observed mak- 
ing similar noises. 


Squirrel fish are sometimes eaten by humans; but 
because they are relatively small and covered with rough 
scales and spines, they have very little commercial value. 
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l Squirrels 


The squirrel family (Sciuridae) is a diverse group 
of about 44 genera of rodents, including the “true” or 
tree squirrels, as well as flying squirrels, ground squir- 
rels, chipmunks, marmots, groundhog, and prairie 
dogs. Members of the squirrel family occur in North 
and South America, Africa, Eurasia, and Southeast 
Asia, but not in Madagascar, New Guinea, Australia, 
or New Zealand. 


The squirrel family encompasses species that are 
exclusively arboreal, living in tropical, temperate, or 
boreal forests. It also includes species that are exclu- 
sively terrestrial, living in burrows in the ground in 
alpine or arctic tundra, semiarid desert, prairie, or 
forest edges. Most squirrels are diurnal, but a few, 
such as the flying squirrels, are nocturnal. Most squir- 
rels are largely herbivorous, eating a wide variety of 
plant tissues. Some species, however, supplement their 
diet with insects, bird eggs, and nestlings. 


The following sections describe most of the major 
groups in the squirrel family, with an emphasis on 
species occurring in North America. 


Tree squirrels 


There are about 55 species of tree squirrels in the 
genus Sciurus, that occur in Asia, Europe, North 
America, and South America. As their name suggests, 
tree squirrels are highly arboreal animals, living in 
forests of all types, from the limits of trees in the 
north, to the tropics. 


Tree squirrels have a long, bushy tail, used as a 
rudder when they are airborne while leaping from 
branch to branch and as a comfy wrap-around when 
the animal is sleeping. Tree squirrels forage during the 
day. They eat a wide range of plant tissues, but are 
partial to the flowers, nuts, and fruits of trees, some- 
times foraging on the ground to obtain these after they 
have fallen. They may also feed on insects, bird eggs, 
and nestlings. 


Tree squirrels utter a loud barking chatter when 
alarmed, often accompanied by an agitated fluttering 
of their tail. Their color varies from black through red, 
brown, and gray, often with whitish underparts. Tree 
squirrels do not hibernate, but they may sleep deeply 
in their arboreal nests for several days running during 
inclement winter weather. 


The eastern gray squirrel (Sciurus carolinensis) is a 
widespread species in eastern North America. Although 
gray is the most common color of the pelage of this 
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A red squirrel (Tamiasciurus hudsonicus). This squirrel eats 
the seeds of conifers, as well as mushrooms, buds, sap, and 
bird eggs and nestlings. There may be four pairs per acre in 
good habitat. (Robert J. Huffman. Field Mark Publications.) 


species, black-colored animals also occur, and these can 
be dominant in many eastern populations. The gray 
squirrel is found mostly in temperate angiosperm and 
mixed conifer-hardwood forests, but it has also adapted 
well to habitats available in the urban forests of older, 
more-mature neighborhoods. 


The western gray squirrel (S. griseus) occurs in 
oak and oak-pine forests of the western states. The 
eastern fox squirrel (S. niger) is a resident of hardwood 
forests of the eastern United States. This relatively 
large gray or rusty-yellowish colored species is com- 
monly hunted as a small-game animal. The tassel- 
eared or Kaibab squirrel (S. alberti) occurs in pine 
forests of upland plateaus of the central southwestern 
States, and has long, distinctive, tufts of hair on the 
tops of its ears. 


Red squirrels 


The two species of red squirrel (Tamiasciurus 
spp.), also known as chickarees and pine squirrels, 
are widespread arboreal animals occurring in coni- 
fer-dominated forests of North America, and to a 
lesser degree in mixed-wood forests. Red squirrels do 
not hibernate and are active all winter. However, dur- 
ing bad weather they may sleep for several days in their 
tree-top nest, usually located in a fork of a branch or in 
a hollow part of a tree. Red squirrels eat a wide range 
of nuts, fruits, flowers, coniferseeds, and mushrooms, 
as well as opportunistically predating on insects and 
bird nests. 


The red squirrel (Tamiasciurus hudsonicus) is quite 
widespread in boreal, montane, and pine forests. The 
range of this species extends from the northern limit of 
trees in Canada and Alaska, southward through the 
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Appalachian Mountains to South Carolina, and in the 
Rocky Mountains to New Mexico. This species has 
reddish fur and white underparts and feet. 


The Douglas squirrel, or chickaree (Tamiasciurus 
douglasii), occurs in conifer-dominated and mixed- 
wood forests, and ranges from British Columbia 
south to California. This species stores large caches 
of conifer cones for use as food during the wintertime. 


Marmots 


Marmots, along with the groundhog, are species 
of stocky, ground-dwelling animals in the genus 
Marmota. Marmots live in rocky crevices, or in bur- 
rows that they dig in sandy-loam soil. Most marmot 
species occur in alpine or arctic tundra, or in open 
forests of North America or Eurasia, although the 
groundhog is also a familiar species of agricultural 
landscapes. Marmots eat the tissues of a wide range 
of herbaceous and woody plants, and they store food 
in their dens, especially for consumption during the 
winter. Marmots become very fat prior to their winter- 
time hibernation, and then lose weight steadily until 
the spring. 


The most widespread species in North America is 
the groundhog or woodchuck (Marmota monax), 
which is a common animal of open habitats over east- 
ern and central regions of the continent. The ground- 
hog is a reddish or brownish, black-footed marmot, 
typically weighing 7-13 lb (3-6 kg). These animals dig 
their burrow complexes in open places in well-drained 
soil, usually on the highest ground available. 


The hoary marmot (M. caligata) occurs in alpine 
tundra and upper montane forest in the northwestern 
United States, and north to the arctic tundra of Alaska 
and Yukon. The yellow-bellied marmot (M. flaviventris) 
is a species of alpine and open montane habitats of the 
western United States. 


Prairie dogs 


Prairie dogs are species of ground-living herbi- 
vores in the genus Cynomys, occurring in open, arid 
prairie and grasslands of North America. Prairie dogs 
are highly social, living in complexes of burrows 
known as towns, which can contain thousands of ani- 
mals. Within these larger populations, the social struc- 
ture involves smaller family units known as coteries, 
each of which includes a breeding male, a harem of 
females, and immature youngsters. Prairie dogs feed 
on many species of plants, and because of the large 
population densities in their towns, they can greatly 
change the nature of the vegetation in their habitat. 
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Squirrels 


The most widespread species is the black-tailed 
prairie dog (Cynomys ludovicianus) of dry prairies 
from southern Saskatchewan to northern Mexico. 
The white-tailed prairie dog (Cynomys leucurus) 
occurs in grasslands of upland plateaus at higher ele- 
vation, in Colorado, Montana, Utah, and Wyoming. 


Ground squirrels 


Ground squirrels, gophers, or diggers are species 
of ground-dwelling rodents in the genus Citellus. 
These animals occur through much of western and 
northern North America and northern Eurasia. They 
typically have a grizzled, yellowish or grayish fur, 
often decorated with white spots or stripes. Ground 
squirrels eat seeds, fruits, foliage, and underground 
tissues of herbaceous plants, and they have internal 
cheek pouches to carry food to storage chambers in 
their underground burrows. Ground squirrels become 
very fat by the end of the summer, and they spend the 
winter in hibernation. 


Various species of ground squirrels occur in west- 
ern North America, only some of which are men- 
tioned here. The thirteen-lined ground squirrel (Cite/lus 
tridecemlineatus) 1s the widest-ranging species, occur- 
ring in shortgrass prairie and rangelands over much of 
the central United States and the southern prairie 
provinces of Canada. The Townsend ground squirrel 
(C. townsendi) occurs in dry, upland habitats of the 
western United States, while Richardson’s ground 
squirrel (C. richardsonii) occurs in similar habitats farther 
to the north. The Arctic ground squirrel (C. undulatus) 
occurs in open boreal forest and low-arctic tundra 
west of Hudson Bay as far as Alaska. This species is 
sometimes called the parka ground squirrel, because 
its fur is sometimes used to line the edges of the hood 
and sleeves of parkas. 


The California rock, or canyon, ground squirrels 
are a group of five closely related species occurring 
from Washington to northern Mexico, and as far east 
as Texas and Colorado. The California ground squir- 
rel (Spermophilus beecheyi) occurs in clearings in coni- 
fer forests in the Sierra Nevada of California. The rock 
squirrel (S. variegatus) has a wider range, and occurs 
in rocky canyons and talus slopes. Some taxonomists 
place these animals in the genus Otospermophilus. 


The golden-mantled ground squirrels, or copper- 
heads, are relatively small animals. Citellus lateralis is 
a species living in alpine tundra and open conifer 
forest of the Rocky Mountains and associated ranges 
from western Canada south to California. Some tax- 
onomists place this group of ground squirrels in their 
own genus, Callospermophilus. 
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KEY TERMS 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Herbivore—An animal that only eats plant foods. 


Hibernation—A deep, energy-conserving sleep 
that some mammals enter while passing the winter- 
time. In most species, hibernation is characterized 
by significantly slowed metabolic rates, and some- 
times a fall in the core body temperature. 


Antelope ground squirrels 


The antelope ground squirrels, or antelope chip- 
munks, are five relatively small species of arid habitats 
in the southwestern United States. These animals have 
a gray or reddish-brown coat, with a narrow white line 
running along each side of the body. The white-tail 
antelope squirrel (Ammospermophilus leucurus) occurs 
in desert and dry foothills of parts of the southwestern 
United States, Baja, and central Mexico. The Yuma 
antelope squirrel (A. harrisi) occurs in similar habitat 
in Arizona and northwestern Mexico. 


Chipmunks 


The American chipmunk (Tamias striatus) occurs 
in angiosperm-dominated forest through much of the 
eastern United States and southeastern Canada. 
Chipmunks live in burrows that they dig into the 
ground, and they have large cheek pouches used to 
carry food into their den. 


The western chipmunks are a more diverse group 
of about sixteen species occurring through most of 
North America, especially in the west, as well as in 
northeastern Asia. The most widespread species is the 
least chipmunk (Tamias minimus), a familiar species of 
a wide range of forest types, and a friendly animal at 
campgrounds. The yellow pine chipmunk (T. amo- 
noeus) is a widespread western species. 


Flying squirrels 


There are various types of flying squirrels, especially 
in tropical forests. However, those of the Americas are 
two species in the genus Glaucomys. Flying squirrels are 
nocturnal animals. They nest in cavities in trees, and are 
proficient at gliding from higher to lower parts of trees, 
using a wide flap of skin stretching between their legs as 
their aerodynamic “wings.” These animals feed on a 
variety of seeds, nuts, and fruits, and insects, bird eggs, 
and fledglings when available. The southern flying squir- 
rel (G. volans) occurs in a wide range of forest types 
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throughout southeastern North America. The northern 
flying squirrel (G. sabrinus) occurs farther to the north, 
and ranges across North America. 
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l Stalactites and stalagmites 


Stalactites and stalagmites are speleothems 
formed by water dripping or flowing from fractures 
on the ceiling of a cave. 


Stalagmites grow slowly (0.00028 to 0.0366 in/yr 
[0.0007 to 0.929 mm/yr])in natural caves but much 
faster in man-made tunnels or basements. Soda straw 
stalactites are the fastest growing (up to 40 mm/yr.), 
but most fragile, stalactites in caves. Soda straw sta- 
lactites form along a drop of water and continue grow- 
ing down from the cave ceiling forming a tubular 
stalactite, which resembles a drinking straw in appear- 
ance. Their internal diameter is exactly equal to the 
diameter of the water drop. Growth of most stalactites 
is initiated as soda straws. If water flows on their 
external surface, they begin to grow in thickness and 
obtain a conical form. If a stalactite curves along its 
length, it is called a deflected stalactite. If its curving 
is known to be caused by air currents, it is called 
an anemolite. Petal-shaped tubular stalactites com- 
posed of aragonite are called spathites. When some 
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stalactites touch each other they form a drapery with a 
curtain like appearance. 


When dripping water falls down on the floor of the 
cave it forms stalagmites, which grow up vertically from 
the cave floor. Any changes in the direction of the growth 
axis of the stalagmite suggests movement of the cave 
floor during the growth of the stalagmite. If a stalagmite 
is small, flat and round, it is called a button stalagmite. 
Stalagmites resembling piled-up plates with broken bor- 
ders are called pile-of-plates stalagmites. Rare varieties of 
stalagmites are mushroom stalagmites (partly composed 
of mud and having a mushroom shape), mud stalagmites 
(formed by mud) and lily pad stalagmites (resembling a 
lily pad on the surface of a pond). A calcite crust (shelf- 
stone) grows around a stalagmite if it is flooded by a cave 
pool and forms a candlestick. 


When a stalactite touches a stalagmite it forms a 
column. Usually, stalactites and stalagmites in caves 
are formed by calcite, less frequently by aragonite, and 
rarely by gypsum. Fifty-four other cave minerals are 
known to form rare stalactites. Sometimes calcite sta- 
lactites or stalagmites are overgrown by aragonite 
crystals. This is due to precipitation of calcite that 
raises the ratio of magnesium to calcium in the solu- 
tion enough that aragonite becomes stable. 


Rarely, elongated single crystals or twins of calcite 
are vertically oriented and look like stalactites, but in 
fact are not stalactites because they are not formed by 
dripping or flowing water and do not have hollow 
channels inside. These elongated crystals are formed 
from water films on their surface. 


In some volcanic lava tube caves, there exist lava 
stalactites and stalagmites that are not speleothems 
because thay are not composed of secondary minerals. 
They are primary forms of the cooling, dripping lava. 


The internal structure of stalactites and stalag- 
mites across their growth axis usually consists of con- 
centric rings around the hollow channel. These rings 
contain different amounts of clay and other inclusions, 
and reflect dryer and wetter periods. Clay rings reflect 
hiatuses of the growth of the sample. Stalagmites may 
be formed for periods ranging from a few hundred 
years up to one million years. Stalactites and stalag- 
mites in caves have such great variety of shapes, forms, 
and color that almost each of them is unique in 
appearance. At the same time, their growth rates are 
so slow that once broken, they cannot recover during a 
human life span of time. Thus, stalactites and stalag- 
mites are considered natural heritage objects and are 
protected by law in most countries, and their collec- 
tion, mining, and selling is prohibited. 


See also Mineralogy. 
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Standard Model 


Stalactites in Cueva Nerja, Spain. (Yavor Shopov.) 
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| Standard Model 


The Standard Model, in particle physics, is a 
theory that attempts to describe the strong, weak, 
and electromagnetic fundamental forces, along with 
the fundamental particles associated with them. First 
developed in the early 1970s, it is the complete cata- 
logue of fundamental particles known to physicists at 
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this time. The Standard Model—called a quantum 
field theory—gives an account of the irreducible 
piece-parts or fundamental particles of which all mat- 
ter and force are made, so far as those particles are 
known at this time. The Standard Model is not an all- 
embracing theory of everything (TOE), however, 
because it does not describe the force of gravity. 


The Standard Model was developed gradually start- 
ing in the late nineteenth century, when English physicist 
J.J. Thomson (1856-1940) discovered the electron. 
During the first half of the twentieth century, the basic 
concepts of quantum mechanics—the system of ideas 
and equations that describes particles and forces at small 
spatial scales—were developed. The Standard Model is 
the overall picture of physical reality produced by quan- 
tum mechanics after almost a century of further refine- 
ment and experimental testing. 


After the electron, the now-familiar proton and 
neutron were discovered (in the 1920s and 1930s, 
respectively), along with less-familiar particles such 
as the positron. As years passed, physicists discovered 
dozens of particles, most of them short-lived, using 
particle accelerators to smash protons, electrons, 
entire atoms, and other particles into each other at 
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Fundamental particle category of the standard model 
(Fermions) 


Fermions (matter constituents) Bosons (force carriers) 


Photons & other carriers Gluons 


of the weak force 


Leptons Quarks 


Table 1. Fundamental Particle Category of the Standard 
Model (Fermions). (Thomson Gale.) 


high speeds. Theory after theory was produced to 
account for the increasingly complex list of fundamen- 
tal particles thus discovered, and physicists eventually 
became convinced that this list was too messy, too 
“ugly,” to be truly fundamental. In the 1960s, phys- 
icists proposed that many of these fundamental par- 
ticles are in fact composite structures built up from a 
smaller family of more fundamental particles, the 
quarks. This view was confirmed by experiments, 
and the Standard Model settled into approximately 
its present form in the 1970s. 


The quark greatly simplified the list of known par- 
ticles, but did not succeed in reducing it to only one or a 
few fundamental particles: the Standard Model still 
requires dozens of unique and irreducible particles to 
account for all known experimental data. It does, how- 
ever, account for that data. Thus, the Standard Model 
accurately describes all experimental data so far col- 
lected about the small-scale behavior of particles and 
forces. In this sense, though still incomplete it is one of 
the most successful physical theories ever devised. 


The Standard Model’s catalogue of particles can 
be broken down into two basic categories (Table 1): 
matter constituents (fermions) and force carriers 
(bosons), which are generated by fermions. Each of 
these categories can be further broken down into two 
subcategories (as shown in the tables) that is described 
further below. All known physical phenomena other 
than gravity can be described in terms of the behavior 
of the fermions and bosons listed by the Standard 
Model. 


Below, the structure of the Standard Model’s ros- 
ter of particles is reviewed in detail. First, however, the 
terms matter constituent and force carrier require 
some explanation. (1) A matter constituent (fermion) 
is a fundamental particle (i.e., a particle that cannot, 
so far as physicists now know, be broken into smaller 
parts) that has mass and exerts forces on other fer- 
mions via baryon exchanges. Ordinary matter is con- 
structed from quarks and other fermions described 
by the Standard Model. (2) A force carrier (boson) is 
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a particle that mediates forces between fermions. That 
is, when two fermions exert a force on each other 
(e.g., electrical repulsion, in the case of two electrons), 
they are actually exchanging bosons (e.g., photons, in 
the case of electrical repulsion). One can roughly pic- 
ture force mediation via particle exchange by imagin- 
ing two people perched on wheeled stools who are 
throwing a series of baseballs to each other. Each 
ball thrown and caught causes the two ball-throwers 
to move apart with slightly increased velocity. Such 
an image cannot account for attractive forces medi- 
ated by particle exchange, but does lend the idea of 
force mediation a basic plausibility. Photons and 
gluons have zero mass, while the other bosons have 
nonzero mass. 


The Standard Model 


Fermions 


QUARKS. All matter is built up of fermions. There 
are two types of fermions—quarks and leptons—and 
three paired varieties, or generations, of quarks. The 
properties of quarks, such as flavor, have been given 
whimsical names by physicists because they do not cor- 
respond to anything in the everyday sensory world. The 
three generations of quarks, with their associated flavors, 
are (1) an up quark and a down quark, (2) a charm quark 
and a strange quark, and (3) a top quark and a bottom 
quark. Each of these six quark types may come in three 
colors (again, an arbitrary term denoting a physical 
property having nothing to do with visible color): red, 
blue, or green. There is, for example, an up, green quark; 
an up, blue quark; a down, red quark; and so on, for a 
total of 18 varieties (6 flavors x 3 colors = 18). Moreover, 
each of these 18 quark varieties is matched by a distinct 
antiquark having opposite electric charge and other com- 
plementary properties. There is, thus, a total of 36 dis- 
tinct, fundamental quarks (18 quarks + 18 antiquarks 
= 36). Only 12—the four up and down quarks and 
antiquarks, in three colors each—are long-lived enough 
to be constituents of ordinary, stable matter. 


Quarks, which have charges that are multiples of 
1/3 the charge of an electron, have never been 
observed alone; they are always bound together into 
composite particles (hadrons) because the amount of 
energy required to preserve them in a singular, or 
naked, state is too great to be realized even in particle 
accelerators. Quarks experience all four fundamental 
forces: the strong force, the weak force, the electro- 
magnetic force, and gravitation. (Physicists believe 
that all these forces are, in fact, manifestations of a 
single underlying force, and have already proved this 
underlying unity for the weak and electromagnetic 
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Standard Model 


forces. The unified weak-electromagnetic force is 
termed the electroweak force.) 


LEPTONS. Leptons are fermions that do not bind 
with each other into larger, composite particles such as 
protons and neutrons. An electron is a lepton. Unlike 
quarks, leptons can be observed in isolation. 


There are three lepton generations, each com- 
posed of an electrically charged particle and an asso- 
ciated, uncharged neutrino: (1) the electron and 
electron neutrino, (2) the muon (pronounced MEW- 
on) and muon neutrino, and (3) the tau and tau neu- 
trino. Each of these six particles has a corresponding 
antiparticle (e.g., the positron for the electron), giving 
a total of 12 leptons. Leptons do not experience the 
strong force, but they do experience the weak force 
and gravitation. The neutrino leptons have no electric 
charge and, therefore, do not experience the electro- 
magnetic force; the electron, muon, and tau leptons all 
have a negative charge and do experience the electro- 
magnetic force (Table 2). 


Note: Every flavor of quark comes in three colors, 
not listed here. Also, every quark and lepton has a 
corresponding antiparticle that is denoted by a bar 
over the particle’s letter. For example, the antiquark 
corresponding to an up quark would be denoted by u. 


Bosons 


The three fundamental forces—electroweak, strong, 
and gravitational—are mediated between fermions by 
exchanges of bosons. The photon mediates the electro- 
weak force and can, also, travel alone, as electromag- 
netic radiation. The W~, W*, and Z° bosons also 
mediate the electroweak force. One boson, the gluon, 
mediates the strong force that binds quarks together into 
larger particles such as protons and neutrons and that 
binds protons and neutrons together into atomic nuclei. 
A sixth boson, the Higgs boson, is hypothesized based 
on the mathematics describing the Standard Model, and 
is thought to explain the possession of mass by many of 
the particles in the model. The Higgs boson is the only 
particle described by the Standard Model that has not 
yet been detected experimentally. Bosons do not have 
antiparticles (Table 3). 


Hadrons 


Hadrons are particles built up out of quarks. There 
are about 260 different hadrons, including the proton 
and neutron. The quarks that constitute hadrons are 
held together by the strong force, and hadrons interact 
with each other via the strong force. The strong force 
was originally discovered because it was needed to 
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Fermions 


Leptons 
Electron (e) up (u) 
Electron neutrino (v,) down (d) 
charm (c) 
muon neutrino (v,,) strang (s) 
tau (7) top (t) 
tau neutrino ((u,) bottom (b) 


Quarks (6 flavors) 


muon (2) 


Note: Every flavor of quark comes in three “colors,” not listed here. Also, 
every quark and lepton has a corresponding antiparticle that is denoted by a 
bar over the particle's letter. For example, the antiquark corresponding to an 
up quark would be denoted by i. 


Table 2. Fermions. (Thomson Gale.) 


The three types of bosons 


Electromagnetic 
Weak force force 


Ww photon (y) 
wr 
Ze 


Strong force 


gluon (g) 


Table 3. The ThreeTypes of Bosons. (Thomson Gale.) 


explain how the protons and neutrons in the nucleus 
of an atom stick together, despite the electrical repul- 
sion between the like-charged protons. 


There are two types of hadrons: (1) baryons and 
antibaryons, each of which is made up of three quarks 
(the baryons) or antiquarks (the antibaryons), and (2) 
mesons, each of which is made up of one quark and 
one antiquark (Table 4). 


Status of the Standard Model 


Except for detection of the Higgs boson, which 
particle physicists hope to achieve in the next decade 
or two, the Standard Model corresponds almost per- 
fectly to experiment. However, it has several flaws and 
odd features that lead physicists to believe that it must 
eventually be absorbed into another, broader theory 
(possibly string theory). 


First, it seems to list too many fundamental par- 
ticles—several dozen of them. There are questions as 
to whether this can really be the simplest possible 
account of physical reality. 
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A table of selected hadrons with quark compositions 


Mesons 
pion (a*): ud 
kaon (K ): su 
rho (p*): ud 
B-zero (B®): db 


Baryons 
proton (p): uud 
antiproton (P): wud 


neutron (n): udd 
A: uds 
Q-: sss 


Table 4. Selected Hadrons. (Thomson Gale.) 


KEY TERMS 


Boson—A type of subatomic particle that has an 
integral value of spin and obeys the laws of Bose- 
Einstein statistics. 


Fermion—A type of subatomic particle with frac- 
tional spin. 


Hadron—A particle built up out of quarks. 


Second, the Standard Model does not attempt to 
explain gravitation. (A gravitation-mediating boson, 
the graviton, is often listed along with the other bosons 
of the Standard Model, but is not actually predicted by 
the mathematics of the model.) 


Third, the Standard Model relies on 19 numerical 
values that cannot be derived from its mathematics 
but must be determined by experiment. These values 
include the masses of various particles, the strengths of 
the strong and weak interactions, and more. 


Again, most physicists argue that it does not 
seem plausible that a model with 19 adjustable 
parameters can really be the simplest possible. Thus, 
refinement of the Standard Model continues on sev- 
eral fronts, especially detection of the Higgs boson 
(or, possibly, bosons) and on the absorption of the 
Standard Model into a more comprehensive theory 
(possibly string theory) that explains gravitation 
as well as the strong, weak, and electromagnetic 
forces. 


See also Subatomic particles. 
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| Star 


A star, in astronomy, is a roughly spherical mas- 
sive ball of hot gas that shines as a result of nuclear 
fusion reactions in its core. Stars are the fundamental 
objects in the universe. They are the factories where 
elements heavier than hydrogen are formed. The radi- 
ation from a typical star like the Sun provides temper- 
ate conditions on planets like Earth where life can 
arise. Since the Sun is obviously the central source of 
energy for Earth and its many ecosystems, under- 
standing how the Earth’s star works is an important 
area of research. Only in the past 80 years or so has the 
answer “Why does the Sun shine?” been partially 
answered, and many aspects of solar and stellar behav- 
ior are still poorly understood. Research on the 
physics of the Sun and stars will remain fresh and 
challenging for many years. 


About 4,000 to 6,000 stars can be seen by the 
naked eye at any one time in the night sky. Hundreds 
of thousands of stars can be seen with a small tele- 
scope. The largest of telescopes on the Earth can 
observe millions of galaxies, which may contain over 
200 billion stars. Astronomers estimate that there are 
over 1 x 107” stars in the entire universe. 


Stars have been objects of human curiosity since the 
earliest human ancestors looked skyward. Throughout 
history humans have told stories about the stars, formed 
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Star 


Antares (Alpha Scorpionis) is the bright star dominating this 
photograph. It is a conspicuous red supergiant, the brightest 
star in the constellation Scorpius. The bright object to the 
right of Antares is the M4 (NGC 6121) globular star cluster. 
(© Ronald Royer/Science Photo Library, National Audubon 
Society Collection/ Photo Researchers, Inc.) 


bright stars into pictures in the sky, and, in just the past 
80 years, begun to understand how stars work. 


It is natural that scientists, and people in general, 
should be so fascinated by the stars, for humans are 
tightly linked to them. Stars—and indeed the entire 
universe—are made mostly of hydrogen, the simplest 
and lightest element. However, human bodies, and 
other living things, are comprised of many more com- 
plex elements including carbon, nitrogen, calcium, and 
iron. These elements are created in the cores of stars, 
and the final act in many stars’ lives is a massive 
explosion that distributes the elements it has created 
into the galaxy, where eventually they may form 
another star, or a planet, or life on that planet. 
Understanding stars, therefore, is part of understand- 
ing human beings. 
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The nature of the stars 
Internal structure 


The Sun is a relatively stable star when compared to 
other stars. Its energy output is almost constant, with 
only tiny variations. This energy streams out into the 
solar system, where it is sufficient to heat the Earth, an 
entire planet nearly 93,000,000 mi (150,000,000 km) 
away. How does a ball of gas with the mass of the Sun 
(two million trillion kilograms) remain in a stable state 
like this for millions or billions of years? 


Stars like the Sun exist in hydrostatic equilibrium, 
which means that at every point within the star, there 
is a balance between the weight of the material over- 
lying that point and the gas pressure at that point. 
Figure 1 makes this a little clearer. suppose a person 
is halfway between the surface and the center of a star. 
Gravity attracts the star’s material towards its center, 
so the gas between the person and the surface tends to 
push one downward (arrow #1 in Figure 1). However, 
the gas where the person is positioned also exerts a 
pressure. The gas is being heated by the energy-pro- 
ducing reactions going on in the star’s core, and the 
hotter gas is, the more pressure it exerts. Trying to 
compress the gas is like trying to squeeze a balloon. 
One cannot just crush a balloon down to a point, 
because the air inside exerts a pressure on the sides of 
the balloon that resists the squeezing. In just the same 
way, the hot gas inside a star resists the weight of the 
overlying material, preventing it from falling inward 
under the influence of gravity (arrow 2 in Figure 1). 


A stable star has to have this balance between 
gravity and gas pressure at every point in its interior. 
However, the closer one goes to the star’s center, the 
greater is the weight of the overlying material, in the 
same way that when one swims closer to the bottom of 
a swimming pool, the pressure on the ears becomes 
progressively greater. 


Therefore, the gas nearer the center of the star has 
to be hotter, to exert a greater pressure that just coun- 
teracts the weight of all the gas above it. This is illus- 
trated in Figure 2, where the size of the arrows shows 
the amount of gravity and gas pressure at different 
points within a star. The Sun and all other stable stars 
exist in this condition. 


Energy generation 


To remain in hydrostatic equilibrium, a star has to 
keep its gas very hot. The gas near the Sun’s surface is 
about 6,000 K (Kelvin) (10,292°F; 5,700°C), while 
deeper in its interior the temperature reaches millions 
of degrees Kelvin (K). Clearly, a star needs a potent 
power source to keep all this gas so hot. And, if one 
continued the imaginary trip from Figure | still deeper 
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Surface 


Figure 1. Hydrostatic equilibrium of a star. (/llustration by Hans & Cassidy. Courtesy of Gale Group.) 


into the star, one would eventually find this power 
source, the star’s core. 


Stars generate energy in their cores, their central 
and hottest part. The Sun’s core has a temperature of 
about 15,000,000 K (15,000,000°C), and this is hot 
enough for thermonuclear fusion reactions to take 
place. Many different kinds of reactions are possible, 
but for stable stars, including the Sun, the primary 
reaction is one in which four hydrogen atoms are con- 
verted into one helium atom. Accompanying this trans- 
formation is an enormous release of energy, which 
streams out from the star’s core and supplies the energy 
needed to heat the star’s gas. (This is the same reaction, 
by the way, that occurs in a modern-day warhead of an 
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ICBM (intercontinental ballistic missile), the so-called 
H-bomb. The ultimate human weapon of destruction 
is, for a very brief instant, a tiny star.) The Sun converts 
about six hundred million tons of hydrogen into helium 
every second, yet it is so massive that it has been main- 
taining this rate of fuel consumption for five billion 
years, and will continue to do so for another five. 


Stellar models 


The facts discussed above are the products of one 
of the great achievements of twentieth-century astron- 
omy: the construction of stellar models that describe 
the internal structure of a star. 
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Figure 2. Hydrostatic equilibrium dictates that the pressure in 
each layer must balance the weight on that layer. 
Consequently, pressure and temperature must increase from 
the surface of a star to its center. (Illustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


The mechanisms at work in a stellar interior can 
be described by four mathematical formulae known 
collectively as the laws of stellar structure. These equa- 
tions describe how important quantities such as the 
temperature and pressure change with varying distan- 
ces from the star’s center. A stellar model calculation 
involves choosing starting values for the important 
stellar parameters and running the model to see if a 
self-consistent solution emerges. If one does not, the 
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parameters are repeatedly adjusted and the model 
rerun until a consistent solution is achieved. A success- 
ful model must reproduce the observed quantities at 
the stellar surface—i.e., the surface temperature of the 
model star should be the same as the temperature 
actually observed for a real star of the same mass 
and size. 


In the first part of the twentieth century, astron- 
omers calculated stellar models laboriously by hand. 
More recently, since the last quarter of the twentieth 
century, computers have enabled astronomers to con- 
struct increasingly detailed models. The work of stellar 
astronomers has, in just the past several decades, given 
humankind the essential answer to the ancient ques- 
tion, “Why does a star shine?” 


Mass: The fundamental stellar property 


Mass is the most important stellar property. This 
is because a star’s life is a continuous fight against 
gravity, and gravity is directly related to mass. The 
more massive a star is, the stronger its gravity. Mass 
therefore determines how strong the gravitational 
force is at every point within the star. This in turn 
dictates how fast the star has to consume its fuel to 
keep its gas hot enough to maintain hydrostatic equi- 
librium everywhere inside it. This controls the temper- 
ature structure of the star and the methods by which 
energy is transported from the core to the surface. It 
even controls the star’s lifetime, since the rate of fuel 
consumption determines lifetime. 


The smallest stars are about 0.08 times the mass of 
the Sun. If a ball of gas is any smaller than that, it 
cannot raise its internal temperature high enough 
while it is forming to ignite the necessary fusion reac- 
tions in its core. The largest stars are about 50 times 
more massive than the Sun. A star more massive than 
that would shine so intensely that its radiation would 
start to overcome gravity—the star would shed mass 
from its surface so quickly that it could never be stable. 
Virtually everything about a star is related to its mass, 
and in the next section, how this works will be dis- 
cussed in four case histories. 


Four stars 


In this section, an examination will be held about 
four stars in detail. At the high end of the mass scale is 
Alnilam, the central star in Orion’s belt, whose radius 
is 50 times that of the Sun. Next comes Regulus, the 
brightest star in the constellation Leo (the Lion). 
Regulus has a radius five times the Sun and a lifetime 
of 300,000,000 years. Next is the Sun, with a lifetime of 
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10,000,000,000 years, and finally Proxima Centauri, 
the nearest star beyond the Sun to the Earth, but so 
tiny, at one tenth the radius of the Sun, and faint that it 
is invisible to the unaided eye. These four stars are 
representative of the different properties and life cycles 
that stars can have. 


Luminosity. Although Regulus is only 4.5 times 
more massive than the Sun, its luminosity, or rate of 
energy output, is 200 times greater. Stable stars obey a 
mass-luminosity relation, which can be expressed as 
an equation of the form L = 3.5 M, where L is the 
luminosity in solar units, and M is the mass in solar 
units. Since luminosity is related to fuel consumption 
rate, more massive stars have to burn their fuel much 
more rapidly than less massive ones to remain in 
hydrostatic equilibrium. 


Lifetime. The mass-luminosity relation spells trou- 
ble for Regulus. Although Regulus has nearly five 
times as much fuel as the Sun does, it fuses it into 
helium 200 times faster. Astronomers, therefore, expect 
that Alnilam will live as a healthy star only about 0.025 
(5/200) times as long as the Sun. By the same argument, 
tiny Proxima Centauri should live for an enormously 
long time. Long after the Sun, Regulus, and Alnilam 
have gone out, Proxima will still be glowing. 


Energy transport. Energy flows from hot regions 
to cool regions. If one lets a cup of hot chocolate sit for 
a while, it gradually gets cold as its heat dissipates into 
the surroundings. Therefore, energy flows from a 
star’s intensely hot core outward to its surface, and it 
does so in two ways. One is called radiation, which is 
the normal flow of electromagnetic radiation through 
a medium such as a star’s gas. The other is called 
convection, and occurs when large, hot bubbles of 
gas rise, deposit their heat into a cooler, higher layer 
of the star, and then sink back down where they are 
reheated to begin the cycle anew. Convection is the 
phenomenon that builds cumulus clouds into towering 
thunderstorms on a hot summer day. Massive stars 
like Alnilam and Regulus have convective cores and 
radiative envelopes (envelope is the term used to 
describe the layers outside the core). Less massive 
stars like the Sun have radiative interiors with a con- 
vective zone just below their surface. Proxima 
Centauri is convective throughout. The type of trans- 
port mechanism a star uses at any point in its interior is 
determined by the local temperature structure, which 
in turn is governed by the star’s mass. 


Surface temperature. When one speaks of a star’s 
surface, the photosphere is usually meant, which is the 
thin layer from which the star emits most of the visible 
light that reaches human eyes. The photosphere is not 
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a surface as onee usually think of it, since it is thou- 
sands of times less dense than air. Below the photo- 
sphere, however, there is still enough stellar material 
between a ray of light and empty space that the light 
cannot escape. Above the photosphere, light can 
escape without interacting with any of the star’s mat- 
ter, and this defines the boundary between the star’s 
interior and its atmosphere. More massive stars are 
hotter than less massive ones, because their gravity is 
stronger and their gas pressure (which is related to 
temperature) has to be higher to counteract this strong 
gravity. Regulus’s photosphere is about 12,000 K 
(21,092°F; 11,700°C), and at this temperature it blazes 
with a brilliant, white light. Proxima Centauri, if one 
could see it, would be a dull red, with a photosphere of 
only about 3,000 K (4,892°F; 2,700°C). 


Atmosphere. The photosphere is the innermost layer 
of the star’s atmosphere. The Sun’s photosphere is only 
300 mi (500 km) thick—minuscule when compared with 
its radius of almost 210,000 mi (350,000 km). One might 
expect the temperature to keep dropping as one moves 
outward though the atmosphere, but this is not the case. 
In the Sun, the temperature rises sharply a few thousand 
kilometers above the photosphere. This region, which in 
the Sun is about 10,000 K (17,492°F; 9,700°C), is called 
the chromosphere. Further out, the temperature rises 
even further, culminating in a corona of perhaps 
2,000,000 K (2,000,000°C). Finally, beyond the corona, 
the temperature drops off and one has reached empty 
space and the end of the star. The existence of chromo- 
spheres and coronae baffled the scientists who discov- 
ered them and no one yet fully understands the nature of 
these regions. 


Circumstellar environment. Most stars lose mass in a 
stellar wind. In stars like the Sun, the wind is an insig- 
nificant portion of the total mass, but many stars have 
enhanced winds that carry off an important part of their 
mass. Because mass is the property that governs a star’s 
evolution, mass loss can play an important role in alter- 
ing the star’s evolution. The star Betelgeuse, for exam- 
ple, is an enormous, cool, red star that may end its life in 
a catastrophic supernova explosion—unless its strong 
wind carries off enough to prevent it. Additionally, 
stellar winds are a contributor to the replenishment 
and enrichment of the interstellar medium, the thin gas 
between the stars. During its life, therefore, a star con- 
tributes to the evolution of the galaxy it belongs to, as 
well as to future generations of stars. 


Variable stars 
Not all stars are as stable as the four discussed 


above. Many stars show periodic changes in brightness 
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Figure 3. Pulsating stars produce a light curve like this one, compiled from the variable star Mira during 1964-1965. (//lustration 
by Hans & Cassidy. Courtesy of Gale Group.) 


that are greater than the tiny variations a star like the 
Sun exhibits. Stellar variability has many causes. 


Some stars pulsate, expanding and contracting 
repeatedly. As they get larger, they brighten, and as 
they contract they get dimmer. They produce a light 
curve such as the one in Figure 3. This is the record of 
luminosity variations in the star Mira, a cool, red star 
that shows pronounced pulsation with a period of 
about 330 days. 


Stars may also be variable if they belong to a binary 
or multiple system, in which two or more stars are in orbit 
around one other. (Most stars belong to multiple sys- 
tems; the Sun is in a minority in this respect.) An impor- 
tant class of stars is the eclipsing binaries, which produce 
a light curve as one star passes in front of the other, 
blocking out its light and causing the whole system to 
appear dimmer. It is possible to determine the radii and 
masses of stars in eclipsing binaries—a very difficult or 
impossible task with single stars. Figure 4 shows the light 
curve of the famous eclipsing binary Algol. 
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Star deaths 


All stars, whether variable or single and stable like 
Regulus, the Sun, and Proxima Centauri, eventually 
exhaust their hydrogen fuel. At this point, gravity 
begins to dominate as the star’s energy output drops. 
The gas pressure goes down and the star contracts 
under its own gravity. However, contraction raises 
the core temperature even more, and stars like 
Alnilam, Regulus, and the Sun will all be able to 
eventually begin new fusion reactions involving 
helium, rather than hydrogen, as the fuel. The ashes 
of the previous reactions are now used as the fuel for 
the new ones. This process of finding progressively 
heavier elements to burn causes the stars’ radii to 
increase dramatically, at which point they are called 
giant or supergiant stars. Alnilam is one of these; it is a 
blazing supergiant, fusing elements heavier than 
hydrogen in its core, and shining with the light of 
30,000 Suns. If one were suddenly to replace the Sun 
with Alnilam, the Earth would become a broiling 
wasteland in very little time. 
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Figure 4. The light curve of Algol, one of the most famous variable stars in the sky. (//iustration by Hans & Cassidy. Courtesy of Gale 


Group.) 


Eventually the star fuses the last element it can use 
as a fuel source (for massive stars, this element is iron), 
and the result, as usual, depends on the mass: Alnilam 
will blow itself to bits in a supernova, and the dead 
remnant will be a neutron star or a black hole. The Sun 
will eject its outer layers more gently, in an expanding 
cloud of gas called a planetary nebula, leaving behind 
its carbon-and-oxygen core as a small, glowing object 
called a white dwarf. Proxima Centauri will do none of 
this. As its hydrogen runs low, an unimaginably long 
time in the future, it will slowly cool off as a slowly 
dying red dwarf. 


The fate of the Sun 


Our four stars illustrate the four possible fates of 
the stars: black holes, neutron stars, white dwarfs, and 
red dwarfs. The Sun will end its life as a hot-but-faint 
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white dwarf, an object no larger than the Earth, and 
like a dying ember in a campfire it will gradually cool 
off and fade into blackness. Space is littered with such 
dead stars. 


In its death throes, five billion years from now, 
the Sun will engulf Mercury, broil Venus, and wipe 
every vestige of life off the Earth. Alnilam will go 
much more violently; if it has planets, they will be 
vaporized by the supernova. In both cases, though, 
an expanding cloud of gas will be flung into space. 
This cloud will be rich in heavy elements, and there 
would be no such thing as iron atoms floating 
through space were it not for stars like Alnilam that 
create them in their central furnaces. 


Stars form from these cold, dark clouds, and so do 
any planets that form around the stars. The Sun and 
its planets are second-generation products of the 
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KEY TERMS 


Core—tThe central region of a star, where thermonu- 
clear fusion reactions take place that produce the 
energy necessary for the star to support itself against 
its own gravity. 

End state—One of the four possible ways in which a 
star can end its life. Stellar end states include black 
holes, neutron stars, white dwarfs, and red dwarfs. 


Hydrostatic equilibrium—The condition in which 
the gas pressure at a given place within a star exactly 
counterbalances the weight of the overlying mate- 
rial. Such a star is stable, neither expanding nor 
contracting significantly. 


Laws of stellar structure—The four mathematical 
formulae that describe the internal structure of a 
star. Using these laws, an astronomer can construct 
a stellar model that reproduces the observed proper- 
ties of the star and that describes the temperature, 


Milky Way galaxy, and much of the material that went 
into making the Sun, the Earth, and humans was once 
in the center of some distant and long-dead Alnilam- 
like star. The theme begun by those distant stars has 
been picked up by the present generation, and five 
billion years from now, the Sun in turn will return 
some of its products to space. Sometime after that, 
the cycle will begin anew. 


See also Binary star; Brown dwarf; Gravity and 
gravitation; Nova; Red giant star; Solar activity cycle; 
Solar flare; Solar wind; Spectral classification of stars; 
Star cluster; Star formation; Stellar evolution; Stellar 
magnitudes; Stellar populations; Stellar structure; 
Stellar wind; Sunspots; Variable stars. 
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pressure, and thermonuclear reactions, among other 
things, taking place inside the star. 


Luminosity—The rate at which a star radiates energy 
(i.e., the star’s brightness). The brightest stars are 
50,000 times more luminous than the Sun, while the 
faintest may be only a few thousandths as luminous. 


Mass-luminosity relation—Describes the depend- 
ence of a star’s brightness (luminosity) on its mass, 
and expressed in the form L = 3.5 M. More massive 
stars have stronger gravity, and therefore must pro- 
duce and radiate energy more intensely to counter- 
act it, than less massive stars. 


Photosphere—The thin layer at the base of a star’s 
atmosphere where most of the visible light escapes. 
Light below the photosphere is absorbed and scat- 
tered by the overlying material before it can escape 
to space. 


l Star cluster 


Star clusters are groups of stars that occur close to 
each other in space (and, thus, are gravitationally 
bound to one another), appear to have roughly similar 
ages, and therefore, seem to have had a common 
origin. Star clusters are typically classified into one 
of two large sub-groups: galactic clusters and globular 
clusters. Galactic clusters are sometimes also known 
as open clusters. Astronomers have identified thou- 
sands of galactic star clusters in the Milky Way galaxy, 
but no more than about 200 globular star clusters. 


The two types of star clusters found in the Milky 
Way galaxy differ from each other in a number of 
ways. First, galactic clusters occur in the plane of the 
galaxy, while globular clusters are found outside the 
galactic plane in the region known as the galactic halo. 
Second, globular clusters tend to be much larger than 
galactic clusters, with an average of a few thousand to 
a million stars in the former and a few hundred stars in 
the latter. In fact, some galactic clusters contain no 
more than a half dozen stars. Probably the most 
famous of all galactic clusters is the Pleiades, or the 
Seven Sisters. This grouping consists of six or seven 
stars as seen by the naked eye, but of many more when 
viewed by a telescope. Third, globular clusters, as their 
name suggests, tend to have a rather clearly defined 
spherical shape with a higher concentration of stars at 
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The Pleiades open star cluster (M45), which is situated in the 
constellation Taurus. The Pleiades cluster is about 400 light 
years from Earth and is young (only about 50 million years 
old) on a galactic time scale. The cluster is still embedded ina 
cloud of cold gas and interstellar dust, material left over from 
its formation. (Photo Researchers, Inc.) 


the center of the sphere. In contrast, galactic clusters, 
as their alternative name—open clusters—suggests, 
tend to be more open and lacking in any regular shape. 


Fourth, the compositions of stars found in each 
kind of cluster are quite different. The stars that make 
up galactic clusters tend to consist primarily of hydro- 
gen (more than 90%) and helium (almost 10%), with 
small amounts of heavier elements (less than 1%). Stars 
in globular clusters, on the other hand, contain even 
smaller amounts of heavier elements. This difference 
suggests that the stars in galactic clusters are much 
younger stars than those in globular clusters. When 
the latter were formed, the universe still consisted 
almost entirely of hydrogen and helium, so those were 
the only elements used in the formation of globular 
cluster stars. Much later in the history of the universe, 
some heavier elements had been formed and were 
present at the formation of galactic cluster stars. 


Astronomers found a new type of star cluster in 
2005 within the Andromeda galaxy. Although similar 
in some ways to globular clusters (for instance, it con- 
tained hundreds of thousands of stars and the stars 
showed similar characteristics with other globular 
clusters), this star cluster was much larger across 
than what is normally seen. This cluster was also 
several hundred light-years across (where one light- 
year is the distance that light travels in vacuum in 
one year). In addition, the star cluster was hundreds 
of times less dense. There is much to be learned from 
this star cluster. The information yet to be discovered 
may very likely help scientists learn more about how 
stars are created, evolve, and eventually die out. 
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Star clusters are important to astronomy because 
of the fact that these stars developed at about the same 
time. Thus, any differences seen within these stars is 
basically due to differences in mass. Theories of stellar 
evolution are often times based on studies of galactic 
and globular star clusters. 


| Star formation 


Star formation is the process by which a cold, dark 
cloud of gas and dust is transformed into a brilliant star 
with a surface temperature anywhere from 3,000 to 
50,000 K (4,900 to 90,000°F; 2,700 to 50,000°C). Many 
regions of the Milky Way galaxy are filled with cold 
clouds of gas that begin to contract, under certain con- 
ditions, as a result of their own gravitational attraction. 
As one of these clouds contracts, it heats up and tends to 
become spherical. The heating, however, produces pres- 
sure in the gas that counteracts the contraction, and 
eventually the contraction may stop if the gravity and 
gas pressure balance one another. If the cloud has 
become hot enough to begin thermonuclear fusion reac- 
tions at its center, it can then sustain itself against its own 
gravity for a long time. Such a cloud is then called a star. 


The interstellar medium 


When one looks up on a clear night, stars are 
seen—thousands of them—glittering against the seem- 
ingly empty backdrop of space. However, there is some- 
thing else out there; vast clouds of cold, dark gas and 
dust, visible only by the dimming effect they have on 
starlight shining through them. This is the interstellar 
medium, and it is the birthplace of the stars. 


In most places the interstellar medium is almost a 
vacuum, a million trillion times less dense than air. In 
other places, however, there are much greater concen- 
trations of clouds, sometimes so thick and dense that 
one cannot see through them at all. Such a cloud is the 
famous Horsehead Nebula in the constellation Orion. 
Often these clouds are enormous, thousands of times 
as massive as the sun. 


Unlike the sun, however, these interstellar clouds 
have relatively weak gravity. The gravitational attrac- 
tion between two particles decreases as the separation 
between them increases, and even in a huge cloud like 
the Horsehead Nebula, the matter is much more thinly 
distributed than in the sun. Therefore, the matter in 
the cloud tends not to condense. It remains roughly 
the same size, slowly changing its shape over the 
course of millennia. 
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An infrared image of the molecular cloud and region of star formation NGC 7538. The bright areas (just below center, and left of 
bottom center) are sites where stellar formation is taking place. Giant clouds of dust are fragmenting and forming new protostar 
systems; the ultraviolet radiation of the newborn stars is lighting up the surrounding dust. The larger hazy glow (right of top 
center) is radiation from the protostars pouring out from a gap in the dust clouds. (/an Gatley. Photo Researchers, Inc.) 


The birth of a star 


Imagine a cloud, drifting along through the inter- 
stellar medium. The cloud is unthinkably cold, in 
excess of —400°F (—240°C). It is not very dense, but 
it is so large that it renders the stars behind it either 
invisible or as dim, red points of light. It is made 
mostly of hydrogen, and has had its present shape 
and size for thousands of years. 


Then, something happens. A hundred parsecs 
away (about 190 trillion miles), a star explodes. It is 
a supernova, the violent end to a massive star’s life. An 
expanding, devastating blast races outward, forming a 
shock wave. It sweeps everything before it, clearing the 
space through which it passes of the interstellar 
medium. And eventually, it encounters the cloud. 


The shock wave slams into the cloud. The cold gas 
and dust is violently compressed by the shock, and as 
the particles are squeezed together, their mutual grav- 
itational attraction grows. So tightly are they now 
packed that they begin to coalesce under their own 
gravity. The shock has transformed the cloud: many 


parts are still thin and diffuse, but now there are multi- 
tudes of condensing blobs of gas. They did not con- 
tract by themselves before, but now they have been 
given the necessary impetus. 


When a blob of gas condenses, energy is released, 
and one of the beautiful theorems of physics shows 
scientists that half the energy goes into heating the gas. 
So as the blobs in the disrupted cloud condense, they 
get progressively hotter. Eventually they begin to glow 
a dull red, much as an electric burner on a stove begins 
to glow when it becomes sufficiently hot. 


This process of contraction cannot continue 
indefinitely. As the temperature in a contracting blob 
of gas becomes higher, the gas exerts a pressure that 
counteracts the inward force of gravity. At this point, 
perhaps millions of years after the shock wave 
slammed into the dark cloud, the contraction stops. 
If the blob of gas has become hot enough at its center 
to begin thermonuclear fusion of hydrogen into 
helium, it will remain in this stable configuration for 
millions or billions of years. It has become a star. 


Nature is filled with symmetries, and this is one of 
the most enchanting symmetries. The death of one star 
triggers the birth of new stars. Moreover, what of the 
rest of the dead star, the expanding blast of gas and 
dust that encountered no interstellar clouds? 
Eventually it comes to a halt, cooling and fading into 
darkness, where it becomes part of the interstellar 
medium. Perhaps, millions of years in the future, a 
shock wave will plow into it. 


Other methods of star formation 


The scenario described above leads to a situation 
like that shown in the Great Orion Nebula. Brilliant, 
newly born stars blaze in the foreground, while the 
great cloud surrounding them glows in the back- 
ground. This nebula glows because the intense 
radiation from the massive young stars near it is 
heating it. Contrast this with the Horsehead 
Nebula, which has no such sources of heat and there- 
fore is dark. 


These newly formed stars can themselves trigger 
star formation. Radiation—that is, light—exerts 
pressure on surrounding matter. The young stars in 
the Orion Nebula are huge by stellar standards, and 
their radiation is intense. Many of them lose mass 
continuously in a stellar wind that streams out into 
the cloud. After a few million years, the most massive 
of them will explode as supernovae. These effects 
can cause other parts of the neighboring cloud to 
begin contracting. Therefore, star formation might 
be able to bootstrap its way through an entire cloud, 
even if only part of the cloud is disrupted by a shock 
wave. 


An interstellar cloud does not always have to be 
disrupted by a shock wave to form stars, however. 
Sometimes a cloud may collapse spontaneously, and 
the process describing this phenomenon was discov- 
ered by English astronomer James Jeans (1877-1947). 
Above the so-called Jeans mass, which depends on the 
temperature and density of the cloud, a cloud will 
break up and contract spontaneously under its own 
gravity. Large clouds can break up into numerous 
cloudlets this way, and this process leads to the for- 
mation of star clusters such as the Pleiades. Often, two 
stars will form very close to one another, sometimes 
separated by a distance less than that from the Earth 
to the Sun. These binary systems, as well as multiple 
systems containing three to six stars, are quite com- 
mon. They are more common, in fact, than single 
stars: most of the stars seen at night are actually 
binaries. 
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Current research on star formation 


An important avenue of research involves study- 
ing the cycle of star births and deaths in the galaxy. 
Formation of stars depletes the interstellar medium, 
since some of its gas goes into making the stars. Then, 
as a star shines, a small part of its matter escapes its 
gravity and returns to the interstellar medium. More 
importantly, massive stars return a large fraction of 
their matter to the interstellar medium when they 
explode and die. This cycle of depletion and replenish- 
ment is critically important in understanding the types 
of stars seen in the galaxy, and the evolution of the 
galactic system as a whole. 


The advent of powerful new telescopes like the 
Hubble Space Telescope (HST) has opened astrono- 
mer’s eyes to new stars that may require new theories 
of formation. In 1997, the brightest star ever seen was 
discovered (by HST) at the core of the Milky Way 
galaxy. Named the Pistol star, it has the energy of 10 
million suns and would fill the distance of the Earth’s 
orbit around the Sun. In addition, its stellar wind is ten 
billions times stronger than the sun’s solar wind. 
Astronomers conjecture that it was created from one 
to three million years ago. The Pistol star is about 
25,000 light-years from the Earth; it is so turbulent 
that its eruptions create a gas cloud (the Pistol Nebula) 
that is four light-years across. It had been thought that 
a star so big could not have formed without blowing 
itself apart. So, in the 2000s, astronomers are re-exam- 
ining their ideas about stellar formation partially 
based on the Pistol star, especially of supermassive 
stars near the centers of galaxies. 


While some astronomers study the galactic or the 
interstellar medium, others study newly forming pro- 
tostars. Protostars are hot, condensing blobs of gas 
that have not quite yet achieved starhood, and they are 
hard to observe for two reasons. First, the phase of 
star formation is quite short by astronomical stand- 
ards, so there are not nearly as many protostars as 
there are fully formed stars. Second, protostars are 
often thickly shrouded by the remnants of the cloud 
from which they are forming. This makes them appear 
much dimmer, and so much harder to observe and 
study. 


Fortunately, newly forming stars do have some 
observable characteristics. A disk of dust and gas may 
girdle a protostar. An exciting possibility is that these 
disks are protoplanetary systems. Earth’s own solar 
system is thought to have formed from such a disk that 
surrounded the newly forming Sun, and disks around 
other stars such as Beta Pictoris may be current sites of 
planetary formation. Additionally, a protostar with a 
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disk may produce two beams of gas that stream out- 
ward from its poles along the lines of magnetic field 
associated with the disk. These so-called bipolar out- 
flows are classic signatures of a protostar with a disk. 


It is not necessary to observe only the Milky Way 
galaxy to find newly forming stars. Modern telescopes, 
including the currently operational Hubble Space 
Telescope and the James Webb Space Telescope 
(scheduled to be operational after 2013), are used to 
study star-forming regions in other galaxies. High- 
resolution observations can detect individual stars in 
the Milky Way’s satellite galaxies and in some other 
nearby galaxies. In distant galaxies, the regions of 
heated gas produced by new stars are visible. 
Observations of star formation in other parts of the 
Universe help confirm and give astronomers a broader 
perspective on the theories regarding star formation in 
the Sun’s own celestial neighborhood. 


See also Binary star; Gravity and gravitation; 
Interstellar matter; Star cluster; Stellar evolution. 
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i Starburst galaxy 


Billions of large, essentially independent groups of 
stars exist in the universe. These are called galaxies. A 
galaxy is labeled a starburst galaxy if an exceptionally 
intense rate of star formation is found to be taking 
place within it. This activity often occurs in galaxies 
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that are in the process of, or have recently undergone, 
a merging or collision with another galaxy. Examples 
of starburst galaxies include IC 10, the Antennae gal- 
axies (NGC 4038/NGC 4039), and the Cigar galaxy 
(Messier 82, M82, or NGC 3034). 


IC 10 was discovered in 1889 to be an irregular 
galaxy located within the Cassiopeia constellation. 
The Antennae galaxies are a pair of galaxies that are 
about 68 million light-years away from the Earth. The 
pair was discovered by German-born English astron- 
omer Sir Frederick William Herschel (1738-1822) in 
1785. They are located in the Corvus constellation. 
The Cigar galaxy is about 12 million light-years away 
(where one light-year is the distance that light travels 
in vacuum in one year) from the Earth within the Ursa 
Major constellation. The high rate of star formation 
found within the Cigar galaxy is due to an interaction 
with the spiral galaxy M81. 


Although astronomers do not know exactly what 
causes starbursts in galaxies, or what creates observed 
ripples in gas and dust of the outer regions of some of 
them, both phenomena occur in collisions between 
galaxies. The gravitational pull of the stars of two 
galaxies passing close to one another seems to cause 
increased star formation activity and the rippling 
effect. Such star formation is so dynamic that astron- 
omers estimate that if it were to continue on a normal 
basis the gas involved in such activity would be 
depleted much quicker than usually seen in the average 
life of stars in galaxies. 


First identified by an excess of infrared (heat) 
radiation from dust within galaxies, violent star for- 
mation is usually associated with very distant gal- 
axies. However, it is occurring in some of the nearby 
galaxies such as the closest starburst galaxy, NGC 
253. Within a region 1,000 light-years (about six 
quadrillion miles) across, the Hubble Space 
Telescope (HST) high resolution camera has shown 
very bright star clusters, dust lanes, which trace 
regions of dense gas, and filaments of glowing gas in 
the starburst core of the Milky Way galaxy. The HST 
has identified several regions of intense star forma- 
tion, which include a bright, super-compact star clus- 
ter. This discovery confirms the theory that stars are 
often born in dense clusters within starbursts. In 
NGC 253, dense gas coexists with and obscures the 
starburst core. Other measurements revealed unusual 
motions of the gas in the nucleus of NGC 253, which 
seem to indicate a fast-rotating ring of cold gas 
as well as gas flowing outward from the nucleus. 
Similar features have been found in other starburst 
galaxies. 
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Ground-based telescopes have shown that the 
core of one starburst galaxy contains massive clumps 
of young stars and nebulous ripples in its outermost 
stellar disk. These observations were made long after 
any collision, but it is expected that this galaxy, and all 
starburst galaxies, will eventually settle down to 
reduced star formation levels, and may some time 
resemble normal spiral galaxies similar to the Milky 
Way galaxy. 


Clint Hatchett 


Starch see Carbohydrate 


| Starfish 


Starfish or sea stars are marine invertebrates in the 
phylum Echinodermata, which also includes sea 
urchins, brittle stars, sea lilies, and sea cucumbers. 
Starfish belong to the class Asteroidea, which includes 
about 1,600 species inhabiting the shallow margins of 
all of the world’s oceans. Starfish vary widely in 
appearance. Some species grow up to 3 ft (1 m) in 
diameter; others are barely 0.5 in (1.3 cm) across. 
Starfish come in a rainbow of colors including bright 
red, cobalt blue, yellows, and the familiar orange- 
brown. 


Starfish are radially symmetrical with from 5 to 50 
arms radiating from a central disk. The skin of starfish 
is thick with bony plates (ossicles), spines, tiny pincers 
on stalks (the pedicillerae which keep the animal’s skin 
clean of debris), and bumps, between which are tiny 
folds of skin which function as the starfish’s gills. 


The nervous system of starfish consists of three 
main networks: the ectoneural (oral), the hyponeural 
(deep oral), and the entoneuoral (aboral) systems. 
There is no central ganglion, but this rather simple 
arrangement effectively allows the starfish to move 
(including the ability to right itself should it be turned 
over) and sense the world around it. 


The eyes of starfish are extremely simple, are 
located at the tip of each arm, and are primarily 
light-sensing dots. Starfish can tell light from dark, 
but are unlikely to see much more than that. The 
sense of smell, however, is quite sensitive. Chemo- 
receptors on the starfish’s skin can detect the faintest 
smell of its prey (clams), and even determine the direc- 
tion from which it is coming. The starfish then sets 
off to catch its prey, slowly and deliberately, at the 
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An ochre sea star (Pisaster ochraceus) on the California 
coast. (Robert J. Huffman. Field Mark Publications.) 


rate of 6 in (15.25 cm) per minute. As it moves it does 
not pinwheel, but follows one arm. The underside of 
each arm is lined with hundreds of tiny tube feet. Each 
tube foot ends in a suction cup, and is the terminal 
point of an elaborate hydraulic system within the 
animal. 


This hydraulic system has as its starting point a 
small reddish spot on the top of the central disk, the 
madreporite. The madreporite is comparable to the 
drain of a sink, as it serves as the entry for water into 
the stone canal, which joins the ring canal, off which 
radiate the tubes that run down the starfish’s arms and 
branch off into the tube feet. Movement is an elabo- 
rate process for a creature with so many feet, which are 
extended and placed on the substratum by filling each 
tube foot with water. To attach the tube foot, the 
starfish creates suction by drawing water out again 
and closing a tiny valve on the ampulla, a bulb at the 
top of the tube. The animal then contracts a muscle 
and draws itself forward on its tube feet, which are 
tremendously strong and able to keep a starfish cling- 
ing to rocks in all but the heaviest storms. 


Starfish also use their tube feet to prey on bivalve 
mollusks. When a starfish encounters a clam, it 
attaches its tube feet and begins to pull. It can pull for 
hours, or even days. Eventually, the clam’s adductor 
muscle that keeps the shell closed tires under this relent- 
less tug, and the clam’s shell opens a bit. The starfish 
does not need much of an opening—just enough to get 
part of its digestive system in. Starfish have two stom- 
achs, one that remains inside the body and another 
than can be protruded through the starfish’s mouth 
on the underside of the body. The starfish inserts this 
into the clam’s shell, and releases digestive enzymes. 


Because starfish lack teeth, they must convert 
their food to liquid form before they can ingest it. 
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Among the other prey items this bottom-dwelling 
predator eats are sea urchins, other starfish, small 
fish, sponges, and carrion. Some species draw in mud 
as they crawl along the bottom and extract organic 
material from the mud. One genus, Acanthaster (the 
crown-of-thorns starfish), has become famous for the 
damage it does to coral reefs, moving over the reef and 
stripping it clean of coral polyps. (The overabundance 
of the crown-of-thorns starfish can be partly attrib- 
uted to the reduction in the population of its major 
predator, the giant triton, by humans.) Starfish have 
long been the bane of fishermen. In an effort to kill 
starfish, fishermen would hack them to pieces and 
throw the pieces back into the sea. Unknown to 
humans, all that was being done was the creation of 
more starfish, since starfish have remarkable regener- 
ative abilities; all species can regenerate lost arms, and 
some can produce a whole new starfish from an arm 
with a piece of the central disk attached. 


Although such regeneration is a form of repro- 
duction, starfish generally reproduce by shedding eggs 
and sperm into the water. Once one female releases her 
eggs (up to 2.5 million at a time), other starfish nearby 
join in a kind of breeding frenzy, all releasing their 
sperm or eggs. The eggs float free with the plankton 
and develop into bipinnaria larvae, which remain free 
floating for another three weeks. They then settle to 
the bottom and metamorphose into the familiar star 
shapes. 


See also Brittle star; Sea lily. 
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l Starlings 


Starlings are robust, stocky song birds in the fam- 
ily Sturnidae. They have a stout beak and strong legs, 
and are included with other perching birds in the order 
Passeriformes. There are about 110 species of star- 
lings, whose natural range includes Eurasia, Africa, 
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A flock of starlings swarming telephone poles. (Richard 
R. Hansen. Photo Researchers, Inc.) 


the Pacific islands, and Australia. Starlings are small- 
to medium-sized birds, ranging in body length from 
about 4-17 in (10-43 cm), and are mostly found in 
forests, shrubby woodlands, and urban and suburban 
habitats. Starlings tend to be fast, direct fliers. Most 
species form flocks during the non-breeding season, 
and most northern species are migratory to some 
degree. Their songs are usually inventive and consist 
of garrulous chatters of whistles, squeaks, and imi- 
tated sounds. Starlings feed widely on small inverte- 
brates and fruits. Most species nest in cavities in trees 
or rocks, and both sexes cooperate in the feeding and 
rearing of the young. 


Most species of starlings, including the mynah 
bird, are distributed in tropical regions. Some of 
these are extremely beautiful birds. In Africa, for 
example, some of the most attractive bird species 
are starlings, with their brilliant metallic-green, 
blue, purple, and violet plumage. Notable are the 
long-tailed glossy starling (Lamprotornis caudatus), 
the chestnut-bellied starling (Spreo pulcher), and the 
superb starling (Spreo superbus). The African star- 
lings also include the oxpeckers (Buphagus), which 
glean ticks and blood-sucking flies off the back of 
large mammals. 


Many species of starlings are endangered because 
of the widespread destruction of their natural habitat 
(tropical forest, savanna, or shrubland). For example, 
the beautifully white Rothschild’s mynah (Leucopsar 
rothschildi) of Bali, Indonesia, is critically endangered 
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Golden-breasted starling perched on a branch. (Tom & Pat 
Leeson. Photo Researchers, Inc.) 


because its natural forest has been extensively cleared 
for agricultural uses and it is illegally poached for the 
cage-bird trade. 


Starlings in North America 


One of the world’s most widely introduced birds is 
the European or common starling (Sturnus vulgaris) 
that now occurs virtually worldwide in temperate 
regions of Eurasia, North America, and Australia. 
This starling was first successfully introduced to 
North America in 1890 in Central Park, New York 
City, when 60 birds were released. There had been 
earlier releases of common starlings by homesick 
European immigrants, but these had failed to establish 
a breeding population. However, once the common 
starling became locally established in New York, it 
expanded its range explosively, and this species now 
occurs throughout most of temperate North America. 
In recent decades the European starling has consis- 
tently been the most numerous species tallied on the 
annual Christmas bird counts, and it may now be the 
most abundant species of bird in North America. 


The European starling is an attractive bird, espe- 
cially during the late winter to summer when it bears its 
dark-glossy, spotted, nuptial plumage. These short- 
tailed birds flock together during the non-breeding 
season, and they sometimes occur in huge aggregations 
of hundreds of thousands of birds. The European star- 
ling forages widely for invertebrates, especially insects 
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living in the ground or in grass. During winter this bird 
mostly eats grains and other seeds. Although not a very 
accomplished singer, the renditions of the European 
starling are interesting, rambling assemblages of 
squeaks, whistles, gurgles, and imitations of the songs 
of other birds, and also of other sounds, such as 
squeaky clotheslines. Because the European starling is 
so common and lives in cities and most agricultural 
areas, it is possibly the most frequently heard and seen 
bird in North America, and also in much of the rest of 
the temperate world. 


Another starling introduced to North America is 
the crested mynah (Acridotheres cristatellus), released 
in Vancouver in the 1890s, where it became established 
but did not spread more widely. 


Importance of starlings 


A few species of starlings are considered to be 
important pests. For example, in North America the 
European starling is widely regarded as a problem 
when it occurs in large numbers. This species has con- 
tributed to the decline of some native species of birds 
by competitively displacing them from nesting cavities, 
which are usually in short supply. Various native birds 
have been affected by this competition with starlings, 
including the eastern and mountain bluebirds (Sialia 
sialis and S. mexicanus, respectively), the tree swallow 
(Uridoprocne bicolor), and the red-headed woodpecker 
(Melanerpes erythrocephalus). The European starling 
can also foul buildings with its excrement, corroding 
stone and metals and creating a health hazard to people 
through exposure to pathogenic fungi. In addition, the 
European starling sometimes causes agricultural dam- 
age, especially to certain tender fruits, such as cherries. 
For similar reasons, the Indian mynah (Acridotheres 
tristis) is often considered a pest in tropical regions. 


However, these abundant species of starlings are 
also beneficial in some respects, because they eat large 
numbers of potentially injurious insects, such as cut- 
worms and other beetle larvae that can damage lawns. 
The European starling and Indian mynah are also 
among the few non-human animals that can tolerate 
urban environments, and these birds provide an aes- 
thetic benefit in cities. 


A few species of starlings are easily bred in cap- 
tivity, and are important in the pet trade. The best- 
known example of this is the hill mynah (Gracula 
religiosa), native to South and Southeast Asia and 
widely kept as a pet. This attractive species maintains 
a busy and noisy chatter, and can be easily trained to 
mimic human words and phrases. 


See also Introduced species. 
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| States of matter 


Matter is defined, generally, in science as anything 
within the universe that has mass (is influenced by 
gravity and inertia), occupies space, and can be con- 
verted to energy. The last characteristic of matter (that 
is, can be converted to energy) has only been around 
since German-American physicist Albert Einstein 
(1879-1955) declared that energy and matter are the 
same. Einstein said that energy and matter are equated 
by the equation E = mc’, where the energy (£) of a 
body is equal to the mass (m) of that body times the 
speed of light (c) squared. 


As easy to identify examples, matter includes: the 
food eaten, the water drunk, the air breathed, the ores 
deep within the Earth, as well as the atmosphere above 
it, the substances that make up the moon, and the stars 
as well as the dust in the tail of a comet. It is fairly easy 
to observe that matter exists in different forms or 
states: solids, liquids, gases, and the less familiar 
plasma state. 


Nature of matter 


All matter is composed of very small, discrete 
particles, either atoms, ions, or molecules. The nature 
of a particular substance depends on the type and 
arrangement of the atoms within the molecule. 


It is possible for these particles to assume different 
arrangements in space. For example, they can be 
arranged close together or far apart. They can be neat 
and orderly or random and disordered. Since two par- 
ticles cannot occupy the same place at the same time, 
they can be pushed closer together only if there is 
empty space between particles. Sometimes they slip 
and slide past each other and sometimes they are 
locked rigidly into a specific position. The state in 
which any particular piece of matter exists depends 
on these properties. Under the right conditions, any 
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A piece of SEAgel sitting on soap bubbles. SEAgel (Safe 
Emulsion Agar gel) is a material claimed to be the first lighter- 
than-air solid. It is made from agar, a seaweed derivative used 
as a thickening agent in the food industry, and is 
biodegradable. SEAgel could be used as a thermal insulator 
instead of plastic foam or balsa wood. High density SEAgel 
could be used instead of plastic packaging. The substance is 
soluble in water above 122°F (50°C). (Lawrence Livermore 
National Laboratory/Science Photo Library, National Audubon 
Society Collection/Photo Researchers, Inc.) 


substance can exist in all of the states of matter: solid, 
liquid, gas, or plasma. 


The atoms, molecules, and ions that make up all 
matter are in constant motion, which can range from 
vibrating within a fairly rigid position to moving ran- 
domly at very high speeds. Movement is always in a 
straight line until some other force interferes with the 
motion. Like billiard balls, the moving particles can 
hit other particles or objects such as the walls of their 
container. These collisions cause the particles to 
change direction and, although no energy is lost, it 
can be transferred to other particles. 


Various forces exist between the particles of mat- 
ter. The degree of attraction or repulsion depends on 
such factors as whether the particles are electrically 
neutral or carry a charge, whether the charges are 
localized or balanced out, how big or small the par- 
ticles are, and how far apart the particles are from each 
other. 


Solids 


Matter is said to be in the solid state when it is 
rigid; that is, when it retains a definite shape and 
volume against the pull of gravity. Strong attractive 
forces exist among the particles that make up solids, 
causing them to position themselves close together in 
an orderly and definite arrangement in space. Their 
motion consists mainly of vibrating in a fixed position 
so the shape and the volume (amount of space they 
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Gallium melts at 86°F (30°C). (© Yoav Levy/Phototake NYC.) 


occupy) are maintained. The atoms, ions, or molecules 
cannot be pushed closer together; therefore, solids 
cannot generally, in normal circumstances, be com- 
pressed any closer together. 


Many solids exist in the form of crystals, which 
have simple geometric shapes, reflecting the regular 
spatial arrangement forms and shapes depending on 
the arrangement of the atoms, ions, or molecules of 
which they are made. This arrangement is called a 
lattice. Other solids, such as lumps of clay, seem to 
have no preferred shapes at all. They are said to be 
amorphous (without form). This is true because the 
individual crystals may be very tiny or because the 
substance consists of several kinds of crystals, ran- 
domly mixed together. Other solids, such as glass, 
contain no crystals at all. 


When solids are cooled to lower temperatures, the 
orderly arrangement of their particles stays basically 
the same. The vibrations become slightly slower and 
weaker, however, causing the particles to move closer 
together and the solid contracts slightly. However, 
when solids are heated, the vibrations become faster 
and broader. This causes the particles to move slightly 
farther apart, and the solid expands a little. If heated 
enough, the particles will vibrate so vigorously that the 
rigid structure can no longer be maintained. The lat- 
tice begins to fall apart, first into clumps, and even- 
tually into individual particles that can slip and slide 
past each other as they move about freely. At this 
point, the solid has become a liquid. 


The temperature at which a solids loses its rigid 
form and turns into a liquid is called the melting point. 
Different substances have different melting points that 
are dependent on the sizes of the particles and the 
strength of the attractions between the particles. In 
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general, heavier particles require more energy (higher 
temperatures) in order to vibrate vigorously enough to 
come apart. In addition, the stronger the attractions 
between the particles, the more energy is required to 
break them apart and change the solid into a liquid. In 
both cases—heavier particles and stronger attrac- 
tions—the melting point will be higher. 


Water serves as a good example. Liquid water 
freezes at the same temperature that ice melts, and 
the melting and freezing points are therefore identical. 
This is true for all substances. Ice melts at 32°F (0°C), 
which is uncharacteristically high for particles the 
weight of water molecules. This unusually high melt- 
ing/freezing point is caused by the very strong attrac- 
tive forces that exist between the molecules, making it 
very difficult for particles to move away from their 
neighbors and for the crystalline structure to collapse. 
Metals melt at much higher temperatures than ice. For 
example, copper is made into various shapes by melt- 
ing it at 1,985°F (1,085°C), pouring it into molds, and 
cooling it. It is then usually purified further by elec- 
trolysis before it is commercially useful. Since pure 
substances have unique melting points that are usually 
quite easy to determine, chemists often use them as the 
first step in identifying unknown substances. 


The amount of energy required to change a solid 
to a liquid varies from substance to substance. This 
energy is called the heat of fusion. Ice, for example, 
must absorb 80 calories per gram in order to melt into 
liquid water. Similarly, water releases 80 calories per 
gram of water to freeze into ice. Each of these changes 
occurs at the melting/freezing point of water, 32°F 
(0°C). In melting, since all the heat energy is used up 
in breaking the crystalline lattice, there is no change in 
temperature. However, once all the ice has melted, the 
absorbed energy causes the temperature of the liquid 
water to rise. This is generally true of the melting of all 
solids. 


Liquids 

The change from solid to liquid is a physical rather 
than chemical change because no chemical bonds have 
been broken. The individual particles—atoms, ions, or 
molecules—that made up the solid are the same indi- 
vidual particles that make up the liquid. What does 
change is the arrangement of the particles. In the liquid, 
the particles are at a higher temperature, having more 
energy than in the solid, and this allows them to move 
away from their nearest neighbors. Attractions between 
liquid particles—though less than those of solids—is 
still fairly strong. This keeps the particles close to each 
other and touching, even though they can move around 
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past one another. They cannot be pushed closer 
together, and so, like solids, liquids maintain their vol- 
ume and cannot be compressed. Because their particles 
move freely around, liquids can flow, and they will 
assume the shape of any container. 


Like solids, the particles of liquids are close to 
each other; therefore, the amount of space occupied 
by liquids is quite close to that of their corresponding 
solids. However, because of the disorderly arrange- 
ment, the empty space between the liquid particles is 
usually slightly greater than that between the particles 
of the solid. Therefore, liquids usually have a slightly 
larger volume—that is, they are less dense—than sol- 
ids. A very unusual exception to this is the case of ice 
melting to form water, when the volume actually 
decreases. The crystalline lattice of ice has a cage-like 
structure of HO molecules with big, open spaces in 
the middle of the cages. When the ice melts and the 
crystal breaks down, the cages collapse and the mole- 
cules move closer together, taking up less space. 
Consequently, a given weight of water occupies more 
volume as ice than as liquid. In other words, ice is less 
dense than water. Therefore, ice floats on liquid water. 
In addition, a full, closed container of water will break 
as it freezes because the ice must expand. A water pipe 
may break if it freezes in winter because of this unusual 
property of water. 


Boiling 

As the temperature of a liquid is increased, the 
particles gain more energy and move faster and faster. 
Jostling about and colliding increases until eventually 
the particles at the surface gain enough energy to over- 
come the attractive forces from their neighbors and 
break away into the surrounding space. At this point, 
the liquid is becoming a gas (also called a vapor). The 
temperature at which this happens depends on what 
the substance is. This temperature, known as the boil- 
ing point, remains constant during the entire process 
of boiling because the added heat is being used up to 
break the attraction between the particles. The reverse 
process, condensation, occurs at the same temperature 
as boiling. Like the melting point, the boiling point is 
unique for each pure substance, and can be used as an 
analytical tool for determining the identities of 
unknown substances. 


The amount of energy required for a given 
amount of a liquid to vaporize or become a gas is 
called the heat of vaporization (or condensation). It 
varies from substance to substance because the par- 
ticles of different substances may be heavier or lighter 
and may exert different attractive forces. The amount 
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of energy absorbed when | gram of water completely 
changes to a vapor is 540 calories. Conversely, 540 
calories are released when | gram of water vapor 
changes back to liquid. 


When a liquid reaches the boiling point, particles 
on the surface actually gain enough energy to break 
away from the surface. However, as heating continues, 
particles throughout the liquid are also increasing in 
energy and moving faster. In a body of the liquid, 
however, the particles cannot escape into the air, as 
those on the surface can. This action happens because 
they happen to be buried deep down below the surface. 
It also happens because the atmosphere is pushing 
down on the entire liquid and all the particles within 
it, and, in order to break away, these particles deep 
within the liquid must acquire enough energy to over- 
come this additional pressure. (The surface particles 
can just fly off into the spaces between the air mole- 
cules.) When a group of interior particles finally do 
get enough energy—get hot enough—to overcome the 
atmospheric pressure, they can push each other away, 
leaving a hollow space within the liquid. This is a 
bubble. It is not entirely empty, however, because it 
contains many trapped particles, flying around inside. 
The lightweight bubble then rises through the liquid 
and breaks at the surface, releasing its trapped par- 
ticles as vapor. Scientists then say the liquid is boiling. 


Since the pressure inside the bubbles must over- 
come atmospheric pressure in order for the bubbles to 
form, the boiling point of a substance depends on 
atmospheric pressure. Liquids will boil at lower tem- 
peratures if the atmospheric pressure is lower, as it is 
on a mountain. At the top of Mount Everest (the 
highest point on the surface of the Earth and within 
the Himalaya range in Asia), 29,000 ft (8,839 m) above 
sea level, where the pressure is only about one-third 
that at sea level, water boils at 158°F (70°C). At 10,000 
ft (3,048 m) above sea level, water boils at 192°F 
(89°C). It would take longer to cook an egg where 
the boiling point is 192°F (89°C) than at sea level 
where the boiling point is 212°F (100°C). The normal 
boiling point of a liquid is defined as its boiling point 
when the atmospheric pressure is exactly 760 mm Hg, 
or | atmosphere. 


With the diminishing supplies of fresh water 
today, it is increasingly important to find ways of 
desalinating—removing the salt from—seawater in 
order to make it useful for human consumption, agri- 
culture, and industry. Changes in state, both boiling 
and freezing, are useful for this purpose. When salt 
water is heated to boiling and the vapors cooled, they 
condense to form water again, but the salt stays behind 
in a very salty residue called brine. By this process, 
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called distillation, freshwater has been recovered from 
salt water. Similarly, when salt water freezes, much of 
the salt stays behind as a very salty slush. The ice is 
removed from the brine and melted to produce rela- 
tively fresh water. 


Gases 


When a substance has reached the gaseous state, 
the particles are moving at relatively high speeds, and 
in straight lines, until they encounter other particles or 
some other barrier. The spaces between the particles 
are many times the size of the particles themselves. 
Generally, gas particles travel large distances through 
space before colliding with another particle or object. 
When colliding, although energy can be lost by one 
particle, it is gained by another and there is no net gain 
or loss of energy. 


Because the particles are flying freely in the gas- 
eous state, gases will fill whatever space is available to 
them. Thus, 100, 1,000, or ten million particles of gas 
in a container spread out and fill the entire container. 


The characteristics of gases vary widely. While some 
gases dissolve in water, smell strong, react with most 
substances, and appear colorless, others have properties 
exactly opposite to these characteristics. Thus, while 
most gases are transparent, some show colors such as 
the yellowish-green colored chlorine. Most gases have 
no smell, but some gases have a strong smell that is very 
noticeable, such as ammonia. Some of the gases that 
react strongly are oxygen and fluorine. In fact, fluorine 
reacts with most substances. On the other hand, the 
noble gases are mostly unreactive. In fact, neon has 
never been shown to react with any other substance. 


Plasma 


Plasmas are considered by some to be the fourth 
phase of matter. They are closely related to gases. Ina 
plasma, the particles are neither atoms nor molecules, 
but electrons and positive ions. Plasmas can be formed 
at very high temperatures—high enough to ionize 
(remove electrons from) the atoms. The resulting elec- 
trons and positive ions can then move freely, like the 
particles in a gas. Although not found naturally on the 
Earth except in the outermost atmosphere, plasmas 
are probably more prevalent in the universe than the 
other three states of matter. The stars, comets’ tails, 
and the aurora borealis are all plasmas. Because their 
particles are electrically charged, plasmas are greatly 
influenced by electric and magnetic fields. 


The name plasma was given to this state by 
American chemist Irving Langmuir (1881-1957) in 
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1920. Langmuir was one of the first modern scientists 
to study ionized gases. He called them plasma because 
they looked similar to blood plasma. Much research 
today involves the study of plasmas and the ability to 
control them. One possible method for producing 
enormous amounts of energy through nuclear fusion 
involves the production and control of plasmas. 


See also Density; Desalination; Evaporation; 
Gases, properties of. 
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Static electricity see Electrostatic devices 


| Statistical mechanics 


Statistical mechanics is a sub-branch of physics 
that attempts to predict and explain the behavior of a 
macroscopic system based on the behavior and prop- 
erties of that system’s microscopic elements. It uses the 
principles of statistics and probability, found within 
mathematics, to describe particles (microscopic ele- 
ments) acted on by forces, thus, implying motions. 


The number of these microscopic elements is usu- 
ally very large, and it is impossible to accurately pre- 
dict the behavior of each of these elements as they 
interact. However, the large number of interactions 
makes it theoretically possible for statistical mechan- 
ics to predict the behavior of the system as a whole. 


Scottish-English physicist James Clerk Maxwell 
(1831-1879), Italian mathematician and physicist 
Ludwig Boltzmann (1844-1906), and American math- 
ematical physicist Josiah Willard Gibbs (1839-1903) 
are considered the first scientists to have developed the 
concepts within statistical mechanics. Each physicist 
conjectured that matter was composed of very small 
particles that were always in motion. They were 
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unable to deal with these atoms and molecules indi- 
vidually so decided to group them together. They 
averaged the dynamic microscopic properties of the 
individual particles with statistical techniques; thus, 
developing a macroscopic measure of the group’s ther- 
modynamic characteristics. Consequently, statistical 
mechanics was able to explain thermodynamics with 
the use of statistics and mechanics. 


Later, in the early part of the twentieth century, 
statistical mechanics incorporated quantum theory 
when German physicist Maxwell Planck (1858-1947) 
proposed that atoms absorb or emit electromagnetic 
radiation in bundles of energy termed “quanta.” Later, 
physicists Niels Bohr (1885-1962), J.J. Thomson 
(1856-1940), and Ernest Rutherford (1871-1937) 
studied Planck’s quantum theory of radiation and 
improved on Planck’s quantum theory. 


Today, statistical mechanics uses the Maxwell- 
Boltzmann statistics to describe the behavior of a 
group of classical particles. When describing quantum 
particles (fermions and bosons), statistical mechanics 
uses Fermi-Dirac statistics, when working with fer- 
mions, and Bose-Einstein statistics, when operating 
with bosons. Scientists apply the spectroscopic data 
of individual molecules when calculating, with the use 
of statistical mechanics, the thermodynamic proper- 
ties of materials. 


| Statistics 


Statistics is that branch of mathematics devoted to 
the collection, compilation, display, and interpreta- 
tion of numerical data. In general, the field can be 
divided into two major subgroups, descriptive statis- 
tics and inferential statistics. The former subject deals 
primarily with the accumulation and presentation of 
numerical data, while the latter focuses on predictions 
that can be made based on those data. 


Some fundamental concepts 


Two fundamental concepts used in statistical 
analysis are population and sample. The term popula- 
tion refers to a complete set of individuals, objects, or 
events that belong to some category. For example, all 
of the players who are employed by Major League 
Baseball teams make up the population of professio- 
nal major league baseball players. The term sample 
refers to some subset of a population that is represen- 
tative of the total population. For example, one might 
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go down the complete list of all major league baseball 
players and select every tenth name. That subset of 
every tenth name would then make up a sample of all 
professional major league baseball players. 


Another concept of importance in statistics is the 
distinction between discrete and continuous data. 
Discrete variables are numbers that can have only 
certain specific numerical value that can be clearly 
separated from each other. For example, the number 
of professional major league baseball players is a 
discrete variable. There may be 400, 410, 475, or 615 
professional baseball players, but never 400.5, 410.75, 
or 615.895. 


Continuous variables may take any value what- 
soever. The readings on a thermometer are an example 
of a continuous variable. The temperature can range 
from 10°C to 10.1°C to 10.2°C to 10.3°C (about 50°F) 
and so on upward or downward. Also, if a thermom- 
eter accurate enough is available, even finer divisions, 
such as 10.11°C, 10.12°C, and 10.13°C, can be made. 
Methods for dealing with discrete and continuous 
variables are somewhat different from each other in 
statistics. 


In some cases, it is useful to treat continuous 
variable as discrete variables, and vice versa. For 
example, it might be helpful in some kind of statistical 
analysis to assume that temperatures can assume only 
discrete values, such as 5°C, 10°C, 15°C (41°F, 50°F, 
59°F) and so on. It is important in making use of that 
statistical analysis, then, to recognize that this kind of 
assumption has been made. 


Collecting data 


The first step in doing a statistical study is usually 
to obtain raw data. As an example, suppose that a 
researcher wants to know the number of female 
African-Americans in each of six age groups (1 to 19; 
20 to 29; 30 to 39; 40 to 49; 50 to 59; and 60+ years) in 
the United States. One way to answer that question 
would be to do a population survey, that is, to inter- 
view every single female African-American in the 
United States, and ask what her age is. Quite obvi- 
ously, such a study would be very difficult and very 
expensive to complete. In fact, it would probably be 
impossible to do. 


A more reasonable approach is to select a sample 
of female African-Americans that is smaller than the 
total population and to interview this sample. Then, if 
the sample is drawn so as to be truly representative of 
the total population, the researcher can draw some 
conclusions about the total population based on the 
findings obtained from the smaller sample. 
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Descriptive statistics 


Perhaps the simplest way to report the results of 
the study described above is to make a table. The 
advantage of constructing a table of data is that a 
reader can get a general idea about the findings of 
the study in a brief glance (Table 1). 


Graphical representation 


The table shown above is one way of representing 
the frequency distribution of a sample or population. 
A frequency distribution is any method for summariz- 
ing data that shows the number of individuals or 
individual cases present in each given interval of meas- 
urement. In the table above, there are 5,382,025 female 
African-Americans in the age group 0 to 19; 2,982,305 
in the age group 20 to 29; 2,587,550 in the age group 30 
to 39; and so on. 


A common method for expressing frequency dis- 
tributions in an easy-to-read form is a graph. Among 
the kinds of graphs used for the display of data 
are histograms, bar graphs, and line graphs. A histo- 
gram is a graph that consists of solid bars without 
any space between them. The width of the bars cor- 
responds to one of the variables being presented, and 
the height of the bars to a second variable. If one 
constructed a histogram based on the table shown 
above, the graph would have six bars, one for each 
of the six age groups included in the study. The height 
of the six bars would correspond to the frequency 
found for each group. The first bar (ages 0 to 19) 
would be nearly twice as high as the second (20 to 29) 
and third (30 to 39) bars since there are nearly twice as 
many individuals in the first group as in the second or 
third. The fourth, fifth, and six bars would be nearly the 
same height since there are about the same numbers of 
individuals in each of these three groups. 


Another kind of graph that can be constructed 
from a histogram is a frequency polygon. A fre- 
quency polygon can be made by joining the mid- 
points of the top lines of each bar in a histogram to 
each other. 


Distribution curves 


Finally, think of a histogram in which the vertical 
bars are very narrow, and then very, very narrow. As 
one connects the midpoints of these bars, the fre- 
quency polygon begins to look like a smooth curve, 
perhaps like a high, smoothly shaped hill. A curve of 
this kind is known as a distribution curve. 
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Number of female African-Americans in various age 
groups 


Number 
5,382,025 
2,982,305 
2,587,550 
1,567,735 
1,335,235 
1,606,335 


Table 1. Number of female African-Americans in Various Age 
Groups. (Thomson Gale.) 


Probably the most familiar kind of distribution 
curve is one with a peak in the middle of the graph that 
falls off equally on both sides of the peak. This kind of 
distribution curve is known as a normal curve. Normal 
curves result from a number of random events that 
occur in the world. For example, suppose one was to 
flip a penny a thousand times and count how many 
times heads and how many times tails came up. What 
one would find would be a normal distribution curve, 
with a peak at equal heads and tails. That means that, 
if one were to flip a penny many times, the person 
would most commonly expect equal numbers of 
heads and tails. But the likelihood of some other dis- 
tribution of heads and tails—such as 10% heads and 
90% tails—would occur much less often. 


Frequency distributions that are not normal are 
said to be skewed. In a skewed distribution curve, the 
number of cases on one side of the maximum is much 
smaller than the number of cases on the other side of the 
maximum. The graph might start out at zero and rise 
very sharply to its maximum point and then drop down 
again on a very gradual slope to zero on the other side. 
Depending on where the gradual slope is, the graph is 
said to be skewed to the left or to the right. 


Other kinds of frequency distributions 


Bar graphs look very much like histograms except 
that gaps are left between adjacent bars. This differ- 
ence is based on the fact that bar graphs are usually 
used to represent discrete data and the space between 
bars is a reminder of the discrete character of the data 
represented. 


Line graphs can also be used to represent contin- 
uous data. If one were to record the temperature once 
an hour all day long, a line graph could be constructed 
with the hours of day along the horizontal axis of the 
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graph and the various temperatures along the vertical 
axis. The temperature found for each hour could then 
be plotted on the graph as a point and the points then 
connected with each other. The assumption of such a 
graph is that the temperature varied continuously 
between the observed readings and that those temper- 
atures would fall along the continuous line drawn on 
the graph. 


A circle graph, or pie chart, can also be used to 
graph data. A circle graph shows how the total num- 
ber of individuals, cases, or events is divided up into 
various categories. For example, a circle graph show- 
ing the population of female African-Americans in the 
United States would be divided into pie-shaped seg- 
ments, one (0 to 19) twice as large as the next two 
(20 to 20 and 30 to 39), and three about equal in size 
and smaller than the other three. 


Measures of central tendency 


Both statisticians and non-statisticians talk about 
averages all the time. However, the term average can 
have a number of different meanings. In the field of 
statistics, therefore, workers prefer to use the term 
measure of central tendency for the concept of an 
average. One way to understand how various meas- 
ures of central tendency (different kinds of “average”) 
differ from each other is to consider a classroom con- 
sisting of only six students. A study of the six students 
shows that their family incomes are as follows: 
$20,000; $25,000; $20,000; $30,000; $27,500; and 
$150,000. What is the average income for the students 
in this classroom? 


The measure of central tendency that most students 
learn in school is the mean. The mean for any set of 
numbers is found by adding all the numbers and divid- 
ing by the quantity of numbers. In this example, the 
mean would be equal to ($20,000 + $25,000 + $20,000 
+ $30,000 + $27,500 + $150,000) + 6 = $45,417. 
However, how much useful information does this 
answer give about the six students in the classroom? 
The mean that has been calculated ($45,417) is greater 
than the household income of five of the six students’ 
families. 


Another way of calculating central tendency is 
known as the median. The median value of a set of 
measurements is the middle value when the measure- 
ments are arranged in order from least to greatest. 
When there is an even number of measurements, the 
median is half way between the middle two measure- 
ments. In the above example, the measurements can be 
rearranged from least to greatest: $20,000; $20,000; 
$25,000; $27,500; $30,000; and $150,000. In this case, 
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the middle two measurements are $25,000 and 
$27,500, and half way between them is $26,250, the 
median in this case. One can see that the median in this 
example gives a better view of the household incomes 
for the classroom than does the mean. 


A third measure of central tendency is the mode. 
The mode is the value most frequently observed in a 
study. In the household income study, the mode is 
$20,000 since it is the value found most often in the 
study. Each measure of central tendency has certain 
advantages and disadvantages and is used, therefore, 
under certain special circumstances. 


Measures of variability 


Suppose that a teacher gave the same test to two 
different classes and obtained the following results: 
Class 1: 80%, 80%, 80%, 80%, and 80%; and Class 
2: 60%, 70%, 80%, 90%, and 100%. If one calculates 
the mean for both sets of scores, the same answer 
results: 80%. However, the collection of scores from 
which this mean was obtained was very different in the 
two cases. The way that statisticians have of distin- 
guishing cases such as this is known as measuring the 
variability of the sample. As with measures of central 
tendency, there are a number of ways of measuring the 
variability of a sample. 


Probably the simplest method is to find the range 
of the sample, that is, the difference between the larg- 
est and smallest observation. The range of measure- 
ments in Class | is 0, and the range in class 2 is 40%. 
Simply knowing that fact gives a much better under- 
standing of the data obtained from the two classes. In 
Class 1, the mean was 80%, and the range was 0, but in 
Class 2, the mean was 80%, and the range was 40%. 


Other measures of variability are based on the dif- 
ference between any one measurement and the mean of 
the set of scores. This measure is known as the deviation. 
As one can imagine, the greater the difference among 
measurements, the greater the variability. In the case of 
Class 2 above, the deviation for the first measurement is 
20% (80% — 60%), and the deviation for the second 
measurement is 10% (80% — 70%). 


Probably the most common measures of variability 
used by statisticians are the variance and standard devi- 
ation. Variance is defined as the mean of the squared 
deviations of a set of measurements. Calculating the 
variance is a somewhat complicated task. One has to 
find each of the deviations in the set of measurements, 
square each one, add all the squares, and divide by the 
number of measurements. In the example above, the 
variance would be equal to [(20)* + (10)? + (0) + 
(10)* + (20)"] + 5 = 200. 
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For a number of reasons, the variance is used less 
often in statistics than is the standard deviation. The 
standard deviation is the square root of the variance, 
in this case, +200 = 14.1. The standard deviation is 
useful because in any normal distribution, a large 
fraction of the measurements (about 68%) is located 
within one standard deviation of the mean. Another 
27% (for a total of 95% of all measurements) lie 
within two standard deviations of the mean. 


Inferential statistics 


Expressing a collection of data in some useful 
form, as described above, is often only the first step 
in a statistician’s work. The next step will be to decide 
what conclusions, predictions, and other statements, if 
any, can be made based on those data. A number of 
sophisticated mathematical techniques have now been 
developed to make these judgments. 


An important fundamental concept used in infer- 
ential statistics is that of the null hypothesis. A null 
hypothesis is a statement made by a researcher at the 
beginning of an experiment that says, essentially, that 
nothing is happening in the experiment. That is, noth- 
ing other than natural events is going on during the 
experiment. At the conclusion of the experiment, the 
researcher submits his or her data to some kind of 
statistical analysis to see if the null hypothesis is true, 
that is, if nothing other than normal statistical varia- 
bility has taken place in the experiment. If the null 
hypothesis is shown to be true, than the experiment 
truly did not have any effect on the subjects. If the null 
hypothesis is shown to be false, then the researcher is 
justified in putting forth some alternative hypothesis 
that will explain the effects that were observed. The 
role of statistics in this process is to provide mathe- 
matical tests to find out whether or not the null 
hypothesis is true or false. 


A simple example of this process is deciding on the 
effectiveness of a new medication. In testing such 
medications, researchers usually select two groups, 
one the control group and one the experimental 
group. The control group does not receive the new 
medication; it receives a neutral substance instead. 
The experimental group receives the medication. The 
null hypothesis in an experiment of this kind is that the 
medication will have no effect and that both groups 
will respond in exactly the same way, whether they 
have been given the medication or not. 


Suppose that the results of one experiment of this 
kind was shown in Table 2, with the numbers shown 
being the number of individuals who improved or did 
not improve after taking part in the experiment. 
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Improved Not improved Total 


Experimental group 62 38 100 
Control group 45 55 100 
Total 107 93 200 


Table 2. Statistics. (Thomson Gale.) 


At first glance, it would appear that the new medi- 
cation was at least partially successful since the number 
of those who took it and improved (62) was greater than 
the number who took it and did not improve (38). 
However, a statistical test is available that will give a 
more precise answer, one that will express the probabil- 
ity (90%, 75%, 50%, etc.) that the null hypothesis is 
true. This test, called the chi square test, involves com- 
paring the observed frequencies in the table above with a 
set of expected frequencies that can be calculated from 
the number of individuals taking the tests. The value of 
chi square calculated can then be compared to values in 
a table to see how likely the results were due to chance 
and how likely to some real effect of the medication. 


Another example of a statistical test is called the 
Pearson correlation coefficient. The Pearson correlation 
coefficient is a way of determining the extent to which 
two variables are somehow associated, or correlated, 
with each other. For example, many medical studies 
have attempted to determine the connection between 
smoking and lung cancer. One way to do such studies is 
to measure the amount of smoking a person has done in 
her or his lifetime and compare the rate of lung cancer 
among those individuals. A mathematical formula 
allows the researcher to calculate the Pearson correla- 
tion coefficient between these two sets of data, rate of 
smoking and risk for lung cancer. That coefficient can 
range between 1.0, meaning the two are perfectly corre- 
lated, and -1.0, meaning the two have an inverse rela- 
tionship (when one is high, the other is low). 


The correlation test is a good example of the limi- 
tations of statistical analysis. Suppose that the Pearson 
correlation coefficient in the example above turned out to 
be 1.0. That number would mean that people who smoke 
the most are always the most likely to develop lung 
cancer. However, what the correlation coefficient does 
not say is what the cause and effect relationship, if any, 
might be. It does not say that smoking causes cancer. 


Chi square and correlation coefficient are only two 
of dozens of statistical tests now available for use by 
researchers. The specific kinds of data collected and the 
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KEY TERMS 


Continuous variables—A variable that may take any 
value whatsoever. 

Deviation—The difference between any one meas- 
urement and the mean of the set of scores. 

Discrete variable—A number that can have only 
certain specific numerical value that can be clearly 
separated from each other. 


Frequency polygon—A type of frequency distribu- 
tion graph that is made by joining the midpoints of 
the top lines of each bar in a histogram to each other. 
Histogram—A bar graph that shows the frequency 
distribution of a variable by means of solid bars with- 
out any space between them. 

Mean—A measure of central tendency found by 
adding all the numbers in a set and dividing by the 
quantity of numbers. 


Measure of central tendency—Average. 


kinds of information a researcher wants to obtain from 
these data determine the specific test to be used. 


See also Accuracy. 
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f Steady-state theory 


Was there a moment of creation for the universe, or 
has the universe always existed? The steady-state theory 
(sometimes called the continuous creation theory or the 
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Measure of variability—A general term for any method 
of measuring the spread of measurements around 
some measure of central tendency. 


Median—The middle value in a set of measurements 
when those measurements are arranged in sequence 
from least to greatest. 


Mode—The value that occurs most frequently in any 
set of measurements. 


Normal curve—A frequency distribution curve with 
a symmetrical, bell-shaped appearance. 


Null hypothesis—A statistical statement that nothing 
unusual is taking place in an experiment. 


Population—A complete set of individuals, objects, 
or events that belong to some category. 


Range—The set containing all the values of the 
function. 


Standard deviation—The square root of the variance. 


infinite universe theory) is a cosmological theory for the 
origin of the universe that suggests the universe has 
always existed and did not have a moment of creation. 
This theory was popular during the 1950s and 1960s, 
but because of observations made during the 1960s, 
few, if any, astronomers now think that the steady- 
state theory is correct. The basic tenet of the steady- 
state theory is that the universe on a large scale does not 
change with time (evolve). It has always existed and will 
always continue to exist looking much as it does now. 
The universe is, however, known to be expanding. To 
allow for this expansion in an unchanging universe, the 
authors of the steady-state theory postulated that 
hydrogen atoms appeared out of empty space. These 
newly created hydrogen atoms were just enough to fill 
in the gaps caused by the expansion. Because hydrogen 
is continuously being created, the steady-state theory is 
sometimes called the continuous creation theory. This 
theory achieved great popularity for a couple of deca- 
des, but mounting observational evidence caused its 
demise in the late 1960s. The discovery in 1965 of the 
cosmic background radiation provided one of the most 
serious blows to the steady-state theory. 


Cosmological assumptions 


Models of the universe (cosmological models) are 
based on a set of assumptions. The first assumption is 
that physical laws are universal. Any science experiment, 
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if performed under identical conditions, will have the 
same result anywhere in the universe because physical 
laws are the same everywhere in the universe. Second, on 
a sufficiently large scale the universe is homogeneous. 
Scientists know there is large scale structure in the uni- 
verse, such as clusters of galaxies; so, they assume that 
the universe is homogenous only on scales large enough 
for even the largest structures to average out. Third, 
scientists assume that the universe is isotropic, meaning 
that there is no preferred direction in the universe. 
Fourth, they assume that over sufficiently long times 
the universe looks essentially the same at all times. 


Collectively, the first three of the above assumptions 
are the cosmological principle (not to be confused with 
the perfect cosmological principle). Concisely, the cos- 
mological principle states that the universe looks essen- 
tially the same at any location in the universe. Adding 
the fourth assumption—that the universe does not 
change on the large scale with time—gives scientists the 
perfect cosmological principle. Essentially, the universe 
looks the same at all times as well as at all locations 
within the universe. The perfect cosmological principle 
forms the philosophical foundation for the steady-state 
theory (i.e., with the addition of the fourth assumption 
that the universe does not evolve). Accordingly, obser- 
vational evidence that the universe evolves would be 
evidence against the steady-state theory. 


Cosmological observations 


There are a number of observations that astron- 
omers have made to test cosmological theories, includ- 
ing both the steady-state and the big bang theory. 
Some of these cosmological observations are described 
below. 


Evolution of the universe 


When astronomers look at the most distant 
objects in the universe, they are looking back in time. 
For example if one observes a quasar that is three 
billion light-years away, it has taken the light three 
billion years to get here, because a light-year is the 
distance light travels in one year when in a vacuum. 
Astronomers are therefore seeing the quasar as it 
looked three billion years ago. Quasars, the most dis- 
tant objects known in the universe, are thought to be 
very active nuclei of distant galaxies. The nearest qua- 
sar 1s about a billion light-years away. The fact that 
astronomers do not see any quasar closer than a bil- 
lion light years away suggests that quasars disap- 
peared at least a billion years ago. The universe has 
changed with time. Several billion years ago, quasars 
existed; they no longer do. This observation provides 
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evidence that the perfect cosmological principle is 
untrue, and therefore that the steady-state theory is 
incorrect. Note, however, that when the steady-state 
theory and the perfect cosmological principle were 
first suggested, scientists had not yet discovered 
quasars. 


Expansion of the universe 


In his work measuring distances to galaxies, 
American astronomer Edwin Hubble (1889-1953), 
after whom the Hubble space telescope was named, 
noticed an interesting correlation. The more distant a 
galaxy is, the faster it is moving away from the Earth. 
This relationship is called the Hubble law. This rela- 
tionship can be used to find the distances to additional 
galaxies, by measuring the speed of recession. More 
importantly, Hubble deduced the cause of this corre- 
lation. His result: the universe is expanding. To visual- 
ize this expansion, draw some galaxies on an ordinary 
balloon and blow it up. Notice how the galaxies move 
farther apart as the balloon expands. Measuring dis- 
tances between the galaxies at the rates at which they 
move apart, would give a relationship similar to 
Hubble’s law. 


The expanding universe can be consistent with 
either the big bang or the steady-state theory. 
However in the steady-state theory, new matter must 
appear to fill in the gaps left by the expansion. 
Normally as the universe expands, the average dis- 
tance between galaxies would increase as the density 
of the universe decreases. These evolutionary changes 
with time would violate the fundamental assumption 
behind the steady-state theory. Therefore, in the 
steady-state theory, hydrogen atoms appear out of 
empty space and collect to form new galaxies. With 
these new galaxies, the average distance between gal- 
axies remains the same even in an expanding universe. 


The Hubble plot also provides evidence that the 
universe changes with time. The slope of the Hubble 
plot gives scientists the rate at which the universe is 
expanding. If the universe is not evolving, this slope 
should remain the same even for very distant galaxies. 
The measurements are difficult, but the Hubble plot 
seems to curve upward for the most distant galaxies. 
The universe was expanding faster in the distant past, 
contrary to the prediction of the steady-state theory 
that the universe is not evolving. 


Cosmic background radiation 
In the mid 1960s, German-born American physicist 


Arno Allan Penzias (1933—) and American physicist 
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Robert Woodrow Wilson (1936—) were working on a 
low noise (static) microwave antenna when they made 
an accidental discovery of cosmic significance. After 
doing everything possible to eliminate sources of noise, 
including cleaning out nesting pigeons and their waste, 
there was still a small noise component left. This weak 
noise did not vary with direction or with the time of day 
or year, because it was cosmic in origin. It also corre- 
sponded to a temperature of about 3K (where K = 
Kelvin; —518°F; —270°C, three degrees above absolute 
zero). This 3K cosmic background radiation turned out 
to be the leftover heat from the initial Big Bang that had 
been predicted by proponents of the Big Bang theory as 
early as the 1940s. 


Because this cosmic background radiation was a 
prior prediction of the big bang theory, it provided 
strong evidence to support the big bang theory. 
Proponents of the steady-state theory have been 
unable to explain in detail how this background radi- 
ation could arise in a steady-state universe. The cosmic 
background radiation therefore gave the steady-state 
theory its most serious setback. Penzias and Wilson 
received the 1978 Nobel Prize in physics for their 
work. 


Steady-state theory 


The steady-state theory was inspired at least in 
part by a 1940s movie entitled Dead of Night. The 
movie had four parts and a circular structure such 
that at the end the movie was the same as at the begin- 
ning. After seeing this movie in 1946, Austrian-born 
American astrophysicist Thomas Gold (1920-2004), 
Austrian-English mathematician and cosmologist Sir 
Hermann Bondi (1919-2005), and English astronomer 
Sir Fred Hoyle (1915-2001) wondered if the universe 
might not be constructed the same way. The discussion 
that followed led ultimately to the steady-state theory. 


In 1948, Bondi and Gold proposed extending the 
cosmological principle to the perfect cosmological 
principle, so that the universe looks the same at all 
times as well as at all locations. They then proposed 
the steady-state theory based on the new perfect cos- 
mological principle. Because Hubble had already 
observed that the universe is expanding, Bondi and 
Gold proposed the continuous creation of matter. 
Hydrogen atoms created from nothing combine to 
form galaxies. In this manner, the average density of 
the universe remains the same as the universe expands. 
In the steady-state theory, the rate at which new mat- 
ter is created must exactly balance the rate at which the 
universe is expanding. Otherwise, the average density 
of the universe will change and the universe will 
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evolve, violating the perfect cosmological principle. 
To maintain the steady-state, in a cubic meter of 
space one hydrogen atom must appear out of nothing 
every five billion years. In a volume of space the size of 
the Earth, the amount of new matter created would 
amount to roughly a grain of dust in a million years. In 
the entire observable universe, roughly one new galaxy 
per year will form from these atoms. Bondi and Gold 
recognized that a new theory must be developed to 
explain how the hydrogen atoms formed out of noth- 
ing, but did not suggest a new theory. 


In the same year, Hoyle proposed a modification 
of German-American physicist Albert Einstein’s (1879— 
1955) general theory of relativity. Hoyle worked inde- 
pendently of Bondi and Gold, but they did discuss the 
new theories. Hoyle’s modification used a mathemat- 
ical device to allow the creation of matter from noth- 
ing, as implied in general relativity. No experiments or 
observations have been made to justify or contradict 
this modification of general relativity. 


Arguments for and against the steady-state 
theory 


There are a number of problems with the steady- 
state theory, but at the time the theory was proposed, 
there were also points in its favor. 


The steady-state theory rests on the foundation of 
the perfect cosmological principle. Hence, any evi- 
dence that the universe evolves is evidence against 
the steady-state theory. The existence of quasars and 
the change in the expansion rate of the universe a few 
billion years in the past, discussed earlier, are evidence 
against steady-state. This evidence for the evolution of 
the universe did not exist in 1948, when the steady- 
state theory originated. It became part of the cumu- 
lative weight of evidence, which had built up against 
the steady-state theory, by the mid 1960s. In gallant 
attempts to save the steady-state theory, its propo- 
nents, chiefly Hoyle and Indian astrophysicist Jayant 
Vishnu Narlikar (1938—), have argued that the uni- 
verse can change over time periods of a few billion 
years without violating the perfect cosmological prin- 
ciple. Cosmologists (scientists that study the universe) 
must look at even longer time spans to see that these 
changes with time average out. 


The cosmic background radiation is widely con- 
sidered the final blow to the steady-state theory. 
Again, proponents of the steady-state theory have 
made gallant efforts to save their theory in the face 
of what most astronomers consider overwhelming evi- 
dence. They argue that the background radiation 
could be the cumulative radiation of a large number 
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of radio sources that are too faint to detect individu- 
ally. This scheme requires the existence of roughly 100 
trillion (about 10,000 times the number of observable 
galaxies) such sources that are about one millionth as 
bright as the radio sources astronomers do detect. Few 
astronomers are willing to go to such great lengths to 
rescue the steady-state theory. 


Another objection raised against the steady-state 
theory is that it violates one of the fundamental laws of 
physics as that law is currently understood. The law of 
conservation of matter and energy states that matter 
and energy are interchangeable and can change 
between forms, but the total amount of matter and 
energy in the universe must remain constant. It can be 
neither created nor destroyed. The steady-state theory 
requires continuous creation of matter in violation of 
this law. However, laws of science result from exper- 
imental evidence and are subject to change, not at 
mere whim, but as experimental results dictate. The 
rate at which matter is created in the steady-state 
theory is small enough that normally it would not 
have been noticed. Hence, scientists would not have 
discovered experimentally any conditions under which 
matter could be created or any modifications required 
in this law. 


Were there ever any points in favor of the steady- 
state theory? When the steady-state model was first 
suggested, the best estimate of the age of the universe 
in the context of the big bang model was about two 
billion years. However, the Earth and solar system are 
about five billion years old. The oldest stars in the 
Milky Way galaxy are at least 10 to 12 billion years 
old. These age estimates present the obvious problem 
of a universe younger than the objects it contains. This 
problem is no longer so severe. Modern estimates for 
the age of the universe range from about 10 billion 
years to about 20 billion years, with a currently 
accepted average of about 13.7 billion years. In the 
steady-state theory the universe has always existed, so 
there are no problems presented by the ages of objects 
in the universe. 


For some people there are philosophical or 
esthetic grounds for preferring the steady-state 
hypothesis over the big bang theory. The big bang 
theory has a moment of creation, which some people 
prefer for personal or theological reasons. Those who 
do not share this preference often favor the steady- 
state hypothesis. They prefer the grand sweep of a 
universe that has always existed to a universe that 
had a moment of creation and may, by inference, 
also have an end in some far distant future time. 
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KEY TERMS 


Cosmic background radiation—The leftover heat 
radiation from the big bang. 


Cosmological principle—The set of fundamental 
assumptions behind the big bang theory that state 
the universe is essentially the same at all locations. 


Hubble’s law—The law that states a galaxy’s red- 
shift is directly proportional to its distance from the 
Earth. This observation that tells scientists that the 
universe is expanding: distant galaxies are receding 
at a speed proportional to their distance. 


Perfect cosmological principle—The set of funda- 
mental assumptions behind the steady-state theory 
that state the universe is essentially the same at all 
locations and times. 


The weight of evidence against the steady-state 
theory has convinced most modern astronomers and 
cosmologists, as of 2006, that it is incorrect and that 
the big bang theory is correct. The steady-state theory 
does, however, still stand as a major intellectual 
achievement and as an important part of the history 
of the development of cosmology in the twentieth 
century. 


See also Doppler effect. 
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Stealth technology, also termed “low-observable” 
technology, is a set of techniques that render military 
vehicles, mostly aircraft, hard to observe. Because 
RADAR—an acronym for RA dio D etection A nd 
R anging—is the primary detection technology for 
aircraft, most stealth technologies are directed at sup- 
pressing RADAR returns from aircraft, but stealth 
technology minimizes other “observables” as well, 
that is, energy emissions that of any kind that might 
be observed by an opponent. Stealth technology is 
deployed today on several types of aircraft and a few 
surface ships. Counter-stealth technologies are also 
under continuous development. 


History of stealth technology 


Development of stealth technology for aircraft 
began before World War I (1914-1918). Because 
RADAR had not been invented, visibility was the 
sole concern, and the goal was to create aircraft that 
were hard to see. In 1912, German designers produced 
a largely transparent monoplane; its wings and fuse- 
lage were covered by a transparent material derived 
from cellulose, the basis of movie film, rather than the 
opaque canvas standard in that era. Interior struts and 
other parts were painted with light colors to further 
reduce visibility. The plane was effectively invisible 
from the ground when flow at 900 ft (274 m) or higher, 
and faintly visible at lower altitudes. Several transpar- 
ent German aircraft saw combat during World War I, 
and Soviet aircraft designers attempted the design of 
transparent aircraft in the 1930s. 


With the invention of RADAR during World 
War II (1939-1945), stealth became both more needful 
and more feasible: more needful because RADAR was 
highly effective at detecting aircraft, and would soon 
be adapted to guiding antiaircraft missiles and gun- 
nery at them, yet more feasible because to be 
RADAR-stealthy an aircraft did need to be not be 
completely transparent to radio waves; it could absorb 
or deflect them. 


During World War I, Germany coated the snor- 
kels of its submarines with RADAR-absorbent paint 
to making them less visible to RADARs carried by 
Allied antisubmarine aircraft. In 1945 the United 
States developed a RADAR-absorbent paint contain- 
ing iron. It was capable of making an airplane less 
RADAR-reflective, but was heavy; several coats of 
the material, known as MX-410, could make an air- 
craft unwieldy or even too heavy to fly. However, 
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stealth development continued throughout the postwar 
years. In the mid-1960s, the U.S. built a high-altitude 
reconnaissance aircraft, the Lockheed SR-71 Blackbird, 
that was extremely RADAR-stealthy for its day. The 
SR-71 included a number of stealth features, including 
special RADAR-absorbing structures along the edges 
of wings and tailfins, a cross-sectional design featuring 
few vertical surfaces that could reflect RADAR directly 
back toward a transmitter, and a coating termed “iron 
ball” that could be electronically manipulated to pro- 
duce a variable, confusing RADAR reflection. The SR- 
71, flying at approximately 100,000 ft (30,480 m), was 
routinely able to penetrate Soviet airspace without 
being reliably tracked on RADAR. 


Development of true stealth aircraft (i.e., those 
employing every available method to avoid detection 
by visible, RADAR, infrared, and acoustic means) 
continued, primarily in the United States, throughout 
the 1960s and 1970s, and several stealth prototypes 
were flown in the early 1970s. Efforts to keep this 
research secret were successful; not until a press confer- 
ence was held on August, 22, 1980, after expansion of 
the stealth program had given rise to numerous rumors 
and leaks, did the U.S. government officially admit the 
existence of stealth aircraft. Since then, much informa- 
tion about the two U.S. stealth combat aircraft, the B-2 
bomber and the F-117 fighter (both discussed further 
below), has become publicly available. 


Design for stealth requires the integration of 
many techniques and materials. The types of stealth 
that a maximally stealthy aircraft (or other vehicle) 
seeks to achieve can be categorized as visual, infrared, 
acoustic, and RADAR. 


Visual stealth 


Low visibility is desirable for all military aircraft 
and is essential for stealth aircraft. It is achieved by 
coloring the aircraft so that it tends to blend in with 
its environment. For instance, reconnaissance planes 
designed to operate at very high altitudes, where the 
sky is black, are painted black. (Black is also a llow 
visibility color at night, at any altitude.) Conventional 
daytime fighter aircraft are painted a shade of blue 
known as “air-superiority blue-gray,” to blend in with 
the sky. Stealth aircraft are flown at night for maximum 
visual stealth, and so are painted black or dark gray. 
Chameleon or “smart skin” technology that would ena- 
ble an aircraft to change its appearance to mimic its 
background is being researched. Furthermore, glint 
(bright reflections from cockpit glass or other smooth 
surfaces) must be minimized for visual stealth; this is 
accomplished using special coatings. 
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An F-117 Stealth Fighter in-flight in August, 2002 during Millennium Challenge 2002 (MCO2). MC02 is the premier joint war 
fighting experiment, bringing together live field forces and computer simulation. Featuring live field exercises and computer 
simulation, MCO2 will incorporate elements of all military services, using the largest computer simulation federation ever 
constructed for an experiment of its kind. (© Reuters/Corbis.) 


Infrared Stealth 


Infrared radiation (1.e., electromagnetic waves in 
the 0.72-1,000 micron range of the spectrum) are 
emitted by all matter above absolute zero; hot materi- 
als, such as engine exhaust gases or wing surfaces 
heated by friction with the air, emit more infrared 
radiation than cooler materials. Heat-seeking missiles 
and other weapons zero in on the infrared glow of hot 
aircraft parts. Infrared stealth, therefore, requires that 
aircraft parts and emissions, particularly those associ- 
ated with engines, be kept as cool as possible. 
Embedding jet engines inside the fuselage or wings is 
one basic design step toward infrared stealth. Other 
measures include extra shielding of hot parts, mixing 
of cool air with hot exhausts before emission; splitting 
of the exhaust stream by passing it through parallel 
baffles so that it mixes with cooler air more quickly; 
directing of hot exhausts upward, away from ground 
observers; and the application of special coatings to 
hot spots to absorb and diffuse heat over larger areas. 
Active countermeasures against infrared detection 
and tracking can be combined with passive stealth 
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measures; these include infrared jamming (i.e., mount- 
ing of flickering infrared radiators near engine 
exhausts to confuse the tracking circuits of heat-seeking 
missiles) and the launching of infrared decoy flares. 
Combat helicopters, which travel at low altitudes and 
at low speeds, are particularly vulnerable to heat- 
seeking weapons and have been equipped with infra- 
red jamming devices for several decades. 


Acoustic stealth 


Although sound moves too slowly to be an effec- 
tive locating signal for antiaircraft weapons, for low- 
altitude flying it is still best to be inaudible to ground 
observers. Several ultra-quiet, low-altitude reconnais- 
sance aircraft, such as Lockheed’s QT-2 and YO-3A, 
have been developed since the 1960s. Aircraft of this 
type are ultralight, run on small internal combustion 
engines quieted by silencer-suppressor mufflers, and 
are driven by large, often wooden propellers. They 
make about as much sound as gliders and have very 
low infrared emissions as well because of their low 
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energy consumption. The U.S. F-117 stealth fighter, 
which is designed to fly at high speed at very low 
altitudes, also incorporates acoustic-stealth measures, 
including sound-absorbent linings inside its engine 
intake and exhaust cowlings. 


RADAR Stealth 


RADAR is the use of reflected electromagnetic 
waves in the microwave part of the spectrum to detect 
targets or map landscapes. RADAR first illuminates 
the target, that is, transmits a radio pulse in its direc- 
tion. If any of this energy is reflected by the target, 
some of it may be collected by a receiving antenna. By 
comparing the delay times for various echoes, infor- 
mation about the geometry of the target can be derived 
and, if necessary, formed into an image. RADAR 
stealth or invisibility requires that a craft absorb inci- 
dent RADAR pulses, actively cancel them by emitting 
inverse waveforms, deflect them away from receiving 
antennas, or all of the above. Absorption and deflec- 
tion, treated below, are the most important prerequi- 
sites of RADAR stealth. 


Absorption. Metallic surfaces reflect RADAR; 
therefore, stealth aircraft parts must either be coated 
with RADAR-absorbing materials or made out of 
them to begin with. The latter is preferable because 
an aircraft whose parts are intrinsically RADAR- 
absorbing derives aerodynamic as well as stealth func- 
tion from them, whereas a RADAR-absorbent coating 
is, aerodynamically speaking, dead weight. The F-117 
stealth aircraft is built mostly out of a RADAR- 
absorbent material termed Fibaloy, which consists of 
glass fibers embedded in plastic, and of carbon fibers, 
which are used mostly for hot spots like leading wing- 
edges and panels covering the jet engines. Thanks to 
the use of such materials, the airframe of the F-117 
(i.e., the plane minus its electronic gear, weapons, and 
engines) is only about 10% metal. Both the B-2 stealth 
bomber and the F-117 reflect about as much RADAR 
as a hummingbird 


Many RADAR-absorbent plastics, carbon-based 
materials, ceramics, and blends of these materials have 
been developed for use on stealth aircraft. Combining 
such materials with RADAR-absorbing surface 
geometry enhances stealth. For example, wing surfa- 
ces can be built on a metallic substrate that is shaped 
like a field of pyramids with the spaces between the 
pyramids filled by a RADAR-absorbent material. 
RADAR waves striking the surface zig-zag inward 
between the pyramid walls, which increases absorp- 
tion by lengthening signal path through the absorbent 
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material. Another example of structural absorption is 
the placement of metal screens over the intake vents of 
jet engines. These screens—used, for example, on the 
F-117 stealth fighter—absorb RADAR waves exactly 
like the metal screens embedded in the doors of micro- 
wave ovens. It is important to prevent RADAR waves 
from entering jet intakes, which can act as resonant 
cavities (echo chambers) and so produce bright 
RADAR reflections. 


The inherently high cost of RADAR-absorbent, 
airframe-worthy materials makes stealth aircraft 
expensive; each B-2 bomber costs approximately $2.2 
billion, while each F-117 fighter costs approximately 
$45 million; the U.S. fields 21 B-2s and 54 F-117s. The 
Russian Academy of Sciences, however, according to 
a 1999 report by Jane’s Defense Weekly, claims to have 
developed a low-budget RADAR-stealth technique, 
namely the cloaking of aircraft in ionized gas 
(plasma). Plasma absorbs radio waves, so it is theoret- 
ically possible to diminish the RADAR reflectivity of 
an otherwise non-stealthy aircraft by a factor of 100 or 
more by generating plasma at the nose and leading 
edges of an aircraft and allowing it flow backward 
over the fuselage and wings. The Russian system is 
supposedly lightweight (~220 Ib [100 kg]) and be 
retrofittable to existing aircraft, making—f the stealth 
capability available at far less cost to virtually any 
airforce. A disadvantage of the plasma technique 
that it would probably make the aircraft glow in the 
visible part of the spectrum. 


Deflection. Most RADARs are monostatic, that 
is, for reception they use either the same antenna as for 
sending or a separate receiving antenna colocated with 
the sending antenna; deflection therefore means 
reflecting RADAR pulses in any direction other than 
the one they came from. This in turn requires that 
stealth aircraft lack flat, vertical surfaces that could 
act as simple RADAR mirrors. RADAR can also be 
strongly reflected wherever three planar surfaces meet 
at a corner. Planes such as the B-52 bomber, which 
have many flat, vertical surfaces and RADAR-reflect- 
ing corners, are notorious for their RADAR-reflecting 
abilities; stealth aircraft, in contrast, tend to be highly 
angled and streamlined, presenting no flat surfaces at 
all to an observer that is not directly above or below 
them. The B-2 bomber, for example, is shaped like a 
boomerang. 


A design dilemma for stealth aircraft is that they 
need not only to be invisible to RADAR but to use 
RADAR; inertial guidance, the Global Positioning 
System, and laser RADAR can all help aircraft navigate 
stealthily, but an aircraft needs conventional RADAR 
to track incoming missiles and hostile aircraft. Yet the 
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transmission of RADAR pulses by a stealth aircraft 
wishing to avoid RADAR detection is self-contradic- 
tory. Furthermore, RADAR and radio antennas are 
inherently RADAR-reflecting. 


At least two design solutions to this dilemma are 
available. One is to have moveable RADAR-absorb- 
ent covers over RADAR antennas that slip aside only 
when the RADAR must be used. The antenna is then 
vulnerable to detection only intermittently. Even 
short-term RADAR exposure 1s, however, dangerous; 
the only stealth aircraft known to be have been shot 
down in combat, an F-117 lost over Kosovo in 1999, is 
thought to have been tracked by RADAR during a 
brief interval while its bomb-bay doors were open. The 
disadvantage of sliding mechanical covers is that they 
may stick or otherwise malfunction, and must remain 
open for periods of time that are long by electronic 
standards. A better solution, presently being devel- 
oped, is the plasma stealth antenna. A plasma stealth 
antenna is composed of parallel tubes made of glass, 
plastic, or ceramic that are filled with gas, much like 
fluorescent light bulbs. When each tube is energized, 
the gas in it becomes ionized, and can conduct current 
just like a metal wire. A number of such energized 
tubes in a flat, parallel array, wired for individual 
control (a “phased array’), can be used to send and 
receive RADAR signals across a wide range of angles 
without being physical rotated. When the tubes are 
not energized, they are transparent to RADAR, which 
can be absorbed by an appropriate backing. One 
advantage of such an array is that it can turn on and 
off very rapidly, and only act as a RADAR reflector 
during the electronically brief intervals when it is 
energized. 


Stealthy flying 


Stealth technology is most effective when com- 
bined with other measures for avoiding detection. 
For example, the F-117 and B-2 are both designed to 
fly at night, the most obvious visual stealth measure. 
Further, the F-117 is designed to fly close to the 
ground (i.e., at less than 500 ft [152 m]). Normal 
ground-based RADAR cannot see oncoming targets 
until they are in a line of direct sight, which, for a fast, 
low-flying aircraft approaching through hilly terrain, 
may not occur until the aircraft is almost above the 
RADAR. Even down-looking RADARs carried on 
aircraft have more difficulty tracking craft that are 
flying near ground-level, mingling their reflections 
with the noisy pattern of echoes from the ground itself 
(the “ground clutter”). The F-117 therefore can fly 
close to the ground, swerving under computer control 
to avoid obstacles such as hills or towers. This flight 
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style is known as jinking, snaking, or terrain following. 
(An aircraft such as the B-2 is too large to perform the 
rapid maneuvers required for jinking, and so flies at 
higher altitudes.) 


At the opposite extreme from jinking flight, ultra- 
high altitudes have also been used for stealth purposes. 
Reconnaissance aircraft deployed by the United States 
since the 1950s, including the U-2 and the SR-71, have 
set most of the altitude records for “air-breathing” 
craft (i.e., craft that do not, like rockets, carry their 
own oxygen). Such planes fly near the absolute limit of 
aerodynamic action; if they went any higher, there 
would be not be enough air to provide lift. 


Counter-stealth 


An aircraft cannot be made truly invisible. For 
example, no matter how cool the exhaust vents of an 
aircraft are kept, the same amount of heat is always 
liberated by burning a given amount of fuel, and this 
heat must be left behind the aircraft as a trail of warm 
air. Infrared-detecting devices might be devised that 
could image this heat trail as it formed, tracking a 
stealth aircraft. 


Furthermore, every jet aircraft leaves swirls of 
air—vortices—in its wake. Doppler RADAR, which 
can image wind velocities, might pinpoint such distur- 
bances if it could be made sufficiently high-resolution. 


Other antistealth techniques could include the 
detection of aircraft-caused disturbances in the 
Earth’s magnetic field (magnetic anomaly detection), 
networks of low-frequency radio links to detect stealth 
aircraft by interruptions in transmission, the use of 
specially-shaped RADAR pulses that resist absorp- 
tion, and netted RADAR. Netted RADAR is the use 
of more than one receiver, and possibly more than one 
transmitter, in a network. Since stealth aircraft rely 
partly on deflecting RADAR pulses, receivers located 
off the line of pulse transmission might be able to 
detected deflected echoes. By illuminating a target 
area using multiple transmitters and linking multiple 
receivers into a coordinated network, it should be 
possible to greatly increase one’s chances of detecting 
a stealthy target. No single receiver may record a 
strong or steady echo from any single transmitter, 
but the network as a whole might collect enough 
information to track a stealth target. 


Stealth in wartime 


Stealthy jet aircraft have been used for surveil- 
lance since the 1950s, but dedicated-design stealth 
warplanes were not used in combat prior to the first 
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Gulf War (1991). In that war, F-117s—which first 
became operational in 1982—made some 1,300 sorties 
and were the only aircraft to bomb targets in down- 
town Baghdad. B-2 bombers were first used in combat 
in the Kosovo conflict in 1999, flying bombing sorties 
from Missouri to Yugoslavia (with midflight refueling 
over the Atlantic). F-117s were also used in the 
Kosovo conflict; one was shot down and two were 
damaged by enemy fire. The first overseas combat 
deployment of B-2 bombers occurred in 2003, during 
Operation Iraqi Freedom. 


Stealth technology is also employed in United 
States cruise missiles such as the Tomahawk and the 
AGM-129A. The Tomahawk, a tactical weapon that 
can carry either nuclear or conventional warheads, has 
been deployed in four versions, including air-, sea-, 
and ground-launched types, and was used extensively 
in combat in both Gulf Wars and in Afghanistan in 
2002. The AGM-129A is stealthier than the 1970s- 
vintage Tomahawk; it carries the W80 250-kiloton 
nuclear warhead and is designed to be fired from 
under the wings of the B-52H Stratofortress strategic 
bomber. The AGM-129A has not been used in 
combat. 


See also Electromagnetic spectrum. 
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! Steam engine 


A steam engine is a machine that converts the heat 
energy of steam into mechanical energy by means of a 
piston moving in a cylinder. As an external combus- 
tion engine—since it burns its fuel outside of the 
engine—a steam engine passes its steam into a cylinder 
where the steam then pushes a piston back and forth. 
It is with this piston movement that the engine can do 
mechanical work. The steam engine was the major 
power source of the Industrial Revolution (that 
began in England in the eighteenth century) and domi- 
nated industry and transportation for 150 years. It is 
still useful today in certain situations and in many 
developing countries. 
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History 


The earliest known steam engines were the novel- 
ties created by Greek engineer and mathematician 
Hero (Heron) of Alexandria (c. 10-70) who lived dur- 
ing the first century AD. His most famous invention 
was called the aeliopile. This invention was a small, 
hollow sphere to which two bent tubes were attached. 
The sphere was attached to a boiler that produced 
steam. As the steam escaped from the sphere’s hollow 
tubes, the sphere itself would begin to whirl and rotate. 
Hero and several other Greeks designed many other 
steam-powered devises, such as a steam organ and 
automatic doors, but always in the context of playful- 
ness and seemingly without any interest in using steam 
ina practical way. Nonetheless, their work established 
the principle of steam power and their playful devices 
were a real demonstration of converting steam power 
into some kind of motion. 


Although the Greeks established the principle of 
steam power, it lay ignored for over 1,500 years until 
the late 1600s in Europe. During this long period, the 
main sources of power were first, human muscle power 
or draft animals, and later, wind and water power. 
Windmills and waterwheels were adequate for slow, 
repetitive jobs like grinding corn, in which an inter- 
ruption of power was of little consequence. However, 
for some jobs, like pumping water from a mineshaft, a 
power source that could cease at any time was not 
always satisfactory. In fact, the very deepness of 
English mines spurred engineers to search for pumps 
that were quicker than the old water pumps. By the 
mid-sixteenth century, work on air pumps had estab- 
lished the notion of a piston working in a cylinder, and 
around 1680, French physicist Denis Papin (1647— 
1712) put some water at the bottom of a tube, heated 
it, converted it to steam, and saw that the expanded 
steam pushed forcibly and moved a piston just ahead 
of it. When the tube cooled, the piston returned to its 
previous position. Although Papin was well aware he 
had created an engine that could eventually do work, 
he was deterred by the very real mechanical difficulties 
of his time and chose to work on a smaller scale— 
creating the world’s first pressure cooker. 


Following Papin, English military engineer Thomas 
Savery (c.1650-1715) built what most regard as the first 
practical steam engine. Unlike Papin’s system, this 
machine had no piston since Savery wanted only to 
draw water from the coal mines deep below the Earth. 
Knowing that he could use steam to produce a vacuum 
in a vessel, he connected such a vessel to a tube leading 
into the water below. The vacuum then drew water up 
the tube and blew it out by steam pressure. Savery’s 
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system was called the Miner’s Friend as it raised water 
from the mines using the suction produced by condens- 
ing steam. A few years later, English engineer, and 
partner of Savery, Thomas Newcomen (1663-1729) 
improved the steam pump by reintroducing the piston. 
By 1712, he had built an engine that used steam at 
atmospheric pressure (ordinary boiling water) and that 
was fairly easy to build. His piston engine was very 
reliable and came into general use in England around 
1725. His machine was called a beam engine because it 
had a huge rocking-arm or see-saw beam at its top 
whose motion transferred power from the engine’s single 
cylinder to the water pump. 


Understanding how the Newcomen engine worked 
provides insight into all later steam engines. First, the 
entire machine was contained in an engine house, about 
three stories high, out of whose top wall poked a long 
oak beam that could rock up and down. The house was 
constructed off to the side of the mineshaft. At the 
bottom of the shaft was the water pump, which was 
connected to the engine by a long pump-rod. Below 
the beam inside the house was a long brass cylinder, 
which sat atop a brick boiler. The boiler was fed by coal 
and supplied the steam. Inside the cylinder was the 
piston that could slide up and down and was connected 
to the beam above. The engine always started with the 
piston in the up position. Then, steam filled the cylinder 
from an open valve. When filled, the cylinder was 
sprayed with water, which caused the steam inside to 
condense into water and create a partial vacuum. With 
this invention, the pressure of the outside air would force 
the piston down, which rocked the beam and pulled up 
the pump rods and sucked up about 12 gal (45 1) of 
water. The piston then returned to its starting position 
(up) in the cylinder and the process was repeated. 
Besides being called a beam engine, Newcomen’s engine 
was also called an atmospheric engine since it used air 
pressure to move the piston (down). 


The most important improvement in steam engine 
design was brought about by Scottish engineer James 
Watt (1736-1819). In 1763, Watt was asked to repair a 
Newcomen engine and was struck by what he consid- 
ered its inefficiency. He set out to improve its perform- 
ance and by 1769 had arrived at the conclusion that if 
the steam were condensed separately from the cylin- 
der, the latter could always be kept hot. That year he 
introduced a steam engine with a separate condenser. 
Since this kept the heating and cooling processes sep- 
arate, his machine could work constantly without any 
long pause at each cycle to reheat the cylinder. Watt 
continued to improve his engine and made three addi- 
tions that were highly significant. First, he made it 
double acting by allowing steam to enter alternately 
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on either side of the piston. This allowed the engine to 
work rapidly and deliver power on the downward as 
well as on the upward piston stroke. Second, he 
devised his sun-and-planet gearing that was able to 
translate the reciprocal, or to-and-fro motion of the 
beam into rotary motion. Third, he added a centrifu- 
gal governor that maintained a constant engine speed 
despite varying loads. This highly innovative device 
marks the early beginnings of automation, since Watt 
had created a system that was essentially self-regulat- 
ing. Watt also devised a pressure gauge that he added 
to his engine. By 1790, Watt’s improved steam engines 
offered a powerful, reliable power source that could be 
located almost anywhere. This meant that factories no 
longer had to be situated next to water sources, but 
could be built closer to both their raw materials and 
transport systems. More than anything, it was Watt’s 
steam engine that speeded up the Industrial Revolution 
both in England and the rest of the world. 


Watt’s steam engine was not perfect, however, 
and did have one major limitation; it used steam at 
low pressure. High-pressure steam meant greater 
power from smaller engines, but it also meant extreme 
danger since explosions of poorly made boilers were 
common. The first to show any real success with it was 
English inventor Richard Trevithick (1771-1833). By 
the end of the eighteenth century, metallurgical tech- 
niques were improving and Trevithick believed he 
could build a system that would handle steam under 
high pressure. By 1803, Trevithick had built a power- 
ful, high-pressure engine that he used to power a train. 
His technical innovations were truly remarkable, but 
high-pressure engines had earned such a bad reputa- 
tion in England that twenty years would pass before 
English inventor George Stephenson (1781-1848) would 
prove their worth with his own locomotives. 


In the United States however, there was little bias 
against, or hardly any knowledge of, steam power. 
Toward the end of the eighteenth century, Evans 
began work on a high-pressure steam engine that he 
could use as a stationary engine for industrial pur- 
poses and for land and water transport. By 1801, he 
had built a stationary engine that he used to crush 
limestone. His major high-pressure innovation placed 
both the cylinder and the crankshaft at the same end of 
the beam instead of at opposite ends. This allowed him 
to use a much lighter beam. 


Over the years, Evans built some 50 steam engines 
that were not only used in factories, but also to power 
an amphibious digger. High-pressure steam ran this 
odd-looking scow that was a dredge that could move 
on land as well as in water. It was the first powered 
road vehicle to operate in the United States. 
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Despite Evans’ hard work and real genius, his 
innovative efforts with steam met with little real success 
during his lifetime. He was often met with indifference 
or simple reluctance on the part of manufacturers to 
change their old ways and convert to steam. His use of 
steam for land propulsion was set back by poor roads, 
vested interest in horses, and woefully inadequate 
materials. After Evans, high-pressure steam became 
widely used in America, unlike England where Watt’s 
low-pressure engines took a long time to be replaced. 
But improvements were made nonetheless, and iron 
would eventually replace timber in engine construction, 
and horizontal engines came to be even more efficient 
than the old vertical ones. 


The workings of a steam engine 


Throughout all of this development and improve- 
ment of the steam engine, no one really knew the 
science behind it. All of this work had been accom- 
plished on an empirical basis without reference to any 
theory. It was not until 1824 that this situation changed 
with the publication of Reflexions sur La Puissance 
Motrice du Feu by French physicist, Nicolas Leonard 
Sadi Carnot (1796-1832). In his book On the Motive 
Power of Fire, Carnot founded the science of thermo- 
dynamics (or heat movement) and was the first to 
consider quantitatively the manner in which heat and 
work are related. Defining work as “weight lifted through 
a height,” he attempted to determine how efficient or 
how much work a Watt engine could produce. Carnot 
was able to prove that there was a maximum theoret- 
ical limit to the efficiency of any engine, and that this 
depended upon the temperature difference in the 
engine. He showed that for high efficiency, steam must 
pass through a wide temperature range as it expands 
within the engine. Highest efficiency is achieved by 
using a low condenser temperature and a high boiler 
pressure. Steam was successfully adapted to power 
boats in 1802 and railways in 1829. Later, some of 
the first automobiles were powered by steam, and in 
the 1880s, English engineer Charles A. Parsons (1854— 
1931) produced the first steam turbine. This high- 
powered, highly efficient turbine could produce not 
only mechanical energy but electrical energy as well. 
By 1900, the steam engine had evolved into a highly 
sophisticated and powerful engine that propelled huge 
ships in the oceans and ran turbogenerators that sup- 
plied electricity. 


Once the dominant power source, steam engines 
eventually declined in popularity as other power sour- 
ces became available. Although there were more than 
60,000 steam cars made in the United States between 
1897 and 1927, the steam engine eventually gave 
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KEY TERMS 


Condenser—An instrument for compressing air or 
gases. 


Cylinder—The chamber of an engine in which the 
piston moves. 


Governor—A mechanical regulating device that 
functions automatically and allows for self-regula- 
tion of an engine’s speed. 


Piston—A sliding piece that is moved by or moves 
against fluid pressure within a cylindrical vessel or 
chamber. 


way to the internal combustion engine for vehicle 
propulsion. Today, interest in steam has revived some- 
what as improvements make it increasingly efficient 
and its low-pollution factors make it more attractive. 


See also Diesel engine; Jet engine. 
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fl Steam pressure sterilizer 


Steam pressure sterilization requires a combination 
of pressure, high temperatures, and moisture, and 
serves as one of the most widely used methods for 
sterilization where these functions will not effect a 
load. Sterilization is defined as the elimination of trans- 
missible materials such as viruses and bacteria from any 
medium such as equipment, food, or biological culture. 


The simplest example of a steam pressure sterilizer 
is a home pressure cooker, though it is not recom- 
mended for accurate sterilization. Its main component 
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The structure of a steam pressure sterilizer. (Hans & Cassidy. Courtesy of Gale Group.) 


is a chamber or vessel in which items for sterilization 
are sealed and subjected to high temperatures for a 
specified length of time, known as a cycle. 


Steam pressure sterilizer has replaced the term 
autoclave for all practical purposes, though autoclav- 
ing is still used to describe the process of sterilization by 
steam. French microbiologist Charles Chamberland 
(1851-1908) invented the autoclave in 1879. The func- 
tion of the sterilizer is to kill unwanted microorganisms 
on instruments (such as scalpels and hypodermic nee- 
dles), in cultures, and even in liquids, because the pres- 
ence of foreign microbes might negatively effect the 
outcome of a test, or the purity of a sample. A sterilizer 
also acts as a test vehicle for industrial products such as 
plastics that must withstand certain pressures and 
temperatures. 
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Larger chambers are typically lined with a metal 
jacket, creating a pocket to trap pressurized steam. 
This method preheats the chamber to reduce conden- 
sation and cycle time. Surrounding the unit with steam- 
heated tubes produces the same effect. Steam is then 
introduced by external piping or, in smaller units, by 
internal means, and begins to circulate within the 
chamber. Because steam is lighter than air, it quickly 
builds enough mass to displace it, forcing interior air 
and any air-steam mixtures out of a trap or drain. 


Most sterilization processes require temperatures 
higher than that of boiling water (212°F; 100°C), 
which is not sufficient to kill microorganisms, so pres- 
sure is increased within the chamber to increase tem- 
perature. For example, at 15 pounds per square inch 
(psi) the temperature rises to 250°F (121°C). Many 


4137 


J9ZIJ149}S a4Nssaid wiea}s 


Stearic acid 


clinical applications require a cycle of 20 minutes at 
this temperature for effective sterilization. Cycle vari- 
ables can be adjusted to meet the requirements of a 
given application. The introduction of a vacuum can 
further increase temperature and reduce cycle time by 
quickly removing air from the chamber. The process 
of steam sterilization is kept in check by pressure and 
temperature gauges, as well as a safety valve that 
automatically vents the chamber should the internal 
pressure build beyond the unit’s capacity. 
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| Stearic acid 


Stearic acid is a chemical compound consisting of 
an 18 carbon chain whose terminal carbon is con- 
nected to an oxygen atom with a double bond and a 
hydroxyl group (OH) by a single bond. It belongs to 
class of materials known as fatty acids, produced pri- 
marily from natural fats and oils. Stearic acid is an 
important component in soap and other cosmetic and 
industrial preparations. 


Stearic acid is derived predominantly from fats and 
oils. These materials contain triglycerides which are 
glycerine molecules attached to long hydrocarbon 
chains. These hydrocarbons can be removed from the 
glycerine backbone through a variety of techniques. 
When a triglyceride molecule is split, it yields three 
molecules of fatty acid and one molecule of glycerine. 
The major fat used in the production of stearic acid is 
beef fat, also known as tallow. Stearic acid is also 
obtained in lesser amounts from herring and sardine. 
Plant oils such as cotton, coconut, palm kernel, castor 
beans, rapeseed, soybeans, and sunflowers are also nat- 
ural sources. In the United States, almost all stearic acid 
is made from tallow and coconut oil, although lesser 
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amounts are made from palm oil. The other plant sour- 
ces are more commonly used in third world countries. 


Historically, stearic acid has been made by a proc- 
ess known as hydrolysis, which involves heating the fat 
in an alkaline solution. This process is also known as 
saponification. The alkali that is traditionally used is 
sodium hydroxide, also known as caustic soda or lye. 
Hence the term “lye soap.” Other methods used to 
produce fatty acids include solvent crystallization, 
hydrogenation, and distillation. 


Pure stearic acid is a white, waxy solid crystalline 
material that melts at 156°F (69°C). It is odorless and 
tasteless. However, because of its natural origin, pure 
stearic is hard to obtain. Instead, stearic acid usually 
includes minor amounts of other fatty acids with dif- 
ferent carbon chain lengths, such as lauric and pal- 
mitic acids. These trace impurities can cause the acid 
to vary in molecular weight, solubility, melting point, 
color, odor, and other physical and chemical proper- 
ties. In addition to the carbon chain distribution, the 
degree of neutralization, or the amount of free acid 
present, also determines the acid’s properties. These 
are a number of physical and chemical specifications 
used to ensure that the stearic acid is of a consistent 
quality. Specifications include the acid’s saponifica- 
tion value, iodine value, peroxide value, free fatty 
acids, unsaponifiables, moisture, and trace impurities. 


When fatty acids are neutralized with an alkali, 
the resultant salt is known as a soap. No one knows for 
sure when soap was first discovered, but it was well 
known in the ancient world. Some legends attribute it 
to the Romans, others say the ancient Gauls acciden- 
tally discovered it as they tried to extract oil from 
animal fat. Soap making techniques were common in 
the Old World and the Phoenicians, Arabs, Turks, and 
the Celts were all regarded as master soap makers. It 
wasn’t until the dawn of the nineteenth century, how- 
ever, that soap chemistry was understood. Two key 
events triggered the modern soap making industry. 
First, in 1790, Nicholas Leblanc discovered a process 
to make sodium hydroxide from sodium chloride; this 
established an inexpensive source of lye for soap mak- 
ing. Then, in 1823, Michel Chevreul identified the 
structure of fatty acids. Chevreul discovered the first 
fatty acid when he analyzed a potassium soap made 
from pig fat. After treating the soap with various 
chemicals, he found that it yielded a crystalline mate- 
rial with acid properties. Hence the first fatty acid was 
isolated. Over the next decade, Chevreul decomposed 
a variety of soaps made from different animal soaps. 
He identified and named many fatty acids, including 
stearic and butyric. 
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While soaps can be made using a variety of fatty 
acids, stearic acid is one of the most popular. Stearic 
acid salts made with sodium, potassium, calcium, 
strontium, barium, and magnesium are used in a vari- 
ety of applications. Sodium stearate is the most com- 
mon type of soap and has been used extensively in 
cleansing for personal care in bar soaps. Potassium 
stearate is softer and more water soluble and has been 
used in water solutions for hard surface cleaning. 
Despite their widespread use, stearic acid soaps do 
have certain drawbacks. First, it is difficult to prepare 
concentrated solutions of these soaps because they are 
only marginally soluble in water. Furthermore, they 
can react with minerals present in hard water and form 
insoluble salts such as calcium stearate. These insolu- 
ble salts are responsible for bathtub ring and can leave 
undesirable film on hair, skin, and clothing. In the 
1940s, due to wartime shortages of certain natural 
materials, synthetic soaps, also known as detergents, 
became commercially available. These detergents had 
the cleansing properties of soap without its negative 
properties. 


Beside soap making, stearic acid is used to form 
stable creams, lotions and ointments. It is used in 
products like deodorants and antiperspirants, founda- 
tion creams, hand lotions, hair straighteners, and 
shaving creams. It is also used as a softener in chewing 
gum base and for suppositories. It may be further 
reacted to form stearyl alcohol which is used in a 
variety of industrial and cosmetic products as a thick- 
ener and lubricant. It is also used in candles to modify 
the melting point of the waxes. 


Randy Schueller 


| Steel 


Steel is a strong metal alloy whose major compo- 
nent is iron, along with a minor amount of carbon, 
from 0.02 to 2.0% by weight, and other lesser elements 
such as chromium, manganese, and nickel. It is the 
most widely used of all metals, with uses ranging from 
concrete reinforcement in highways and in high-rise 
buildings to automobiles, aircraft, and vehicles in 
space. Steel is more ductile (able to deform without 
breakage) and durable than cast iron and is generally 
forged, rolled, or drawn into various shapes. 


Since the beginning of the Iron Age, about 1000 
BC, humankind’s progress has been greatly dependent 
on tools and equipment made with iron. The iron tools 
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were then used to fashion many other needed goods. 
Eventually, this was followed by the Industrial 
Revolution, a period of change beginning in the mid- 
dle of the eighteenth century in England where exten- 
sive mechanization of production systems resulted 
in a shift from home manufacturing and farms to 
large-scale factory production. Machine tools and 
other equipment made of iron and steel significantly 
changed the economy of both farms and cities. 


The history of iron and steel began at least 6,000 
years ago. It is speculated that early humankind first 
learned to use iron from fallen meteorites. Many mete- 
orites are composed of iron and nickel, which forms a 
much harder metal than pure iron. The ancients could 
make crude tools and weapons by hammering and 
chipping this metal. Because this useful metal came 
from the heavens, early human beings probably did 
not associate it with the iron found in the ground. It is 
likely that metallic iron was found in the ashes of fires 
that had been built on outcroppings of red iron ore, 
also called iron oxide. The red ore was called paint 
rock, and fires were built against banks of ore that had 
been exposed to wind and weather. Iron ore is found 
worldwide on each of the seven continents. 


Smelting iron, a primitive direct reduction method 
of separating iron from its ore using a charcoal forge or 
furnace, probably began in China and India and then 
spread westward to the area around the Black Sea. 
Unlike copper ores, which yielded molten copper in 
these furnaces, iron would not melt at temperatures 
below 2,799°F (1,537°C) and the highest temperature 
that could be reached in these primitive smelters appears 
to have been about 2,192°F (1,200°C). Iron ore sub- 
jected to that temperature does not melt, but instead 
results in a spongy mass (called sponge iron) mixed with 
impurities called slag. The ironworker removed this 
spongy mass from the furnace and then squeezed the 
slag out of it by hammering. This wrought iron had less 
tendency to corrode and had a fibrous quality from the 
stringers of slag which gave it a certain toughness. 


The Hittites, an ancient tribe living in Asia Minor 
and northern Syria, produced iron starting about 2500 
BC. The Chalybes, a subject tribe of the Hittites, 
invented a cementation process about 1400 BC to 
make the iron stronger. The iron was hammered and 
heated in contact with charcoal. The carbon absorbed 
from the charcoal produced a much harder iron. With 
the fall of the Hittite empire, the various tribes scat- 
tered, carrying the knowledge of smelting and the 
cementation process with them to Syria, Egypt, and 
Macedonia. Widespread use of iron for weapons and 
tools began about 1000 BC, marking the beginning of 
the Iron Age. 
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The ancient Egyptians learned to increase smelt- 
ing temperature in the furnace by blowing a stream of 
air into the fire using blowpipes and bellows. Around 
500 BC, Greek soldiers used iron weapons that had 
been hardened by quenching the hot metal in cold 
water. The Romans learned to reheat the iron after 
quenching in a process called tempering, which made 
the iron less brittle. 


During the Middle Ages, from about AD 500 to 
1500, the old methods of smelting and cementation 
continued. Early blacksmiths made chain mail, weap- 
ons, nails, horseshoes, and tools such as iron plows. The 
Sttickofen, a furnace first developed by the Romans, was 
made larger and higher for better air draft. This was a 
forerunner of the modern blast furnace. Waterwheels 
came into use for iron making between 1200 and 1350. 
The waterwheels converted the energy of swift stream 
currents into work that moved air bellows, forcing blasts 
of air into the furnace. The resulting higher temperature 
melted the iron, which was then formed into pigs 
(so named because as the pig iron was cast, the runners 
and series of ingots resembled pigs suckling their mother) 
of cast iron. As time progressed, these early blast fur- 
naces were built larger and better, reaching 30 ft (9 m) 
in height and able to operate continuously for weeks at 
a time. 


About 1500, iron makers faced wood shortages that 
affected their source of charcoal. Increased warfare and 
the resulting demand for more iron weapons forced iron 
makers to use coal as an alternate source of fuel. A 
major problem with coal was that it contained impur- 
ities such as sulfur and phosphorus that tended to make 
the iron brittle. In 1709, Abraham Darby of England 
used coke, the residue left after soft coal was heated to 
remove impurities, to successfully smelt pig iron. 
Benjamin Huntsman, of England, invented crucible 
cast steel around 1740. A clay crucible, or cup, of iron 
ore was placed in a furnace and when molten, was cast. 
The resulting cast steel was of very high purity since the 
molten steel did not come into contact with the fuel. In 
1784, another improvement was made by Henry Cort, 
an English iron maker, who invented the puddling of 
molten pig iron. Puddling involved stirring air into the 
liquid iron by a worker who stood near the furnace 
door. A reverberatory furnace was used in which the 
coal was separated from the iron to prevent contamina- 
tion. After the pig iron had been converted into wrought 
iron, it was run through a rolling mill, which used 
grooved rollers to press out the remaining slag. Cort’s 
rolling mill was patented in 1783 and could make iron 
bars about 15 times faster than the old hammer method. 


From 1850 to 1865, great advances were made in 
iron and steel processing. Steel was gaining more 
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popularity than iron beginning around 1860 as less 
expensive manufacturing methods were discovered 
and greater quantity and quality were being produced. 


William Kelly of the United States, and Henry 
Bessemer of England, both working independently, 
discovered the same method for converting iron into 
steel. They subjected molten pig iron to a blast of air, 
which burned out most of the impurities and the car- 
bon contained in the molten iron acted as its own fuel. 
Kelly built his first converter in 1851 and received an 
American patent in 1857. He also went bankrupt the 
same year and the method finally became known as 
the Bessemer process. In 1856, Bessemer completed his 
vertical converter and, in 1860, he patented a tilting 
converter, which could be tilted to receive molten iron 
from the furnace and also to pour out its load of liquid 
steel. The Bessemer converter made possible the high 
tonnage production of steel for ships, railroads, 
bridges, and large buildings in the mid-nineteenth cen- 
tury. However, the steel was brittle from the many 
impurities that remained, especially phosphorus and 
sulfur, and by the oxygen from the air blast. English 
metallurgist Robert F. Mushet discovered in 1856 that 
adding an iron alloy (spiegeleisen) containing manga- 
nese would remove the oxygen. Around 1875, Sidney 
G. Thomas and Percy Gilchrist, two English chemists, 
discovered that by adding limestone to the converter 
they could remove the phosphorus and most of the 
sulfur. 


In England, another new furnace was introduced in 
1861 by two brothers, William and Frederick Siemans. 
This was the open-hearth furnace, also known as the 
regenerative open-hearth because the outgoing hot gases 
were used to preheat the incoming air. Pierre Emile 
Martin of France improved the process in 1864 by add- 
ing scrap steel to the molten iron to speed purification. 
During this period, hardened alloy steels came into 
commercial use; Mushet made a high carbon steel in 
1868 that gave tools longer life in France; a chromium 
steel alloy was produced in 1877; and a nickel steel alloy 
in 1888. Englishman Sir Robert Hadfield discovered in 
1882 how to harden manganese tool steel by heating it to 
a high temperature and then quenching it in water. 


Around 1879, the electric furnace was developed 
by William Siemans. This furnace was used very little 
prior to 1910 because of the high electrical costs and 
the poor quality of electrodes used to produce the arc 
for melting. 


The open-hearth furnace was the most popular 
method of steel production until the early 1950s. 
Pure oxygen became more economical to produce in 
large quantities and, in 1954, the first basic oxygen 
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process facility opened for production in the United 
States. Today, most of the world’s steel is made by 
either a basic oxygen furnace or an electric furnace. 


Raw materials 


The ores used in making iron and steel are iron 
oxides, which are compounds of iron and oxygen. The 
major iron oxide ores are hematite, which is the most 
plentiful, limonite, also called brown ore, taconite, 
and magnetite, a black ore. Magnetite is named for 
its magnetic property and has the highest iron content. 
Taconite, named for the Taconic Mountains in the 
northeastern United States, is a low-grade, but impor- 
tant ore, which contains both magnetite and hematite. 


Iron-making furnaces require at least a 50% iron 
content ore for efficient operation. In addition, the 
cost of shipping iron ores from the mine to the smelter 
can be greatly reduced if the unwanted rock and other 
impurities can be removed prior to shipment. This 
requires that the ores undergo several processes called 
beneficiation. These processes include crushing, 
screening, tumbling, floatation, and magnetic separa- 
tion. The refined ore is enriched to over 60% iron by 
these processes and is often formed into pellets before 
shipping. Taconite ore powder, after beneficiation, is 
mixed with coal dust and a binder and rolled into small 
balls in a drum pelletizer where it is, then, baked to 
hardness. About two tons of unwanted material is 
removed for each ton of taconite pellets shipped. 


The three raw materials used in making pig iron 
(which is the raw material needed to make steel) are 
the processed iron ore, coke (residue left after heating 
coal in the absence of air, generally containing up to 
90% carbon) and limestone (CaCO3) or burnt lime 
(CaO), which are added to the blast furnace at inter- 
vals, making the process continuous. The limestone or 
burnt lime is used as a fluxing material that forms a 
slag on top of the liquid metal. This has an oxidizing 
effect on the liquid metal underneath that helps to 
remove impurities. Approximately two tons of ore, 
one ton of coke, and a half ton of limestone are 
required to produce one ton of iron. 


There are several basic elements which can be 
found in all commercial steels. Carbon is a very impor- 
tant element in steel since it allows the steel to be 
hardened by heat treatment. Only a small amount of 
carbon is needed to produce steel: up to 0.25% for low 
carbon steel, 0.25 to 0.50% for medium carbon steel, 
and 0.50 to 1.25% for high carbon steel. Steel can 
contain up to 2% carbon, but over that amount it is 
considered to be cast iron, in which the excess carbon 
forms graphite. The metal manganese is used in small 
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amounts (0.03 to 1.0%) to remove unwanted oxygen 
and to control sulfur. Sulfur is difficult to remove from 
steel and the form it takes in steel (iron sulfide, FeS) 
allows the steel to become brittle, or hot-short, when 
forged or rolled at elevated temperatures. Sulfur con- 
tent in commercial steels is kept below 0.05%. A small 
quantity of phosphorus (usually below 0.04%) is 
present, which tends to dissolve in the iron, slightly 
increasing the strength and hardness. Phosphorus in 
larger quantities reduces the ductility or formability of 
steel and can cause the material to crack when cold 
worked in a rolling mill, making it cold-short. Silicon 
is another element present in steel, usually between 0.5 
to 0.3%. The silicon dissolves in the iron and increases 
the strength and toughness of the steel without greatly 
reducing ductility. The silicon also deoxidizes the mol- 
ten steel through the formation of silicon dioxide 
(SiO), which makes for stronger, less porous castings. 
Another element that plays an important part in the 
processing of steel is oxygen. Some large steel mills 
have installed their own oxygen plants, which are 
located near basic oxygen furnaces. Oxygen injected 
into the mix, or furnace charge, improves and speeds 
up steel production. 


Steel can be given many different and useful prop- 
erties by alloying the iron with other metals such as 
chromium, molybdenum, nickel, aluminum, cobalt, 
tungsten, vanadium, and titanium, and with nonme- 
tals such as boron and silicon. 


Manufacturing processes 


Most steel is produced using one of four methods: 
Bessemer converters, open-hearth furnaces, basic oxy- 
gen furnaces, and electric furnaces. The basic oxygen 
process is the most efficient, while the Bessemer and 
open-hearth methods have become obsolete. Electric 
furnaces are used to produce high quality steels from 
selected steel scrap, lime, and mill scale (an iron oxide 
that forms on the surface of hot steel and falls off as 
black scale). 


Until 1909, most steel made in the United States 
came from Bessemer converters. A Bessemer converter 
looks like a huge pear-shaped pot and can hold any- 
where from 5 to 25 tons. It is balanced on axles so that 
its open top can be tilted one way to take a charge and 
the other way to pour out steel. After the converter is 
charged with hot metal, it is swung to the upright 
position. Air is then blown through holes in its bottom 
at a typical rate of 30,000 cubic feet per minute. Sparks 
and thick, brown smoke pour from the converter’s 
mouth as the oxygen in the blow combines with the 
iron, silicon, and manganese to form slag. Then 30-ft 
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(9-m) flames replace the smoke as the oxygen com- 
bines with the carbon fuel and burns. The whole proc- 
ess took less than 15 minutes. Unfortunately, the 
blowing air contained contaminants (such as nitrogen) 
and also removed some desirable elements such as 
carbon and manganese. This was solved by adding 
the necessary elements back into the converter after 
the blow. Because of stricter air pollution regulations 
and more efficient processes, the Bessemer converter is 
no longer used in countries with such safeguards. 


From 1909 until the 1960s, the open-hearth process 
was the most popular method of steel production. Open- 
hearth furnaces got their name from a shallow area called 
a hearth that is exposed to a blast of flames that alter- 
nately sweeps across the hearth from one side for a period 
of time and then to the side of the furnace. To make a 
heat, or one batch of steel, pig iron, limestone, and scrap 
steel, are initially charged, or loaded, into the hearth. 
These materials are heated for about two hours at tem- 
peratures from 2,700 to 3,000°F (1,482 to 1,649°C) until 
they begin to fuse. Then the furnace is charged with many 
tons of molten pig iron. Scrap is placed in the furnace 
with a charging machine that usually serves a series of 
open-hearth furnaces in a single building. Other ele- 
ments, such as fluxing agents, carbon (usually in the 
form of anthracite coal pellets), and alloying materials, 
are then added to improve the steel. These elements can 
be added either in the furnace charge, the melt or bath, 
ladle, or the ingot molds to meet the desired chemical 
composition of the finished steel or to eliminate or coun- 
teract the effect of oxides or other impurities. Fluxing 
agents (primarily lime, added in the form of either lime- 
stone or burnt lime and supplemented by magnesia, 
MgO, and lime from the furnace bottom and sides) 
melt and combine with the impurities to form slag at 
the top of the melt that is poured off into a separate 
slag pot. Mill scale, a form of iron oxide (Fe3O4), is 
used to reduce carbon content. Aluminum ferrosilicon 
is added if the steel is to be killed. A “killed” steel is one 
that has been deoxidized to prevent gas evolution in the 
ingot mold, making a more uniform steel. Rimmed steel 
is steel that has not been deoxidized and gas pockets and 
holes from free oxygen form in the center of the ingot 
while the rim near the surface of the ingot is free of 
defects. Rolling processes are used in later operations to 
remove these defects. Semi-killed steels are a compromise 
between rimmed and killed steels and are mainly limited 
to steels to be rolled into sheet bar, plate, and structural 
sections. The quantity of deoxidizers used must be closely 
controlled to allow a limited evolution of gas from the 
carbon-oxygen reaction. 


When the contents of the heat are acceptable and 
the temperature is correct, the furnace is tapped and 
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the molten metal is poured into a ladle. An open- 
hearth furnace is tapped through a hole in the furna- 
ce’s bottom. A heat is refined into steel during an 
87-12 hour time-period. Oxygen released from the 
ore and additional injected oxygen combines with car- 
bon in the molten pig iron to form carbon gases. 
These, along with any additional gases from the 
burned fuel, are used to heat incoming air and this is 
why the open-hearth process is sometimes called the 
regenerative open-hearth. 


The basic oxygen converter resembles a Bessemer 
converter. It receives materials from the top and tips to 
pour off the finished steel into ladles. The main element 
is a water-cooled oxygen lance, which is placed into the 
top of the converter after it is charged with scrap steel, 
molten pig iron, and fluxing agents. The lance, lowered 
to within a few feet of the charge, directs high-purity 
oxygen at supersonic speeds into the molten metal. This 
burns out the impurities and, also, enables the making 
of steel with a minimum amount of nitrogen, which can 
make steel brittle. The oxidation of the carbon and 
impurities causes a violent rolling agitation, which 
brings all the metal into contact with the oxygen stream. 
The furnace ladle is, first, tipped to remove slag and, 
then, rotated to pour molten steel into a ladle. The 
speed and efficiency of the oxygen process has had a 
significant impact on the steel industry. An oxygen 
converter can produce a heat of quality steel in 30-45 
minutes. An open-hearth furnace without an oxygen 
lance requires as much as eight hours to produce steel 
of a similar quality. Recent advances in refractory 
brick, the insulating ceramics that protect vessels from 
the hot steel, have allowed injection of oxygen from the 
bottom of a vessel without a large complicated lance. 
This allows for a much more efficient use of the oxygen 
and can lower the capital costs in constructing a basic 
oxygen facility, especially if the building and cranes of a 
retired open-hearth facility is used. 


High-quality carbon and alloy steels, such as tool 
and stainless steels, are produced in electric arc furna- 
ces. These furnaces can make 150-200 tons (136-181 
tonnes) in a single heat in as little as 90 minutes. The 
charge is melted by the arcing between carbon electro- 
des and high quality scrap steel. Some of the electrodes 
can be 2 ft (0.6 m) in diameter and 24 ft (7.2 m) long. 
The entire electric furnace is tilted during a tapping 
operation in which molten steel flows into a waiting 
ladle. Electric furnaces are the most competitive where 
low-cost electricity is available and where very little 
coal or iron ore is found. 


After the steel in the ladle has cooled to the desired 
temperature, the ladle is moved by a traveling crane to 
either a pouring platform for ingot production or to a 
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continuous caster. Ingots may be square, rectangular, 
or round and weigh anywhere from a few hundred 
pounds to 40 tons (36 tonnes). A small amount of 
steel is cast directly into the desired shape in molds of 
fine sand and fireclay. Small rail cars carrying a series 
of heavy cast iron ingot molds wait alongside the 
pouring platform. The steel is teemed, or poured, 
into the molds through a fire-clay nozzle in the bottom 
of the ladle. After the steel in the molds has solidified, 
the cars are pulled under a stripping crane. The crane’s 
plunger holds down the ingot top as its jaws lift the 
mold from the glowing hot ingot. The ingots are then 
taken to soaking pits for further processing. 


An underground soaking pit is used to heat the 
steel ingots to a uniform temperature throughout. The 
ingots must be the same temperature throughout so 
that they can be easily plastically deformed and to 
prevent damage to the heavy machinery of the mills. 
The jaws of the crane clamp onto the ingots and lower 
them into the open soaking pits. The roof of the pits is 
then closed and burning oil or gas heats the ingots to 
about 2,200°F (1,204°C). After soaking in the pits 
for several hours, the ingots are then lifted out by 
crane and transported by rail to the blooming and 
slabbing mills. 


The mechanical working of steel, such as rolling, 
forging, hammering, or squeezing, improves it in sev- 
eral ways. Cavities and voids are closed, harmful con- 
centrations of nonmetallic impurities are broken up 
and more evenly disbursed, and the grain structure is 
refined to produce a more homogeneous or uniform 
product. Some ingots are sent directly to a universal 
plate mill for immediate rolling of steel plates. Most 
ingots, however, are sent to semi-finishing mills (also 
known as slabbing or blooming mills) for reduction 
and shaping into slabs, blooms, or billets. A slab is 
generally a large flat length of steel wider than a 
bloom, a bloom is a length of steel either square or 
rectangular with a cross-sectional area larger than 36 
in (90 cm), and a billet is generally two to five inches 
square, although some billets can be round or rectan- 
gular. The exact sizes of slabs, blooms, and billets 
depend on the requirements of further processing. 


In slabbing and blooming mills, the steel ingot is 
gradually squeezed between heavy rolls. To make bil- 
lets, the steel is first shaped into blooms, then further 
reduced in a billet mill. Each time the ingot is forced 
through the rolls, it is further reduced in one dimen- 
sion. Blooming mills can be classified as either two- 
high or three-high, depending on the number of rolls 
used. The two rolls of the two-high mill can be 
reversed so that the ingot is flattened and lengthened 
as it passes back and forth between the rolls. The top 
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and bottom rolls of the three-high mill turn in one 
direction while the middle roll turns in the opposite 
direction. The ingot is flattened first between the bot- 
tom and middle rolls and ends up on a runout table. 
The table rises and the steel is then fed through the top 
and middle rolls. The continuous, or cross-country, 
mill is a third type of blooming mill. This mill has a 
series of two-high rolls. As many as 15 passes may be 
required to reduce an ingot 21 in? (135 cm”) in cross- 
section to a bloom 8 in* (52 cm?) in cross section. The 
two- and three-high blooming mills roll the top and 
bottom of the steel in every pass. After one or two 
passes, mechanical manipulators on the runout table 
turn the steel to bring the side surfaces under the rolls 
for a uniform material. After the steel is rolled, the 
uneven ends are sheared off, and the single long piece 
is cut into shorter lengths. The sheared off ends are 
reused as scrap. Most of the rolls used in these mills are 
horizontal, but there are also vertical rolls that squeeze 
the blooms or slabs from the sides. High-pressure 
water jets are used to remove mill scale that forms on 
the surface. Surface defects on the finished blooms and 
slabs are burned off, or scarfed, with an oxygen flame. 
The hot lengths of steel are moved from one station to 
another on a series of roller conveyors. Workers in an 
overhead glass-enclosed room called a pulpit auto- 
matically control the mill operations. The slabs, 
blooms, and billets are then taken to finishing mills 
where they are formed into special shapes and forms 
such as bars, beams, plates, and sheets. The steel is still 
not completely “finished” but it is closer to the form in 
which it will eventually be used in manufactured 
goods. Blooms and billets are finished into rails, wire 
rods, wires, bars, tubes, seamless pipe, and structural 
shapes such as I and H beams. Slabs are converted into 
plates, sheets, strips, and welded pipe. 


After they are hot rolled, steel plates or shapes 
undergo further processing such as cleaning and pick- 
ling by chemicals to remove surface oxides, cold roll- 
ing to improve strength and surface finish, annealing 
(also known as stress relieving), and coating (galvaniz- 
ing or aluminizing) for corrosion resistance. 


Continuous, or strand, casting of steel eliminates 
the need to produce ingots and the use of soaking pits. 
In addition to costing less, continuously cast steels 
have more uniform compositions and properties than 
ingot cast steels. Continuous casting of steel produces 
an endless length of steel, which is cut into long slabs 
or blooms that are ready for shaping in rolling mills. 
Molten steel is poured into the top of a continuous 
casting machine and is cooled by passing through a 
water-cooled mold. Pinch rolls draw the steel down- 
ward as it solidifies. Water sprays along the travel path 
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of the solidifying metal provide additional cooling. 
The thickness of the steel strand is typically 10 in (25 
cm) but new developments have reduced this thickness 
to 1 in (2.5 cm) or less. The thinner strand reduces the 
number of rolling operations required and improves 
the economy of the overall process. Some continuous 
cast machines bend the steel while it is still hot 
and flexible so that it comes out of the bottom in a 
horizontal position. Other machines cut the steel into 
sections while it is still in a vertical position. The con- 
tinuous cast process has become the most economical 
method to produce large quantities of conventional 
steels. Small heats of alloy and specialty steels are 
still cast in ingots because the small size makes the 
continuous cast process impractical. 


Some steel shapes are produced from powder. 
There are several chemical, electrochemical, and 
mechanical ways to make steel powder. One method 
involves improving the ore by magnetically separating 
the iron. A ball mill is then used to grind the ore into a 
powder that is then purified with hot hydrogen. This 
powder, under heat and pressure, is pressed into molds 
to form irregularly shaped objects; objects that would 
be hard to form any other way. 


Quality control 


To specify the various physical and mechanical prop- 
erties of the finished product, various tests, both destruc- 
tive and nondestructive, are performed. Metallurgical, 
hardness, hardenability, tension, ductility, compression, 
fatigue, impact, wear, corrosion, creep, machinability, 
radiography, magnetic particle, ultrasonic, and eddy cur- 
rent are some of the major tests that are performed by 
quality control personnel. 


Metallurgical testing is used to determine the 
quality of steel by analyzing the microstructure of a 
sample under a microscope. A cross section of a sam- 
ple is first highly polished and then examined at a 
magnification from 100 to 500 diameters. The micro- 
structure of steel consists of grains of different compo- 
sitions and sizes. Generally, a sample of steel with fine 
grains is tougher than one with large grains. Different 
characteristics are produced through alloying the steel 
with other substances. It is possible to determine grain 
size and the size, shape, and distribution of various 
phases and inclusions (nonmetallic material) which 
have a great effect on the mechanical properties of 
the metal. Some grains are made of ferrite, or pure 
metallic iron; graphite, a crystal form of carbon; pear- 
lite, an alloy of iron of carbon; cementite, also called 
iron carbide, a hard compound of iron and carbon and 
other carbide-forming elements; austenite, a solid 
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solution of carbon in gamma iron, a nonmagnetic 
form of iron; and martensite, an extremely hard con- 
stituent of steel produced by heat-treating. The sample 
can also be etched to make visible many structural 
characteristics of the metal or alloy by a preferential 
attack on the different constituents. The microstruc- 
ture will reveal the mechanical and thermal treatment 
of the metal, and it may be possible to predict its 
expected behavior under a given set of conditions. 


Hardness is not a fundamental property of a 
material, but is related to its elastic and plastic proper- 
ties. The hardness value obtained in a particular test 
serves only as a comparison between materials or 
treatments. The test procedure and sample prepara- 
tion are simple and the results may be used in estimat- 
ing other mechanical properties. Rockwell and Brinell 
are two popular hardness tests that are widely used for 
inspection and control. These tests are usually per- 
formed by impressing into the test specimen, which is 
resting on a rigid platform, an indenter of fixed and 
known geometry, under a known static load. 


Hardenability is a property that determines the 
depth and distribution of hardness induced by 
quenching. The standardized test used is called the 
end-quench hardenability test, also known as the 
Jominy test. A 1-in (2.54 cm) round 4-in (10 cm) long 
sample is heated uniformly to the austenitizing tem- 
perature (this temperature depends on the material 
composition, ranging from 1,500 to 1,900°F [816 to 
1,038°C]). The sample is removed from the furnace 
and placed on a fixture. Then, a jet of water contacts 
the bottom face of the sample. After ten minutes on 
the fixture, the sample is removed and two flat parallel 
surfaces are ground on the sample. Rockwell hardness 
readings are taken along the ground surfaces at certain 
intervals from the quenched end. The results are 
expressed as a curve of hardness values versus distance 
from the quenched end. Plain carbon steels tend to be 
hard on the surface, near the quenched end, but 
remain relatively soft at the core, or further away 
from the quenched end. Alloyed steels, in general, 
have an increased depth of hardenability which is 
one of the main advantages of using alloyed steels. 


Next to the hardness test, the tensile test is the 
most frequently performed test to determine certain 
mechanical properties. A specifically prepared tensile 
sample is placed in the heads of a testing machine and 
an axial load is placed on the sample through a 
hydraulic loading system. The tensile test is used to 
determine several important material properties such 
as yield strength, where the material starts to exhibit 
plastic or permanent deformation, and the ultimate 
tensile or breaking strength. 
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Ductility of a material is indicated by the amount 
of deformation that is possible until fracture and can 
be determined by measuring elongation and reduction 
in area of a tensile sample that has been tested to 
failure. 


Compression tests are performed on small cylin- 
ders, blocks, or strips to determine the ability of 
a material to undergo large plastic deformations 
(a mechanical property also known as malleability) 
and its limits. Stress-strain relations determined from 
this testing are used to predict the pressures and forces 
arising in industrial forming operations such as roll- 
ing, forging, or extrusion. Samples are placed between 
anvils or pressure plates and are compressed (friction 
is also a factor to consider as the material slides side- 
wise over the anvils). 


The fatigue test is used to determine the behavior 
of materials when subjected to repeated or fluctuating 
loads. It is used to simulate stress conditions devel- 
oped in materials under service conditions. The fatigue 
potential, or endurance limit, is determined by count- 
ing the number of cycles of stress, applied first in one 
direction and then another, to which the metal can be 
subjected before it breaks. Fatigue tests can be used to 
study the material behavior under various types and 
ranges of fluctuating loads and also the effect of cor- 
rosion, surface conditions, temperature, size, and 
stress concentrations. 


Impact tests are used to determine the behavior of 
materials when subjected to high rates of loading, 
usually in bending, tension, or torsion. The quantity 
measured is the energy absorbed in breaking the speci- 
men in one blow, two such tests are called the Charpy 
and the Izod, which use notched bar specimens. A 
swinging pendulum of fixed weight raised to a stand- 
ard height is used to strike the specimen. Some of the 
energy of the pendulum is used to rupture the speci- 
men so that the pendulum rises to a lower height than 
the standard height. The weight of the pendulum times 
the difference in heights indicates the energy absorbed 
by the specimen, usually measured in foot-pounds. 


Wear resistance is represented by few standar- 
dized tests because of its complex nature. One test is 
the pin on disk method, where a pin is moved against a 
disk of the test material. Usually, wear testing is appli- 
cation specific and the equipment is designed to simu- 
late actual service conditions. 


Corrosion involves the destruction of a material 
by chemical, electrochemical, or metallurgical interac- 
tion between the environment and the material. 
Various types of environmental exposure testing is 
done to simulate actual use conditions, such as salt 
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bath immersion testing. Zinc coating, or galvanizing, 
is commonly applied to sheet and structural steel used 
for outdoor applications to protect against corrosion. 


Creep tests are used to determine the continuing 
change in the deformation of a material at elevated 
temperatures when stressed below the yield strength. 
This is important in the design of parts exposed to 
elevated temperatures. Creep may be defined as a 
continuing slow plastic flow under constant load con- 
ditions. A creep test is a tension test run at a constant 
load and temperature. The percent elongation of the 
sample is measured over time. 


Machinability is the ease with which a metal may 
be machined. Many factors are considered in arriving 
at machinability ratings. Some of the more important 
factors are the rate of metal removal, quality of the 
finished surface, and tool life. Machinability ratings 
are expressed as a percentage, in comparison with 
AISI 1112 steel, which is rated at 100%. Metals 
which are more difficult to machine have a rating of 
less than 100% while metals which machine easily 
have a rating more than 100%. 


Radiography of metals involves the use of x rays 
or gamma rays. The short-wavelength electromagnetic 
rays are capable of going through large thickness of 
metal and are typically used to nondestructively test 
castings and welded joints for shrinkage voids and 
porosity. 


Magnetic particle inspection (also called Magnaflux) 
is a method of detecting cracks, tears, seams, inclusions, 
and similar discontinuities in iron and steel. This method 
will detect surface defects too fine to be seen by the naked 
eye and will also detect discontinuities just below the 
surface. The sample is magnetized and, then, covered 
with a fine iron powder. The presence of an imperfection 
is indicated by a pattern that assumes the approximate 
shape of the defect. 


Ultrasonic testing utilizes sound waves above the 
audible range with a frequency of one to five million 
Hz (cycles per second). Ultrasonics allow for fast, 
reliable, nondestructive testing which employs elec- 
tronically produced high-frequency sound waves to 
penetrate metals and other materials at speeds of sev- 
eral thousand feet per second. If there is a flaw in the 
path of the ultrasonic wave, part of the energy will 
be reflected and the signal received by a receiving 
transducer will be reduced. Ultrasonic inspection is 
used to detect and locate such defects as shrinkage 
voids, internal cracks, porosity, and large nonmetallic 
inclusions. 


Eddy current inspection is used to inspect electri- 
cally conducting materials for defects and variations in 
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composition. Eddy current testing involves placing a 
varying magnetic field (which is produced by connect- 
ing alternating current to a coil) near an electrically 
conducting sample. Eddy currents are induced in the 
sample, which then produces a magnetic field of its 
own. A detection unit measures this new magnetic 
field and converts the signal into a voltage, which can 
be read on a meter for comparison. Properties such as 
hardness, alloy composition, chemical purity, and heat 
treat condition influence the magnetic field and may be 
measured through the use of eddy current testing. 


Byproducts and waste 


There are a number of waste byproducts from the 
steel making process. Mine tailings from the ore bene- 
ficiation process are returned to the mining site. 
Growing vetches (a species of plant valuable for fod- 
der), grasses, and trees on some of these barren land- 
scapes has been a project of biologists and foresters. 
Gases that are given off from the coke ovens, blast 
furnaces, and steel furnaces are largely recovered for 
reuse. After use in iron and steelmaking, most slags are 
used for other purposes such as railroad ballast and 
road fill, an ingredient in cement or blocks, insulating 
material, or fertilizer. 


The future 


In the future there will be many new developments 
involving computer controls and automation that will 
improve economy and quality and lower energy con- 
sumption and pollution. More automation will also 
lead to more robots replacing humans in hazardous 
areas. Computers can be used to control several rolling 
mills operating as a continuous unit. The decreasing 
material thickness can be maintained automatically as 
it passes through the various mills to produce a uni- 
form final sheet. Continued research and development 
is ongoing to connect continuous casting machines 
with rolling mills to provide a single continuous proc- 
ess from molten metal to the final product. This will 
produce energy and cost savings because the material 
would not have to be reheated for processing, and 
result in a higher quality end product. 


The use of 100% scrap in charging electric furna- 
ces has cut the dependence on pig iron and ores, and 
has resulted in the development of more small steel 
mills, also called mini-mills, which can be located far 
from natural resources to serve wider geographical 
areas. 


More net steel shapes will be formed using powder 
metallurgy as direct reduction processes produce steel 
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powders directly from iron ore, bypassing the blast 
furnace and making difficult shapes easier to form. 


In 2005, according to the International Iron and 
Steel Institute, the companies that produced the most 
steel worldwide were (in millions of metric ton of crude 
steel): Mittal Steel (63.0, the Netherlands); Arcelor 
(46.7, Luxembourg); Nippon Steel (32.0, Japan); 
POSCO (30.5, South Korea); and JFE (29.9, Japan). 
(Of note, Arcelor and Mittal Steel merged in 2006 to 
form Arcelor Mittal, now the world’s largest manu- 
facturer of steel.) 


See also Metal production; Metallurgy. 
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t Steganography 


Steganography (from the Greek for “covered 
writing”) is the secret transmission of a message. It is 
distinct from encryption, because the goal of encryp- 
tion is to make a message difficult to read while the 
goal of steganography is to make a message altogether 
invisible. A steganographic message may also be an 
encrypted as an extra barrier to interception, but need 
not be. Steganography has the advantage that even a 
talented code-cracker cannot decipher a message with- 
out knowing it is there. 


Steganography has been used since ancient times; 
Greek historian Herodotus records how one plotter of 
a revolt communicated secretly with another by shav- 
ing a slave’s head, writing on his scalp, letting his hair 
grow back, and sending the slave as an apparently 
unencumbered messenger. The number of ways in 
which a steganographic message might be sent is lim- 
ited only by human ingenuity. A photograph of a large 
group of people, for example, might contain a Morse- 
code message in the expressions of the people in the 
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An FBI agent is using an ultraviolet light to bring out the 
message hidden in a letter. (Thomas D. Mcavoy/Time Life 
Pictures/Getty Images.) 


photograph (e.g., smiling for dot, blank for dash) or in 
the directions they are looking (e.g., slightly to the left 
for dot, straight at the camera for dash). Writing in 
invisible ink or miniaturizing a message, as on micro- 
film, are also forms of steganography. Probably the 
most common form of steganography involves the 
embedding of messages in apparently innocent texts, 
with the letters or words of the message indicated 
either by subtle graphic emphasis (e.g., heavier ink, 
lighter ink, a small defect) or by special positioning. 
For instance, reading the first word of every sentence 
in what appears to be an ordinary letter might yield a 
steganographic message. 


Like most other forms of cryptography and secret 
writing, steganography has thrived in the digital era. 
Most digital documents contain useless or insignifi- 
cant areas of data, or involve enough redundancy that 
some of their information can be altered without 
obvious effect. For instance, one might conceal a mes- 
sage bitstream inside a digital audio file by replacing 
the least-significant bit of every waveform sample (or 
every 1 th waveform sample) with a message bit; the 
only effect on the file, if played back as audio, would 
be a slight decrease in the sound quality (probably 
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imperceptible). Although steganographic messages 
can be hidden in any kind of digital files, image files, 
because they contain so much data to begin with, are 
usually used for digital steganography. Today a num- 
ber of commercial or shareware programs exist for 
encoding text into steganographic images (“stego- 
images”), and are used by millions of people world- 
wide who wish to evade surveillance, especially by 
governments. This includes people who have reason 
to fear punishment for expressing their political ideas, 
as well as terrorists. 


Steganography is also used for the less dramatic 
purpose of watermarking, which is the hiding of infor- 
mation indicating ownership or origin inside a digital 
file. (Physical watermarking, the practice after which 
digital watermarking is named, is the impression of a 
subtle pattern on paper using water. A watermark is 
only visible when the paper is held up to a light.) 
Watermarking can be used for digital authentication 
(i.e., to prove that certain party was indeed the source 
of a file) or to check whether a digital file was obtained 
in violation of copyright. 


See also Clipper chip; Computer hardware secur- 
ity; Computer keystroke recorder; Cryptography, encryp- 
tion, and number theory; Decryption; Forensic science. 
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| Stellar evolution 


The changes that occur during a star’s life are 
called stellar evolution. The mass of a star determines 
the ultimate fate of a star. Stars that are more massive 
burn their fuel quicker and lead shorter lives. Because 
stars shine, they must change. The energy they lose by 
emitting light must come from the matter of which the 
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star is made. This will lead to a change in its compo- 
sition. Stars are formed from the material between 
stars, shine until they exhaust their fuel, and then die 
a predictable death based upon their initial mass. 


From atoms to stars 


Understanding of the processes of stellar evolu- 
tion came as a result of twentieth century advances in 
both astronomy and atomic physics. Advances in 
quantum theory and improved models of atomic 
structure made it clear to astronomers that deeper 
understanding of the life cycle of stars and of cosmo- 
logical theories explaining the vastness of space was to 
be forever tied to advances in understanding inner 
workings of the universe on an atomic scale. In addi- 
tion, a complete understanding of the energies of mass 
conversion in stars was provided by German-— 
American physicist Albert Einstein’s (1879-1955) spe- 
cial theory of relativity and his relation of mass to 
energy (E = mc’, or energy [E] equals mass [7] times 
the speed of light [c] squared). 


Indian-born American astrophysicist Subrahmanyan 
Chandrasekhar (1910-1995) first articulated the evolution 
of stars into supernovae, white dwarfs, and neutron 
stars; and predicted the conditions required for the for- 
mation of black holes, which were subsequently confirmed 
by observation in the last years of the twentieth century. 


Stellar mechanics 


The material between stars occurs in clouds of 
varying mass. By processes that are still not com- 
pletely clear, but involve cooling of the cloud-center 
with the formation of molecules, and the squeezing of 
the cloud by outside starlight or perhaps a stellar 
explosion, the cloud begins to collapse under its own 
self-gravity. The collapse of the cloud results in the 
material becoming hotter simply from the squeezing of 
the collapse. At this point, the interior of the star 
churns. This churning process is called convection. 
Its rate of collapse is determined by the rate at which 
it can lose energy from its surface. Atomic processes 
keep the surface near a constant temperature so that a 
rapid collapse is slowed by the radiating surface area 
shrinking during the collapse. The star simply gets 
fainter while the interior gets progressively hotter. 


Finally, the internal temperature rises to the point 
where atoms located at the center of the star, where the 
temperature is the hottest, are moving so fast from the 
heat generated that they begin to stick together. This 
process is called nuclear fusion, and it results in an 
additional production of energy. Thus, the star has a 
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new source of heat. The subsequent evolution of the 
star will be largely determined by its mass. 


If the mass of the star is about equal to that of the 
Sun or less, the nuclear fires that now provide the 
energy for the star to shine will determine its internal 
structure. A central radiative core is surrounded by a 
convective envelope. In the radiative core the material 
remains quiescent, while energy generated by nuclear 
fusion of hydrogen to helium simply diffuses through 
it like the light from automobile headlights shines 
through a fog. It is at the very center of this radiative 
core that the helium ash of the nuclear fires accumu- 
lates as the star ages. Beyond the radiative core lies the 
churning convective envelope through which the 
energy is carried by blobs of hot matter rising past 
returning cooler blobs. At the atmospheric surface, the 
energy again flows as it did in the core until it physi- 
cally leaves the star as starlight. 


The structure of stars more than twice the mass of 
the Sun is essentially the reverse of the low-mass stars. 
The cores of these stars are fully convective so that the 
energy produced by nuclear fusion is carried outward 
by the churning motion of the material in the core. The 
surrounding radiative envelope behaves much like the 
cores of lower-mass stars except no new energy is 
produced there. The churning motion of the material 
in the convective core causes the nuclear ash of helium 
to be mixed with the surrounding hydrogen fuel. This 
motion ensures that virtually all the hydrogen will be 
available to the nuclear fires that heat the star. 


Both high- and low-mass stars respond to the 
depletion of hydrogen fuel in a similar manner. In 
order to supply the heat to oppose its own self-gravity, 
the star’s core again responds by shrinking. In a sort of 
reflex reaction, the outer regions of the star expand, 
causing a great increase of its radiating surface area. 
Although the total energy output of the star increases 
during this phase, the greatly enhanced surface area 
results in a cooling of the surface and the star takes on 
a redder appearance. The size and color change lead to 
the name of red giant for these stars. If the star is very 
massive, it may become what is called a red supergiant. 


For the low-mass stars, the expansion to the red 
giant phase will begin when about 90% of its hydrogen 
has been converted to helium. During the contraction 
of its core, a complicated sequence of events occurs. 
The shrinkage required to produce the energy radiated 
by the large giant causes the core to shrink to the 
dimensions of a white dwarf, while hydrogen contin- 
ues to burn by nuclear fusion in a thin shell surround- 
ing the core. This shell provides most of the energy 
that is radiated away by the star. However, the core 
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material, having attained the dimensions of a white 
dwarf, behaves very differently than the high-density 
gas that it was earlier in its life. No longer must it be 
heated to generate the pressure required to oppose the 
weight of the overlying material. When matter reaches 
this state, it is called degenerate matter. The degener- 
ate core just sits there, becoming hotter from the 
energy released by the surrounding hydrogen-burning 
shell and growing slowly from the helium ash gener- 
ated by the shell. The hydrogen-burning shell is 
required to produce increasing amounts of energy 
from decreasing amounts of hydrogen fuel to sustain 
the brightening red giant. This continuing increase in 
the energy output from the shell heats the core, which 
finally reaches a temperature where the helium begins 
to undergo nuclear reactions, producing carbon. In 
this fusion process, three helium nuclei collide yielding 
one carbon nucleus and additional energy for the sup- 
port of the star. 


The star now has a new energy source. However, 
the degenerate nature of the core does not allow it to 
expand and cool as would a core made of ordinary gas. 
Thus, the onset of helium burning leads to a rapid 
rise in core temperature, which is not balanced by a 
cooling expansion. The increased core temperature 
leads to a dramatic increase in helium burning. This 
sequence, known as the helium flash, continues until 
the degeneracy of the material making up the core is 
removed by the intense heat. The return of the mate- 
rial to its ordinary gaseous state leads to a rapid 
expansion, which cools the core and reduces the 
helium burning. An equilibrium is established with 
the star generating progressively more energy from 
helium fusion, while the energy from the hydrogen 
burning shell is reduced, and it ultimately goes out 
from lack of fuel. The star continues to shine through 
the red giant phase by converting helium into carbon 
through nuclear fusion. 


As the helium becomes depleted, the outer layers of 
the star become unstable and rather gently lift off the 
star to be slowly blown away by the light from the star. 
(Such an image was captured in 1998 by the Hubble Space 
Telescope when a dying star known as NGC7027, 
located about 3,000 light-years from the Sun in the 
direction of Cygnus the Swan, was observed.) Such 
shells of expanding gas are observed as greenish disks 
that eventually become greenish rings and the material 
becomes less dense. These greenish clouds are called 
planetary nebulae, even though they have nothing 
whatever to do with planets. Astronomers of two cen- 
turies ago gave them that name, for their telescopic 
appearance from the Earth was like that of the outer 
planets Uranus and Neptune. 
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The remaining core of the red giant, now exposed, 
cools rapidly, again becomes degenerate, and is known 
as a white dwarf. A white dwarf has reached a stale- 
mate between its own self-gravity and the nature of the 
degenerate stuff of which it is now composed. It may 
now simply cool off to become a dark stellar cinder 
about the size of the Earth. 


The evolution of a massive stars follow a some- 
what different course. The churning of the convective 
core makes most of the hydrogen fuel available for 
consumption in the nuclear fires. Thus, these stars will 
not suffer the effects of core contraction until more 
than 99.9% of their hydrogen has been consumed. 
Even though they can consume more of their hydro- 
gen (on a percentage basis), and they have more fuel to 
burn, they also shine much brighter than the low-mass 
stars. Thus, their overall lifetimes will be far less than 
the low-mass stars. While the lifetime of a star like the 
Sun may approach ten billion years, a star with ten 
times the mass of the Sun may last less than ten million 
years. 


The exhaustion of the hydrogen convective core 
leads to its contraction and the expansion of the outer 
layers, as was the case with the low-mass stars. 
However, the fate of the core is rather different from 
that of the low-mass stars. The core is far too massive 
to reach equilibrium as a degenerate structure like a 
white dwarf, so that contraction continues heating the 
core until the ignition of helium fusion is achieved. 
Unlike the lower-mass stars where the onset of helium 
burning occurs with a flash, the helium fusion in mas- 
sive stars begins slowly and systematically takes over 
from the hydrogen-burning shell surrounding the 
core. Throughout the red giant- or supergiant-phase 
the role of energy production steadily shifts from 
hydrogen burning to helium burning. Eventually, 
helium becomes exhausted around a growing carbon 
core. While helium continues to undergo fusion in a 
shell surrounding the core, carbon fusion is ignited. 
Just as a degenerate helium core gives rise to the 
unstable ignition of helium, called the helium flash in 
low-mass stars, so the degenerate carbon core of mod- 
erate mass stars can result in an unstable ignition of 
carbon. However, whereas the helium flash is quickly 
quelled in low-mass stars, the carbon ignites explo- 
sively in the cores of these moderate-mass stars. This 
process is called carbon deflagration and may result in 
the destruction of the star. 


In even more massive stars, the onset of carbon 
burning is a controlled process and the star develops 
multiple shells of energy sources involving carbon 
fusion, helium fusion, and even some hydrogen fusion 
in the outer regions of the star. The ignition by nuclear 
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fusion of each new element yields less energy than the 
one before it. In addition, the increased temperature 
required for the nuclear fusion of these additional 
sources leads to an increase in the stellar luminosity. 
The result is an ever-increasing rate of the formation 
of less-efficient energy sources. When nuclear fusion in 
the core of the star yields iron, further nuclear fusion 
will no longer yield energy. Instead, nuclear fusion of 
iron will use up energy-robbing thermal energy from 
the surrounding material. This sudden cooling of the 
core will bring about its collapse. 


As the density increases in the collapsing core, 
there is less and less room for the free electrons that 
have been stripped from the atomic nuclei by the 
extreme temperature. These electrons must go some- 
where, so they begin to be absorbed in the protons of 
the atomic nuclei, turning them into neutrons. The 
process is called neutronization. This reaction gener- 
ates particles called neutrinos, which interact very 
weakly with ordinary matter, and so normally escape 
directly from the star. The energy robbed from the 
core by the neutrinos also adds to the energy crises in 
the core and contributes to the core collapse. 


The production of elements with masses greater 
than iron also produces large quantities of neutrinos, 
so that whichever process dominates, a great deal of 
energy is lost directly from the star, resulting in a 
catastrophic gravitational collapse of the core. This 
action is followed promptly by the collapse of the 
entire star. The rapid increase in the density of the 
collapsing core finally reaches the point where the 
material becomes opaque to the energy-robbing neu- 
trinos, and their continued escape is stopped. The 
sudden deposition of the neutrino energy in the col- 
lapsing core reverses the collapse, bringing about an 
explosion of unprecedented magnitude. The infalling 
matter and trapped photons are hurled into space, 
liberating as much energy in a few minutes as the star 
has radiated in its lifetime of millions of years. 


The remains of this titanic explosion depend on 
the initial mass of the collapsing star. Very-massive 
stars may leave a black hole of completely collapsed 
matter behind. Should the collapse involve a star of 
less mass, the remainder may be something called a 
neutron star, similar to that formed by the collapse of 
a white dwarf. In some instances, the entire star may 
be involved in the explosion and there will be no 
remains at all. While there have been recent attempts 
to refine the classification of these explosions, astron- 
omers still refer to the explosion of a massive star as a 
supernova of type II. Supernovae of type I are thought 
to result from the collapse of a white dwarf, which has 
exceeded its critical mass. Unlike the evolution of 


4150 


low-mass stars, in which an accommodation between 
the forces of gravity and degenerate structure of the 
star is achieved through the formation of a white 
dwarf, the evolution of a massive star must end in a 
violent stellar explosion. Gravity appears to win its 
struggle with nuclear physics, but at the last moment, 
the energy of collapse is turned to an explosion leaving 
either a collapsed corpse, or perhaps nothing at all. 


The accession of the Hubble Space Telescope had 
given astronomers a valuable tool to study the evolu- 
tion of stars in the universe, at the same time challeng- 
ing their understanding. In 1997, Hubble detected 
rogue stars that do not belong to any galaxy, displaced 
long ago and now hanging in empty intergalactic space 
among star clusters like the Virgo Cluster, about 60 
million light-years from the Earth. 


In 1996, astronomers found evidence of many iso- 
lated, dim brown dwarfs, lacking sufficient mass to 
start nuclear fusion. They detected light spectra from 
the element lithium, which quickly burns in true stars. 
These brown dwarfs, called L dwarfs, are typically 
smaller then the sun but much larger than even 
Jupiter, and some may resemble Saturn’s moon Titan. 


On the opposite scale, in 1997, Hubble detected the 
then brightest star ever seen. Discovered at the core of 
the Milky Way galaxy and named the Pistol star, it has 
the energy of ten million Suns and would fill the dis- 
tance of the Earth’s orbit around the sun. The Pistol 
Star is about 25,000 light-years from the Earth; it is so 
turbulent that its eruptions create a gas cloud four 
light-years across. It had been thought that a star so 
big could not have formed without blowing itself apart, 
and so the Pistol Star will require astronomers to reex- 
amine their ideas about stellar formation, especially of 
supermassive stars near the centers of galaxies. 


By 2003, other observations, including x-ray obser- 
vations from the ROSAT (short for Rontgensatellit) 
Observatory and NASA’s Chandra X-ray Observatory 
(CXO), allowed the identification of high intensity ultra- 
bright x-ray sources that many astronomers argued 
were evidence of black holes in star-forming galaxies. 
Although there are other explanations for these phe- 
nomena, the fact that they provide additional confirma- 
tion of black holes is enhanced by Hubble observations 
of stars rotating around stellar cores of these galaxies. 


In early 2003, the Chandra X-ray Observatory, 
provided extended observations of Sagittarius A 
(or Sgr A), the supermassive black hole at the center 
of Earth’s own Milky Way galaxy. In 2004, astrono- 
mers found over 30 black holes. In fact, a black hole 
was discovered in June 2004 that scientists conjecture 
will help to confirm that gigantic black holes were 
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KEY TERMS 


Convective core—The central, or surrounding regions 
of a star where the energy is carried by envelope 
convection. Convective transport of energy is the 
same as that found in a pan of boiling water where 
hot material physically rises, carrying energy, and 
having deposited that energy at the top of the region, 
descends as cooler material. 


Deflagration—The explosive onset of nuclear fusion 
leading to the disruption of the reaction structure. 


Degenerate gas—A gas whose constituents are 
packed to such high densities that further packing 
would violate the Pauli Exclusion Principle. The 
pressure of such a gas exhibits almost no depend- 
ence on temperature. 


Ideal gas—Gas that obeys the ideal gas law, where 
the pressure is proportional to the product of the 
local temperature and density. 


Neutrino—A nuclear particle resulting from nuclear 
reactions. Neutrinos interact very weakly with ordi- 
nary matter, and can easily traverse a normal star 
without colliding with any of the stellar material. 


Neutron—Together with protons, neutrons com- 
prise the basic building blocks of the nuclei of the 
elements. They have a mass just slightly greater than 
that of a proton, but lack its electric charge. 


Neutron star—A star with a mass similar to the sun, 
but composed almost entirely of neutrons. The 


created early in the formation of the universe. In 2005, 
a black hole was discovered to be traveling at twice the 
escape velocity of the galaxy as it exited the Milky 
Way. Scientists think that such a black hole may help 
to support the theory that a black hole exists in the 
center of the Milky Way galaxy. 


See also Gravity and gravitation; Red giant star; 
Star formation. 
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neutrons are packed so tightly that they are degener- 
ate, like the electrons of a white dwarf—but the 
resulting density is far greater. The typical size of 
such a star is about 6.2 mi (10 km). 


Nuclear fusion—The combining of the nuclei of two 
elements so as to produce a new, more massive 
element. The process is accompanied by the release 
of energy as long as the end product of the reaction is 
less massive than iron. 


Planetary nebula—An expanding shell of gas ejected 
by a low-mass red giant, which may take on the 
appearance of one of the outer planets of the solar 
system when seen in a small telescope. 


Radiative core—The central, or surrounding regions 
of a star where the energy is carried by envelope 
radiative diffusion. Radiative diffusion describes the 
flow of particles of light (photons) through a medium 
where there is little mechanical change to the 
medium. 


Supernova—The final collapse stage of a supergiant 
star. 


White dwarf—A star that has used up all of its 
thermonuclear energy sources and has collapsed 
gravitationally to the equilibrium against further 
collapse that is maintained by a degenerate electron 
gas. 
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l Stellar magnetic fields 


Stellar magnetic fields are an array of forces that 
can be observed surrounding and at the surfaces of 
stars like the sun. They are similar in nature to the 
effect of the well-known dipolar magnets found in 
science laboratories, classrooms, and toys, but far 
more powerful and infinitely more complex. They are 
an important part of the physical makeup of stars 
because they affect their interiors, atmospheres, and 
immediate environments. Observations of the sun 
show that it has a dynamic overall magnetic field and 
also smaller, but often much stronger pockets of mag- 
netism associated with sunspots. The influence of 
these more localized magnetic fields can sometimes 
be quite dramatic when they are involved in the crea- 
tion, shaping, and size of solar prominences, flares, 
and some features in the solar atmosphere (the 
corona). The large-scale magnetic field of the sun 
helps determine processes by which chemical elements 
are transported within and around the sun, and even 
the spin, or rotation, of the stellar surface. The study 
of the sun’s magnetic fields, particularly their large- 
and small-scale structures, helps in understanding 
their origins. It is assumed by astronomers that when 
magnetic fields around stars other than the sun are 
studied in detail they will show similar features and 
dynamics. Knowledge gained about the magnetic 
fields of stars can lead to an understanding of their 
potential impact on long-term stellar evolution. 


Exactly how stellar magnetic fields work is some- 
what of a mystery. The most widely accepted explan- 
ation for them is called the dynamo model. The 
dynamo principle is used in generators on the Earth, 
but may be thought of as the reverse of what is hap- 
pening in a star. In a simple emergency generator, a 
gas engine spins a magnet within a coil of wire. The 
interaction of the moving magnetic field within the coil 
generates electricity in the wire, which is then sent out 
to a connector that provides electrical power to devices 
outside the generator. This is how hydroelectric power 
is generated at dams like the famous Hoover Dam in 
the Black Canyon of the Colorado River (between 
Arizona and Nevada). However, instead of a gas 
engine, water under high pressure provides the motion 
required to make the generator work. 


In a stellar dynamo, rather than electricity being 
generated because of a moving magnetic field, a mag- 
netic field seems to be generated by two major motions 
within the star. The first motion is the movement of 
the gases in the convection zone, which makes up the 
upper layer of the star. In this region, material at and 
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just beneath the surface moves up as heat is transferred 
outward from lower layers to the surface by a process 
in which hot gas rises just as hot air does on the Earth. 
Once some of the heat of the gas is released at the 
surface of the Sun, that gas drops down again as it is 
replaced by hotter gases from below. 


The second motion is caused by the simple fact 
that the sun is made of gas. Because of this, it does not 
rotate at the same speed everywhere as would a solid 
object like a planet. This is called differential rotation 
and it causes the material at the equator to move faster 
than material at the poles. While scientists have not 
worked out all the details, it appears that these two 
effects together create the basic stellar magnetic field 
of the sun and other stars. However, to be able to 
create a full picture, it would be necessary to describe 
accurately all the physical processes operating on the 
surface of and in the interior of every area of the sun 
including small- and large-scale turbulence. In addi- 
tion, the overall magnetic field and sunspot fields 
themselves effect the movements of the convection 
zone, creating a situation far more complex than the 
highly unpredictable weather patterns of the Earth. A 
deeper understanding of the causes of stellar magnetic 
fields will require observations of many more stars and 
a more complete understanding of processes within 
them. 


On the sun, more localized magnetic fields can be 
found and are made visually obvious by the appear- 
ance of sunspots, which were first recorded by ancient 
Chinese astronomers. They can be so large that they 
can indeed be observed, with proper filtering, with the 
naked eye. In the 1600s, Italian astronomer and phys- 
icist Galileo Galilei (1564-1642) and his contempora- 
ries rediscovered sunspots shortly after the start of 
telescopic astronomy (astronomy that was supported 
by the use of telescopes). Sunspots are regions on the 
solar surface that appear dark because they are cooler 
than the surrounding surface area (photosphere) by 
about 2,200°F (1,200°C). This means they are still at a 
temperature of about 7,600°F (4,200°C). Even though 
they look dark in photographs of the sun, they are still 
very bright. If a piece of sunspot could be brought to 
the Earth, it would be extremely hot and blinding to 
look at just as any other piece of the sun. Sunspots 
develop and persist for periods ranging from hours to 
months, and are carried around the surface of the Sun 
by its rotation. Sunspots usually appear in pairs or 
groups and consist of a dark central region called the 
umbra and a slightly lighter surrounding region called 
the penumbra. The rotation period of the sun was first 
measured by tracking sunspots as they appeared to 
move around the sun. Galileo used this method to 
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KEY TERMS 


Corona—The outermost layer of the sun’s atmos- 
phere, seen during total solar eclipses as a glowing 
irregular halo. 


Dipolar magnet—The common bar magnet that has 
opposing north and south magnetic fields. 


Flare—A sudden burst of electromagnetic energy 
and particles from a magnetic loop in an active 
region of the sun. Sends material out into the solar 
system that can disrupt electronic devices even on 
the Earth. 


Galileo Galilei—italian physicist and astronomer 
(1564-1642) who is credited with first turning a tele- 
scope to the sky. Galileo discovered the moons of 
Jupiter, providing the first observational evidence of 
smaller celestial bodies moving around larger ones. 
For stating that the Earth definitely must, therefore, 
move around the sun, he was placed under house 
arrest for the latter part of his life. 


deduce that the sun had a rotational period of about 
one month. However, because the sun is not a solid 
body, it does not have one simple rotational period. 
Modern measurements indicate that the rotation 
period of the sun is about 25 days near its equator, 
28 days at 40° latitude, and 36 days near the poles. The 
rotation direction is the same as the motion of the 
planets in their orbits around the sun. 


The magnetic causes of sunspots were not known 
until the early years of the twentieth century when 
American solar astronomer George Ellery Hale 
(1868-1938) mapped the solar magnetic field through 
its effect—called the Zeeman effect—on the detailed 
shape and polarization of spectral lines. Spectra show 
the chemical makeup of stars and are a major source of 
information for astronomers. They are created by 
spreading the light of a star into its component parts 
in the same way a prism creates a rainbow of colors 
from a light source. Chemical reactions in the star 
create lines of different intensities at predictable places 
along the spectrum allowing scientists to determine the 
makeup of the star. Since the chemical reactions would 
produce a spectral line in a given way in the absence of 
a magnetic field, scientists can see the effects of fields 
by comparison to the known spectrum of the reaction. 
The Zeeman effect is a change in the spectral lines 
caused by the sun’s magnetic field. The sun’s magnetic 
field has been mapped on a regular basis ever since 
Hale first did it, and it is now known that the 11-year 
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George Ellery Hale—American astronomer (1868— 
1938) best known for his contribution to the design 
and development of the world-famous 200-in (508-cm) 
telescope on Mt. Palomar in California. 


Photosphere—The visible surface of the sun. The 
region from which light escapes from the sun into 
space. 


Prominence—A cool cloud of hydrogen gas above 
the sun’s surface in the corona. Shaped by local 
magnetic fields of active regions on the sun. 


Spectropolarimeter—A device that gathers informa- 
tion on the polarization state of individual chemical 
reactions from a star seen as lines in the star’s spectrum. 


Zeeman-Doppler imaging—The process of using a 
spectropolarimeter to measure the Zeeman effect, 
the polarization of spectral lines and a shift in fre- 
quency of the lines due to the effect of magnetic 
fields on the light from a star. 


sunspot cycle is just a part of an overall 22-year mag- 
netic cycle. The shape of the sun’s magnetic field 
changes throughout the 1l-year cycle, when during 
this period it reverses its magnetic polarity and begins 
the whole process over again. In addition to the differ- 
ential rotation helping to cause the magnetic field of 
the Sun, it also stretches the north-south magnetic 
field lines until they run east-west during the first 11 
years of the magnetic cycle. Rotating convection then 
somehow regenerates the north-south field, but with a 
reversed polarity, causing the process to start again for 
another 11 years. During these half-cycles, the number 
and intensity of sunspots increases and decreases with 
the changes in the overall magnetic field. 


Using special high-resolution spectropolarimeters 
combined with other techniques, the magnetic fields of 
stars beyond the sun can be detected through the effect 
they have on the Zeeman signatures found in the shape 
and polarization state of spectral lines of those stars. 
Zeeman-Doppler imaging (ZDI) works best for mod- 
erate to ultra-fast rotating stars, for which the polar- 
ization of individual magnetic regions match the 
different speeds at which the surface of the star rotates. 
This method was used to detect the magnetic fields in 
cool stars other than the sun, showing that the same 
type of phenomena occur on other stars. Using 
Zeeman-Doppler imaging, astronomers have man- 
aged to detect and map the surface magnetic field of 
a few extremely active stars of about one solar mass 
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Stellar magnitudes 


(with ages ranging from a few million to more than ten 
billion years—twice the sun’s age). Some major differ- 
ences were found between the alignment of the mag- 
netic field lines of these stars and those of the sun, 
adding to the mystery of understanding stellar mag- 
netic fields. The conclusion of astronomers studying 
these stars results is that the entire convection zone of 
these active stars is involved in forming the magnetic 
field rather than just the upper layers as appears to be 
the case with the sun. 


These methods allow monitoring of the long-term 
evolution of the magnetic field shape and strength of 
other stars. Using them, astronomers hope to be able 
to detect the polarity switch of the large-scale field and 
observe a stellar analog of the solar magnetic cycle. Ifa 
change in magnetic field polarity is observed, it may 
indicate the approach of a polarity switch in the mag- 
netic field of the star. Such observations would show 
that stellar magnetic fields are indeed very similar to 
those of the sun. 
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I Stellar magnitudes 


Magnitude is the unit used in astronomy to 
describe a star’s brightness in a particular portion of 
the electromagnetic spectrum. Stars emit different 
amounts of radiation in different regions of the spec- 
trum, so a star’s brightness will differ from one part of 
the spectrum to the next. An important field of research 
in modern astronomy is the accurate measurement of 
stellar brightness in magnitudes in different parts of the 
spectrum. 
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How bright it looks: apparent magnitude 


Greek astronomer Hipparchus (c. 166-125 BC) 
devised the first magnitudes in the second century BC. 
He classified stars according to how bright they looked 
to the naked eye: the brightest stars he called 1st class 
stars, the next brightest 2nd class, and so on down to 
6th class. In this way all the stars visible to the ancient 
Greeks were neatly classified into six categories. 


Modern astronomers still use Hipparchus’ cate- 
gories, though in considerably refined form. With 
modern instruments astronomers measure a quantity 
called V, the star’s brightness in the visual portion of 
the spectrum. Since visual light is what human eyes 
most readily detect, V is analogous to Hipparchus’ 
classes. For example, Hipparchus listed Aldebaran, 
the brightest star in the constellation Taurus (the 
Bull), as a Ist class star, while today astronomers 
know that for Aldebaran V = 0.85. Astronomers 
often refer to a star’s visual brightness as its apparent 
magnitude, which makes sense since this describes 
how bright the star appears to the eye (or the tele- 
scope). One may hear an astronomer say that 
Aldebaran has an apparent magnitude of 0.85. 


Hipparchus’ scheme defined from the outset one of 
the quirks of magnitudes: they run backwards. The 
fainter the star means the larger the number describing 
its magnitude. Therefore, the sun, the brightest object in 
the sky (with respect to the Earth), has an apparent 
magnitude of —26.75, while Sirius, the brightest star in 
the sky other than the sun and visible on cold winter 
nights in the constellation Canis Major (the Big Dog), 
has an apparent magnitude of —1.45. As another exam- 
ple, the full Moon has an apparent magnitude of — 12.6. 
The faintest star one can see without optical aid is about 
+5 (or +6 if sharp eyes are used), and the faintest 
objects visible to the most powerful telescope on the 
Earth have an apparent magnitude of about +30. 


How bright it really is: absolute magnitude 


More revealing than apparent magnitude is abso- 
lute magnitude, which is the apparent magnitude a 
star would have if it were ten parsecs from the Earth 
(a parsec is a unit of distance equal to 12 trillion mi 
[19 km]). This definition is important because appa- 
rent magnitude can be deceiving. One knows that a lit 
match is not as bright as a streetlight, but if one holds 
the match next to the eye, it will appear brighter than a 
streetlight six blocks away. That is why V is called 
apparent magnitude: it is only how bright the star 
appears to be. For example, the sun is a fainter star 
than Sirius. Sirius emits far more energy than the Sun 
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does, yet the sun appears brighter to humans on the 
Earth because it is so much closer. Absolute magni- 
tude, however, reveals the truth: the sun has an absolute 
magnitude of +4.8, while Sirius is +1.4 (remember, 
smaller numbers mean brighter, not fainter). 


The nature of the magnitude scale 


In 1856, British astronomer Norman Robert 
Pogson (1829-1891) noticed that Hipparchus’ 6th class 
stars were roughly 100 times fainter than his Ist class 
stars. Pogson did the sensible thing: he redefined the 
stars’ V brightness so that a difference of five magni- 
tudes was exactly a factor of 100 in brightness. This 
meant that a star with V = 1.00 appeared to be precisely 
100 times brighter than a star with V = 6.00. One 
magnitude is then a factor of about 2.512 in brightness. 
Try it: enter 1 on a calculator and multiply it by 2.512 
five times—one has just gone from first magnitude to 
sixth (or eight to thirteenth, or minus seventh to minus 
second, or any other such combination). 


Looking back to the numbers above, one sees that 
the sun (V = —26.75) has an apparent visual bright- 
ness 25 magnitudes greater than Sirius. That is five 
factors of five magnitudes, or 100 x 100 x 100 x 100 x 
100: ten billion! And the difference in apparent bright- 
ness between the Sun and the faintest object humans 
have ever seen (using the Hubble Space Telescope) is 
more than 56 magnitudes, or a factor of ten billion 
trillion. 


Magnitudes in modern astronomy 


In the 140 years since Pogson created the modern 
magnitudes, astronomers have developed many differ- 
ent brightness systems, and the most popular are less 
than 50 years old. 


For example, in 1953, American astronomer Harold 
Lester Johnson (1921-1980) created the UBV system 
of brightness measurements. It is already known that 
V is measured over that portion of the electromagnetic 
spectrum to which human eyes are most sensitive. B is 
the star’s brightness in magnitudes measured in the 
blue part of the spectrum, while U is the brightness in 
the ultraviolet—a spectral region human eyes cannot 
detect. There are many other brightness measurement 
systems in use, so many that astronomers often dis- 
agree on how measurements in one system should be 
converted to another. 


Accurate measurement of stellar brightness is 
important because subtracting the brightness in one 
part of the spectrum from the brightness in another 
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KEY TERMS 


Absolute magnitude—The apparent brightness of a 
star, measured in units of magnitudes, at a fixed 
distance of 10 parsecs. 


Apparent magnitude—The brightness of a star, 
measured in units of magnitudes, in the visual part 
of the electromagnetic spectrum, the region to 
which human eyes are most sensitive. 


Brightness—The amount of energy a star radiates in 
a certain portion of the electromagnetic spectrum 
in a given amount of time, often measured in units 
of magnitudes. 


Magnitude—The unit used in astronomy to meas- 
ure the brightness of a star. One magnitude corre- 
sponds to a factor of 2.512 in brightness, so that five 
magnitudes equals a factor of 100. 


part reveals important information about the star. For 
many stars the quantity B-V gives a good approxima- 
tion of the star’s temperature. And, it was established 
in 1978 that the quantity V-R, where R is the bright- 
ness in the red part of the spectrum, can be used to 
estimate a star’s radius. This is important, because 
advances in scientific understanding of the stars 
require knowledge of basic parameters like temper- 
ature and radius, and careful measurements of bright- 
ness can provide some of that information. 


See also Spectral classification of stars. 
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Stellar populations 


l Stellar populations 


Stars fall into distinct groups or populations. The 
basic stellar populations are Population I stars and 
Population II stars. The sun and most stars near the 
sun are Population I stars. They are young second- to 
third-generation stars with compositions that include 
2% of elements heavier than hydrogen and helium. 
Population I stars, on the other hand, are older stars 
whose compositions are just hydrogen and helium. 
The brightest stars in a group of Population I stars 
are blue and in a group of Population IJ stars are red. 
A Population III classification is sometimes also used; 
however, no stars within the Milky Way galaxy exist as 
Population III stars. There are also additional sub- 
classifications within the basic classification for 
Population I and Population II stars. 


History 


German-born American astronomer Wilhelm 
Heinrich Walter Baade (1893-1960) discovered the stel- 
lar populations during World War II (1939-1945), 
which contributed to his discovery. During the war, 
most scientists worked on war-related projects, such 
as the Manhattan Project. Baade, who was on the 
staff of Mount Wilson Observatory near Los Angeles, 
California, was not allowed to work on war projects 
because he was German-born. He did, however, con- 
duct research at Mount Wilson Observatory, which at 
the time had the world’s largest telescope. The wartime 
blackouts in Los Angeles contributed to darker skies on 
Mount Wilson. There were also few astronomers want- 
ing to use the telescope because they were working on 
war-related projects. So Baade had plenty of time to use 
the world’s largest telescope under better than normal 
sky conditions. 


During this time Baade was able to resolve, for the 
first time, the stars in the Andromeda galaxy. He 
noticed that there were two distinct populations com- 
posed of predominantly red and blue stars. He labeled 
them Population I and Population II. Further study 
since that time has produced the additional sub- 
classifications. 


Properties of populations 
Population | 


Population I stars have properties similar to those 
of the Sun. They are less than ten billion years old and 
include newly formed and still forming stars. Because 
they are younger second- to third-generation stars, 
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they contain heavy elements that were manufactured 
in previous generations of stars. (To astronomers, a 
heavy element is anything heavier than hydrogen or 
helium. These two lightest elements make up roughly 
98% of the matter in the universe.) Population I stars 
contain roughly 2% heavy elements and 98% hydro- 
gen and helium. 


Ina group of Population I stars, the brightest stars 
will be hot blue giants and supergiants. These stars, 
much more massive than the Sun, are in the main part 
of their life cycles, burning hydrogen in their cores. 
The dominance of hot blue stars does not mean that 
cooler, less-massive red and yellow stars such as the 
Sun cannot be Population I stars. Rather, the cooler 
stars like the Sun are not as bright, so in a group of 
Population I stars viewed from a distance they will be 
less noticeable. 


It turns out that the stellar populations also have 
dynamic properties in common. Population I stars are 
concentrated in the disk of the galaxy. They have 
circular orbits around the center of the galaxy with 
very little motion in a direction perpendicular to the 
galactic plane. They tend to have a patchy distribution 
within the disk and spiral arms of the galaxy. They also 
tend to be located in regions that have significant 
amounts of interstellar gas and dust, the raw materials 
for forming new stars. 


Population I 


The older Population II stars are usually over ten 
billion years old. Because they are first-generation 
stars that formed early in the history of the universe, 
they are devoid of heavy elements. Their composition 
is similar to that of the early universe. The brightest 
stars in a group of Population IJ stars are red giants. 
Red giants are stars in the process of dying. They have 
run out of hydrogen fuel in the core and swollen into 
cool red giants typically the size of the Earth’s orbit 
around the Sun. Because they are so large, they are 
very bright and stand out in a group of Population II 
stars. Groups of Population I stars do not contain red 
giants simply because they are younger; they have not 
had enough time to exhaust the hydrogen fuel in their 
cores. 


The Population IJ stars also have different 
dynamical properties. They are not confined to the 
plane of the galaxy. They have highly eccentric non- 
circular orbits that often go far above or below the 
plane of the galaxy to form a smoothly distributed 
spherical halo around the galaxy. They, therefore, 
must have significant components of their motions 
that are perpendicular to the plane of the galaxy. 
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They also have much higher orbital velocities than 
Population I stars. Population I stars have orbital 
velocities that are typically about 5 to 6 mi (8 to 10 
km) per second. Population II stars zip along at veloc- 
ities ranging up to 45 mi (75 km) per second in the 
most extreme cases. 


Other populations 


Like most initial classifications, the division of 
stars into Population I and Population II stars is a 
bit of an oversimplification. Astronomers now classify 
stars into five distinct populations based on how 
strongly they exhibit the Population I or IJ character- 
istics. These populations are: Extreme Population I, 
Older Population I, Disk Population H, Intermediate 
Population II, and Halo Population II. Astronomers 
are currently arguing over whether these groups rep- 
resent distinct populations, or a gradual blending from 
Population I properties to Population II properties. 


There are also some exceptions to the rule that 
young Population I stars have heavy elements while 
older Population II stars do not. For example, the 
Magellanic Clouds, irregular companion galaxies to 
the Milky Way galaxy, are Population I stars with few 
heavy elements. The core of the Milky Way also con- 
tains Population II stars that do contain heavy ele- 
ments. Why? Most likely, in the core of the galaxy 
there was a very rapid generation of very massive 
stars. They are gone now, but they enriched the core 
with heavy elements very quickly. The high concen- 
tration of stars near the core contributed to this proc- 
ess. The opposite occurred in the Magellanic Clouds. 
Star formation proceeded so slowly that there was not 
an early generation of massive stars to produce heavy 
elements. 


Reasons for different populations 


These different populations can be understood in 
the context of stellar evolution. When the universe 
formed in the Big Bang, only hydrogen and helium 
were made. The heavy elements were made later in the 
cores of stars. Therefore, the older Population II stars 
are deficient in heavy elements, while the younger 
Population I stars contain heavy elements that were 
made by the massive first generation stars. Massive 
stars manufacture and recycle heavy elements. These 
stars are blue giants and supergiants most of their 
lives, which are very short by stellar standards. These 
stars are the brightest blue stars in a group of 
Population I stars. In a group of older Population II 
stars, these stars have finished their life cycles, so the 
brightest stars are the red giants formed near the end 
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KEY TERMS 


Blue giant, supergiant—The most massive stars in 
the hydrogen burning stage. 


Heavy elements—To astronomers, anything that is 
not hydrogen or helium. 


Population I—The younger second-to third-generation 
stars. 


Population II—The older first-generation stars. 


of stellar life cycles. The distribution of these different 
populations is then related to the evolution of the 
galaxy. 


Stellar population studies help astronomers 
understand stellar evolution, evolution of the galaxy, 
and the history of the universe. 
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| Stellar structure 


It is said that Fred Hoyle (1915-2001) once 
described the evolution of a star as a continual war 
between nuclear physics and gravity. When dealing 
with stellar structure astronomers use a model that 
implies a spherically symmetric quasi-static star, one 
that is very close to an equilibrium state. The structure 
of a star can be characterized as a polarized battle in 
that war. The gravity of the stellar material pulls on all 
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Stellar structure 


the other stellar material striving to bring about a 
collapse. However, the gravity is opposed by the inter- 
nal pressure of the stellar gas that normally results 
from heat produced by nuclear reactions. This balance 
between the forces of gravity and the pressure forces is 
called hydrostatic equilibrium, and the balance must 
be exact or the star will quickly respond by expanding 
or contracting in size. So powerful are the separate 
forces of gravity and pressure that should such an 
imbalance occur in the Sun, for example, it would be 
resolved within half an hour. That fact that the Sun is 
about five billion years old emphasizes just how 
exactly and continuously that balance is maintained. 


In addition to its reliance on balance between 
gravity and pressure, the internal structure depends 
on the behavior of the stellar material itself. Most 
stars are made primarily of hydrogen, since it is the 
dominant form of matter in the universe. However, the 
behavior of hydrogen will depend on the temperature, 
pressure, and density of the gas. Indeed, the quantities 
of temperature, pressure, and density are known as 
state variables, since they describe the state of the 
material. Any equation or expression that provides a 
relationship between these variables is called an equa- 
tion of state. The relevant equation of state and hydro- 
static equilibrium go a long way toward specifying the 
structure of the star. However, there is one more 
ingredient necessary in order to determine the struc- 
ture of the star. 


Most of the energy that flows from a star origi- 
nates at its center. The way in which this energy travels 
to the surface will influence the internal structure of 
the star. 


There are basically three ways by which energy 
flows outward through a star. They are conduction, 
convection, and radiation. The flow of energy up an 
iron poker, which has one end in a fire, is energy 
transfer by conduction. This mode of energy flow is 
too inefficient to be of any interest in most stars. Most 
people have watched the energy flow from the bottom 
of a heated pot of water to the top. One sees large 
motion of heated material rising, which is balanced by 
cooler material falling to the bottom where it, in turn, 
becomes heated and rises. This organized churning is 
called convection. In the interior of stars, when con- 
vection takes place it dominates the transport of 
energy over radiation. When the conditions are such 
that no convective churning takes place, no energy is 
carried by convection and the only remaining alterna- 
tive is radiative transport. 


The heat produced by an infrared heat lamp or the 
warmth of the sun on a clear day are good examples of 
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energy transport by radiation. Radiative transport 
simply means the direct flow of radiant energy from 
one place to another. If the material through which the 
energy flows is relatively transparent, the flow takes 
place at virtually the speed of light (about 186,000 
miles per second when light is in a vacuum). 
However, the more opaque the material is, the slower 
the flow of energy will be. In the sun, where light 
flowing out from in the core will travel less than a 
centimeter before it is absorbed, it may take a million 
years for the light energy to make its way to the 
surface. 


The mode of energy transport, equation of state, 
and hydrostatic equilibrium can be quantified and 
self-consistent solutions found numerically on a com- 
puter for a star of given mass, composition, and age. 
Such solutions are called model stellar interiors, and 
supply the detailed internal structure of a particular 
star. For the vast majority of stars which derive their 
energy from the nuclear fusion of hydrogen into helium 
the internal structure is quite similar. Astronomers call 
such stars main sequence stars. 


The sun is such a star and has a central region 
where the material is quiescent and the energy flows 
through by radiative diffusion. The radiative core is 
surrounded by a churning convective envelope that 
carries the energy to within a few thousand kilometers 
of the surface. This outer percent or so of the sun is 
called the atmosphere, and here the energy again flows 
primarily by radiation as it escapes into space. This 
structure is common to all main sequence stars with 
mass less than about one and a half time the mass of 
the sun. The structure of more massive stars is nearly 
reversed. They consist of a convective core surrounded 
by a radiative envelope, which in turn gives way to an 
atmosphere where the energy also leaves the star by 
radiation. 


There is a class of very dense stars known as white 
dwarfs. These stars originate as main sequence stars, 
but have changed dramatically over time. As a result, 
their internal structure has changed drastically. The 
matter of a white dwarf no longer behaves like a 
normal gas, and it has a different equation of state. 
The structure of such a star is vastly different from a 
main sequence star. For example, while a white dwarf 
has a comparable mass to that of the sun, it is not 
much larger than the Earth. This means that their 
average density is huge. A cubic inch of white dwarf 
material might weigh forty tons and exert a tremen- 
dous pressure to balance the fierce gravity resulting 
from as much material as one finds in the sun in a 
sphere no larger than the Earth. Material in such a 
state is said to be degenerate. In these weird stars, 
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KEY TERMS 


Hydrostatic equilibrium—Expresses a static bal- 
ance between the forces of gravity and the forces 
due to the internal pressure. 


Ideal gas—A term used to describe the behavior of 
a gas composed of simple atoms under standard 
conditions. An ideal gas obeys the following rela- 
tion for the state variables of temperature 7, number 
density n, and pressure P. The constant k is known 
as the Boltzmann constant. P = nkT. 


Main sequence—A sequence of stars of differing 
mass, but all deriving their energy from the nuclear 
fusion of hydrogen into helium. 


Nuclear fusion—The combining of the nuclei of 
two elements so as to produce a new more massive 
element. The process is accompanied by the 
release of energy as long as the end product of the 
reaction is less massive than iron. 


conduction by free moving electrons becomes extremely 
efficient so that any internal energy is transported 
almost instantly within the star. The entire interior is 
at the same temperature and only a thin outer blanket 
of more normal non-degenerate material keeps the 
energy from leaking quickly into interstellar space. 


More than 90% of all stars fall into the categories 
described above. The remaining stars are called red 
giants or red supergiants. These names are derived 
from the external appearance, for they are relatively 
cool and, therefore, red, but are extremely distended. 
If one were to replace the Sun with the typical red 
giant, it would occupy most of the inner solar system. 
Should the replacement involve a red supergiant, even 
the planetMars would find itself within the super- 
giant’s atmosphere and Jupiter itself would be heated 
to the point where much of its substance would evap- 
orate away. However, so huge is the volume occupied 
by these stars that their average density would be 
considered a pretty good vacuum by most physicists. 
The situation is made even worse since the inner cores 
of these stars are about the size of the Earth and 
contain about 90% of the mass of the giant. Most 
red giants have an object much like a white dwarf 
located at their center. Therefore, their structure 
would best be described as a white dwarf surrounded 
by an extensive fog. 


The energy for most of these stars is supplied by the 
nuclear fusion of helium into carbon, which is a much 
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less energy efficient source than the fusion of hydrogen 
to helium. This is the basic reason why there are so 
many more main sequence stars than red giants and 
super giants. Another reason is that a star uses up its 
helium much more quickly and spends relatively little 
time in the red giant phase. By determining how the 
structure of a star changes with time, the evolutionary 
history and fate of that star can be constructed. This is 
called the theory of stellar evolution. 


See also Red giant star. 
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| Stellar wind 


The sun emits a constant stream of charged par- 
ticles (plasma), mostly from high-energy protons and 
electrons, from the outer atmosphere that is known as 
the solar wind. Many stars also show a similar phe- 
nomenon, which is known as the stellar wind. The 
solar wind is generally gentle in its motion; however, 
it can disrupt power on Earth. Stellar winds, even 
more gentle than the solar wind, are difficult to detect 
from Earth because these stars are so distant when 
compared to the sun. However, many stars at certain 
stages in their evolution have very strong stellar winds. 
These strong winds produce effects that scientists can 
observe from Earth. They also can cause the star to 
lose significant amounts of mass. 


Discovery 


The first person to accurately predict the solar 
wind is acknowledged to be Norwegian scientist 
Kristian Birkeland (1867-1917). Birkeland made this 
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Stellar wind 


prediction in 1916. English physicist Frederick 
Alexander Lindemann (1886-1957), in 1919, sug- 
gested that both protons and electrons are involved 
in the solar wind. Then, in the 1950s, German astron- 
omer Ludwig Biermann (1907-1986), while studying 
comets, suggested that a comet’s tail always points 
away from the Sun because of its interaction with the 
solar wind. The Soviet satellite Luna J made the first 
direct observation of the solar wind in 1959 when it 
made several measurements of it. 


Solar wind 


The outermost layer of the sun is the corona, which 
is a very hot tenuous gas visible only during a solar 
eclipse. Because the coronal temperatures are typically 
one or two million degrees Kelvin (K), the individual 
atoms are ionized and moving very rapidly. The fastest 
ions are moving faster than the sun’s escape velocity. 
So they escape, forming the solar wind. 


Near the Earth’s orbit, the solar wind particles 
rush by at speeds of roughly 248 to 310 mi per sec 
(400 to 500 km per sec). There is considerable varia- 
tion in the speed because the solar wind is gusty. The 
solar wind density is also variable, but typically runs to 
a few particles per cubic centimeter. The solar wind 
extends well beyond the orbit of dwarf planet Pluto to 
roughly 100 astronomical units (AUs, 100 times the 
mean distance from the Earth to the sun). At this 
point, called the heliopause, the solar wind merges 
into the interstellar gas and dust. 


Stellar winds 


Analogous to the solar wind, many stars have stellar 
winds. Because stars are so distant, stellar winds that are 
as gentle as the solar wind do not produce dramatic 
effects as seen from the Earth. The stellar winds that 
scientists observe are, therefore, much stronger than the 
solar wind. A variety of different types of stars display 
interesting stellar winds. 


Massive hot stars 


The hottest, most massive stars are O spectral 
class stars, which have at least 15 times the mass of 
the sun. Wolf-Rayet stars have many characteristics in 
common with the O stars, but their nature is still not 
completely understood. Both O stars and Wolf-Rayet 
stars often have very strong stellar winds. 


The surface temperatures of O stars are above 
30,000K. Their stellar winds can blow as much as the 
sun’s mass into space in 100,000 to one million years; 
the mass of the Earth every year or so. The winds 
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travel outward at speeds as high as 2,175 mi per sec 
(3,500 km per sec), almost ten times as fast as the solar 
wind. The Wolf-Rayet stars are hotter, 50,000K 
(89,541°F; 49,727°C), and their winds are more 
powerful than the O stars. 


These powerful winds from hot stars create huge 
bubbles around the stars that can be as big as a few 
hundred light-years across. (One light-year is the dis- 
tance that light travels in vacuum over a period of one 
year.) These bubbles form when the stellar wind inter- 
acts with the surrounding interstellar medium, the gas 
and dust between the stars. The stellar wind slows 
down as it pushes into the interstellar medium. 
Dragging the interstellar medium along, it creates a 
region of higher density that is moving more slowly 
than the stellar wind. However, the stellar wind keeps 
coming and slams into this region, creating a shock 
wave. The shock wave heats up the gas in this region 
and makes it glow, so that astronomers see a bubble 
around the star. The bubbles are produced from the 
powerful stellar winds described above. There are also 
O stars with weaker stellar winds that have less dra- 
matic effects. 


Baby stars 


The sun and similar stars form from collapsing 
clouds of gas and dust. After the star forms, the left- 
over material still surrounds it in a cocoon of gas and 
dust. How do stars like the sun shed their cocoons? 
One way is through the stellar winds. Astronomers 
think that shortly after the sun formed it went through 
a period when it had a very strong solar wind, which 
helped blow away the cocoon. It is difficult to know 
how accurate this scenario is because no humans were 
around to witness the birth of the solar system. 


Astronomers can, however, watch the birth of 
other stars similar to the sun. T Tauri stars are stars 
in the process of forming that astronomers think will 
eventually have properties similar to the sun’s proper- 
ties. Among other properties, T Tauri stars show evi- 
dence of strong stellar winds. They also show a range 
of thick and thin circumstellar cocoons. Studying the 
stellar winds from T Tauri stars will help scientists 
understand how the Sun and similar stars shed their 
initial cocoons. 


Many young stars show bipolar outflows, which 
are two streams of material blowing away from the 
star in opposite directions. They usually occur in the 
birth of stars more massive than the sun. The bipolar 
outflow stage only lasts about 10,000 years or so, but 
during that time astronomers see a strong stellar wind 
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from the newly forming star. Why is the outflow bipo- 
lar? One theory suggests that the outflow is bipolar 
because an equatorial disk of material surrounding the 
star constrains the wind to flow out from the two polar 
regions. This disk may be the material that will even- 
tually form planets around the star. Another possibil- 
ity is that the star’s magnetic field forces the outflow 
into a direction perpendicular to the equatorial disk. 
The study of stellar winds from newly forming stars 
will eventually provide scientists with clues to help 
understand how the sun and solar system formed. 


Dying stars 


Old stars in the process of dying can also have very 
strong stellar winds. When stars like the sun exhaust 
the hydrogen fueling their nuclear fires, they expand 
into red giants. A typical red giant is about the size of 
the Earth’s orbit around the sun. Because red giants 
are so large and the gravitational force decreases with 
distance from the center, the gravitational force at the 
surface of a red giant is much less than at the surface of 
the sun. Hence only a gentle push is needed to allow 
matter to escape and form a stellar wind. This push 
might come from the light leaving the star. Light or 
other radiation striking an object will produce a very 
small but non-zero force that is called radiation pres- 
sure. The radiation pressure on dust grains might 
provide the needed push. Similarly, this radiation 
pressure might also play a role in causing the stellar 
winds from the hot O stars mentioned in a previous 
paragraph. In addition, many red giants pulsate. They 
expand and contract in periods of a few years. These 
pulsations can also provide the needed push to cause 
significant stellar winds and to cause the loss of quite a 
bit of mass. 


In some cases red giants form planetary nebulae, 
glowing shells of gas around the star. According to one 
model, the pulsations create a gentle wind moving at 
about 6 mi per sec (10 km per sec). This wind is gentle 
but can carry away the mass of the Sun in as little as 
10,000 years. Removing this much mass from the shell 
of the star exposes the more violent core and unleashes 
a wind blowing out thousands of miles per second. The 
fast wind slams into the slow wind and creates a shock 
wave that heats up the shell of gas until it glows as a 
planetary nebula. The remaining core of the star collap- 
ses into a white dwarf star about the size of the Earth. 


Mass loss 


The single most important property affecting the 
evolution of a star is its mass. Therefore, when the 
stellar wind causes a star to lose mass, its evolution is 
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KEY TERMS 


Interstellar medium—The matter between the stars. 


O stars—The hottest most massive stars when clas- 
sified on the basis of the star’s spectrum. 


Planetary nebula—A shell of hot gas surrounding a 
star in the late stages of its evolution. 


Red giant—An extremely large star that is red 
because of its relatively cool surface. 


Solar wind—A stream of charged and neutral par- 
ticles that emanates from the Sun and moves into 
the solar system. 


Stellar wind—A stream of particles blowing out 
from a star. 


T Tauri star—An early stage in the evolution of stars 
like the Sun. 


White dwarf—A star that has used up all of its 
thermonuclear energy sources and has collapsed 
gravitationally to the equilibrium against further 
collapse that is maintained by a degenerate elec- 
tron gas. 


Wolf-Rayet star—A very hot energetic star that 
ejects a shell of gas. 


affected. In some cases, these effects are still poorly 
understood. One reasonably well understood effect 
occurs for red giants collapsing into white dwarfs as 
described above. A star having more than 1.4 times the 
mass of the sun cannot collapse into a stable white 
dwarf. Stars that exceed this mass limit collapse into 
neutron stars or black holes. Stellar winds can cause 
red giants with masses up to about eight times the mass 
of the sun to lose enough mass to collapse into a white 
dwarf having less than 1.4 times the mass of the Sun. 


Roughly half of all stars occur in binary systems. 
When a star in a binary system has a stellar wind, it 
loses mass. Some of this mass is transferred to the 
other star in the system, so it gains mass. Hence, the 
mass of both stars in the system changes when one of 
the stars has a stellar wind. The evolution of both stars 
in the system is affected. 


See also Binary star; Red giant star; Stellar evolution. 
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Stem see Plant 


| Stem cells 


Stem cells are undifferentiated cells that have the 
capability of self replication as well as being able to 
give rise to diverse types of differentiated or special- 
ized cell lines. Stem cells are subclassified as embryonic 
stem cells, embryonic germ cells, or adult stem cells. 
Embryonic stem cells are cultured cells that were orig- 
inally collected from the inner cell mass of an embryo 
at the blastocyst stage of development (four days post 
fertilization). Embryonic germ cells are derived from 
the fetal gonads that arise later in fetal development. 
Both of these stem cell types are pluripotent; that is, 
they are capable of producing daughter cells that can 
differentiate into all of the various tissues and organs 
of the body that are derived from the endoderm, ecto- 
derm and mesoderm. Adult stem cells, found in both 
children and adults, are somewhat more limited, or 
multipotent, since they are associated with a single 
tissue or organ and function primarily in cell renewal 
for that tissue. 


Because they are undifferentiated, stem cells have 
unique properties that may make them useful for new 
clinical applications. Initially, stem cells were consid- 
ered as a potential source of tissue for transplantation. 
The current standard of care for many diseases that 
result in total tissue and/or organ destruction is trans- 
plantation of donor tissues, but the number of available 
organs is limited. However, bone marrow transplanta- 
tion has proven to be highly successful, and studies have 
shown that using blood enriched with hematopoetic 
stem cells leads to a higher engraftment rate than 
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Colored scanning electron micrograph of cultured 
mammalian embryonic stem cells. (Yorgos Nikas. Photo 
Researchers.) 


when an equivalent bone marrow sample is used. 
Expanding on that idea, it was hypothesized that if 
adult stem cells from a specific organ could be collected 
and multiplied, it might be possible to use the resultant 
cells to replace a diseased organ or tissue. One draw- 
back to this is that adult stem cells are very rare and 
although they have been isolated from bone marrow, 
brain, eyes, muscle, skin, liver, pancreas, and the diges- 
tive system, there are many tissues and organs for which 
it is not known if stem cells exist. Adult stem cells are 
also difficult to identify and isolate, and even when 
successfully collected, the cells often fail to survive out- 
side of the body. However, despite the obstacles, the 
theory appears to be sound, so research is continuing. 


Approaching the problem from another direction, 
researchers hypothesized that embryonic stem cells 
and embryonic germ cells, under the right conditions, 
might be induced in vitro to produce a broad range of 
different tissues that could be utilized for transplanta- 
tion. Research on Parkinson disease, a neurodegener- 
ative disorder that results in loss of brain function 
following the death of dopamine producing cells, 
underscored the potential of this approach. In the 
1980s, studies on monkeys and rats showed that 
when fetal brain tissue rich in stem cells was implanted 
into the brains of diseased animals, there was a regen- 
eration of functional brain cells and a reduction or 
elimination the symptoms of the disease. One disad- 
vantage to this as a clinical procedure is that random 
pieces of undefined tissue are used resulting in the 
significant possibility of variability from one patient 
to the next. A better solution would be to isolate the 
embryonic stem cells, induce these cells to differenti- 
ate, and generate a population of dopamine producing 
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cells. Theoretically, if these cells were transplanted 
back into the brains of Parkinson patients, they 
would replace the defective cells and reverse the course 
of the disease. However, the mechanisms that trigger 
differentiation of embryonic stem cells into various 
specialized tissue types are not yet well understood, 
so it will require additional research before transplant- 
able tissues derived from embryonic stem cells will be a 
reality. 


In addition to possible applications in transplan- 
tation, embryonic stem cells may be useful tools in 
other clinical disciplines. These cells represent a stage 
of development about which relatively little is known. 
Close observation in the laboratory could provide a 
better understanding of normal development versus 
abnormal development and what triggers fetal demise. 
Studies on the causes and control of childhood tumors 
may also be possible. Embryonic stem cell lines could 
aid in testing the effect of new drugs and investigating 
appropriate drug dosages, eliminating the need for 
human subjects. Similarly, such cell lines may be uti- 
lized to investigate the biological effects of toxins on 
human cells. 


It has also been suggested that embryonic stem 
cells might be used in gene therapy. If a population of 
embryonic stem cells containing a known, functional 
gene can be engineered, these cells might function as 
vectors to transfer the gene into target tissues. Once in 
place, the cells would hopefully become part of the 
unit, begin to replicate, and restore lost function. 
Initial studies in mice confirmed the idea was feasible. 
Investigators in Spain incorporated an insulin gene 
into mouse embryonic stem cells. After demonstrating 
the production of insulin im vitro, the cells were 
injected into the spleens of diabetic mice that subse- 
quently showed evidence of disease reversal. 


Although work is ongoing, research on embryonic 
stem/germ cells has generated some questions regarding 
the source of the cells. For research purposes, embryonic 
stem cells are primarily derived from leftover products 
of in vitro fertilization procedures. Embryonic germ cells 
from later gestational age fetuses have been obtained 
from elective termination of pregnancy or spontaneous 
fetal demise with appropriate parental consent. Use of 
such fetal tissues has posed an ethical dilemma, so new 
limitations on research projects have been imposed 
including careful review of all protocols and restriction 
to the use of already existing cell lines. 


Although still in its infancy, stem cell research 
holds great promise for providing important new med- 
ical treatments in the future. There are many different 
diseases, ranging from heart disease, Parkinson’s disease, 
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KEY TERMS 


Adult stem cells—Stem cells associated with a sin- 
gle tissue or organ that function primarily in cell 
renewal for that tissue. 


Differentiation—The process whereby generalized 
cells change by acquiring a specific set of charac- 
ters to perform a particular function. 


Embryonic stem cells—Pluripotent cells that exist 
in an embryo at four days post-fertilization. 


In vitro—Cells or biological processes that are present 
or occur outside the organism, i.e., they exist in a 
test tube or culture vessel. 


Pluripotent—Pertaining to a cell that has the 
capacity to develop into any of the various tissues 
and organs of the body. 


Stem cells—Undifferentiated cells capable of self- 
replication and able to give rise to diverse types of 
differentiated or specialized cell lines. 


Transplantation—Moving cells or tissues from their 
point of origin in one organism to a secondary site 
in the same or a different organism. 


diabetes, to spinal cord injury and autoimmune disor- 
ders that could benefit from a better understanding of 
and the use of stem cells as therapeutic agents. In 
addition, study of these cells will impart new knowl- 
edge about human cells and early fetal development. 


In 2001, the United States federal government 
began funding the research with embryonic stem cells. 
However, this funding was only approved for about 60 
stem cell lines that were currently in existence. As of 
2004, only 15 of those lines had been actually made 
available to researchers working under U.S. grants 
and funding. 


In January 2007, research reported in the scientific 
journal nature biotechnology claimed to have extracted 
mutipotential stem cells from amniotic fluid (the fluid 
surrounding the developing fetus in the womb) 
donated by pregnant women. Such techniques hold 
the promise of providing stem cells without injury to 
the fetus. The researchers extracting the stem cells 
claimed they had been able to subsequently develop 
several tissue cell types (e.g., liver, bone, and brain 
tissue cells) from the free-floating amniotic stem cells. 


See also Embryo and embryonic development; 
Embryology; Genetic engineering; Genetics. 
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l Stereochemistry 


Stereochemistry is the study of the three dimen- 
sional shape of molecules and the effects of shape 
upon the properties of molecules. The term stereo- 
chemistry is derived from the Greek word stereos, 
which means solid. 


Historical development 


Dutch chemist Jacobus Hendricus van’t Hoff 
(1852-1911), the winner of the first Nobel Prize in 
chemistry (1901), pioneered the study of molecular 
structure and stereochemistry. Van’t Hoff proposed 
that the concept of an asymmetrical carbon atom 
explained the existence of numerous isomers that had 
baffled chemists of the day. Van’t Hoff’s work gave 
eventual rise to stereochemistry when he correctly 
described the existence of a relationship between a 
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molecule’s optical properties and the presence of an 
asymmetrical carbon atom. 


The stereochemistry of carbon is important in all 
biological processes. Stereochemistry is also impor- 
tant in geology, especially mineralogy, with dealing 
with silicon based geochemistry. 


Fundamentals of stereochemistry 


Assuming that the all reactants are present, inor- 
ganic reactions are chiefly governed by temperature. 
In biological reactions, however, the shape of the mol- 
ecules becomes the critical factor. Small changes in the 
shape or alignment of molecules can determine 
whether or not a reaction will proceed. In fact, one 
of the critical roles of enzymes in biochemistry is to 
lower the temperature requirements for chemical reac- 
tions. Assuming the proper enzymes are present, bio- 
logical temperatures are usually sufficient to allow 
reactions to proceed. This leaves the stereochemistry 
of molecules as the controlling factor in biological and 
organic reactions (reactions with molecules and com- 
pounds containing Carbon) reactions. Assuming all 
the reactants are present, the shape and alignment of 
the reacting molecules is usually controlling with 
regard to the speed of reactions. 


The molecular geometry around any atom depends 
upon the number of bonds to other atoms and the 
presence or absence of lone pairs of electrons associ- 
ated with the atom. 


The chemical formula of a molecule is only a simple 
representation of the order of arrangement of atoms. It 
does not show the three-dimensional structure of the 
molecule. It is usually left up to the reader to translate 
the chemical formula into its geometric arrangement. 
For example, the chemical formula for methane is CH. 
This formula indicates that a central carbon atom is 
bonded to four hydrogen atoms (C-H). In order to 
convert this formula into the three dimensional molec- 
ular array for methane, one must know that when a 
carbon atom has four single bonds to four atoms, each 
of the bonds points towards a different corner of a 
tetrahedron, as shown in Figure 1. In the figure, the 
solid wedge shaped bonds are coming out of the paper 
and the dotted wedges are going into the paper. 


Stereoisomers 


Some compounds differ only in their shape or 
orientation in space. Compounds that have the same 
molecular formula are called isomers. Stereoisomers 
are isomers (i.e., they have the same molecular weight 
and formula) but that differ in their orientation in 
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Group.) 


space. No matter how a stereoisomer is rotated it 
presents a different picture than its stereoisomer coun- 
terpart. Most importantly, stereoisomers are not 
superimposable. 


Enantiomers are stereoisomers that are mirror 
images, that is, they can map onto one another (if the 
molecules were two dimensional we would say that the 
molecules, just like human hands, could not be laid on 
top or superimposed upon each other. 


Stereoisomers that rotate polarized light are called 
optical isomers. With the help of an instrument called 
a polarimeter, molecules are assigned a sign or rota- 
tion, either (+) for dextrorotatory molecules that 
rotate a plane of polarized light to the right, or (—) 
for levorotatory molecules that rotate a plane of polar- 
ized light to the left. Enantiomers differ in the direc- 
tion that they rotate a plane of polarized light and in 
the rate that they react with other chiral molecules. 
Racemic mixtures of compounds contain equal 
amounts of enantiomers. 


Symmetry and handedness 


Symmetry is a term used to describes molecules 
with equal parts. When a molecule is symmetrical it 
has portions that correspond in shape, size, and struc- 
ture so that they could be mapped or transposed on 
one another. Bilateral symmetry means that a molecule 
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can be divided into two corresponding parts. Radial 
symmetry means that if a molecule is rotated about an 
axis a certain number of degrees rotation (always less 
than 360°) it looks identical to the molecule prior to 
rotation. 


A molecule is said to be symmetrical if it can be 
divided into equal mirror image parts by a line or a 
plane. Humans are roughly bilaterally symmetrical. 
Draw a line down the middle of the human body and 
the line divides the body into two mirror image halves. 
If a blob of ink were placed on a piece of paper, and 
then the paper was folded over and then unfolded 
again, you would find two ink spots—the original 
and the image—symmetrical about the fold in the 
paper. Molecules and complexes can have more than 
just two planes of symmetry. 


Human hands provide an excellent example of the 
concept of molecular handedness. The right and left 
hands are normally mirror images of each other, the 
only major difference between them being in the direc- 
tion one takes to go from the thumb to the fingers. This 
sense of direction is termed handedness, that is, whether 
a molecule or complex has a left and right orientation. 
Two molecules can be mirror images of each other, alike 
in every way except for their handedness. 


Handedness can have profound implications. 
Some medicines are vastly more effective in their left- 
handed configuration than in their right-handed con- 
figuration. In some cases biological systems make only 
one of the forms. In some cases only one of the forms is 
effective in cellular chemical reactions. 


A molecule that is not symmetric, that is, a mole- 
cule without a plane of symmetry, is termed an asym- 
metric molecule. Asymmetric molecules can have 
another property termed chirality. 


Chiral molecules 


A molecule is said to be chiral if it lacks symmetry 
and its mirror images are not superimposable. To be 
chiral a molecule must lack symmetry, that is, a chiral 
molecule can not have any type of symmetry. 


Carbon atoms with four sp* hybridized orbitals can 
enter into up to four different bonds about the central 
carbon atom. When the central carbon bonds with dif- 
fering atoms or groups of atoms the carbon is termed an 
asymmetric carbon atom. Bromochlorofluoromethane 
is an example of such a molecule. The central carbon, 
with four sp* bonds oriented (pointing) to the corners of 
a tetrahedron, is bonded to bromine, chlorine, fluorine, 
and methane atoms. There is no symmetry to this 
molecule. 
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Stereochemistry 


Cis-1,2-dichloroethene Trans-1,2-dichloroethene 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Figure 4. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


Chiral carbon atoms are also assigned an R and S 
designation. Although the rules for determining this 
designation can be complex, for simple molecules and 
compounds with chiral carbons the determination is 
easily accomplished with the help of a model of the 
molecule. The four different bonded groups are 
assigned a priority. When assigning priority to groups, 
atoms that are directly bonded to the central chiral 
carbon atom have their priority based upon their 
atomic number. The atom with the highest atomic 
number has highest priority and the atom with the 
lowest atomic number the lowest priority. As a result, 
hydrogen atoms bonded to the chiral molecule have the 
lowest priority. If isotopes are bonded then the isotope 
with the largest mass has the higher priority. The mol- 
ecule is then turned so that the lowest priority group is 
farthest away from view. If one must take a counter- 
clockwise path from the highest to lowest priority group 
the chiral configuration is said to be sinister (S). If the 
path from highest to lowest priority groups is clockwise 
then the chiral molecule is said to be rectus (R). 


The compound carvone has two three-dimen- 
sional structures, one S and the other R (see Figure 4). 


The compounds differ in their three-dimensional 
structure by the position of the indicated hydrogen 
atom. In S-Carvone, only the hydrogen atom is 
pointed into the paper, while in the R compound, the 
hydrogen atom is coming out of the paper. S-Carvone 
has a caraway flavor when tasted, whereas the R com- 
pound has the flavor of spearmint. 
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The rectus (R) and sinister (S) property relates to 
the structure of an individual molecule. In contrast, 
dextro (+) and levo (—) properties are based on the 
properties of a large collection of the molecules or 
complex. 


Because a molecule can have more than one chiral 
carbon, the number of stereoisomers can be deter- 
mined by the 2” rule, where n equals the number of 
chiral carbons. Thus, if one chiral carbon is present 
there are two possible stereoisomers, with two chiral 
carbons there are four possible stereoisomers. Any 
chemical reaction that yields predominantly one ster- 
eoisomer out of several stereoisomer possibilities is 
said to be a stereoselective reaction. 


Determination of stereochemical properties 


Sometimes it is difficult to tell whether or not two 
molecules or complexes will exhibit stereochemical 
properties. If two molecules or complexes have the 
same molecular formula they are candidates for stereo- 
chemical analysis. The first step is to determine if the 
two molecules or complexes are superimposable. If 
they are then they are identical structures and will not 
exhibit stereochemical properties. The second step is to 
determine if the atoms are connected to each other in 
the same order. If the atoms are not connected in the 
same order then the molecules or complexes are con- 
stitutional isomers and will not exhibit stereochemical 
properties. If the atoms are connected in the same order 
then they are stereoisomers. The next step is to see if the 
stereoisomers can be made identical by rotating them 
around a single bond in the molecule or complex, in 
which case they are called conformational isomers. 
Stereoisomers that can not be so rotated are called 
configurational isomers. The last step is to analyze 
the configurational isomers to determine whether they 
are enantiomers, diastereomers, or cis-trans isomers. 
Those that are mirror images are enantiomers. Those 
stereoisomers that are not mirror images of each other 
are diastereomers (the prefix dia indicated opposite or 
across from as in diagonal) or cis-trans isomers. 
Stereoisomers can also be characterized as cis (Latin 
for “on this side”) or trans (Latin for “across”) when 
they differ in the positions of atoms or groups relative 
to a reference plane. They are cis-isomers if the atoms 
are on the same side of the plane or trans-isomers if 
they are on opposite sides of the reference plane. 


If the molecule has a double bond in its chemical 
formula—for example, formaldehyde, O=CH2—then 
the three-dimensional structure of the molecule is 
somewhat different. To translate formaldehyde into 
its geometric structure, one must know its chemical 
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CH 


NHCOCHCI, an NHCOCHCI, 
2 


Antibacterial 


Inactive 


Figure 5. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


formula indicates a central carbon atom that has a 
double bond to an oxygen atom (C=O) and two single 
bonds to hydrogen atoms (C-H). In the geometric 
arrangement of a carbon atom that has a double bond 
to another atom, there is a 120° angle between any two 
bonds, and each bond points away from the central 
carbon atom. If the bonded atoms are connected by 
imaginary lines, they represent the corners of an equi- 
lateral triangle (see Figure 2). In molecules that contain 
two carbon atoms connected by a double bond and each 
of which is bonded to a hydrogen atom and another 
atom, then the geometric isomer that has both hydrogen 
atoms on the same side is in a cis configuration. The 
molecule with the hydrogen atoms on opposite sides of 
the double bond is designated as the trans configura- 
tion. For example, cis-1, 2-dichloroethene has the 
hydrogen atoms on the same side of the double bond, 
where as trans-1,2-dichloroethene has them on opposite 
sides. Both of these compounds have the same chemical 
formula (CIHC=CHC)), but their geometric represen- 
tations are different (see Figure 3). 


The only other type of bond a carbon atom can 
have is a triple bond—that is, three bonds to the same 
atom. Acetylene (HCCH) is a molecule that contains a 
triple bond between the two carbon atoms, and each 
carbon atom is bonded to a hydrogen atom (C-H). A 
carbon atom with a triple bond to another atom is 
geometrically straight or linear. 


H—C=C—H 


The importance of stereochemistry 


The three-dimensional structure of a molecule deter- 
mines its physical properties, such as the temperature at 
which it turns from a liquid to a gas (boiling point) and 
the temperature at which it changes from a solid to a 
liquid (melting point). The geometric structure of a mol- 
ecule is also responsible for its chemical properties, such 
as its strength as an acid or base. The compound trans- 
1,2-dichloroethene becomes a gas at a much higher 
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KEY TERMS 


Cis—The geometric isomer of a molecule that con- 
tains a double bond between two carbon atoms 
and has both hydrogen atoms on the same side of 
the double bond. 


Trans—The geometric isomer of a molecule that 
contains a double bond between two carbon 
atoms and has both hydrogen atoms on opposite 
sides of the double bond. 


temperature than the structurally similar cis-1,2-dichlor- 
oethene. The compound cis-3-phenylpropenoic acid is a 
stronger acid than trans-3-phenylpropenoic acid only 
because the hydrogen atoms are connected to the doubly 
bonded carbon atoms differently. 


The geometric structure of a molecule can also have 
a dramatic effect on how that molecule tastes or how it 
functions as a drug. The antibacterial drug chloramphe- 
nicol is commercially produced as a mixture of the 
two compounds in Figure 5. One three-dimensional 
arrangement of atoms is an active drug, the other geo- 
metric structure is ineffective as an antibacterial agent. 


In most cases the energy of a molecule or a com- 
pound, that is, the particular energy level of its elec- 
trons depends upon the relative geometry of the atoms 
comprising the molecule or compound. Nuclear geom- 
etry means the geometrical or spatial relationships 
between the nucleus of the atoms in a compound or 
molecule (e.g., the balls in a ball and stick model). 
When a molecule or compound’s energy is related to 
its shape this is termed a stereoelectronic property. 


Stereoelectronic effects arise from the different 
alignment of electronic orbitals with different arrange- 
ments of nuclear geometry. It is possible to control the 
rate or products of some chemical reactions by control- 
ling the stereoelectronic properties of the reactants. 


See also Chemical bond; Formula, chemical; For- 
mula, structural. 


Resources 


BOOKS 

Anslyn, E.V. and D.A. Dougherty. Modern Physical 
Organic Chemistry. Herndon, Virginia: University 
Science Books, 2005. 

Jensen, F. Introduction to Computational Chemistry. 
New York: Wiley, 2006. 


Andrew J. Poss 
K. Lee Lerner 


4167 


A4}S1WIIYIOI1I}S 


Sticklebacks 


| Sticklebacks 


Sticklebacks are small, bony fish in the family 
Gasterosteidae that rarely exceed 3 in (8 cm) in body 
length. Instead of scales, these fish have bony plates 
covering their body. Sticklebacks are found in North 
America and northern Eurasia. The name stickleback 
is derived from the sharp, thick spines arising in the 
first dorsal fin. The number of these spines forms part 
of the basis for the identification of the different spe- 
cies of sticklebacks. 


Sticklebacks provide a good example of male dom- 
inance in mating and nesting behavior. At the beginning 
of the breeding season, a male stickleback selects a 
suitable spot in quiet water, where he builds a nest of 
plant parts stuck together by a sticky fluid produced by 
his kidneys. The fish shapes the nest by his body move- 
ments. A male three-spined stickleback is normally blue- 
green, but it develops a bright red color for the breeding 
season. The male ten-spined stickleback becomes 
brown, while the 15-spined stickleback changes to a 
blue color. Breeding male sticklebacks are aggressive 
during the breeding season and will readily fight with 
other males. The male performs a courtship dance to 
entice a female into the nest, but if this is not successful 
he attempts to chase the female into his nest, where she 
deposits her eggs. The male then expels sperm (milt) 
over the eggs to fertilize them. The male will then search 
for another female, repeating the process until his nest is 
filled with eggs. The male aerates the eggs by using his 
pectoral fins to set up a water current. He guards the 
eggs until they hatch, and then continues to guard the 
brood afterwards, maintaining the young in the nest 
until they are able to obtain their own food. 


Some sticklebacks appear to be capable of rapid 
evolution, including the development of apparently 
separate species in different habitats within the same 
lake. For example, in Paxton Lake, British Columbia, 
morphologically and behaviorally distinct species of 
Gasterosteus sticklebacks utilize benthic and mid- 
water habitats, and these have evolved in only a few 
thousand years since deglaciation. 


The brook stickleback (Culaea inconstans) is com- 
mon in brooks in the United States from Pennsylvania 
to Kansas. It is a small fish less than 3 in (8 cm) in 
length, with five to six spines on its back. The 15-spine 
stickleback (Spinachia spinachia) is found in saltwater 
in the British Isles and around the North Sea. The 
nine-spine stickleback (Pungitius pungitius) is found 
on both sides of the Atlantic in northern latitudes. Its 
coloring is dark brown, but the male turns black dur- 
ing courtship and spawning. 


Stigma see Flower 
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i Stilts and avocets 


Stilts and avocets are long-legged, long-beaked 
wading birds of the muddy shores of shallow lakes 
and lagoons, including both fresh and saline waters. 
There are fewer than 10 species of stilts and avocets, all 
of which are included in the family Recurvirostridae. 
These birds occur in the temperate and tropical zones 
of all of the continents except Antarctica. The bill of 
stilts is rather straight, while that of avocets curves 
upwards, and that of the ibisbill curves downwards. 


The habitat of the ibisbill (bidorhyncha struthersii) 
is the shores of cold, glacial streams of the mountains 
of the Himalayas. The Andean avocet (Recurvirostra 
andina) utilizes similarly cold, but shallow-lake habitat 
in the Andes of South America. 


Stilts and avocets feed on small invertebrates on 
the water surface or at the mud-water interface. The 
ibisbill feeds by probing among the cobble and pebbles 
of the cold streams that it inhabits. 


Stilts and avocets commonly construct nests as 
mounds of vegetation, on the boggy edges of lakes or 
on islands. The chicks of these species are precocial, 
meaning that they can leave the nest within a short time 
of being born. Remarkably, stilt and avocet chicks feed 
themselves, and are not fed by their parents. 


Some stilts and avocets breed in semi-arid cli- 
mates, where the rainfall is unpredictable. Under 
such conditions, these birds nest opportunistically, 
whenever recent rains have been sufficient to develop 
wetlands containing enough water to support the 
breeding effort of these birds. Stilts and avocets tend 
to be gregarious, forming small breeding colonies 
numbering as many as tens of pairs. After breeding 
has been accomplished, birds from various colonies 
congregate in flocks that can number hundreds of 
birds. 


Species of stilts and avocets 


The American avocet (Recurvirostra americana) is 
a chestnut-headed bird with a white body and black 
wings. This species is relatively abundant, and breeds 
on the shores of shallow lakes and marshes in the 
western United States and adjacent parts of Canada. 
The black-necked stilt (Himantopus mexicanus) is 
more southwestern in its distribution in the United 
States. Both of these species are migratory, mostly 
spending the winter months in Central America. 


The Hawaiian stilt or ae’o (Himantopus mexicanus 
knudseni) is a distinct subspecies of the black-necked 
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A black-winged stilt. (Roger Wilmshurst/Photo Researchers, 
Inc.) 


stilt that breeds in wetlands in the Hawaiian Islands. 
Fewer than 1,000 pairs of this bird remain. The sub- 
species is considered to be endangered, mostly by the 
loss of its wetland habitat through conversion to agri- 
cultural uses or for residential or tourism development. 


The pied or black-winged stilt (Himantopus 
himantopus) is a very wide-ranging species, occurring 
in suitable habitat in Eurasia, Africa, Southeast Asia, 
and Australia. The black-winged stilt (Himantopus 
melanurus) of South America is closely related to the 
previous species. The banded stilt (Cladorhynchus leu- 
cocephalus) occurs in Australia. 


The pied avocet (Recurvirostra avosetta) occurs in 
parts of Eurasia and Africa. Australia has a red- 
necked avocet (R. novaehollandiae), while the Andean 
avocet (R. andina) occurs in montane habitats of 
South America. 


The ibisbill (/bidorhyncha struthersii) occurs in the 
mountain zone of the Himalayan Mountains of south 
Asia. 


Most ornithologists believe that the family 
Recurvirostridae is not a very natural grouping of 
birds. The several species of avocets are obviously 
closely related to each other, as are the various stilts. 
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However, the ibisbill does not seem to be closely 
related to the stilts and avocets, and may eventually 
be assigned to a separate family. 


See also Endangered species; Migration. 
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| Stimulus 


The term stimulus has many meanings; very gen- 
erally, it is any occurrence (be it an external event, or 
anything perceived or thought) that causes a detect- 
able response. Stimulus is often used with qualifying 
terms to further specify its meaning, for example, 
conditioned stimulus and neutral stimulus. 


Various fields of study use the term stimulus in 
different ways. In psychology, it is most often used to 
describe energy forms that reach sense organs and 
cause a response. For example, the visual sense using 
the eyes responds to photic radiation or light. Because 
human sense organs respond to a limited number of 
energy forms, and even then to only limited amounts 
of that energy, some energy reaching the sense organs 
is not detected and does not cause a response. The 
energy reaching the sense organs but not causing a 
response may be deemed a stimulus to a physiologist, 
but for psychologists it would not be considered a 
stimulus unless it had been responded to or detected 
by the organism. A stimulus may also be an internal 
mental event that causes a response. 


Stimulus is the primary term in stimulus-response 
theory, which refers to a number of learning theories 
that are theoretically based on conditioned bonds or 
associations between a stimulus and response. The 
associative bonds are formed through the repeated 
pairing of certain stimuli and certain responses. Most 
of these theories are also behavioristic in that they 
focus on behaviors and do not look at mental 
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processes, and they see the environment as the most 
important determinant of human behavior. Indeed, 
these theories view the bond between stimulus and 
response as the basis of behavior and believe that 
psychology’s primary goal should be to discover 
rules governing how stimuli and responses interact. 
The two dominant stimulus-response theories are clas- 
sical and operant conditioning theories. 


See also Perception. 
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[ Stone and masonry 


A stone is defined as any individual piece of rock, 
which is any naturally occurring aggregate of minerals 
and mineraloids (a mineral-like substance that does 
not demonstrate crystallinity). Masonry is defined as 
the building human made structures with the use of 
mortar and stones such as granite, marble, limestone, 
and other similar materials. It is possible that ever 
since people first came to be builders, stone was used 
in constructing something: a fence, an oven in a hole or 
trench, or a shelf in a cave. The many cairns and stone 
hedges erected for religious or astronomical uses were 
the initial attempts at masonry. However, true 
masonry did not begin until the Egyptians built the 
pyramids. Previous to this, most stone structures were 
constructed by placing one stone upon, or next to, 
another, regardless of size or shape. It is possible that 
sometime during this era, someone coined the state- 
ment: “Leave no stone unturned.” 


In constructing the pyramids, the stone was first 
hewn or carved into a certain shape and then placed 
into a preplanned position. Other great stone under- 
takings were walls, the wall of China being the largest. 
The Roman wall in England was 10 ft (3 m) thick at the 
base and up to 15 ft (4.6 m) in height in some places. 
Although it was filled with mud and pebbles, both 
faces were constructed with squared stones. It ran for 
over 70 mi (113 km). Surviving portions are about 6 ft 
(1.8 m) high. 


It was during the Norman period that most old 
stone structures were erected in England. And many of 
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the craftsmen were of Norman descent. Therefore, 
many of the architectural terms used in the English 
language are of French origin. Some of these are vault, 
buttress, niche, oriel, trefoil, fillet, and chamfer. 
French influence is also evident in the standardization 
of various building units, such as the course heights 
and in various moldings and carvings. Many of these 
were designed to fit the individual blocks of stone 
rather than create a regular repetitive pattern. The 
majority of the original stone buildings were cathe- 
drals, churches, and castles. But as time went on, 
especially where stone was quite abundant, manor 
houses, farmhouses, and even barns began to be built 
of stone. 


In America, especially in northern America, when 
settlers first came, many were tillers of the soil, or 
became such. The last glacier brought many stones to 
southern Canada and northern United States and 
deposited them on the land. The settlers then used 
them for fences and for barns and house foundations. 
Today stones are used to face many buildings. 


Stone types 


In working with stone, one should know the var- 
ious types of stone. There are three main types, given 
their name from the manner whereby they were 
formed. Igneous stone is formed when magma from 
below Earth’s crust comes to the surface and solidifies. 
The liquefied material from beneath the crust of the 
Earth spews forth from a volcano as lava. Basalt is the 
most common stone to be formed volcanically. It is 
composed mainly of silica, as is diabase and other 
primordial stone. Feldspar, which contains aluminum 
and calcium compounds, is the other common mineral 
spewed from a volcano. 


Metamorphic stones are made from existing 
materials that have undergone change. As an example, 
when weathered on the surface, feldspar becomes clay, 
which can undergo tremendous pressure and become 
metamorphic slate. Granite is often taken for granted, 
but comes from quartz and feldspar, sometimes at 
molten temperatures. It can be either igneous or meta- 
morphic. Most metamorphic rocks have been crushed 
into their present state by errant stones upon it. Thus, 
limestone under pressure becomes marble. Quartzite is 
metamorphic quartz. Gneiss and schist are two other 
metamorphic rocks. 


Sedimentary stones are formed from sediments on 
Earth’s surface. Such stones cover three-fourths of Earth’s 
crust, but account for less than 5% of Earth’s volume. 
Shale, sandstone, and limestone make up 99% of the 
sedimentary stone. Shale comes from clay deposits that 
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were formed from feldspar. Sandstone comes from river 
carried erosion of other stones and minerals that build up 
at continents’ edges. It can also be formed by erosion of 
igneous stone. Limestone is formed mainly from the 
buildup of exoskeletons of tiny sea animals drifting to 
shore. The shell material is mainly calctum carbonate. 
Limestone is often quarried for building stone, gravel, 
cement, or agricultural lime. Weathered stone supplies 
the minerals that plants and animals need for their 
existence. 


Chemical composition 


The builder of a stone structure is more concerned 
with its chemical composition than its geological clas- 
sification. There are three main categories for stone 
chemical content. Siliceous stone has as its main ele- 
ment, silica, or silicon dioxide (SiO). Most stone from 
volcanoes is siliceous. This type of stone also includes 
compressed sediments of siliceous stone, like sand- 
stone. Quartz is a very pure pressurized sandstone. 


Argillaceous stone has as its main element alumina 
(AlOz). It, along with its compounds, comes from feld- 
spar in the crust. When these meet up with the atmos- 
phere, they change into clay-like compounds. Slate, a sort 
of petrified clay, is the most common to the mason. When 
clay combines with other stone in varying degrees, it can 
overlap into other types. If clay and sand mix, brown- 
stone is formed. Brick is artificial argillaceous stone. 


Calcareous stone is made up mostly of calcium 
carbonate (CaCO3), or lime. Lime comes from the 
bodies of sea creatures, whose skeletons have accumu- 
lated at the bottom of the seas. When lime is pressur- 
ized for millennia, it becomes marble. Marble is mainly 
a metamorphic rock. But, because it is still mainly lime 
after metamorphosis, it is calcareous in classification. 


Certainly, there are many combinations of the 
above three classifications, but rocks are distinguished 
by the abundance of glassy (silceous), clayey (argilla- 
ceous), or limy (calcareous) material in them. It is the 
quantity of each basic compound found in rocks, 
along with the way they were formed and the presence 
of other minerals in smaller amounts, that give rocks 
their particular desirability by masons. 


Construction rocks 


The strongest rock is trap, a very old igneous and 
siliceous primeval stone that can withstand over 67,000 
Ib/in? (3,900 kg/cm’) pressure. Gabbro and basalt are 
similar. But, these rocks are very difficult to work, or 
quarry. They are not formed in layers and hence are 
very difficult to layer. Granite is somewhat manageable, 
and is used where great strength or resistance to 
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weather are needed. But it is difficult to work with 
and therefore quite expensive. Other qualities of rock 
that make it more desirable for use in constructions 
are ease of quarrying, nearness to quarry, durability, 
resistance to absorbing water, and strength. However, 
stonemasons look mainly for shape (they desire stones 
more or less square), their proximity, and the price. 
The stone most often used by masons is sandstone or 
limestone. 


Stone masonry always has stood for permanence. 
Anything properly made of stone outlasts the same 
thing made of any other material, even concrete with 
steel mesh imbedded. But one must be certain of one’s 
work. Depending on the size of the job, it can take 
weeks to repair a large mistake. Stone masonry differs 
entirely from brick or block masonry, where every 
layer must lie in a straight line, where there must be 
square and level units and mortar joints that are uni- 
form. The main reasons for building with stone are its 
beauty, endurance, strength, and mass. 


Stone construction 


Stone walls can be constructed as dry walls or, if 
mortar is used, as wet walls. Dry walls are used mainly 
for fences or retaining walls. Dry walls are usually 
from 2 to 3 ft (0.6 to 0.9 m) thick. The base is usually 
a bed of sand around 5 in (12.1 cm) thick. At the 
beginning of the first layer of stones, one usually lays 
a stone, the bonding stone, which is faced relatively 
even. This helps keep the wall together. The bottom 
course should consist of alternating larger and smaller 
stones, all with the longest side along the outside sur- 
face. Such stones are placed on either side of the wall. 
Then, stones are put between the sides, filling in the 
center. The layers that are above the base layer are 
constructed such that stones connect two lower stones, 
and, if possible, are kept reasonably level. If spaces 
result, and stones do not seat firmly, gaps are filled by 
chinking, by driving narrow stones or chips in the 
spaces so that the wall is locked tight and weight is 
pressed inward to prevent collapsing. 


A wet wall begins with a mortared bed. A trench is 
dug and filled with sand or gravel. This trench is, then, 
allowed to settle for a few days. An inch of mortar is 
then laid on the top of the slab. As above, a bonding 
stone is placed at the end. Other stones are added 
along the sides, leaving spaces for the mortar, which 
is poured as one moves along. The inside is filled with 
small stones, and mortar added. After laying but not 
filling in the next course, a broomstick is inserted 
in-between stones on the first tier to make weep 
holes, which should pass entirely through the wall. 
When the wall is finished, it should be raked with a 
piece of wood to compact the mortar. 
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KEY TERMS 


Arch—Curved path or span across an opening, con- 
structed of voussoirs (curved arch stones). 


Bed—A stratified layer of stone in sedimentary rock, 
laid down by nature. A bed is also the term used to 
describe the horizontal layer of mortar, cement, 
sand, etc. on which the blocks or stone are laid. It 
is the base for the first layer. 


Bevel—An instrument to determine that a layer of 
stone or brick does not change height over a dis- 
tance. It also is the name for a splayed angle on a 
worked stone. 


Block stone—A large stone block, roughly squared 
at the quarry. 

Bonder—Any stone or brick that is so laid that it 
increases the strength of a wall, either in thickness 
or in length. 


Brought to course—Where random walling is 
brought up to a level line, such as at the top of a 
wall or the bottom of a window. 


Buttress—A strong stone pier built against a wall to 
give additional strength. (Flying buttresses extend 
quite far out from the wall.) A buttress must be 
bonded to the wall. 


Chamfer—A flat splayed edge between two flat plain 
surfaces. 


Chisel—A generic term for a certain type of cutting tool. 


Cladding—Non-load bearing thin stone slabs or 
bricks used for facing a building. 


Cock’s comb—A thin shaped steel plate with a serrated 
edge. It is used for finishing moldings and other shapes. 


Corbel—A bracket of stone that projects from the 
face of a wall. It usually is used to give support to 
some feature above. 


Most modern stone houses have stone faces only; the 
entire wall is usually not completely stone. The main 
reason is that stone is very expensive—with the inner 
part of the wall usually blocked by furniture, pictures, or 
other items. So only an outer facade of stone is added to 
the house. This facade has a depth of between 3 and 4 in 
(7.6 and 10.0 cm), and can be either field or quarried stone. 
One of the hardest stones that is relatively easy to work 
with is limestone. One of the hardest limestone is quarried 
in Valders, Wisconsin, which is about 30 mi (48 km) south 
of Green Bay. Here, the Valders glacier covered the area. 
But, when one digs beneath the glaciated land, an extra 
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Course—A continuous layer of stone or brick of uni- 
form height in a wall. 


Diamond saw—A saw whose cutting edge has 
industrial diamonds inserted. 


Dormer—A window that projects vertically from a 
sloping roof. 

Dowel—A sort piece of metal (not iron) or slate fixed 
into a mortise or adjoining stones or tile to prevent 
movement. 


Dressings—A generic term used to wart, chimneys, 
etc. made of freestone, on the elevation of a building. 


Drum—A separate circular stone in a shaft or column. 


Eave—tThe part of a roof or other structure that over- 
sails the wall face. 


Entablature—In classical architecture, the upper 
part of an order. It comprises architrave, frieze, and 
cornice. 


Fault—A natural fissure in a bed or stratum of stone 
at a quarry. Usual faults are somewhat vertical. 


Fillet—A small member between moldings. It also is 
called a quirk. 


Flagstone—Stone that is naturally stratified in slabs 
about two to three inches thick, used mainly for 
paving, copings, etc. 
Float—A rectangular wooden hand trowel, used for 
smoothing surfaces. 


Fluted stone—Stone worked with regular concave 
grooves, as found in columns. 


Gauge—A tool used for marking parallel lines when 
setting out a piece of work. 


Grain—A word used at times to describe the natural 
visible bedding planes in stone. 


dense level of the Niagara ledge is found. Valders dolomite 
limestone ranges in color from a silvery white to a buff 
texture. It is one of the most enduring limestone in the 
United States. 


Marble is another stone used by masons, and is 
found in almost every state. Depending on color, 
porosity, and strength, various marbles are used in 
various buildings, such as churches, museums, art 
galleries and the like. Again, due to expense, today 
the most common stone used in construction (primar- 
ily for facing) is limestone, although some marble can 
be found. 
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Grout—Mortar used for filling vertical joints (perpends). 


Header—A stone that has its longest dimension built 
into the thickness of the wall to improve bonding and 
strength. 


Hip—the inclined angle at which two sloping roofs 
meet. The converse of valley. 


Hod—A device used for carrying mortar or other mate- 
rials when climbing. It is placed on the shoulder. 


Hydrated lime—Quicklime processed into an inert 
powdered lime ready for use. 


Jamb—Vertical side of an archway, doorway or 
window. 


Keystone—The central stone in an arch. 


Ledger—A large flat stone covering an altar tomb or 
grave. Often forms part of a church floor. 


Level—A tool for telling if horizontal surfaces are 
true and level. 


Lintel—The block or stone that spans the top of an 
opening, such as a doorway or window. Sometimes 
called a head. 


Molding—A projecting or recessed part, used to give 
shadows to a wall, arch, or other surfaces. 


Mortar board—A board placed near the work. It 
holds the mortar, allowing the mason to pick it up 
with a trowel. 


Mortise—A recess in a block cut to receive a dowel 
or tenon. 


Mould—A shaped pattern used to set out the work. 
Called a template in carpentry. 


Niche—A recess in a wall, usually prepared to 
receive a carved figure. 


Oriel window—A window that projects from an 
upper story. 


Bricks 


Bricks are artificially made argillaceous rock. 
Brick and cement or cinder block masonry are not 
quite as artistic as stone masonry, but are usually 
quicker and cheaper. Like stone masonry, a footing 
is laid, and tiers of block or brick are placed upon the 
footing. The way a brick is positioned in a wall is given 
a name. The long part of the brick is termed the 
stretcher, the short end, the header, and the flat face 
of the brick is the bed. A tier or layer of brick can be a 
stretcher course (if all faces showing are stretchers), a 
headed course (ends showing are heads), a sailor 
course (where bricks are upright, with beds showing), 
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Pilaster—A flat pier attached to a wall, with a base 
and a capital. 

Plinth—The projecting base of a wall or column, 
generally molded at the top. 

Plumb rule—A straightedge about four or six feet 
long with a spirit level recessed in it. It is used to 
ensure vertical with when building a wall. (Along 
with the level, it is one of a mason’s most important 
tools.) 


Pointing—Filling of mortar joints in masonry. 


Quarry—Usually an opencast pit (but sometimes a 
mine) from which stone is extracted. 


Rendering—A coating, usually of cement and sand, 
that covers rough stone. 


Sill—Either the threshold stone under a doorway, if 
flush, that is not a step; or the stone across the base of 
a window opening. 

Soffit—The underside of an arch, vault, cornice, 
lintel, or the like. 


Square—A tool having a fixed right angle. It is used 
to set out work and keep angles truly square. 


Straightedge—An unmarked ruler of any length 
that can be used to draw lines through two 
given points. 

Throat—A name sometimes given to the small grove 
under a window sill or dripstone. Its purpose is to 
deflect water from the wall. 


Transom—A structural part dividing a window 
horizontally. 


Vein—A colored marking in limestone, marble, etc. 


Weathered—Stones in buildings or other structures 
that have been exteriorly exposed to the elements for 
many years. 


or soldier course (where bricks are upright, with 
stretchers showing). Bricks laid in stretcher position 
with headers abutting are termed rowlock stretchers, 
and with headers upright are termed rowlock headers. 
There are various patterns that are used in bricklaying. 
Strictly, in bricklaying, pattern refers to changes in 
arrangement or varied brick texture or color used in 
the face. But, the different methods of joining bricks 
with the mortar can also be termed patterns. There are 
five types of bonding. They are: 


- Running bond—Consists of all stretchers, but each 
tier is moved over one half brick. 
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- Block or stack bond—Each tier is placed over the 
previous in exactly the same position. 


- American bond—A variation of running bond, with a 
full course of headers every fifth, sixth, or seventh course. 


- English bond—Alternates block bond tiers with 
header tiers. 


- Flemish bond—Similar to English bond, but differs 
in that instead of alternating tiers, it alternates 
stretcher and header in the same tier. 


Modern building codes require that masonry-bonded 
walls have no less that 4% headers in the wall surface. 
Headers bond the wall across its thickness. Metal ties are 
usually recommended for bonding an exterior wall. This 
allows for stretching and resistance to cracking. 


The surface of the brick wall can vary—depending 
on how the joints are finished. There are about seven 
types of finished joints. 


Concave is the most common. It keeps moisture 
out and the mortar is forced tightly between the brick 
and thus makes an excellent bond. 


The V-joint is formed with a special jointer, a 
piece of wood or a trowel, and it stands out as a 
sharp line. V-joints direct water off. 


The raked joint forms a deep recess, which does 
not keep water out, but produces a shading that accen- 
tuates the brick courses. 


The weathered joint sheds the water better than 
any other. It is recessed at the top, and is level with the 
brick surface at the bottom of the joint. 


The struck joint is the opposite of weathered—tt is 
recessed at the bottom and slants towards the top. 


The flush joint is the easiest of all to make. One simply 
uses the trowel to smooth the face. It is water resistant but 
not very strong since the mortar is not compacted. 


The extruded joint, also called the weeping joint, 
is water resistant and is used mainly for garden walls 
or where a rustic appearance is desired. It is made by 
using an excess of mortar between tiers of brick. When 
a brick is put into place the excess mortar is then 
squeezed out, and left where it hangs over. 


The type of stone, brick, or bonding to be used 
depends on the purpose and desire of the builder. But 
whatever type is chosen, stone and brick last the lon- 
gest, besides being pleasant to the eye. 


See also Igneous rocks; Sedimentary rock. 


Melvin Tracy 
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| Stoneflies 


Stoneflies or salmonflies are a group of insects 
with aquatic nymphal stages in the order Plecoptera. 
Stoneflies have a simple metamorphosis, with three 
life-history stages: egg, nymph or naiad, and adult. 


Adult stoneflies have two pairs of membranous 
wings that are folded back over the abdomen when not 
in use. Stoneflies are rather weak fliers, and are not 
usually found very far from the aquatic habitat of their 
nymphs. Adult stoneflies do not feed, their short life 
being devoted to procreation. 


The nymphs of stoneflies are soft-bodied, rather 
flattened, and usually occur in well-aerated, running 
waters of streams and rivers, or sometimes along rocky 
lake shores, where they hide in gravel and organic 
debris. Stonefly nymphs have an abdomen with ten 
segments, and with two extended appendages known 
as cerci sticking out from the back end. Stonefly 
nymphs are most easily differentiated from superfi- 
cially-similar mayfly nymphs (order Ephemeroptera) 
on the basis of their two cerci (mayflies almost always 
have three abdominal “tails”). The nymphal stage of 
stoneflies is long-lived, commonly lasting for a year or 
more. There can be more than 20 nymphal stages, each 
separated by a molt. 


Stoneflies are an abundant component of the bot- 
tom fauna of many aquatic communities, especially in 
streams. Although their biomass and productivity are 
not usually as large as that of mayflies, stoneflies are 
an important food of sportfish such as trout and sal- 
mon, and for this reason these insects are economically 
important. Some of the best designs for fish-catching 
“flies” are based on the shape and color of stoneflies, 
especially the adult insects. 


[ Storks 


Storks are 19 species of large wading birds of the 
tropics and subtropics. They belong to the order 
Ciconiiformes, which also includes the ibises and 
spoonbills. Storks are in the family Ciconiidae. 


Unlike most tall wading birds, storks will perch in 
trees. They also nest in high places, and often return to 
the same nesting site year after year. These tendencies 
have long made the white stork (Ciconia ciconia) a 
favorite among villagers of Europe, who look forward 
to the annual return of these birds after wintering in 
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A white stork and its nest in Turkey. (JL Visuals.) 


Africa. Folklore that children are delivered by these 
birds, as well as other tales about storks, were brought 
to America by European settlers. 


Storks look somewhat like cranes, but their bill is 
considerably longer and heavier. Most species have a 
straight bill. Cranes have three front toes like most 
birds, but storks have an additional toe at the back of 
the foot that lets them cling to a branch when perch- 
ing. Herons and egrets also have this special toe. 


Storks fly with their neck outstretched (except for 
the adjutant storks; Leptoptilos spp.). Storks have 
broad, strong wings that allow them to soar easily 
for long periods on rising warm air currents. The 
different species are often distinguished by the color 
of their bill and the bare skin on their head and legs. 


The bill of a stork can be up to 9 in (23 cm) long 
and 7 in (18 cm) around at the thick base. Storks are 
adept at using their beak, to build a nest, find food, 
care for the young, and in fighting. The saddlebill 
stork (Ephippiorhynchus senegalensis) of Africa has a 
vivid orange beak with a wide black band around it. It 
also has orange anklets at the bend in its legs (which 
are actually its ankles). The Asian openbill stork 
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(Anastomas lamelligerus) of India and Nepal has a 
beak in which the two mandibles do not close in the 
middle, which is an adaptation to capturing its speci- 
alized diet of freshwater mussels. The bill of the whale- 
headed stork (Balaeniceps rex) of freshwater swamps 
in Africa, from Sudan down through Zaire, is thick, 
rounded, spotted, and hooked on the end. However, 
this large gray bird is not a true stork; it is in a related 
family of its own, the Balaenicipitidae. 


All storks (except the wood stork) study the 
ground or water intently when looking for food. 
Their keen eyesight and fast reaction time lets them 
quickly grab moving animals. 


The adjutant storks of India eat carrion so they do 
not have to chase their meal. The greater adjutant 
(Leptoptilos dubius) and the lesser adjutant (L. javani- 
cus) can be found along with vultures feeding at the 
leftovers of the kills of large predators. However, the 
adjutants do not tear meat off the carcass; they steal 
bits from the vultures. The marabou stork (L. crume- 
niferus) of the African savanna is also a carrion thief. 
Not an attractive bird, the marabou stork has a 
splotchy head, short neck, and a huge pink pouch 
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hanging from its neck. The soft feathers on the tail of 
Leptoptilos storks have been used for hat decorations. 


American storks 


The only stork of North America is the wood 
stork (Mycteria americana), sometimes called the 
wood ibis. The wood stork has white body feathers, 
black flight feathers, gray legs, and a blue-gray feath- 
erless head. Its 9-in (23-cm) bill is gray, and it curves 
downward slightly at the end. 


The wood stork lives primarily in the swamps of 
southern Florida, where it breeds in stands of large 
bald cypress trees. It also occurs more widely in 
Central and South America. In Florida, however, 
many of its nesting trees have been cut down, and 
wood stork habitat has also been destroyed or dam- 
aged by agricultural activities and drainage. In the 
1950s, these birds were seriously threatened, until the 
Corkscrew Swamp Sanctuary was designated to pro- 
tect a large nesting population. Their population, 
however, is still seriously depleted. 


Wood storks feed primarily on fish, plus small 
frogs, reptiles, crustaceans, and mollusks. They use 
their feet and their bill to feel for the presence of 
food, which they snap up in their bill. They rarely 
depend on sight when hunting. Some wood storks 
also feed in open fields, where they hunt for insects in 
newly turned soil. 


Wood storks do not mate so much according to 
the season, as to the level of water in their swampy 
habitat. They raise their young during the dry season, 
when their wetlands concentrate into prey-rich pools. 
These dense food supplies make feeding hungry young 
storks easier. At the proper time, the male selects a 
nesting site, usually in a large bald cypress. At first, 
any female approaching the nest is driven away, but 
eventually he accepts a mate. The female holds the 
chosen nesting site while the male collects sticks as 
nest-building material. The female lays 2 to 5 eggs, but 
incubation starts as soon as the first one is laid. The 
eggs hatch after about 30 days of incubation by both 
birds. The fluffy white young remain in the nest until 
they are fully feathered, about 55 days after hatching. 


The nest can be a dangerous place. Adolescent 
storks are prone to an activity that has been likened 
to that of juvenile gangs of humans. Groups of imma- 
ture storks, younger than the age of three years, will 
attack nests, trying to drive the parents away. Then 
they tear apart the nest and kill the young. If this 
happens, the parents will build another nest and lay 
more eggs. 
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The only other American stork resides in tropical 
wetlands in South America. The jabiru (Jabiru myc- 
teria) is among the largest storks, and can stand as tall 
as a human. Except for its head and neck, which are 
black and red, its plumage is white. The wings may 
span 7 ft (2.2 m) or more. Its 12-in (30-cm)-long bill is 
also black. The name jabiru is also sometimes given to 
the saddle-billed stork of Africa. 


All large birds are in danger from hunters, and 
storks have the added problem of losing much of 
their wetland habitat to development. The presence 
of white storks on the rooftops of Europe has long 
been considered good luck. However, the numbers of 
these famous storks have dropped by about 90% in 
the last hundred years. Several changes explain this 
loss, including the effects of pesticides, loss of nesting 
and foraging habitat, changing climatic conditions, 
hunting, and the intensification of agricultural man- 
agement (which degrades foraging habitat of the 
storks). Most species of storks are threatened by sim- 
ilar environmental changes associated with human 
activities. 
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i Storm 


A storm is any disturbance in the atmosphere that 
has noticeable effects on Earth’s surface. The term 
suggests disagreeable weather conditions that may 
bring discomfort, inconvenience, economic disaster 
and loss of human lives. In spite of that fact, storms 
have a generally positive effect on the environment 
and on human societies because they are the source 
of most of the rain and snow on which the planet 
depends. 


Among the many kinds of storms that exist are 
thunderstorms, hurricanes, tornadoes, blizzards, and 
ice and hail storms. As different as these types of 
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Multiple lightning strikes over Tucson Mountain, Arizona. (Kent Wood. National Audubon Society Collection/Photo Researchers, 
Inc.) 


storms may be, they possess a few common character- 
istics. They all result from significant atmospheric 
instabilities, and they all involve dramatic convection 
currents in which air masses travel upwards at high 
rates of speed. 


The formation of a thunderstorm is typical of the 
way many storms develop. Imagine that a large mass 
of air encounters conditions that force it to move 
upwards. An approaching front or some kind of geo- 
graphical barrier might produce such an effect. The 
air mass will continue to rise as long as it is warmer 
than the atmosphere around it. The upward move- 
ment of such an air mass constitutes a convection 
current. 


At some point, moisture within the air mass may 
begin to condense, releasing heat as it does so. When 
this happens the convection current may begin to 
move even more rapidly. The upward movement of 
air in a thunder cloud has been measured at more than 
50 mph (80 km/h). As the upward movement of air 
continues, more moisture condenses out of the air 
mass and a large cloud begins to form. Depending on 
atmospheric conditions, a thundercloud of this type 


may rise to a height of anywhere from 6-9 mi (10-15 
km). Eventually, ice crystals within the thundercloud 
will begin to condense as rain, snow, or some other 
form of precipitation and a thunderstorm will occur. 


Some of the most severe types of storms (torna- 
does and hurricanes, for example) occur when the 
upward convention current receives a rotational 
push. This push converts a purely vertical air move- 
ment into a spiraling motion characteristic of these 
great tropical and mid-latitude storms. 


See also Air masses and fronts; Cyclone and anti- 
cyclone; Tornado. 


Storm surge, caused by very low atmospheric 
pressure, is a volume of ocean water driven by the 
wind toward the shore where, as the sea bed depth 
decreases, produces a localized increase in sea level. 


Strata 


Storm surges that accompany hurricanes and 
typhoons can be very destructive. In the wake of 
Hurricane Katrina, which in August, 2005 struck states 
along the Gulf of Mexico, caused a storm surge that 
produced waves almost 30 ft (9 m) high, that traveled 
hundreds of yards inland. The surge devastated the 
cities of Mobile, Alabama, Biloxi, Mississippi, and 
New Orleans, Louisiana. 


In New Orleans, the storm surge caused water to 
breach barriers (levees) that normally prevented Lake 
Pontchartrain from spilling downhill into the city. The 
breach produced flooding of about 80% of the city. 


During a hurricane or typhhon, a dome of water 
can form in the area of low pressure that moves across 
the ocean as the winds drive the storm. Upon reaching 
shallow coastal water, winds blowing toward the shore 
move over the domed water, and pile water along the 
coast, producing the elevated sea level that becomes 
the storm surge. 


Tides—the rhythmic rise and fall of the ocean’s 
surface caused by the gravitational attraction of the 
sun and moon—can amplify the effect of storm surges. 
In most areas, two high tides and two low tides occur 
daily. Tides may rise and fall a few inches to more than 
49 ft (15 m). 


In addition to tidal influences, the shape of ocean 
basins, inlets and bays, and sea level rise may cause 
higher than normal storm surges. The geography 
around London, England, produced recurrent tidal 
flooding from storm surges until the Thames barrier 
was constructed in 1986. Ten steel gates reaching 546 
yd (500 m) across the river now protect the city from 
storm surge impacts. 


As of 2006, reconstruction of the Katrina-damaged 
levees around New Orleans continued. The technology 
being used to fortify the levees is not as advanced as that 
used in England, which has led to concern that another 
storm surge could again create havoc on the city. 


Monica Anderson 


| Strata 


Strata (singular: stratum) are horizontal layers, or 
beds, present in most sedimentary rocks. During or 
immediately after the accumulation of sediments, phys- 
ical, biological, and chemical processes produce sedimen- 
tary structures. Strata are probably the most common 
sedimentary structures, as almost all sedimentary rocks 
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display some type of bedding. A rock that contains beds 
is stratified or displays stratification. 


Strata form during sediment deposition, that is, 
the laying down of sediment. If a change in current 
speed or sediment grain size occurs or perhaps the 
sediment supply is cut off, a bedding plane forms. 
Bedding planes are surfaces that separate one stratum 
from another. Bedding planes can also form when the 
upper part of a sediment layer is eroded away before 
the next episode of deposition. Strata separated by a 
bedding plane may have different grain sizes, grain 
compositions, or colors. Sometimes these other traits 
are better indicators of stratification as bedding planes 
may be very subtle. 


The strata in an exposure or outcropping of sedi- 
mentary rock can range from thin layers known as 
lamina (plural: laminae or laminations) to beds tens 
of feet thick. Generally, the more stable and consistent 
the environmental conditions during deposition, the 
thicker the strata. For example, in a river with very 
consistent current speeds, thick sediment layers with 
widely spaced bedding planes form. In a different 
river, where current speeds vary often, thin sediment 
layers and closely spaced bedding planes form instead. 


The area covered by a bed is also highly variable. 
Some beds can be traced for hundreds of square miles. 
Others may cover an area of only a few hundred 
square feet. Many factors influence the areal extent 
of beds. Among the more important factors is the 
setting in which the bed formed. Rivers, for obvious 
reasons, deposit beds shaped like a shoe string (long 
and thin); deposits in the open ocean often extend for 
great distances in all directions. Erosion of strata after 
deposition also affects their areal extent. 


Bedding planes indicate variable environmental 
conditions during sediment deposition, but they may 
also be evidence of a gap in the geologic record. Many 
times a bedding plane develops because no sediment 
accumulates for at least a brief period of time or it is 
later eroded away. This represents an interval of time 
for which there is no sediment record. If we think of 
strata as a record of geologic time preserved in sedi- 
ment (or sedimentary rock), this break or gap between 
sedimentation events actually is a gap in the geologic 
record. In other words, think of an outcrop of rock as 
being like a book; strata are pages and bedding planes 
are pages that have been torn from the book. 


The time gap represented by a bedding plane may 
be very short, a fraction of a second, or perhaps a few 
minutes. After that interval passes, recording contin- 
ues in the form of sediment deposition. However, 
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Visible strata in the Grand Canyon, Arizona. (M. Woodbridge Williams, National Park Service.) 


sometimes the amount of time that is unrepresented 
(the gap) can be quite long, perhaps hundreds or thou- 
sands of years. These longer gaps are called uncon- 
formities. In some rock outcrops, more geologic time 
may be represented by the bedding planes (the gaps) 
than by the strata that lie between them. 


See also Sediment and sedimentation; Uncon- 
formity. 


] Stratigraphy 


Stratigraphy is the branch of geology concerned with 
the description and interpretation of sequences of rock 
layers or strata. In most cases the layers are of sedimentary 
origin, but can also include sequences of volcanic ash and 
lava, and even the study of different layers of human 
occupation at an archeological site. Sediment usually 
forms distinct strata with the most recent layers on top. 
Although the strata may be folded during episodes of 
mountain building, interrupted by inclusions and slip- 
pages, and even metamorphosized into other forms of 
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rock, stratigraphic analyses can still be performed in 
many cases. The processes of sedimentation—including 
the presence of certain types of fossils—provide scientists 
with valuable clues about Earth history. These principles 
are thus valuable for many different types of scientist, 
ranging from prospecting geologists to city planners to 
archaeologists and paleontologists studying human and 
animal history and prehistory. 


Stratigraphic fundamentals 


The basic principle of sedimentation—that in any 
given set of layers of material the most recent levels are 
closest to the top—were established as long ago as the 
seventeenth century. By the nineteenth century such 
early geologists as Charles Lyell (1797-1875) recog- 
nized that sediment accumulation was not necessarily 
regular or obvious. Weathering can also influence the 
stratigraphic record by introducing trace elements into 
the various layers. Patterns in the very layering of 
sediments, such as ripple marks and flumes, can intro- 
duce discontinuities. Changes in climate, which bring 
about changes in sea level, also create discontinuities. 


Equally as important as the composition of the 
layers themselves are the boundaries between them, 
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which represent breaks in time or changes in sediment 
accumulation. Sediments do not deposit evenly—trates of 
sedimentation are influenced by extraordinary events as 
well as everyday processes. During periods of flood, for 
instance, rivers can drop tons of silt on what had been 
working farm land, and a single storm can carry away 
tons of beach sand into the ocean depths. The borders 
marked by the beginning and ends of such events can 
represent as little time as a single day. Because sediments 
generally accumulate over long periods of time, however, 
the borders between different layers usually represent a 
long-term change in local geography. 


Geologists have adopted words to describe the 
different types of layers based on their thickness. 
Sediments are generally divided between laminae and 
beds, with the laminae represented by an accumula- 
tion of less than one centimeter, and the beds repre- 
sented by accumulations ranging from 0.4 to 47 in 
(1-120 cm). The beds are subdivided into very thin, 
thin, thick, and very thick, respectively measuring 
from 0.4 to 2 in (1 to 5 cm), 2 to 24 in (5 to 60 cm), 
24 to 47 in (60 to 120 cm), and more than 47 in (120 
cm) across. Beds are also graded on the size and type 
of the individual sand grains. Beds and laminae 
together form primary sedimentary structures, which 
indicate the way in which strata are laid down. 


Geologists have also introduced various sub- 
disciplines of stratigraphy. Lithostratigraphers study 
changes in layers of rock. This is the type of stratigra- 
phy most commonly seen on geological survey maps. 
Biostratigraphy uses microscopic fossils to determine 
the relative ages of rocks and helps paleontologists 
trace local variations in climate. Tephrostratigraphy is 
the study of deposits of volcanic ash, while magneto- 
stratigraphers trace fluctuations in Earth’s magnetic 
field—specifically, reversals in its polarity—over mil- 
lions of years. Other useful applications of strati- 
graphic analysis include seismic stratigraphy, which 
applies the principles of acoustics (sending shock 
waves through the earth) to determine the positions 
of pockets of petroleum and other substances. 


Applications of stratigraphy in historical 
studies 


Strata can be used to study history of both Earth 
and, on a shorter time scale, of humankind. Anthropol- 
ogists and archaeologists use stratigraphic principles 
to understand how and under what circumstances 
an archeological site was occupied, how long the people 
that lived there stayed, and how they lived while they 
were in residence. Archaeologists regularly apply 
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microstratigraphic principles such as observation of the 
process of soil formation and landscape development 
based on weathering and sediment accumulation to 
their sites in order to classify and date artifacts. For 
example, excavators working at the Paleolithic site of 
Mezhirich in what is now Ukraine uncovered the bones 
of hundreds of mammoths, some of which had been 
burnt, others of which had been arranged to form houses. 
The scientists suggested, based on stratigraphic princi- 
ples—the thinness of accumulated layers of occupation 
debris—that the site was not occupied year-round, but 
instead was a seasonal dwelling-place. Paleontologists 
studying the border regions between the Eocene and 
Oligocene periods in ancient history have studied eastern 
Oregon’s stratigraphy to draw conclusions about global 
climactic conditions. They suggest that the regularity of 
sediments in the area reflect, not a gradual change in sea 
level, but a cooling trend in which the area changed from 
a subtropical to a temperate climate. 


Archaeologists have applied stratigraphic princi- 
ples to understanding the history of the famous 
Roman city of Pompeii, which was buried during an 
eruption of the volcano known as Vesuvius in AD 79. 
Although the historical record of the explosion itself is 
quite clear, scientists use stratigraphy to help under- 
stand life in the city before the eruption. Excavators 
had assumed, based on the testimony of ancient writ- 
ten sources, that parts of Pompeii had been built as 
long ago as the fifth century BC and had been occu- 
pied ever since. Nineteenth and early twentieth- 
century archaeologists had accepted this reasoning, 
based on analyses of building styles and construction. 
Beginning in the 1930s, however, scientists began to 
revise their thinking using observations of the micro- 
stratigraphy of the site. Modern excavations suggest 
that most of the buildings standing at the time the 
volcano erupted were built in the period of Roman 
occupation—in other words, no earlier than the sec- 
ond century BC. Some finds of debris unrelated to the 
AD 79 eruption can be dated back to the fifth century 
BC, but these are not directly connected with standing 
houses. Stratigraphy promises to change the history of 
a site historians believed they knew very well. 
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Stratigraphy (archaeology) 


Stratigraphy is the study of layered materials 
(strata) that were deposited over time. The basic law of 
stratigraphy, the law of superposition, states that lower 
layers are older than upper layers, unless the sequence 
has been overturned. Stratified deposits may include 
soils, sediments, and rocks, as well as man-made features 
such as pits and postholes. The adoption of stratigraphic 
principles by archaeologists greatly improved excava- 
tion and archaeological dating methods. 


By digging from the top downward, the archaeol- 
ogist can trace the buildings and objects on a site back 
through time using techniques of typology (i.e., the 
study of how types change in time). Object types, 
particularly types of pottery, can be compared with 
those found at other sites in order to reconstruct pat- 
terns of trade and communication between ancient 
cultures. When combined with stratification analysis, 
an analysis of the stylistic changes in objects found at a 
site can provide a basis for recognizing sequences in 
stratigraphic layers. 


Archaeological stratigraphy, which focuses on 
layers created by man, was derived largely from the 
observations of stratigraphic geologists and geomor- 
phologists. A geomorphologist studies stratigraphy in 
order to determine the natural processes, such as 
floods, that altered and formed local terrain. By com- 
paring natural strata and man-made strata, archaeol- 
ogists are often able to determine a depositional 
history, or stratigraphic sequence—a chronological 
order of various layers, interfaces, and stratigraphic 
disturbances. Stratigraphic data may be translated 
into abstract diagrams, with each deposit’s diagram 
positioned relative to the deposits above and below it. 
By this method, archaeologists can illustrate the strati- 
graphic sequence of a given site with a single diagram. 
Such a diagram, showing the different layers with the 
oldest at the bottom and the youngest at the top, may 
cover 3,000 years. The diagram also records finds such 
as pits, post holes, and burials that may have belonged 
to a single period. The archaeologist may also docu- 
ment the site with notes about the relationships of 
stratigraphic units and soil composition. 


History of stratigraphy 


The basic principles of stratigraphy were developed 
primarily by geologists in the nineteenth century. Many 
of the fundamental ideas drew on the observations of Jens 
Jacob Asmussen Worsaae (1821-1885) in Denmark, and 
Thomas Jefferson in Virginia. 
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Among the first archaeologists to understand the 
stratigraphy of tells (artificial mounds) were William 
Matthew Flinders Petrie at Tell-el-Hesi in 1890, 
Heinrich Schliemann at Troy between 1871 and 
1890, and R. Pumpelly and Hubert Schmidt at Anau 
in 1904. Another major force behind the acceptance 
of archaeological stratigraphy was General Pitt- 
Rivers (1827-1900), who considered that material cul- 
ture could be explained in terms of a typological 
sequence—objects that had evolved over time. In his 
excavations, he practiced the total excavation of sites, 
emphasizing the principles of stratigraphy. Giuseppe 
Fiorelli, who assumed responsibility for the excava- 
tion of Pompeii in 1860, also pioneered the use of 
stratigraphic methods in archaeology. 


Some early advocates of the principles of stratigra- 
phy found opposition from many of the same tradition- 
alists who opposed the theory of evolution. The French 
scientist Georges Cuvier (1769-1832), for example, was 
convinced that the history of Earth had been character- 
ized by a series of catastrophic events, the last being the 
biblical flood of Genesis. Charles Lyell (1797-1875), a 
contemporary of Couvier, argued that geologic change 
throughout Earth’s history had taken place gradually. 
Although many of Lyell’s ideas were not new, they had 
tremendous influence because he presented them more 
clearly than had any of his predecessors. As the biblical 
accounts of the Flood became less convincing to many 
scientists in light of new scientific discoveries, the histor- 
ical record of stratified rocks began to replace the story 
of Genesis as a basis or understanding the past. 


How stratigraphy is used 


In the case of societies that have left no written 
histories, the excavation and recording of strata, fea- 
tures and artifacts often provides the only method of 
learning about those societies. Even when recorded 
histories exist, stratigraphic investigations can provide 
an excellent complement to what is already known. 


According to the law of superposition, in a given 
series of layers, as originally created, the upper layers 
are younger and the lower layers older because each 
layer presumably has been added to a pre-existing 
deposit. Based on this law, archaeologists have been 
able to assign dates, in relative sequence, to stratified 
layers. The law of superposition is not infallible. Sites 
often contain strata that have been disturbed by nat- 
ural processes, such as floods, and human activities, 
such as digging. In these instances, several original 
layers may be intermixed, and the artifacts contained 
within may be out of chronological sequence. Animal 
burrows can also disrupt original layering. 
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Stream capacity and competence 


KEY TERMS 


Stratum—A geological or man-made deposit, usu- 
ally a layer of rock, soil, ash, or sediment. Plural: 
strata. 


Tell—Artificial hill or mound. 


In stratigraphic excavations, deposits from a site 
are removed in reverse order to determine when they 
were made. Each deposit is assigned a number, and this 
number is appended to all objects, including artifacts, 
bones, and soil samples containing organic matter, 
found in the layer. Each layer provides a unique snap- 
shot of a past culture, the environment in which it 
existed, and its relative period in time. Stratigraphic 
dating does not require the existence of artifacts, but 
their presence may facilitate dating the site in absolute 
time. Without such clues, it can be very difficult to date 
the layers; a deep layer of sand, for example, might 
have been deposited very quickly in the course of a 
sand storm, while another layer of the same thickness 
could have taken hundreds of years or longer to form. 


Modern archeologists also use geophysical tech- 
niques to help establish the stratigraphy of site. 
Methods such as ground penetrating radar, electrical 
resistivity, and electromagnetic surveys can help to 
establish the stratigraphic framework of a site before 
excavation begins. 


Problems with stratigraphy 


It is not always the case that the oldest layer lays at 
the bottom of an excavated site. In one excavation, 
an archaeologist found the surface of a site littered 
with old coins dating to the seventeenth century. 
Subsequent investigations, however, revealed that a 
bulldozer had earlier overturned the soil at the site to 
a depth of several feet as part of a preparation for 
building homes on the site. 


The problems of relying entirely on stratigraphic 
analyses to evaluate the antiquity of a find were made 
even clearer in an incident known as the great Piltdown 
hoax. Between 1909 and 1915, an amateur British pale- 
ontologist made claims of having discovered the fossils 
of a prehistoric human being in a gravel pit in Piltdown, 
Sussex (England). But in 1953, tests revealed that the 
Piltdown man actually had the jaw of a nineteenth- 
century ape, and the skull of a modern human. The 
planting of faked remains at a site of known strati- 
graphic antiquity had in this case succeeded in deceiving 
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even the head geologist at the British Museum, who had 
been among many who authenticated the find. 


See also Archaeology; Archaeological sites. 
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Randall Frost 


Strawberry see Rose family (Rosaceae) 


t Stream capacity and 


competence 


Streams channel water downhill under the influ- 
ence of gravity, and stream capacity is a measure of the 
total sediment (material other than water) a stream 
can carry. Stream competence reflects the ability of a 
stream to transport a particular size of particle (e.g., 
boulder, pebble, etc). With regard to calculation of 
stream capacity and competence, streams broadly 
include all channelized movement of water, including 
large movements of water in rivers. 


Under normal circumstances, the major factor 
affecting stream capacity and stream competence is 
channel slope. Channel slope (also termed stream gra- 
dient) is measured as the difference in stream elevation 
divided by the linear distance between the two measur- 
ing points. The velocity of the flow of water is directly 
affected by channel slope: the greater the slope the 
greater the flow velocity. In turn, an increased velocity 
of water flow increases stream competence. The near 
level delta at the lower end of the Mississippi River is a 
result of low stream velocities and competence. In con- 
trast, the Colorado River that courses down through the 
Grand Canyon (where the river drops approximately 10 
ft per mile [3 m/1.6 km]) has a high stream velocity that 
results in a high stream capacity and competence. 


Channelization of water is another critical compo- 
nent affecting stream capacity and stream competence. 
Ifa stream narrows, the velocity increases. An overflow 
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or broadening of a stream channel results in decreased 
stream velocities, capacity, and competence. 


The amount of material (other than water) trans- 
ported by a stream is known as the stream load. 
Stream load is directly proportional to stream velocity 
and stream gradient, and relates the amount of mate- 
rial transported past a point during a specified time 
interval. The greater the velocity, the greater the sum 
of the mass that can be transported by a stream 
(stream load). Components of stream load contribu- 
ting to stream mass include the suspended load, dis- 
solved load, and bed load. Broad, slow moving 
streams are highly depositional (low stream capacity) 
while high velocity streams are capable of moving 
large rocks (high stream competence). 


Alluvial fans form as streams channeling moun- 
tain runoff reach flatter (low, slope, low gradient) land 
at the base of the mountain. The stream loses capacity 
and a significant portion of the load can then settle out 
to the alluvial fan. 


The ultimate site of deposition of particular types 
and sizes of particles is a function of stream capacity 
and stream competence (along with settling velocity of 
particles). These factors combine to allow the forma- 
tion of articulated sedimentary deposits of gypsum, 
limestone, clay, shale, siltstone, sandstone, and larger 
rock conglomerates. No matter how low the stream 
capacity, the solution load usually retains ions in sol- 
ution until the water evaporates or the temperature of 
the water cools to allow precipitation. 


In confined channels, stream competence can vary 
with seasonal runoff. A stream with low volume may 
only be able to transport ions, clays, and silt in its 
solution and suspension loads and transport sand as 
part of its saltation load. As stream flow increases the 
stream competence and during seasonal flooding, 
streams may gain the competence to move pebbles, 
cobbles, and boulders. 


See also Hydrologic cycle; Hydrology; Landform; 
Sediment and sedimentation; Sedimentary environ- 
ment; Stream valleys, channels, and floodplains. 


t Stream valleys, channels, and 


floodplains 


Stream valleys, channels, and floodplains form 
systems that evolve through time in response to 
changes in sediment supply, precipitation, land use, 
and rates of tectonic uplift affecting a drainage basin. 
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Stream channels convey flow during normal peri- 
ods, whereas floodplains accommodate flow above the 
bankfull stage (floods) that occurs with frequencies 
inversely proportional to their magnitude. Bankfull 
stage is defined as the discharge at which the water 
level is at the top of the channel. Any further increase 
in discharge will cause the water to spill out of the 
channel and inundate the adjacent floodplain. Flood 
frequency studies of streams throughout the world 
show a remarkably consistent 1.0 to 2.5 year recur- 
rence interval for bankfull discharge in most streams, 
averaging about 1.5 years, meaning that small floods 
are relatively common events. 


Stream channels are classified according to four 
basic variables: their slope or gradient (change in ele- 
vation per unit of distance along the stream channel), 
their width to depth ratio, their entrenchment ratio 
(floodplain width to bankfull width), and the predom- 
inant channel bed material (bedrock, gravel, cobble, 
sand, or clay). In general, the width of stream channels 
increases downstream more than the depth, so that 
large rivers such as the Mississippi may be a kilometer 
or more wide but only tens of meters deep. Channels 
with large bed loads of coarse-grained materials, steep 
gradients, and banks composed of easily eroded sedi- 
ments tend to be shallow and braided, meaning that 
flow occurs through many anastomosing channels 
separated by bars or islands. Streams with low gra- 
dients, small bed loads, and stable banks tend to 
meander in space and time, following a pattern that 
resembles an exaggerated sine wave. Another charac- 
teristic of streams with beds coarser than sand is the 
occurrence of riffle-pool sequences, in which the chan- 
nel is segregated into alternating deep pools and shal- 
low riffles. In steep mountain streams, the riffles can 
be replaced by steep steps over boulders or bedrock 
outcrops to form a step-pool sequence. 


Stream channels can change in form over time as a 
function of climate, precipitation, sediment supply, 
tectonic activity, and land use changes. Increased pre- 
cipitation or human activities, for example, heavy 
grazing or clear-cut logging, can lead to increased 
erosion or mass wasting that subsequently increases 
the amount of sediment delivered to streams. As a 
consequence, the channel and stream gradient change 
to accommodate the increased sediment load, which 
may in turn have adverse effects on aquatic habitat. 
For example, an influx of fine-grained sediment can 
clog the gravel beds in which salmon and trout spawn. 
The effect of urbanization is generally to increase 
storm runoff and the erosive power of streams because 
impervious areas (principally pavement and rooftops) 
decrease the amount of water that can infiltrate into 
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Strepsiptera 


A canyon (goosenecks) formed by the San Juan River in Utah. (© Tom Bean/Corbis.) 


the soil while at the same time decreasing the amount 
of sediment that is available for erosion before runoff 
enters stream channels. Tectonic uplift can increase 
the rate of stream valley incision. Thus, stream chan- 
nels represent the continually changing response of the 
stream system to changing conditions through geo- 
logic and human time spans. 


Because streams are the products of continual 
change, many stream valleys contain one or more 
generations of stream terraces that represent alternat- 
ing stages of sediment deposition (valley filling) and 
erosion (stream incision). Each flat terrace surface, or 
tread, is a former floodplain. Stream terraces can often 
be recognized by a stair-step pattern of relatively flat 
surfaces of increasing elevation flanking the channel; 
in many cases, however, stream terraces are subtle 
features that can be distinguished and interpreted 
only with difficulty. 


Floodplains form an important part of a stream 
system and provide a mechanism to dissipate the effects 
of floods. When a stream exceeds bankfull discharge, 
floodwater will begin to spill out onto the adjacent flat 
areas where its depth and velocity decrease signifi- 
cantly, causing sediment to fall out of suspension. 
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The construction of flood control structures such as 
artificial levies has allowed development on many 
floodplains that would otherwise be subjected to regu- 
lar inundation. Artificial levies, however, also increase 
the severity of less frequent large floods that would 
have been buffered by functioning floodplains, and 
can thereby provide a false sense of security. Current 
trends in flood hazard mitigation are therefore shifting 
away from the construction of containment structures 
and towards the use of more enlightened land use 
practices such as the use of floodplains for parks or 
green belts rather than residential development. 


See also Hydrologic cycle; Hydrology; Landform; 
Sediment and sedimentation; Sedimentary environ- 
ment; Stream capacity and competence. 


t Strepsiptera 


Also known as twisted-winged parasites, strepsip- 
terans are small insects which are internal parasites of 
other insects. Measuring between 0.02-0.16 in (0.5 and 


GALE ENCYCLOPEDIA OF SCIENCE 4 


4 mm) long, the males and females lead totally differ- 
ent lives. Males are free, winged insects—resembling 
some forms of beetles—and females are wingless, 
shapeless insects living as parasites. Strepsipterans 
live all over the world, except Antarctica. 


Belonging to the largest class of animals in the 
world—the class Insecta—the superclass Hexapoda 
contains over 750,000 species. There are two subclasses 
within Hexapoda: (1) Apterygota (insects without 
wings) which contains two orders, and (2) Pterygota 
(insects with wings, accounting for 99.9% of all insect 
species) which contains twenty-eight orders. Further 
classification of strepsipterans is continuously being 
revised. Sometimes, they are considered to be a suborder 
of the order Coleoptera, an order containing beetles; 
however, often they are given their own order—the 
order Strepsiptera. Currently, there are seven families 
within the order Strepsiptera, containing about 300 spe- 
cies of insects, 60 of which live in North America. 


As mentioned before, the appearance and behav- 
ior of the male and female strepsipterans differ mark- 
edly. The female resembles a grub, having no wings, 
legs, eyes, or mouth. Also, her nervous system is very 
diminished. She generally attaches herself to another 
insect as a host. For instance, the female of the 
Stylopidae species attaches herself to the stomach of 
a wasp or bee. She burrows almost her entire body into 
her host, sticking out slightly. While she does not 
usually kill her host, her presence sterilizes it, causing 
it to have both male and female sexual organs, and 
alters its appearance otherwise. 


The male strepsipteran is independent of any host, 
having antennae, wings, and large eyes. He darts about 
during his ten hour lifetime, continuously looking for a 
female to mate. She lures him with a special odor, since 
she is almost invisible within her host. He injects his 
sperm through a small hole located between her thorax 
and abdomen. The male dies soon after mating; when 
he dies, his forewings dry out and twist up like a cork- 
screw, giving these insects their common name. 


After a few days, the female hatches about 1,500 
tiny larvae that are born with eyes, mouths, and three 
pair of legs ending in suckers. Leaving their mother 
through an opening in her back, they continue to exist 
on the host bee (or other insect) until it lands on a 
flower. At this point, the offspring climb onto the 
flower and await another bee. Being consumed by a 
new bee, the young strepsipterans ride back to the 
hive. The bee regurgitates them when it stocks its 
nest with nectar, and the young strepsipterans are 
free to bore into the bee larvae and molt to their 
legless, inactive forms. Thus, the cycle begins again. 
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| Stress 


Stress is mental, emotional, or physical tension 
brought about by internal or external pressures such 
as anxiety or overwork. Thus, it is a negative way that a 
person frequently responds to environmental demands 
or pressures. Researchers have found significant bio- 
chemical changes that take place in the body during 
stress. Exaggerated, prolonged, or genetic tendencies to 
stress cause destructive changes which lower the body’s 
immune system response and can lead to a variety of 
diseases and disorders. These include elevated blood 
pressure, depression, cardiovascular disease, stroke, 
and cancer. When stress was first studied in the 1950s, 
the term was used to explain both the causes and the 
effects of these pressures. More recently, however, 
the word stressor has been used to mean the trigger 
(the reason) that provokes a stress response. 


People experience stress from many different 
sources. It can come from having to take a test or 
dealing with a difficult person; from traumatic experi- 
ences such as the death of a loved one, or a serious 
illness. Stress can be acute—as in the face of immediate 
danger when the fight-or-flight response is triggered; 
or chronic—such as when a person is involved in a 
long-term stressful situation. 


Stress often occurs in the workplace. As of 2005, 
according to the U.S. Centers for Disease Control and 
Prevention (CDC) and the National Institute for 
Occupational Safety and Health (NIOSH), over $300 
billion was spent annually in the United States on stress- 
related problems. That amount equates to around 
$7,500 per employee. Such claims often involve stress- 
related compensation claims, absenteeism, health insur- 
ance expenses, reduced productivity, employee turn- 
over, and other such adverse conditions. 


People who experience severe traumas, as do sol- 
diers during combat, may develop a condition called 
post-traumatic stress disorder (PTSD). During World 
War I (1914-1918) this was called shell shock; during 
World War II (1939-1945) it was called battle fatigue. 
Since 1980, the American Psychiatric Association has 
listed PTSD as a diagnostic category. Sufferers of 
PTSD experience depression, feelings of guilt for having 
survived, nightmares, and flashbacks to the traumatic 
events. They may be excessively sensitive to noise, 
become violent, and have difficulty holding a job. 


General adaptation syndrome 
Austrian-Hungarian-born Canadian endocrinol- 


ogist Hans Hugo Bruno Selye (1907-1982) developed 
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Stress 


a three-stage model of the body’s response to stress. 
He called his theory the general adaptation syndrome 
(GAS). The first phase is an alarm reaction, the second 
stage is one of resistance or adaptation, and the final 
stage is one of exhaustion. 


In the alarm stage, the body responds to a stres- 
sor, which could be physical or psychological. Perhaps 
a person is crossing the street and a car suddenly 
speeds toward the person. The person’s heart begins 
to beat fast and the release of adrenaline makes one 
move quickly from the path of the oncoming car. Or, 
another response might include butterflies in the stom- 
ach, a rise in the bloodpressure, heavy breathing, dila- 
tion of eyes, dry mouth, and the hair on the arms 
might even stand on end. To help meet the sudden 
danger, blood flows away from the organs not needed 
to confront the danger, to organs and tissues which 
are; for example, the heart races, the eyes dilate, the 
muscles tense up, and the person will not be able to 
concentrate on any kind of problem solving outside 
the danger confronting the individual. 


During the resistance stage of a stress reaction, the 
body remains on alert for danger. When this part of 
the GAS is prolonged, the immune system may 
become compromised and the person may become 
susceptible to illness. Even within days of becoming 
stressed and maintaining a stress alertness, changes 
take place that weaken the body’s ability to fight off 
disease. 


The final stage of Selye’s GAS is the exhaustion 
stage. As the body readjusts during this period, hor- 
mones are released to help bring the body back to 
normal, to the state of balance called homeostasis. 
Until balance is reached, the body continues to release 
hormones, ultimately suppressing the immune system. 


Stress and illness 


Continuously, studies are being aimed at trying to 
determine the relationship of illness and state of mind. 
During the 1980s, physicians at the University of 
California Medical Center in Los Angeles determined 
that emotional stress affected the immune system and 
that, conversely, the reduction of stress boosted the 
immune system. 


Significant breakthroughs in the late 1990s found 
stress causes an immediate and significant increase in 
the release of the hormone corticotrophin (ACTH) by 
the anterior pituitary gland, causing many stress- 
related behaviors in the nervous system, including the 
fight-or-flight response. This is followed soon there- 
after by drastically increased secretion of the hormone 
cortisol, which is intended to relieve the damaging 
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effects of stress. However, the prolonged secretion of 
cortisol has the potential to cause or worsen biological 
and psychological diseases and disorders. 


Clinical studies reported in medical journals 
between 1997 and 2005 have found exaggerated 
response to mental stress can produce the same degree 
of atherosclerosis risk as does smoking and high cho- 
lesterol, thereby drastically increasing the risk of heart 
disease and stroke. Other studies during this same time 
period showed that the stress of being diagnosed with 
cancer also reduces the activity and therefore effective- 
ness of natural killer (NK) cells—cells whose role it is 
to seek and kill malignant (cancer) cells. It also 
decreases their ability to respond to recombinant 
interferon gamma, a form of cancer therapy aimed to 
help them do their job. 


Other diseases associated with stress are the onset 
of adult diabetes (type 2 non-insulin-dependent), ulcers, 
respiratory infections, and depression. The stress can be 
psychological or it can come from stressful situations 
such as accidents or illness. 


Recognition of stress 


Identifying physical and psychological responses to 
stress and understanding the cause of the stress itself are 
important factors in reducing its negative effects. 
Denying the existence of stress, on the other hand, is a 
contributing factor to intensifying those effects. Some 
physical signs are a dry mouth and throat; tight muscles 
in the neck, shoulders, and back; chronic neck and back 
problems; headaches; indigestion; tremors; muscle tics; 
insomnia; and fatigue. Emotional signs of stress include 
difficulty in concentrating, feeling tense, negative think- 
ing, brooding, worrying, depression, anxiety, or feelings 
of worthless. 


Irritability, restlessness, impulsive behavior, diffi- 
culty in making a decision, poor judgment, difficulty 
relating to—and mistrusting—people, as well as 
tobacco, alcohol, and drug use, may all be indications 
of stress. 


Treatments for stress reduction 


A form of psychotherapy called medical psycho- 
therapy is one of the methods used to deal with stress. 
It is based on the principle that when people talk about 
troubles they can lessen the stress they feel. It is impor- 
tant for the therapist to understand the nature of the 
illness around which the stress is involved. In this kind 
of supportive therapy, the goal is to help patients deal 
with the feelings stimulated by traumatic events, illness, 
or conflicts that produce stress. Medications may also 
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be used, such as anti-anxiety or antidepressant drugs, 
which are best administered by a psychiatrist knowl- 
edgeable about stress-induced disorders. The American 
Academy of Family Physicians reports that in any 
given year about two-thirds of their patients come for 
treatment of a stress-related condition. 


Selye believed that the stress of life contributed a 
great deal to aging. A method of treatment for stress 
developed after his theories became popular was called 
progressive relaxation. Relaxation techniques such as 
yoga and creative visualization are often used success- 
fully to reduce stress and boost the immune system. 
Often, life-style changes are necessary also, such as a 
healthier diet, smoking cessation, aerobic exercise, and 
group discussions. 


Stress-related emotional illness may be influenced 
by stress resulting from major life changes, such as 
marriage, graduation, becoming a parent, getting 
fired, or retirement. In the workplace, stress-related 
illness often takes the form of burnout (a loss of inter- 
est in or ability to perform a job because of stress). 
Job burnout caused by stress is estimated by the CDC 
and the NIOSH to occur in between 25% and 40% of 
U.S. workers. 


A certain degree of stress is a normal part of every 
day life; it is when stress becomes constant that it can 
lead to physical and mental problems. Stress-related 
disease is caused by excessive and prolonged demands 
on a person’s coping resources. One type of reaction to 
stress is depression. Health experts at the Centers for 
Disease Control and Prevention (CDC) and the 
National Institute for Occupational Safety and Health 
(NIOSH) predict that depression will be the leading 
occupational disease of the twenty-first century. 


Advances in biochemical research hold a promis- 
ing future for the treatment of stress and its related 


diseases. A 1995 study published in the Journal of 


Neuroscience in 1997 indicated that researchers have 
identified a peptide in the brain and the body— 
prepro-TRH178-199—which significantly reduces hor- 
monal and behavioral manifestations of stress by as 
much as 50%. This peptide acts by reducing levels of 
ACTH and prolactin—another pituitary hormone 
stimulated by stress—which subsequently lowers cor- 
tisol levels. By reducing levels of these hormones, 
anxiety-related behaviors and fear were significantly 
decreased. Because the overproduction of cortisol is 
also found in serious depression, and anxiety disorders 
such as anorexia nervosa, the prepro-TRH peptide 
may also become a valuable new approach in treating 
these disorders. Ongoing medical research, into 2006, 
was geared to such advances in biochemical research 
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KEY TERMS 


Atherosclerosis—Abnormal narrowing of the 
arteries of the body that generally originates from 
the buildup of fatty plaque on the artery wall. 


Corticotropin (ACTH)—A hormone released by 
the anterior pituitary gland in the brain in response 
to stress or strong emotions. 


Cortisol—A hormone involved with reducing the 
damaging nature of stress. 


general adaptation syndrome (GAS)—The three- 
phase model of stress reaction. 


Homeostasis—The state of being in balance. 


Peptide—A combination of two or more amino 
acids. 


Post-traumatic stress disorder (PTSD)—A response 
to traumatic events such as those experienced in 
combat. 


Prostaglandin—A fatty acid in the stomach that 
protects it from ulcerating. 


and the general understanding of the mechanisms 
within the body that underlies stress. 


In summary, a person’s ability to remain healthy in 
stressful situations is sometimes referred to as stress har- 
diness. Stress-hardy people have a cluster of personality 
traits that strengthen their ability to cope. These traits 
include believing in the importance of what they are 
doing; believing that they have some power to influence 
their situation; and viewing life’s changes as positive 
opportunities rather than as threats. It is not possible or 
desirable to completely prevent stress, which is an inevi- 
table part of life. In addition, specific strategies for pre- 
venting stress vary widely from person to person, 
depending on the nature and number of the stressors in 
a person’s life, and the amount of control he or she has 
over these factors. In general, a combination of attitude 
and behavior changes works well for most patients. The 
best way to prevent stress is for parents to teach healthy 
attitudes and behaviors within their family. 
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I Stress, ecological 


Environmental stress refers to physical, chemical, 
and biological constraints on the productivity of spe- 
cies and on the development of ecosystems. When the 
exposure to environmental stressors increases or 
decreases in intensity, ecological responses result. 
Stressors can be natural environmental factors, or 
they may result from the activities of humans. Some 
environmental stressors exert a relatively local influ- 
ence, while others are regional or global in their scope. 
Stressors are challenges to the integrity of ecosystems 
and to the quality of the environment. 


Species and ecosystems have some capacity to 
tolerate changes in the intensity of environmental 
stressors. This is known as resistance, but there are 
limits to this attribute, which represent thresholds of 
tolerance. When these thresholds are exceeded by fur- 
ther increases in the intensity of environmental stress, 
substantial ecological changes are caused. 


Environmental stressors can be grouped into the 
following categories: 


(1) Physical stress refers to brief but intense expo- 
sures to kinetic energy. This is a type of ecological 
disturbance because of its acute, episodic nature. 
Examples include volcanic eruptions, windstorms, 
and explosions. 


(2) Wildfire is also a disturbance, during which 
much of the biomass of an ecosystem is combusted, 
and the dominant species may be killed. 


(3) Pollution occurs when chemicals are present in 
concentrations large enough to affect organisms and 
thereby cause ecological changes. Toxic pollution can 
be caused by gases such as sulfur dioxide and ozone, 
by elements such as arsenic, lead, and mercury, and by 
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pesticides such as DDT. Inputs of nutrients such as 
phosphate and nitrate can influence productivity and 
other ecological processes, causing a type of pollution 
known as eutrophication. 


(4) Thermal stress occurs when releases of heat 
influence ecosystems, as happens in the vicinity of 
natural hot-water vents on the ocean floor, and near 
industrial discharges of heated water. 


(5) Radiation stress is associated with excessive 
loads of ionizing energy. This can occur on mountain 
tops where there are intense exposures to ultraviolet 
radiation, and in places where there are exposures to 
radioactive materials. 


(6) Climatic stress is associated with excessive or 
insufficient regimes of temperature, moisture, solar 
radiation, and combinations of these. Tundra and 
deserts are examples of climatically stressed ecosys- 
tems, while tropical rainforests occur under a rela- 
tively benign climatic regime. 


(7) Biological stresses are associated with the 
diverse interactions that occur among organisms of 
the same or different species. Biological stresses can 
result from competition, herbivory, predation, para- 
sitism, and disease. The harvesting and management 
of species and ecosystems by humans is a type of bio- 
logical stress. The introduction of invasive, non-native 
species may be regarded as a type of biological 
pollution. 


Various types of ecological responses occur when 
the intensity of environmental stress causes significant 
changes. For example, disruption of an ecosystem by 
an intense disturbance causes mortality of organisms 
and other ecological damage, followed by recovery 
through succession. 


More permanent ecological adjustments occur 
in response to longer-term increases in the intensity 
of environmental stress, associated perhaps with 
chronic pollution or climate change. The resulting 
effects can include reductions in the abundance of 
vulnerable species, their elimination from sites stressed 
over the longer term, and replacement by species 
that are more tolerant of the changed environmental 
conditions. Other commonly observed responses to 
longer-term increases in stress include a simplifi- 
cation of species richness and decreased rates of pro- 
ductivity, decomposition, and nutrient cycling. In 
total, these changes represent a longer-term change 
in the character of the ecosystem, or an ecological 
conversion. 


See also Ecological integrity. 
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l String theory 


String theory (also termed superstring theory) is a 
mathematical attempt to describe all fundamental 
forces and particles as manifestations of a single, 
underlying entity, the string. The basic premise under- 
lying string theory is that the fundamental constitu- 
ents are strings with a size in the range of the Planck 
length, about 10°°° meters, which vibrate in different 
ways depending on the specific constituent (electron, 
proton, photon, neutrino, etc.) being considered. 


String theory’s predictions are consistent with all 
known experimental data, and it is felt by some phys- 
icists to be a candidate for the long-sought theory of 
everything (TOE; i.e., a single theory describing all 
fundamental physical phenomena); however, string 
theory has proved difficult to subject to definitive 
experimental tests, and therefore actually remains a 
speculative hypothesis. 


Physics as defined before the twentieth century, 
classical physics, envisioned the fundamental particles 
of matter as tiny, solid spheres. Quantum physics, 
which originated during the first 40 years of the twen- 
tieth century, envisioned the fundamental particles 
simultaneously as particles and as waves; both mental 
pictures were necessary to make sense out of certain 
experimental results. 


String theory, the first forms of which were devel- 
oped in the late 1960s and early 1970s, proposes that 
the fundamental unit of everything is the string. It is 
pictured as a bit of taut wire or string on the order of 
10°? cm in length (a factor of 10°° smaller than a 
proton). These strings may be open, like a guitar 
string, or form loops like rubber bands; also, they 
may merge with other strings or divide into substrings. 


Beginning a few years after its initial formulation, 
string theory stagnated for a decade because of math- 
ematical difficulties, but exploded in the 1980s with the 
discovery that the theory actually possesses a highly 
desirable mathematical feature termed E(8) x E(8) 
symmetry. Physicists found that string theory had the 
ability to describe all the known elementary particles 
and their interactions. String theorists won several 
major theoretical victories in the 1990s, and intense 
efforts to extend string theory continue in the 2000s. 
String theory is not the product of a single mind, like 
the theory of relativity, but has been produced by 
scores of physicists refining each other’s ideas in stages. 


Like the waves or particles of traditional quantum 
mechanics, of which string theory is an extension or 
refinement, strings are not objects like those found in 
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the everyday world. A string-theory string is not made 
of any substance in the way that a guitar string, say, 
may be made of steel; nor is it stretched between 
anchor-points. If string theory is correct, a fundamen- 
tal string simply is. 


String theory proposes that the string is the fun- 
damental building block of all physical reality. It 
makes this proposition work, mathematically, by 
asserting that the universe works not merely in the 
four dimensions of traditional physics—three spatial 
dimensions plus time—but in 10 or 11 dimensions, 6 or 
7 of which are hidden from human senses because they 
curled up to subatomic size. Experimental proof of the 
existence of these extra dimensions has not yet been 
produced. Even the possibility of 26 dimensions is 
being considered in certain realms of string theory. 


Although the strings of string theory are not 
actual strings or wires, the string concept is neverthe- 
less a useful mental picture. Just as a taut string in the 
everyday world is capable of vibrating in many modes 
and thus of producing a number of distinct notes 
(harmonics), the vibrations of an elementary string 
manifest, the theory proposes, as different particles: 
photon, electron, quark, and so forth. 


The string concept also resolves the problem of 
the point particle in traditional quantum physics. This 
arises during the mathematical description of colli- 
sions between particles, during which particles are 
treated as mathematical points having zero diameter. 
Because the fields of force associated with particles, 
such as the electric field that produces repulsion or 
attraction of charges, go by 1/r, where r is the distance 
to the particle, the force associated with a zero-diameter 
particle goes to infinity during a collision as r — 0. The 
infinities in the point-particle theory have troubled 
quantum physicists’ efforts to describe particle inter- 
actions for decades, but in the mathematics of string 
theory they do not occur at all. 


In the Standard Model, quantum physicists’ sys- 
tematically list of all the fundamental particles and their 
properties. The graviton (the particle that mediates the 
gravitational force) is tacked on as an afterthought 
because it is hypothesized to exist, not because the 
equations of the Standard Model explicitly predict its 
existence. In string theory, however, a particle having 
all the properties required of the graviton is predicted as 
a natural consequence of the mathematical system. 


In fact, when the existence of this particle was calcu- 
lated by early string-theory workers, they did not recog- 
nize that it might be the graviton. This happened because 
it had not occurred to them that their new theory might 
be powerful enough to resolve the biggest problem of 
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modern fundamental physics: the split between general 
relativity (the large-scale theory of space, time, and grav- 
ity) and quantum mechanics (the small-scale theory of 
particles and of all forces except gravity). 


String theory—or, rather, the string theories, as a 
variety of different versions of string theory have been 
put forward—thus not only predict all the particles 
and forces catalogued by the Standard Model, but 
may offer a theory of quantum gravity, a long-sought 
goal of physics. 


Doubt lingers, however, as to whether string 
theory may be too flexible to fulfill its promise. If it 
cannot be cast into a form specific enough to be tested 
against actual data, then its mathematical beauty may 
be a valuable tool for exploring new ideas, but it will 
fail to constitute an all-embracing theory of the real 
world, a theory of everything. In the early years of the 
twenty-first century, excitement and skepticism about 
string theory both continue to run high in the world of 
professional physics. 


See also Cosmology; Relativity, general; Relativity, 
special. 
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| Stroke 


A stroke, also called a cerebral vascular accident or 
CVA, is a sudden, often crippling disturbance in blood 
circulation in the brain. Interruption in blood circulation 
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may be the result of a burst artery or of an artery that has 
become closed off because a blood clot has lodged in it. 
Blood circulation to the area of the brain served by that 
artery stops at the point of disturbance, and the brain 
tissue beyond that is damaged or dies. This is one reason 
why prompt treatment can have such a dramatic effect 
on final recovery from a stroke 


Statistics 


As of January 2006, some important stroke sta- 
tistics are: 


- About 700,000 people in the United States experi- 
ence a new (500,000 people) or recurrent (200,000 
people) stroke each year; 


- According to the American Heart Association 
(AHA), stroke is the third leading cause of death in 
the United States (behind heart disease and cancer) 
and the leading cause of long-term disability; 


- Stroke kills between 150,000 and 175,000 USS. citi- 
zens each year (according to the AHA), or almost 
one out of four stroke victims; 


- Currently, about three million Americans are perma- 
nently disabled from stroke; 


- In the United States, according to the AHA, stroke 
costs about $40 billion per year in direct costs and 
loss of productivity; 


- Two-thirds of strokes occur in people over age 65 
years of age; 


- Strokes affect men more often than women, although 
women are more likely to die from a stroke (in 2004, 
about 60% of women who suffered a stroke, died 
from it); 


- From 1994 to 2004, the death rate from stroke 
decreased by about 18%, and the actual number of 
stroke deaths decreased by about 0.7%; and 


- Strokes affect blacks more often than whites, and are 
more likely to be fatal among blacks. 


The death rate from stroke has been steadily 
declining since the early 1970s. A great part of this 
success has been the efforts of various agencies to 
make physicians and the general population aware of 
the danger of high blood pressure. The importance of 
regular blood pressure checks has begun to infiltrate 
the public’s knowledge. High blood pressure, or hyper- 
tension, is the most important risk factor for stroke. 


The brain and blood vessels 


The brain requires a constant and steady infusion 
of blood to carry out its functions. Blood delivers the 
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Ahemorrhagic stroke occurs 
when a blood vessel ruptures 
within the brain. 


Athombotic stroke occurs 
when a blood clot blocks 
a cerebral artery. 


A hemorrhagic stroke (left) compared to a thrombotic stroke (right). (Hans & Cassidy. Courtesy of Gale Group.) 


oxygen and nutrients needed by the brain cells, so the 
circulation to the brain is copious. The carotid arteries 
on each side of the throat and the vertebral arteries in 
the back of the neck carry blood to the brain. As the 
arteries enter the brain they begin to divide into 
smaller and smaller vessels until they reach the micro- 
scopic size of capillaries. The venous system to drain 
blood from the brain is equally large. 


A burst blood vessel, which may occur in a weak 
area in the artery, or a blood vessel that becomes 
plugged by a floating blood clot no longer supplies 
blood to the brain tissue beyond the point of the 
occurrence. The effect of the interruption in circula- 
tion to the brain depends upon the area of the brain 
that is involved. Interruption of a small blood vessel 
may result in a speech impediment or difficulty in 
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hearing or an unsteady gait. If a larger blood vessel is 
involved the result may be the total paralysis of one 
side of the body. Damage to the right hemisphere of 
the brain will result in injury to the left side of the 
body, and vice versa. The onset of the stroke may be so 
sudden and severe that the patient is literally struck 
down in his tracks. Some patients have early warnings 
that a stroke may be developing, however. 


These people have what is called transient ische- 
mic attacks, or TIAs. These usually result when a 
cerebral artery is closing because of the build-up of 
fatty deposits inside the vessel, a condition called athe- 
rosclerosis. Slight disturbances in circulation occur at 
intervals in such a case and the patient will experience 
momentary symptoms such as unexplained dizziness, 
blurring of vision, loss of hearing, or other event. It is 
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important in this case to consult a physician so that 
proper testing can be carried out to determine the 
cause of the TIAs and steps taken to prevent develop- 
ment of a full stroke. 


A stroke that results from a burst blood vessel is 
called a hemorrhagic stroke. In addition to the dam- 
age to brain tissue caused by lack of blood, damage 
may be brought about by the blood clot formed from 
the bleeding. The doctor may need to surgically 
remove the clot to relieve pressure on the brain. 


A stroke caused by a clot sealing a blood vessel is 
called a thrombotic stroke, a derivation of the techni- 
cal name for a clot, a thrombus. The clot can be 
formed elsewhere in the body and be carried in the 
circulating blood until it reaches a vessel too small for 
it to pass through. At that point it will lodge and dam 
up the flow of blood, inflicting damage on the tissue 
beyond the blockage. A thrombotic stroke, if attended 
quickly, sometimes can be minimized in terms of 
damage. 


People who are known to form blood clots in their 
circulatory system can be given medications to prevent 
it. In addition, current therapy includes medications 
that can be given to dissolve clots (a process called 
thrombolysis) and remove the barrier to blood flow. 
Some brain function may be preserved in this way that 
would otherwise be lost if the clot is allowed to remain 
in place. 


Not all vascular events bring on a stroke. 
Pathologists often find areas in the brain in which a 
small blood vessel has ruptured but the patient was not 
reported to have suffered a stroke. Blood vessels that 
form what is called collateral circulation often make 
up for the blood circulation lost by a plugged or 
ruptured vessel. Collateral circulation is carried by 
other vessels that help to supply blood to a given 
area of the brain. 


Strokes can be prevented by effective treatment of 
high blood pressure and by taking a small-sized 
aspirin tablet every day (under a doctor’s direction), 
for those who can tolerate such medication. The 
aspirin helps to prevent clot formation and a number 
of clinical trials have shown it to be effective in stroke 
reduction. 


Treatment 


Recovery from a stroke varies from one person to 
the next. Swift treatment followed by effective physical 
therapy may restore nearly full function of an affected 
area of the body. Some individuals have experienced 
severe enough damage that their recovery is minimal 
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and they may be confined to a wheelchair or bed for 
the remainder of their lives. 


Because stroke is a major cause of disability and 
death, much research effort is being put into this topic. 
Research is looking at a variety of materials to 
improve the odds of stroke patients. Some of these 
materials are: 


Substances able to protect the cells from certain 
events, called neuroprotective, that occur after stroke, 
which result in increasing damage to brain tissue. 


Medications (vasodilators) that work to increase 
the diameter of blood vessels, thereby allowing a 
greater flow of blood to areas served by those vessels, 
which hold the potential to increase blood flow and 
therefore oxygen delivery to areas of the brain threat- 
ened by or injured by stroke. 


Genetic engineering, which holds the future hope 
of allowing genes to be inserted in the brain, used to 
provoke brain cells into producing chemicals that 
could be either neuroprotective or perhaps reparative 
to areas damaged by stroke. 


Studies into animal hibernation that are used to 
increase understanding of how a hibernating animal 
can have decreased blood flow to the brain without 
brain damage. 


Specialized magnets used to ascertain whether 
application of a magnetic field to areas of the brain 
damaged by stroke could potentially help stroke vic- 
tims recapture functioning to those areas. 


Rehabilitation 


After the stroke has occurred and the brain has 
been damaged, treatment is aimed at rehabilitation. 
Rehabilitation refers to a comprehensive program 
designed to regain function as much as possible and 
compensate for permanent losses. Approximately 
10% of stroke survivors are without any significant 
disability and are able to function independently. 
Another 10% are so severely affected that they must 
remain institutionalized for severe disability. The 
remaining 80% can return home with appropriate 
therapy, training, support, and care services. 


Rehabilitation is coordinated by a team of medi- 
cal professionals and may include the services of a 
neurologist, a physician who specializes in rehabilita- 
tion medicine (physiatrist), a physical therapist, an 
occupational therapist, a speech-language patholo- 
gist, a nutritionist, a mental health professional, and 
a social worker. Rehabilitation services may be pro- 
vided in an acute care hospital, rehabilitation hospital, 
long-term care facility, outpatient clinic, or at home. 
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KEY TERMS 


Cerebral—Refers to the brain. Cerebral vascular is 
reference to the blood supply to the brain. 


Death rate—The number of deaths from a given 
cause per specified number of people. The death 
rate from a disease may be given as 30 per 10,000 
population. 


Pathologist—A physician who studies the disease 
process, learning by conducting autopsies on peo- 
ple who have died. 


The rehabilitation program is based on the 
patient’s individual deficits and strengths. Strokes 
on the left side of the brain primarily affect the right 
half of the body, and vice versa. In addition, in 
left-brain dominant people, who constitute a signifi- 
cant majority of the population, left-brain strokes 
usually lead to speech and language deficits, while 
right brain strokes may affect spatial perception. 
Patients with right brain strokes may also deny their 
illness, neglect the affected side of their body, and 
behave impulsively. 


Rehabilitation may be complicated by cognitive 
losses, including diminished ability to understand and 
follow directions. Poor results are more likely in patients 
with significant or prolonged cognitive changes, sensory 
losses, language deficits, or incontinence. 


Damage from stroke may be significantly reduced 
through emergency treatment. Knowing the symp- 
toms of stroke is as important as knowing those of a 
heart attack. Patients with stroke symptoms should 
seek emergency treatment without delay, which may 
mean dialing the emergency telephone number 911 
rather than their family physician. 


Reducing the risks 


The risk of stroke can be reduced through the 
following lifestyle changes: 


- Stop smoking, 

- Control blood pressure, 

- Get regular exercise, 

- Keep body weight down, 

- Avoid excessive alcohol consumption, and 


- Get regular checkups and follow the doctor’s advice 
regarding diet and medicines. 
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Treatment of atrial fibrillation may significantly 
reduce the risk of stroke. Preventive anticoagulant 
therapy may benefit those with untreated atrial fibril- 
lation. Warfarin (Coumadin®) has proven to be more 
effective than aspirin for those with higher risk. 


Screening for aneurysms may be an effective pre- 
ventive measure in those with a family history of 
aneurysms or autosomal polycystic kidney disease, 
which tends to be associated with aneurysms. 


See also Thrombosis. 
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| Stromatolite 


A stromatolite is a preserved structure in sedimen- 
tary rock that is a series of thin layers of sediment. 
These layers formed when a colony of algae trapped 
loose sediment particles. 


Stromatolites occur in rocks that range in age 
from very recent to more than 3.5 billion years old. 
Ancient stromatolites are the oldest evidence of life 
that is visible without a microscope. They are also the 
most common evidence of life found in rocks dating 
from about 3.5 billion years ago to 1.5 billion years 
ago. The algae that form them are of the blue-green 
variety. Also called cyanobacteria due to their primi- 
tive nature, blue-green algae carry on photosynthesis 
to produce their own food. Thin algal mats (colonies) 
grow today in almost any moist environment—rocky 
stream beds, boat piers, shower stalls, etc. 


Stromatolites are not true fossils. They contain no 
preserved body parts (bones, for example) or impres- 
sions (for example, footprints). Stromatolites consist 
of only layered sediment. They form when algal mats 
trap sediment on a sticky “carpet” of thin, thread-like 
filaments. Currents or waves move sediment over algal 
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Stromatolite 


Stromatolites at Hamelin Pool in western Australia. (Francois Gohier. National Audubon Society Collection/Photo Researchers, Inc.) 


mats located in shallow water. Fine sediment— 
especially particles less than 0.0025 in (1/16 mm)— 
sticks to the filaments. Sediment collects on the algal 
filaments like dirt sticking to a rug where you spilled a 
soft drink. Eventually the sediment limits the amount 
of light available to the algae for photosynthesis. In 
response, the algae send new filaments up through the 
accumulated sediment layer, creating a “clean carpet,” 
that is, a new algal mat. Another sediment layer then 
begins to accumulate. In this way, many thin layers of 
sediment form. Later, the algal filaments usually decay 
so that only the sediment layers remain. 


Most stromatolites occur in limestone, rather than 
in sandstone or shale. The sediments that form lime- 
stone are usually bound together (cemented) soon 
after the particles accumulate. Cementation occurs 
much later in most sandstone and shale. Thanks to 
this early cementation, stromatolites in limestone are 
more likely to avoid destruction by burrowing animals 
and other disruptive processes. Stromatolites also are 
less common in rocks younger than about 500 million 
years old. Plant-eating animals (herbivores) probably 
began to evolve about 850-900 million years ago. 
For the next few hundred million years, herbivores 
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became increasingly common, and their grazing activ- 
ities began to destroy more and more stromatolites. By 
500 million years ago, preservation of stromatolites 
became much less likely. 


Ancient stromatolites probably populated the sea 
bottom in much the same way as modern coral reefs, 
preferring shallow, well-lit areas. However, modern 
stromatolites are common only in very salty, shallow 
ocean waters or in highly mineralized lake water. 
These high salinity (salty) environments are hostile 
to many organisms, but stromatolites thrive there 
because of the absence of grazing herbivores. In this 
setting, algal mats build dome- and column-shaped 
stromatolites that reach as much as 3 ft (1 m) in 
height. 


Strong electrolyte see Electrolyte 
Strontium see Alkaline earth metals 
Strontium-90 see Radioactive pollution 
Structural formula see Formula, structural 


Strychnine see Nux vomica tree 
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! Sturgeons 


Sturgeons are large shark-like fish, with a hetero- 
cercal tail like that of a shark and a small ventral 
mouth behind an extended snout. The mouth has 
long barbells used for feeding on small animals on 
the bottom. Sturgeons feed on aquatic insects, snails, 
crayfish, small clams, and small fish. Sturgeons have a 
largely cartilaginous skeleton with bony plates, 
instead of scales in their skin, which cover the sides 
of the body, and which completely cover the head. 


Sturgeons are distributed throughout North 
America, Asia, and northern Europe. A few species 
are anadromous, living in the oceans but swimming up 
rivers to spawn, and other species live only in fresh- 
water. Of the anadromous sturgeons, one of the two 
species on the Pacific coast, Acipenser transmontanus, 
may weigh over 1,000 Ib (450 kg). The two anadro- 
mous species on the Atlantic coast have been recently 
greatly reduced in population. 


Sturgeons are found both in the rivers and the 
eastern coasts of North America. The most common 
species in North America is the lake sturgeon, 
Acipenser fulvescens. In Europe, sturgeons are found 
in the rivers and the coast line from Scandinavia to the 
Black Sea. From time to time trawlers fishing along 
the coasts of Britain and Ireland may catch sturgeons. 
Pollution and the presence of weirs have been instru- 
mental in reducing the populations to the point of 
extinction in rivers where they were once plentiful. 


Spawning occurs from May to July when the stur- 
geons enter the rivers of the United States and con- 
tinental Europe. A female sturgeon may lay up to 
three million eggs, each about 0.08 in (2 mm) in diam- 
eter, and covered with gelatin. Eggs remain on the 
bottom of the river, hatch within 3-7 days, and release 
larvae that measure about 0.4in (9 mm). At one month 
the young fish may measure 4-5.5 in (10-14 cm) 
long. The young may not start the seaward journey 
until they reach two or three years of age and are 3.3 ft 
(1 m) long. 


The flesh of the sturgeon is edible but is not prized; 
it is the sturgeon’s eggs used to make caviar that are in 
great demand. The swim bladders of sturgeons are 
used to make isinglass, a semi-transparent whitish 
gelatin used in jellies, glues, and as a clarifying agent. 


Since the population of sturgeons has been greatly 
diminished, commercial fishing of these fish is now 
limited. Some sturgeons may provide considerable 
excitement because of the battle they provide when 
hooked on light tackle. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A lake sturgeon (Acipenser fulvescens). (Tom McHugh. Photo 
Researchers, Inc.) 


The sturgeon family has the distinction of provid- 
ing the largest freshwater fish in North America. In the 
last century three fish were reported to exceed 1,500 Ib 
(680 kg). At present some specimens may weigh over 
1,000 Ib (450 kg), and one fish caught by gill net 
weighed 1,285 Ib (584 kg). Although the species 
extends from Alaska to the middle of California, the 
largest fish are found mainly in the Columbia and 
Fraser rivers in British Columbia, Washington, and 
Oregon. 


The white sturgeon is actually grayish brown with 
a white belly. When at 9 ft (2.7 m) long, it may be 
about 50 years of age. The 3,000,000 eggs laid by a 10- 
foot female may weigh almost 250 Ib (113 kg). Laws 
protecting large sturgeons, which tend to be females 
with eggs, are now in effect. 


The green sturgeon, A. medirostris, grows up to 7 ft 
(2.1 m) and weighs about 350 Ib (159 kg). It has a 
greenish color and its barbells are located nearer to 
the end of the snout, and has fewer bony plates along 
the back. 


The largest fish caught in fresh water along the 
Atlantic coast is the Atlantic sturgeon, A. oxyrhyn- 
chus. It has been verified that a 14-ft (4.3—m) fish 
weighing 611 Ib (278 kg) has been caught. As is the 
case with the Pacific sturgeon, the Atlantic sturgeon 
populations are being depleted because of pollution 
and dams, which prevent them from reaching their 
breeding grounds. 


Nathan Lavenda 


Style see Flower 


4195 


suoasinys 


Subatomic particles 


[ Subatomic particles 


Subatomic particles are particles that are smaller 
than an atom. Early in the twentieth century, elec- 
trons, protons, and neutrons were thought to be the 
only subatomic particles; these were also thought to be 
elementary (i.e., incapable of being broken down into 
yet smaller particles). However, the list of subatomic 
particles has now been expanded to include a large 
number of elementary particles and the particles they 
can be combined to make. 


There are two types of elementary particles. One 
type makes up matter. Examples of these particles 
include quarks (which make up protons and neutrons) 
and electrons. Baryons and mesons are combinations 
of quarks and are considered subatomic particles. The 
most famous baryons are protons and neutrons. 


The other elementary particles are mediators of 
the fundamental forces. These mediator particles ena- 
ble the matter particles to interact with each other. 
That is, when two electrons collide, they do not simply 
bounce off of each other like two billiard balls: they 
exchange a photon (one of the mediator particles). All 
forces, including gravity, are thought to be mediated 
by particle exchanges. 


Discovery of particles 
Electrons 


The first subatomic particle to be discovered was 
the electron. Other scientists had deduced the exis- 
tence of a negatively charged particle in what were 
called cathode rays (and which are now known to be 
beams of electrons). However, English physicist 
J. J. Thomson (1856-1940), in 1897, measured the 
velocity and charge-to-mass ratio of these particles. 
The charge-to-mass ratio was found to be relatively 
large, and independent of the gas used in his experi- 
ments, which indicated to him that he had found a true 
particle. Thomson gave it the name corpuscle, which 
was later changed to electron. 


The charges of all particles are traditionally meas- 
ured in terms of the size of the charge of the electron. 
The electron has a charge, e, of 1.6 x 10°'? Coulombs 
(a unit of electrical charge named for French physicist, 
Charles-Augustin de Coulomb [1736—1806]). 


Photons 


The first mediator particle to be discovered was the 
photon. In 1900, German physicist Max Planck (1858- 
1947) reported that light came in little packages of 
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energy, which he called quanta. In 1905, German- 
American physicist Albert Einstein (1879-1955) studied 
the photoelectric effect and proposed that radiation is 
quantized by its nature—that is, transfers energy in min- 
imal packets termed quanta. A photon (the name was 
coined by American chemist Gilbert Lewis [1875—1946] 
in 1926) is one of these quanta, the smallest possible piece 
of energy in a light wave. (The word wave is applied by 
physicists to describe some observable aspects of the 
behavior of light, while the particle terminology of the 
photon is applied to describe others. Both words convey 
mental pictures that are useful in some physical applica- 
tions, but neither picture is sufficient: a photon is not a 
particle in the sense of a perfectly round, hard, self- 
contained sphere, nor is light a wave in the sense of 
being a smooth undulation in some medium.) 


Protons 


The proton was one of the earliest particles known. 
(The word proton is Greek for the “first one.”) In 1906, 
the first clues to the nature of the proton were seen. 
Thomson reported detecting positively charged hydro- 
gen atoms. These were in fact, hydrogen nuclei (pro- 
tons), but atomic structure was not understood at the 
time. Thomson thought that protons and electrons 
were randomly scattered throughout the atom, the so- 
called plum-pudding model. In 1909-1911, English 
physicist Ernest Rutherford (1871-1937) and his col- 
leagues, German physicist Hans Wilhelm Geiger 
(1882-1947) and New Zealand physicist Ernest 
Marsden (1888-1970) did their famous scattering 
experiments involving alpha particles (two protons 
and two neutrons; a helium-atom nucleus) shot 
through gold foil. From their observations of the 
angles at which alpha particles were deflected, they 
deduced that atoms had relatively hard and small cen- 
ters, thus proving the existence of the atomic nucleus 
and disproving the plum-pudding model. 


In 1913, the Bohr model of the atom was intro- 
duced (named after Danish physicist Neils Bohr 
[1885-1962]). In this model, the hydrogen atom con- 
sists of an electron orbiting the nucleus (a single pro- 
ton), much as Earth orbits the sun. The Bohr model 
also requires that the angular momentum (mass times 
velocity times distance from the orbital center) of the 
electron be limited to certain values (that is, be quan- 
tized) in order that the electron not fall into the 
nucleus. Though known to have serious defects, the 
Bohr model still supplies the standard graphic repre- 
sentation of the atom: a solid nucleus around which 
electrons orbit like tiny planets. 


When the principles of quantum mechanics were 
developed, the Heisenberg uncertainty principle, 
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An electronic display of the decay of an upsilon, a particle made of a bottom quark and an antiquark, in the CLEO detector at the 
CESR collider at Cornell University. An electron and a positron have met and annihilated (center); their energy produces an 

excited upsilon, which lives too briefly to show. It decays into a lower energy state by emitting a photon which converts into a 
positron (curves away tightly to the left) and an electron (curves to the right). The lower-energy upsilon then decays to its ground 
state by emitting another photon (detected in the bottom right sector of the grid). The ground-state upsilon finally decays into a 
high energy electron-positron pair (seen as the two long paths that cut diagonally across the grid in opposite directions from the 
center). (Newman Laboratory of Nuclear Science, Cornell University, National Audubon Society Collection/Photo Researchers, Inc.) 


discovered by German physicist Werner Heisenberg 
(1901-1976) meant the Bohr atom had to be modified. 
The Heisenberg uncertainty principle states: it is 
impossible to accurately determine the position and 
the momentum (mass x velocity) of a subatomic par- 
ticle at the same time. Indeed, a subatomic particle 
cannot be thought of as possessing precise values of 
these quantities simultaneously, measured or not. This 
means that the electrons in an atom can still be 
thought of as orbiting, the nucleus, but their position 
is smeared throughout a wide region, or cloud, rather 
than confined to well-defined orbits. 


Neutrinos 


In 1930, scientists started to suspect the existence 
of another subatomic particle that came to be known 
as the neutrino. Neutrinos are considered matter par- 
ticles, but they do not make up normal matter by 
themselves. In fact, neutrinos are very common— 
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about 60 billion neutrinos from the sun pass through 
every square centimeter of Earth’s surface every 
second—but scientists do not observe them because 
they interact only rarely with other particles. 


In 1930, a problem with a process called nuclear 
beta decay had developed. Nuclear beta decay is when 
an unstable, or radioactive, nucleus decays into a lighter 
nucleus and an electron. Scientists observed that the 
energy before the beta decay was greater than the 
energy after the beta decay. This was puzzling because 
one of the most basic laws of physics, the law of con- 
servation of energy, states that the amount of energy 
in any process must remain the same. To keep the idea 
of energy conservation intact, Austrian physicist 
Wolfgang Pauli (1900-1958) proposed that a hitherto- 
unidentified particle carried off the missing energy. In 
1933, Italian physicist Enrico Fermi (1901-1954) 
named this hard-to-detect particle the neutrino, and 
used it to successfully explain the theory of beta decay. 
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Subatomic particles 


One type of neutrino, the electron neutrino, was 
finally detected in 1956. Later, a second type of neu- 
trino, the muon neutrino, was found, and a third type, 
called the tau neutrino, was discovered in the late 
1990s. For decades, physicists debated the question 
of whether the neutrino is a mass-less particle, like 
the photon, or has a finite mass. In 1998, physicists 
discovered that at least one of these types of neutrinos 
must have mass. Though it would have to be very tiny, 
it must at least be greater than 20-billionths of the 
mass of the electron—extremely small, but not zero. 


Positrons 


In 1931-1932, American experimental physicist 
Carl David Anderson (1905-1991) experimentally obser- 
ved the anti-electron, which he called the positron, 
after its positive charge. The positron is an antiparticle 
which had been predicted by English physicist Paul 
Dirac (1902-1984) between 1927 and 1930. Every par- 
ticle has a corresponding antiparticle that has the same 
properties except for an opposite electrical properties 
(charge and magnetic moment). Antiparticles make 
up what is called antimatter. Matter is much more 
common in our universe than antimatter, though it is 
unknown why this is so. 


Neutrons 


In 1932, English physicist James Chadwick (1891-— 
1974) discovered another matter particle, the neutron. 
The neutron is very similar to the proton except that 
it is electrically neutral (i.e., has no charge). Chadwick 
found the neutron by hitting a chemical called beryl- 
lium with alpha particles. When this occurred, highly 
penetrating radiation was emitted. This radiation 
turned out to be a stream of neutrons. After 
Chadwick’s experiment, Heisenberg proposed that 
the nucleus is made up of protons and neutrons, 
which was later found to be true. 


Pion, muons, and kaons 


The second mediator particle discovered (after the 
photon) was the pion. In 1935, Japanese physicist 
Hideki Yukawa (1907-1981) formulated the idea that 
protons and neutrons were held together by a nuclear 
force that was mediated by a particle called the pion. 
Yukawa described it in detail. In 1937, the first evidence 
for the pion was obtained by studying cosmic rays 
(high-energy particles from space). By 1947, it became 
clear that cosmic rays did contain Yukawa’s pions, but 
also contained another particle, a heavy electron-like 
particle, which was given the name muon. In 1947, yet 
another particle was detected from cosmic rays, the 
kaon. The kaon is like a heavy pion, and decays into 
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two lighter pions. The kaons are considered strange 
particles because they can be made quickly, but it 
takes a long time for them to decay. Usually the time 
to make a particle and the time for it to decay to be 
about the same, but this is not true for the kaon. 


Quarks 


In 1980, Maurice Jacob (1933-) and Peter Landshoff 
detected small, hard, objects inside the proton by firing 
high-energy electrons and protons at it. Most of the high- 
energy particles seemed to pass right through the proton. 
However, a few of these high-energy particles were 
reflected back, as if they had hit something. These and 
other experiments indicated that the proton contains 
three small, hard, solid objects. Thus, protons are not 
elementary, but the objects inside them may be. These 
objects are now called quarks. 


Quark model 


Quarks had been postulated much earlier, in 1964, 
by American physicist Murray Gell-Mann (1929-) and, 
independently, by American physicist George Zweig 
(1937-). The theory describing quarks was called the 
quark model. In 1964, it was thought that there should 
be three different quarks. These different quarks each 
have a unique property called flavor. These first three 
quarks had flavors that were whimsically named up, 
down, and strange. Up-flavored quarks have an elec- 
tric charge of (2/3)e, where e is the fundamental quan- 
tum of charge such as that of the negatively-charged 
electron. Down- and strange-flavored quarks have an 
electric charge of (-1/3)e. The quark model also says 
that quarks must remain bound inside their particles— 
in nature, quarks cannot exist by themselves. This idea 
is called quark confinement, and is based on the exper- 
imental observation that a free quark has never been 
seen. Since scientists cannot isolate quarks, it is very 
difficult to determine their masses. 


In 1964, physicist Oscar Wallace Greenberg (1932-) 
suggested each quark has a quality he termed color. 
The label color for this quark property does not refer to 
the usual definition of color, but is Just a way to keep 
track of quarks. Using this idea of color, the improved 
quark model says only overall-colorless particles can 
exist in nature. There are only three different kinds of 
color in the quark model, usually designated red, blue, 
and green. Color had to be introduced when a particle 
called the A++ (pronounced delta-plus-plus) baryon 
was discovered to avoid violating the Pauli exclusion 
principle. The Pauli exclusion principle says that each 
particle in a system of matter particles must have 
unique properties like electric charge, mass, and spin. 
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Elementary matter particles 


1st family 


2nd family 


3rd family 


particle charge particle 


charge mass 


particle charge 


leptons 


Table 1. Elementary Matter Particles. (Thomson Gale.) 


The A++ baryon is made of three up quarks. Without 
color, each of its three up quarks cannot have its own 
properties. Color has been proven experimentally, and 
a theory called the standard model of elementary par- 
ticles has updated the quark model. 


Subatomic particle classifications 
Elementary matter particles 


There are two kinds of elementary (indivisible) 
matter particles, the quarks and the leptons. The two 
lowest-mass leptons are the electron (e’) and its partner 
the neutrino, usually called the electron-neutrino (v,). 
For unknown reasons, this lepton pairing is repeated 
two more times, each time with increasing mass. These 
leptons are called the muon () and muon neutrino 
(v,) and the tau (t’) and tau neutrino (v,). There are 
said to be three families, or generations, of leptons. 


Like the leptons, the quarks have three families. 
The first family of quarks is the up and down quarks, 
the second contains the strange and charmed quarks, 
and the third the bottom and top quarks. Though all 
matter scientists see contain only up, down, and 
strange quarks, physicists have proven the existence 
of all six flavors of quarks, culminating with the dis- 
covery of the top quark in 1995. 


Another property of elementary particles is 
termed spin. Spin is akin to the rotation of a particle 
on its axis, as the Earth spins on its axis to give Earth 
day and night. (In actuality, elementary particles do 
not rotate like spheres; it is only that the particle 
property termed spin obeys rules that mathematically 
are similar to those used to describe the rotation of 
macroscopic bodies.) The spin of elementary particles is 
measured in special units called h-bar (h-bar is Planck’s 
constant divided by 2m), and equals 1.1 x 10°* Joule- 
seconds. Using the property called spin, all matter 
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particles are fermions, which have spin one-half 
h-bar or three-halves h-bar. All quarks and leptons 
have spins of one-half h-bar. The matter particles and 
some of their properties are summarized in Table 1. 
Masses are given in units of MeV/c’, where c is the 
speed of light (the distance light travels in vacuum in 
one year, or about three-hundred-million meters per 
second). The quark masses are approximate. 


Elementary mediator particles 


Bosons are particles defined to have spin of zero 
h-bar, one h-bar, or two h-bar. The elementary medi- 
ator particles are bosons with spins of one h-bar. The 
force scientists are most familiar with is the electro- 
magnetic force. The electromagnetic force is responsi- 
ble for keeping electrons and nuclei together to form 
atoms. The electromagnetic force is mediated by pho- 
tons, which are mass-less. The mediators of the strong 
force are called gluons, because they glue quarks 
together to form mesons and baryons. Like the 
quarks, the gluons carry the color property, and as a 
result there are eight different types of gluons. 


The weak force is more uncommon. It is respon- 
sible for radioactive decays like nuclear beta decay. 
The mediators of the weak force are the electrically 
charged W-bosons (W+), and the electrically neutral 
Z-bosons (Z°), both discovered in 1983. Some proper- 
ties of the mediator particles are given in Table 2. 
Masses are given in MeV/c?. 


Baryons 


One of the main rules of the standard quark model is 
that combinations of three quarks are called baryons. 
Protons and neutrons are the most important baryons. 
Protons are made of two up quarks and one down 
quark. Neutrons are made of two down quarks and 
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Subatomic particles 


Elementary mediator particles 


Particle Charge Force 
Oe Electromagnetic 
Oe Strong 
+e Weak 


Oe Weak 


Table 2. Elementary Mediator Particles. (Thomson Gale.) 


Baryons 


baryon quark content spin charge 
uud 1/2 ane, 
udd 1/2 Oe 
uds 1/2 Oe 
uus 1/2 1G 
uds 1/2 Oe 
dds 1/2 -le 
uss 1/2 Oe 
dss 1/2 18 
udc 1/2 in: 
uuu 3/2 ze 
uud 3/2 te 
udd 3/2 Oe 
ddd 3/2 Ale 
uus 3/2 18 
uds 3/2 Oe 
dds 3/2 =10 
uss 3/2 Oe 
dss 3/2 = 
SSs 3/2 Sie 


Table 3. Baryons. (Thomson Gale.) 


one up quark. Since the quark model requires that nat- 
urally occurring particles be colorless, a baryon must be 
made of a red, a blue, and a green quark. These combine 
to make a white, or colorless particle. Spin is also impor- 
tant in classifying baryons. Baryons are fermions and so 
have spins of one-half h-bar or three-halves h-bar. Table 3 
summarizes several kinds of baryons, with masses in 
MeV/c? (millions of electron-volts divided by the speed 
of light squared) and spin in terms of h-bar. 


Mesons 
The second main idea of the standard quark 


model is that combinations of one quark and one 
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antiquark form mesons. Pions (z) and kaons (K) are 
examples of mesons. Thus, Yukawa’s nuclear force 
mediator particle, the pion, is really a matter particle 
made of a quark and an antiquark. There are several 
kinds of pions. For example, the positively charged 
pion, m*, is made of an up quark and a down anti- 
quark. Similarly, there are several kinds of kaons. One 
kind of kaon, K*, is made of an up quark and a 
strange antiquark. The colorless rule requires that 
mesons must be made of quarks with opposite color, 
red and anti-red for example. All mesons are bosons 
and so have spins of zero h-bar or one h-bar. 


Current and future research 


Subatomic particles are important in all elec- 
tronic, optical, and nuclear technologies. Cathode- 
ray tubes, for example, use beams of electrons to create 
the pictures. A television antenna first picks up the tele- 
vision signal—a series of radio-frequency photons— 
which is then processed electronically and used to con- 
trol an electron gun. An electron gun shoots a beam of 
electrons, which is steered by magnets and hits the 
coated inner surface of the picture tube. When elec- 
trons hit this surface, it lights up, creating the picture 
as the electron beam is steered rapidly across it. A 
common type of smoke detector that uses subatomic 
particles is an ionization smoke detector; in an ioniza- 
tion smoke detector, alpha particles ionize (strip elec- 
trons from) air molecules. These ionized air molecules 
cause electric current to flow in the detector. If there is 
a fire, other particles enter the detector and interfere 
with the flow of the electric current, and this makes the 
alarm go off. Proton beams are used to treat cancer; 
all technologies involving optics or radio manipu- 
late photons; all electronic devices manipulate elec- 
trons; nuclear weapons and nuclear power depend on 
controlling neutrons so as to produce either an explo- 
sive or a controlled nuclear chain reaction, respec- 
tively; positron-emitting isotopes are used to image 
metabolic activity in the human brain in real time; 
and so on. 


In recent years, particle physics has been particu- 
larly exciting, with several important experimental 
developments. Besides the discovery of the W and Z 
bosons and the top quark, scientists working in Japan 
in 1998 found evidence that at least some of the three 
types of neutrinos have a small but nonzero mass. 
Their experiment did not allow them to determine 
the exact value for the mass, but subsequent work 
has shown that the mass of the neutrino is too small 
to account for the dark matter that astronomers have 
shown must account for a significant fraction of the 
mass of the universe. 
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KEY TERMS 


Coulomb—The standard unit of electric charge, 
defined as the amount of charge flowing past a 
point in a wire in one second, when the current in 
the wire is one ampere. 


Fundamental force—A basic force, which has its 
own elementary mediator particle(s). There are four 
fundamental forces: the strong force, the electro- 
magnetic force, the weak force, and gravity. 


Mega electron volt (MeV)—A unit of energy. One 
MeV is one million Electron Volts. An Electron Volt 
is the amount of energy an electron gains as it 
passes through one Volt of potential difference. 


Quarks—Believed to be the most fundamental 
units of protons and neutrons. 


As of 2002, it was shown that neutrinos’ masses 
are so small that neutrinos could account for at most a 
fifth of the dark matter in the universe. Other research 
showed that only sterile neutrinos (those formed 
immediately after the big bang) could possibly make 
up dark matter. Previously, it seemed that the 
unknown mass of the neutrino might explain the 
dark matter mystery. In 2006, however, suspicion cen- 
tered on dark energy rather than on dark matter as an 
explanation of the universe’s non-visible mass. 


See also Spin of subatomic particles. 
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Subduction zones see Plate tectonics 


| Sublimation 


Sublimation is the term that describes the change 
of state of a material from a frozen form to a gas or 
visa versa. In sublimation, there is no intermediate 
liquid phase. 


A well-known example of sublimation occurs with 
dry ice, the frozen form of carbon dioxide. When 
exposed to air, dry ice changes directly to vapor, 
which is visible as a cloud immediately above the 
frozen CO>. In the case of dry ice, the frozen CO; is 
energetically more stable as a gas at room temperature 
than as the frozen solid. 


The gaseous tail that develops behind a comet as it 
approaches the sun is another example of sublimation. 
Frost and snowflakes are products of a reverse path of 
sublimation, where water changes directly from the 
gaseous state to the solid state. 


Sublimation has practical applications in forensic 
science. Forensic analysis of a crime or accident scene 
often relies on the examination of photographic 
evidence after the scene has been cleaned. A dye- 
sublimation printer enables digital pictures to be ren- 
dered in print form in a very realistic and detailed 
fashion, which helps investigators in their analysis. 


The basis of a dye-sublimation printer is the vapor- 
ization of various colored dyes housed in the printer. 
The vaporized dyes penetrate the glossy surface of the 
photographic paper before returning to their solid 
form. The vapor-to-solid dye sublimation creates a 
gentle gradation at the edge of each pixel of color, 
rather than a sudden border between the dye and the 
paper (as is the case with inkjet type printers). The 
results is a more realistic image that yields more detail. 


Dye sublimation is also used to create digital water- 
marks on documents. This enables a forensic examiner 
to differentiate an authentic document from a forgery. 
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Dry ice in water looks smokey, during a “Slimy Science and Smokey Ice” class demonstration for middle school students. 
(© Steve Klaver/Star Ledger/Corbis.) 


Sublimation can be important in the recovery of 
compounds that are suspended or dissolved in a fluid 
or a solid like dry ice. The compounds can be recov- 
ered, at least in crude form, by allowing the suspend- 
ing matrix to sublimate away. This method of recovery 
is usually gentle, which is advantageous in preserving 
the chemical structure or even activity of the target 
drug (i.e., cocaine) or enzyme. Many compounds will 
sublimate when heated. The effective temperature can 
be characteristic of the compound and can be meas- 
ured in a forensic laboratory inexpensively, using a 
common hot plate. 


See also Crime scene investigation; Forensic 
science. 


| Submarine 


A submarine (the word originally meant under the 
sea) is a boat that is built to be operated under water 
for extended periods of time. The first known treatise 
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on submarines (also called subs) was written in 1578. 
Published by English mathematician William Bourne 
(1535-1582) in his Jnventions or Devices, the document 
describes a ship with two hulls, the outer made of wood. 
While no record exists concerning its manufacture, the 
ship, according to Bourne, could be submerged or raised 
by taking in or expelling water from between the double 
hulls. Dutch inventor Cornelius Drebbel (1572-1633) 
built the first known submarine. It consisted of greased 
leather over a wooden framework. It was propelled either 
on or beneath the surface by eight oars sealed through the 
sides with leather flaps. During a demonstration for James 
I (1603-1625) in 1620, this vessel was successfully piloted 
just under the surface of the Thames River. It was unable, 
however, to make deep descents. 


During the American Revolution, American inven- 
tor David Bushnell (1742-1824) built a one-person sub- 
marine called the Turtle. It resembled an egg squashed 
thin with a height of 6 ft (2 m), and had two hand- 
cranked screw propellers, a hand-operated control 
lever connected to the rudder, foot-operated pumps to 
let water in or send it out (to submerge or surface), and a 
crudely lit control panel. As if it was not dangerous 
enough simply to get in the water sealed inside this 
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A Trident submarine under construction in Groton, Connecticut. (Tom Kelly. Phototake NYC.) 


device, the Turtle also had a large explosive device 
attached to it in the hopes the operator could maneuver 
under an enemy ship, screw the explosive into the ship’s 
hull, and depart before the explosive’s timing device 
discharged it. Unfortunately, the Turtle failed to sink 
any ship. On its only test mission, the Turtle was 
assigned the task of bombing the British HMS Eagle 
off the waters of New York City, but its pilot was unable 
to screw the explosive into the Eagle’s copper hull. 


Others, such as English carpenters Nathaniel 
Symons and J. Day, included ballast systems on their 
submarines to permit descents. Day’s submarine 
resembled a sloop, and had two large bags of stones 
hanging from its bottom to serve as ballast. Day would 
sink, then jettison the rocks to return to the surface. 
After two successful tests, Day confidently decided he 
would test his vessel off Plymouth Sound, a site with a 
depth of 900 ft (274 m). Apparently his ship was 
crushed by high water pressure, for when he and his 
crew descended, a crowd of onlookers waited in vain 
for his return. Day and his crew had become the first 
victims of a submarine mishap. 


Perhaps the most successful early submarine was 
designed by American engineer and inventor Robert 


Fulton (1765-1815). In an age of naval battles, Fulton, 
who detested war, felt that a device capable of neutral- 
izing the effectiveness of warships would end war alto- 
gether. While living in France in 1767, he outlined 
plans to build a sub called the Nautilus and unsuccess- 
fully attempted to interest the French government in 
his idea. By 1801, however, he had managed to com- 
plete a submarine on his own. A 21 ft (6 m) vessel with 
a two-bladed propeller, the Nautilus performed well in 
tests, even sinking a ship with an explosive charge. But 
he was once again rejected by the French government, 
so he moved to England, hoping for a better reception 
there. 


It soon became clear that the English did not want 
his submarine either. In fact, Fulton had failed not 
because his vessel did not work, but because major 
naval powers feared his vessel and did not want to 
participate in developing a weapon that could negate 
their military strength. Fulton went on to produce his 
famous steamboats in the United States. 


After the American Civil War (1861-1865), design- 
ers, spurred on by the invention of the self-propelled 
torpedo in 1866, increasingly sought alternatives to 
human-powered propulsion for submarines. Several 


Subsidence 


systems proved unsuitable—steam engines made the 
craft unbearably hot and an electric battery could not 
be recharged at sea. In the late 1890s, however, Irish- 
born American engineer John Philip Holland (1841- 
1914) solved the problem with the use of a new power 
source, the gasoline engine. Because it needed oxygen, 
the gasoline engine could not be used while a submarine 
was underwater, but on the surface it could not only 
provide propulsion but also charge the batteries used 
while submerged. Holland’s vessels incorporated many 
of the features engineers associate with modern subs: a 
powerful engine, advanced control and balancing sys- 
tems, and a circular-shaped hull to withstand pressure. 
The United States Navy accepted his submarine, the 
Holland, in 1900. 


Around this time, two other improvements were 
introduced. Simon Lake (1866-1945), who also built 
an early gasoline-powered submarine, created the first 
periscope specifically for submarines: it provided a 
magnified view and a wide angle of vision. In the 
1890s, German inventor Rudolf Diesel (1858-1913) 
invented an engine that was fired by compression 
rather than an electric spark. The diesel engine was 
more economical than the gasoline engine and its 
fumes were much less toxic and volatile. This new 
engine became the mainstay of all submarines until 
nuclear power was introduced as a means of propul- 
sion in the 1950s. 


Germany made good use of diesel propulsion dur- 
ing World War I (1914-1918). Unlike Britain’s small, 
coastal subs, Germany’s vessels, displacing up to 3,200 
tons, were capable of crossing the Atlantic Ocean. Their 
U-boat (short for unterseeboot) sent more than 11 
million tons of Allied shipping to the bottom and, in 
the process, created a new, terrifying type of warfare. 


In World War II (1939-1945) submarines played 
an even larger role in Germany’s repeated attacks on 
Allied shipping, eventually destroying 14 million tons 
of shipping. Meanwhile, American submarines 
crippled the Japanese by sinking nearly 1,400 mer- 
chant and naval ships. The greatest improvement 
came through the development of the snorkel, a set 
of two fixed air pipes that projected from the sub’s 
topside. One tube brought fresh air into the vessel, and 
the other vented engine exhaust fumes. Now a sub 
could stay hidden below the surface when running on 
its diesel engine and recharging its batteries. 


The greatest advance in submarine technology 
was the advent of nuclear power. With the encourage- 
ment of United States Navy Captain Hyman Rickover, 
American inventors Ross Gunn and Phillip Abelson 
designed the U.S.S. Nautilus, the first nuclear-powered 
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submarine. Launched in 1955, the Nautilus carried a 
reactor in which controlled nuclear fission provided 
the heat that converted water into steam for turbines. 
With this new power source, the submarine could 
remain under water indefinitely and cruise at top speed 
for any length of time required. 


For a submarine able to remain under water for 
longer distances at higher speeds, a needle-like shape 
proved inefficient. The Davis Taylor Model Basin in 
the United States developed a new teardrop design, 
first tested on its Albacore submarine. Vessels with 
this improved shape easily drove through the water 
at speeds of 35 to 40 knots (35 to 40 nautical miles per 
hour). The U.S. Navy later adopted the Albacore’s 
shape for its submarines. 


Submarines have also benefited from advances in 
navigation equipment. Inertial navigation systems, 
relying on gyroscopes, now fix their position with 
extreme accuracy. The U.S.S. Skate used this system 
to navigate under the polar ice cap at the North Pole in 
1959. 


In the 1990s and 2000s, submarines used for the 
defense of a country can launch numerous weapons 
such as mines, cruise missiles for land attacks, torpe- 
does, and submarine launched ballistic missiles 
(SLBMs) with nuclear warheads. Most submarines 
run with nuclear energy, but some still use diesel engines 
and electric batteries. As of the mid-2000s, the United 
States, Russia, the United Kingdom, China, and 
France are the countries with the largest and most 
advanced fleets of submarines. Together they operate 
about 150 submarines. Other countries possess smaller 
and less sophisticated submarines. 


See also Internal combustion engine. 


Submarine canyon see Continental margin 


tl Subsidence 


The term subsidence is used in both atmospheric 
and geological sciences. Atmospheric subsidence 
refers to the sinking of air that is denser (heavier) 
than the air below. As it subsides, increasing air pres- 
sure compresses the air parcel, causing it to warm. 
Geologic subsidence is a form of mass wasting that 
refers to the sinking of geologic materials (rocks or 
sediments) as underlying materials are removed or 
change their position. 
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Atmospheric subsidence 


Atmospheric subsidence occurs when the normal 
upward flow of air in the atmosphere, known as 
atmospheric convection, is disturbed. To understand 
what happens during convection, imagine a parcel of 
air located immediately above the ground during sun- 
rise. As solar energy warms the earth, heat is trans- 
ferred to that parcel of air. Warm air is less dense than 
cold air, so the heated parcel has a tendency to rise 
upward, or convect, into the atmosphere. As the parcel 
rises, it expands, causing cooling. Cooling causes 
water vapor (gas) in the air to change state to a liquid; 
water droplets form, producing clouds. An air parcel 
will continue to rise upward until its density is equal to 
the surrounding atmosphere, that is, until it is stable. 


Convection, which creates a large area of low pres- 
sure and converging winds at Earth’s surface, known as 
a cyclone, is not always present. Subsidence, or sinking 
of air, may happen instead, forming an area of high 
pressure, an anticyclone. Large scale subsidence occurs 
when air several thousands of feet overhead is denser 
than the surrounding air. This denser air is produced 
when winds aloft converge or air aloft is very cold, or 
warm, but unusually dry. The dense air sinks due to the 
pull of gravity, compressing the air, creating high pres- 
sure at the surface and diverging winds just above the 
surface. Warming of the air as it subsides increases 
evaporation, causing clear skies. That is why high pres- 
sure systems are usually associated with fair weather. 


The subsiding air may settle onto a cooler air layer, 
creating what is known as a temperature inversion, or 
subsidence inversion. In a temperature inversion, a 
warm air layer, several hundred or thousand feet 
above the surface, is trapped between cooler layers 
above and below. This inversion resists convection of 
surface air, since the surface air is stable, and causes air 
pollution to be trapped at the surface. Subsidence inver- 
sions commonly occur at high latitudes during the win- 
ter and over the eastern United States during the late 
summer months. During an inversion, an urban area’s 
air pollution may become a serious health hazard. 


Geologic subsidence 


Geological subsidence involves the settling or 
sinking of a body of rock or sediment. Subsidence is 
a type of mass wasting, or mass movement-transport 
of large volumes of earth material primarily by grav- 
ity. Subsidence may occur as the result of either natu- 
ral or human-caused events. 


Earthquakes are commonly associated with sub- 
sidence. When two blocks of Earth’s crust slide against 
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each other, causing an earthquake, ground movement 
may occur, raising or lowering the ground surface. 
During Alaska’s 1964 Good Friday earthquake, an 
area of at least 70,000 sq mi (180,000 sq km), much 
of it coastline, subsided 3 ft (1 m) or more—some areas 
now flood at high tide. 


Another way that earthquakes can cause subsi- 
dence is by rapidly decreasing the load-bearing 
capacity, or strength, of loose earth materials, or sedi- 
ments, due to liquefaction. Liquefaction occurs when 
vibrations from an earthquake, or other disturbance, 
cause water-saturated sediments to temporarily lose 
their grain-to-grain contact, which is what gives them 
their load-bearing capacity. For just an instant, the 
weight of the overlying materials is supported only by 
the water between the grains. An instant later, when 
the grains begin to settle, the weight of the overlying 
sediment (or buildings) causes the grains to be forced 
closer together and the land to subside. 


During the 1989 earthquake along the San 
Andreas Fault in California, some of the most serious 
damage occurred in San Francisco’s Marina District. 
Buildings were constructed on old bay deposits, 
unconsolidated water-saturated sediments, which 
when shaken by the earthquake temporarily lost 
their strength due to liquefaction. In the Marina dis- 
trict, sediment that had previously supported large 
buildings quickly turned into a mud-like material 
that could no longer support a building’s weight. 


Another example of natural subsidence can be 
found in regions where caves are common. Caves 
form when underground water dissolves limestone 
and carries it away. The resulting void spaces grow 
larger and larger over time until they become the 
features we call caves. 


If limestone dissolves for a long enough time, the 
hole (cave) that forms becomes too large to support 
the weight of its walls. In such a case, the ceiling of the 
cave will subside, either slowly or in a catastrophic 
collapse, forming a large depression at the surface, 
known as a sinkhole. If conditions are right, the sink- 
hole may eventually fill with water, forming a lake. 
A landscape containing many dry or water-filled sink- 
holes formed by limestone dissolution is called karst 
topography. 


Yet another cause of subsidence is volcanic erup- 
tion. Whether molten rock, or magma, is lost suddenly 
and dramatically, as in the Mt. St. Helens eruption of 
May 18, 1980, or the slow flow of lava (magma flowing 
on the surface), as happens in the Hawaiian Islands, 
land subsidence is likely to follow. The material 
ejected from the earth’s interior leaves an empty 
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space that must be filled in one way or another. In 
many cases, a large section of the overlying crust— 
along with the geologic and human features attached 
to it—collapses into Earth’s interior, forming what is 
called a caldera. 


Subsidence may also result from the accumulation 
of large volumes of sediment at Earth’s surface in what 
is known as a sediment basin. An obvious setting in 
which this occurs is at river deltas. Each day, the 
Mississippi River deposits up to 1.8 million metric 
tons of sediment at its mouth near New Orleans. The 
weight of this sediment contributes to a gradual sub- 
sidence of the land on which New Orleans resides. 
Basins between mountains also can subside due to 
the weight of accumulating sediments. 


Human causes of subsidence 


Many forms of human activities can result in sub- 
sidence. One of the most widespread of these problems 
involves the removal of groundwater for agricultural, 
municipal, and other purposes. In large parts of the 
United States, for example, farmers and ranchers 
depend heavily on water removed from underground 
aquifers to irrigate their crops and water their live- 
stock. Such activities have now been going on with 
increasing intensity for at least a century. 


This practice will not lead to subsidence as long as 
enough rainfall filters downward to replace, or 
recharge, the groundwater removed by humans. 
However, when the rate of removal exceeds the rate 
of recharge, significant decreases in the volume of the 
aquifer begin to occur. The pore spaces between the 
grains of the aquifer, previously occupied by water, 
are emptied. The grains then begin to compact more 
tightly, and they collapse. Eventually, the aquifer 
begins to subside. 


A dramatic example of subsidence as a result of 
groundwater removal has taken place in a region 
southeast of Phoenix, Arizona. There a section of 
land covering 120 sq mi (310 sq km) has sunk more 
than 7 ft (2 m). This phenomenon has occurred at 
many locations above the Ogallala Aquifer, which 
lies beneath the High Plains region, stretching from 
Kansas and Nebraska to Wyoming and from Texas 
and New Mexico to Colorado. 


The removal of fossil fuels is also a major human 
cause of subsidence. A traditional method of removing 
coal, for example, is known as room-and-pillar 
because vertical columns of the coal (the “pillar’”) are 
left in position while the coal around it is removed. 
When such mines are abandoned, however, the pillars 
of coal left behind are often not strong enough to hold 
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up the overlying ground. When the pillars break, the 
ceilings of the mined room collapse and the overlying 
ground does so also. With more than 90,000 aban- 
doned mines in the United States, this source of sub- 
sidence is likely to be a problem into the foreseeable 
future. 


The pumping of oil and natural gas from under- 
ground sources can have similar effects. Similar to 
removal of water from an aquifer, when these materi- 
als are removed from the reservoir, the reservoir’s 
grains compact and the reservoir occupies a smaller 
volume than it did before the oil or gas was removed. 
As a result, overlying ground subsides as the reservoir 
slowly collapses. 


One of the most famous of these instances 
occurred as far back as the late 1920s in Southern 
California. Oil removed from the Wilmington and 
Signal Hill oil fields caused unstable ground to subside 
by as much as 29 ft (9 m). Since this region lies along 
the coastline of the Pacific Ocean, drastic efforts were 
required to prevent ocean water from flowing into 
lands that were now lower in some places than sea 
level. By 1968, subsidence in the area had been 
stopped, but only after huge quantities of seawater 
had been injected into the empty oil wells in order to 
prop open the pores in the reservoir. This success in 
restoring stability to the area came at a high price, 
however, as docks, highways, sewer systems, and 
other municipal structures had, by that time, been 
completely rebuilt. 


Effects of subsidence 


Whether caused by natural or human activities, 
subsidence often has a number of serious consequen- 
ces for human societies. Probably the most dramatic, 
of course, is the disappearance of whole sections of 
land, as occurred in Alaska’s Good Friday earth- 
quake. Today, the sudden appearance of sinkholes in 
Florida is no longer unusual news. In many cases, 
these sinkholes appear because the removal of ground- 
water has left limestone caves that are unable to sup- 
port the land overlying them. 


Even relatively modest subsidence can also damage 
a variety of human structures. Buildings are weakened 
and collapse, railway lines and roads are twisted and 
broken, and underground sewer, power, and water lines 
are torn apart. Due to its ability to destroy property on a 
large scale, subsidence is a very expensive type of mass 
wasting that also poses some risk to human lives. 


See also Atmospheric circulation; Volcano. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Aquifer—A formation of soil or rock that holds 
water underground. 

Karst topography—A region in which numerous 
caves, sinkholes, and other formations resulting 
from the dissolving of underground limestone 
rock are apparent. 

Liquefaction (of rocks)—The process by which 
changes in pressure cause a rocky material that 
was originally strong and stable to change into a 
liquid-like material. 

Temperature inversion—A situation in which a 
layer of cool air is trapped beneath a layer of 
warmer, less dense air. 
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il Subsurface detection 


Making inferences about the nature and structure 
of buried rock bodies, without access to them, is called 
subsurface detection. Using geophysical techniques, 
geologists obtain data at the surface that characterize 
the feature buried below. They construct conceptual 
or mathematical models of the feature, trying to invent 
combinations of reasonable rock bodies that are con- 
sistent with all of the observations. Finally, using intu- 
ition, logic, and guesswork, they may select one or a 
few of the models as representing the most likely sub- 
surface conditions. 


Seismic techniques 


An earthquake generates seismic waves that can 
travel through the entire Earth. By generating waves 
and then carefully timing how long it takes them to 
travel different distances, geophysicists and geologists 
can make inferences about rock units at depth. 
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Seismic reflection 


Seismic waves traveling through Earth are 
reflected back towards the surface when they encoun- 
ter a change in rock type or layering within rocks. 
Waves generated by an explosion detonated or heavy 
weight dropped at the surface will reflect off of many 
layers at depth. Detectors known as geophones set up 
in an array can record the arrival of each of these 
reflected waves. Geophysicists can use the reflections 
of seismic waves to locate reflecting boundaries at 
depth. Reflecting boundaries occur where there is an 
abrupt contrast in some seismic wave transmission 
properties (usually velocities) of the material. Most 
often this is a result of the sedimentary layering. 
A seismic reflection profile, which shows reflection hori- 
zons, is usually interpreted as revealing the structure of 
the underlying layers. Oil bearing structures in many 
productive oil and gas fields were located using reflec- 
tion seismic surveys, so this technique has been very 
important to the petroleum industry. 


Seismic reflection profiling was initially used by 
oil companies. Because it is economical to recover oil 
only if it is relatively near the surface, such surveys did 
not seek out much information at great depths. 
Beginning in the last part of the twentieth century, 
however, scientists adapted the technique to probe 
deeper into Earth’s crust. One important discovery is 
a nearly horizontal fault underlying much of Georgia 
and the adjacent continental shelf. 


Explosives are still used to generate seismic waves 
in some areas, particularly at sea, but in many places 
they have been supplanted by special trucks that 
vibrate the ground beneath them with hydraulic 
jacks. The signals generated by these vibrations reflect 
just like any other seismic waves, but because the 
energy is put into the ground over a period of time, 
instead of instantly, there is less damage to structures 
in the area. In other cases, particularly if the depths to 
be surveyed are shallow, seismic waves can be gener- 
ated by dropping a heavy weight or firing a shotgun 
into the ground. 


Seismic refraction 


Refraction refers to the changes in seismic waves 
paths when they intersect layers or changes in rock 
type, and is different from reflection because refracted 
waves continue downward instead of returning to the 
surface. Analysis of refracted seismic waves can be 
used to determine the thickness of soil above bedrock 
in a particular location. (This might be an important 
consideration in siting a landfill, for example.) Seismic 
waves travel through rock at higher velocities than 
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they travel through soil. If the depths of interest are 
small, the source of the seismic waves does not need to 
be very energetic. A sledgehammer, a dropped weight, 
or a blasting cap might be used. A detector located 
near this source will pick up the waves traveling 
through the soil. By plotting how long it takes seismic 
waves to travel different distances, their velocity 
through the soil can be determined. As the detector is 
moved further from the source, however, a point will 
be reached where the waves traveling through the bed- 
rock start arriving first. Continuing to measure travel 
times for more distant stations permits the seismic 
velocity in the bedrock to be found. Knowing the 
physics of refraction, the two velocities, and the loca- 
tion where the bedrock path became faster yields the 
thickness of the soil layer. 


The same principles can be applied to problems 
where the depths of interest are much greater, but the 
source of the seismic waves must be more energetic. 
When Andrija Mohorovicic (1857-1936) observed a 
similar set of two lines for the arrival times of earth- 
quake generated seismic waves, he realized that Earth 
must have a layered structure. In this case the upper 
layer was the crust, and it was about 18.5 mi (30 km) 
thick. The transition zone between the core and mantle 
now bears his name, the Mohorovicic discontinuity or 
Moho. 


Potential field methods 


Some properties of a material can be sensed at a 
distance because they generate potential fields. Grav- 
itational fields are produced by any object with mass, 
and magnetic fields can be produced or distorted by 
objects with appropriate magnetic properties. Techni- 
ques to measure and interpret such fields are extremely 
useful in subsurface detection. 


Gravity 


Every object with mass produces a gravitational 
field. In theory it should be possible to detect objects 
that are denser than average or less dense than average 
lying beneath the surface. A large body of leadore, for 
example, should cause the gravitational field above it 
to be somewhat greater than normal. A deep trough of 
loose sediments or an open void (for example, a cave 
or underground mine) should result in a weaker grav- 
itational field. The problem is that the gravitational 
attraction of the entire planet is large, and it can be 
difficult to detect small differences caused by rock 
types or underground voids. 


Layers of salt, which are less dense than most 
other rocks and deforms very easily, can rise 
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buoyantly toward the surface in bubble-like structures 
called diapirs or salt domes. As they move up, they can 
warp the sedimentary rock units they move through, 
producing rich, but localized, accumulations of oil. 
Much of the oil found in the Gulf Coast states occurs 
in association with these salt domes, and the petro- 
leum industry had considerable incentive to develop 
techniques to detect them. As a result, the gravity 
meter, or gravimeter, was invented during the early 
part of the twentieth century. 


A gravimeter measures the extension of a spring as 
a result of the gravitational force acting on a mass at 
the end of the spring. The extension can be measured 
with great precision, generally one part per million or 
better. That precision is equivalent to measuring a mile 
to within a sixteenth of an inch. 


Sensitive gravimeters immediately proved their 
worth, successfully detecting scores of salt domes 
beneath the nearly flat Gulf Coast states. Extending 
this technique to regional surveys, involving larger 
areas extending over greater elevation ranges, required 
refinements in models for the gravitational field of the 
planet. This work has continued in conjunction with 
ever more refined gravity surveys. 


Magnetism 


Some rock types exhibit their own magnetic fields, 
much like the magnets on a refrigerator door. Others 
distort Earth’s magnetic field, similar to the way a 
paper clip temporarily becomes a magnet if it is in 
contact with a kitchen magnet. Sedimentary rocks 
rarely exhibit either magnetic behavior, and so they 
are effectively transparent to the magnetic signal. 


Using a magnetometer, geophysicists can measure 
the strength of the magnetic field anywhere on Earth. 
Often this is done with airborne surveys, which cover 
large areas in little time. The results are mapped and 
the maps are used in several different ways. 


The thickness of the sedimentary rocks covering 
igneous and metamorphic rocks (often called the 
depth to basement) can often be inferred qualitatively 
from the magnetic maps. Just as a newspaper picture 
looks like a gray block when seen from a distance, a 
photograph when seen from arm’s length, and a col- 
lection of printed dots when seen under a magnifying 
lens, so too the magnetic signal from the basement 
looks considerably different when seen from different 
distances. An absence of detail and subdued images 
suggest a thick blanket of sedimentary rocks that can 
be tens of thousands of feet thick. Broad patterns or 
textures, caused by the combination of many outcrops 
involved in the same tectonic deformation, suggest a 
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sedimentary cover of moderate thickness. Distinct 
outlines, produced by the basement rock’s outcrop 
patterns, allow geophysicists infer that there is little 
or no sedimentary cover. 


Magnetic maps are also used to map the continu- 
ation of units from places where they crop out into areas 
where they are buried. Much of the recent increase in 
knowledge of the geology of the Adirondack Mountains 
in New York stems from magnetic maps. 


A third technique uses the strength and form of 
the magnetic signals to put limits on the geometry of 
buried units. This is similar to the situation with grav- 
ity, where models are developed and tested for consis- 
tency with the data. Often magnetic data can be used 
to constrain gravity models, and vice versa. 


Electric techniques 


The response of Earth materials to electric fields of 
different types permits additional characterization of 
the subsurface. Natural and artificial signals at a variety 
of different frequencies can be observed to travel 
through different parts of Earth. Measurements are 
made of how the signals are modified in their paths, 
and then models are constructed that try to emulate this 
behavior. Often these techniques are most useful where 
the extension of a geological body with distinctive elec- 
trical properties is sought in the subsurface. Metallic 
ore deposits or ion-rich pollutant plumes are good 
examples. Measurements of electrical resistivity, the 
resistance of a material to passing a current of electric- 
ity, have been used for decades in the oil industry to 
help locate oil- or gas-bearing rock units. 


Nuclear survey methods 


Nuclear survey methods are of two basic types. 
The more common of the two involves measurement 
of natural radioactivity in rocks or soils. This method 
might be used, for example, to identify potential ura- 
nium ores for mining. In this case a hand-held geiger 
counter could be employed. Another use is to measure 
the natural gamma ray emissions from rock forma- 
tions in a drill hole when searching for oil. A gamma 
ray counter is lowered down the hole on a cable, and 
the natural gamma ray emissions of the rocks in the 
borehole wall are measured. Different rocks exhibit 
various levels of radioactivity, making remote identi- 
fication of rock type possible. Geophysical surveys of 
boreholes that are done in this manner are called wire- 
line surveys or wireline bogs. 


The second type of nuclear survey method is stimu- 
lated radioactivity. In this method, a radioactive source 
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KEY TERMS 


Reflection—When some of the energy of a seismic 
wave bounces off a boundary between two media, 
instead of traveling through it. 


Refraction—The bending of light that occurs when 
traveling from one medium to another, such as air 
to glass or air to water. 


Seismic wave—A disturbance produced by com- 
pression or distortion on or within Earth, which 
propagates through Earth materials; a seismic 
wave may be produced by natural (e.g. earth- 
quakes) or artificial (e.g. explosions) means. 


is used to bombard a rock and induce radioactive decay 
in the rock. The level of induced radioactive decay is 
measured and the rock type is interpreted from the 
measurements. Wireline surveys employing this method 
are often used when exploring for oil. 


Usefulness of subsurface detection 


Subsurface detection techniques are very often 
used together to improve our understanding of what 
exists below the surface. By adjusting the sensitivity of 
the instruments and the spacing of the measurements, 
the scale and the depth of interest may be varied. The 
same theory and principles used with magnetic techni- 
ques that delineate the rift running through the crust 
of North America, at a depth of 18 mi (30 km), can be 
used to locate buried pipes and cables at a depth of less 
than 10 ft (3 m). 


Often, subsurface detection is the only way to 
study the area of interest, because it lies too deep to 
be reached directly. Other times it is used because it is 
less expensive than digging or drilling, or because it 
disrupts the environment less. 


See also Seismograph. 
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Subtraction 


| Subtraction 


Subtraction, in arithmetic, is a mathematical 
operation for finding the difference of two numbers. 
Thus, 7 — 5 = 2, which means seven subtract five 
equals two. It is also commonly referred to as the 
operation that is the inverse of addition. Subtracting 
a number has the effect of nullifying the addition of 
that same number. For example, if one adds 11 to 41 
then subtracts 11, the result is 41 again. 


Symbolically, for any numbers a and b, (a+b) —b=a 
Or, one can subtract first, then add: (a — b) + b=a 


Thus, one can say that subtraction and addition are 
inverse operations. 


The definitions of subtraction 


The second of the two rules above can be taken as a 
definition of subtraction. That is, the difference of two 
numbers, a — b, is the number that must be added to the 
second number, b, to equal the first, a. Before the wide- 
spread use of electronic cash registers, grocery clerks and 
others, making change, would use this definition 
directly. If, for example, a customer bought groceries 
worth $3.70 and gave the clerk $5.00 to pay for them, 
the clerk would not subtract in order to compute the 
change. Instead, he (or she) would count it out. Starting 
with “three seventy,” he would give the customer a 
nickel, and say, “three seventy-five.” He would give the 
customer a quarter and say, “four.” Then he would give 
the customer a dollar and say, “five.” This method is still 
in use when no calculator is available. 


A second definition of subtraction is often given in 
algebra books after the introduction of negative num- 
bers. There, a — b is defined as a + (—b); Le., to 
subtract a number, add its opposite. This definition is 
mathematically efficient, but it hides many of the ways 
in which subtraction is used, as in the change-making 
example above. 


Terminology 


In a subtraction problem it is useful to have names 
for the various parts. In a — b, the entire expression is 
called a difference, and the answer to a — b is the 
difference, or occasionally the remainder. These two 
terms arise from two ways in which subtraction is used 
in practical problems. The first number, a, is called the 
minuend. This is the part that is diminished or made 
smaller when something is subtracted from it (that is, 
when that something is positive). The second number, 
b, is the subtrahend or the part subtracted. 
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Properties 


It matters very much which of the two parts of a 
difference are named first. Taking $500 from an 
account with $300 in it is very different from taking 
$300 from $500. For this reason, subtraction is not 
commutative: a — b does not equal b — a. 


Subtraction is not associative either: (a — b) — c does 
not equal a — (b —c). 


An example will demonstrate this: (20 — 10) — 3 1s 7, 
but 20 — (10 — 3) is 13. 


Often one encounters expressions such as 5x” — 2 — 
3x”, with no indication of which subtraction is to be 
done first. Since subtraction is non-associative, it mat- 
ters. To avoid this ambiguity one can agree that sub- 
tractions, unless otherwise indicated, are to be done 
left-to-right. This is a rather limiting agreement, there- 
fore, it may be more convenient to use some other 
order. Another agreement, which is the common agree- 
ment of algebra, is to treat the minus sign as a plus-the- 
opposite-of sign. Thus, one would interpret the exam- 
ple above as 5x* + (—2) + (—3x”). In this interpretation 
it becomes a sum, whose terms can be combined in any 
order one pleases. 


In certain sets, subtraction is not a closed opera- 
tion. The set of natural numbers, for instance, is not 
closed with respect to subtraction. If a merchant will 
not extend credit, one cannot buy an article whose 
price is greater than the amount of money one has. 


Uses of subtraction 


The most familiar meaning for subtraction is 
called “take away.” To find the answer if you take 
5 eggs from a dozen, you subtract: 12 — 5 =7. 


Subtraction is also used to compare two numbers. 
When one wants to know how much colder — 7.3° is 
than 13.8°, one computes the difference —7.3 — 13.8 to 
get —21.1°. 

A third use of subtraction is to figure out a missing 
addend. If one has a certain sum of money, say $45.20 
and wants to buy an article costing $85.50, subtraction 
is used to compute that needed amount: 85.50 — 45.20. 


J. Paul Moulton 


| Succession 


Succession is a fundamental process of ecological 
change (which is why it is sometimes called ecological 
succession), involving the progressive replacement of 
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earlier biotic communities with others over time. The 
concept of succession was first scientifically consid- 
ered in the nineteenth century. American plant ecolo- 
gist Frederic Edward Clements (1874-1945) and 
American botanist and ecologist Henry Chandler 
Cowles (1869-1939) are recognized as early developers 
of theories on succession. In fact, the research on 
Indiana Dunes of Lake Michigan (United States) 
were instrumental in the early studies of Cowles on 
succession. 


Succession usually begins with the disturbance of a 
pre-existing ecosystem, followed by recovery. In the 
absence of further stand-level disturbance, succession 
culminates in a stable climax community, the nature of 
which is determined by climate, soil, and the nature of 
the local biota. Primary succession occurs on bare 
substrates that have not been previously modified by 
biological processes. Secondary succession occurs on 
substrates that have been modified biologically, and it 
follows disturbances that have not been so intense as to 
eliminate the regenerative capacity of the vegetation. 


Disturbance, stress, and succession 


Disturbance is an episodic stress that causes sub- 
stantial changes in the structure and function of eco- 
systems. Depending on its severity and extent, 
disturbance can influence individual organisms or 
entire stands, disrupting relationships among individ- 
uals within the community, and affecting ecological 
processes such as productivity, nutrient cycling, and 
decomposition. 


Natural disturbances can be caused by intense 
events of physical disruption associated with, for 
example, a hurricane, tornado, oceanic tidal wave, 
earthquake, the blast of a volcanic eruption, or over 
geological time spans, the advance and retreat of gla- 
ciers. Natural disturbances are also associated with 
wildfire, and with biological events, such as an irrup- 
tion of defoliating insects that can kill a mature forest. 
Human activities are also important sources of eco- 
logical disturbances, as is the case of agricultural prac- 
tices such as plowing, the harvesting of trees from 
forests, construction activities, and explosions associ- 
ated with military activities. There are numerous other 
examples of disturbances caused by human activities. 


Note that all of these disturbances can operate at 
various spatial scales. In some cases, they can result in 
extensive disturbances over very large areas, for exam- 
ple, when a very severe wildfire consumes millions of 
hectares of forest. In other cases a disturbance may not 
cause a stand-level mortality, as when a lightning 
strike kills a single mature tree in a forest, creating a 
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gap in the overstory, and initiating a microsuccession 
that culminates in occupation of the gap by another 
mature tree. Scale is a very important aspect of 
succession. 


Once the intense physical, chemical, or biological 
stress associated with an event of disturbance is 
relaxed, succession begins, and this process may even- 
tually restore an ecosystem similar to that present 
prior to the disturbance. However, depending on envi- 
ronmental circumstances, a rather different ecosystem 
may develop through post-disturbance succession. 
For example, if climate change has resulted in condi- 
tions that are no longer suitable for the establishment 
and growth of the same species of trees that dominated 
a particular stand of old-growth forest prior to its 
disturbance by a wildfire, then succession will result 
in the development of a forest of a different character. 


Succession can also follow the alleviation of a 
condition of longer-term, chronic environmental 
stress. For example, if a local source of pollution by 
poisonous chemicals is cleaned up, succession will 
occur in response to the decreased exposure to toxic 
chemicals. This might occur, for example, if emissions 
of toxic sulfur dioxide and metals from a smelter are 
reduced or stopped. This abatement of longer-term 
environmental stress allows pollution-sensitive species 
to invade the vicinity of the source, so that succession 
could proceed. Similarly, removal of some or all of a 
population of cattle that are chronically overgrazing a 
pasture would allow the plant community to develop 
to a more advanced successional stage, characterized 
by greater biomass and possibly more biodiversity. 


Succession can also be viewed as a process of 
much longer-term ecological change occurring, for 
example, as a lakebasin gradually in-fills with sedi- 
ment and organic debris, eventually developing into 
a terrestrial habitat such as a forest. This particular 
succession, which occurs through the development 
and replacement of a long series of community types, 
can take thousands of years to achieve its progression 
through the aquatic to terrestrial stages. The series of 
ecological changes is still, however, properly viewed as 
a successional sequence (or sere). 


Primary succession 


Primary successions occur after disturbances that 
have been intense enough to obliterate any living 
organisms from the site, and even to have wiped out 
all traces of previous biological influences, such as soil 
development. Natural disturbances of this intensity 
are associated with glaciations, lava flows, and very 
severe wildfires, while human-caused examples might 
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Succession 


include the abandonment of a paved parking lot, or an 
above-ground explosion of a nuclear weapon. In all of 
these cases, organisms must successfully invade the 
disturbed site for succession to begin. 


A well-known study of primary succession after 
deglaciation has been conducted in Alaska. This 
research examined a time series of substrates and 
plant communities of known age (this is called a chro- 
nosequence) at various places along a fiord called 
Glacier Bay. In this study, historical positions of the 
glacial front could be dated by various means, includ- 
ing written records and old photographs. The primary 
succession begins as the first plants colonize newly 
deglaciated sites and, in combination with climatic 
influences, begin to modify the post-glacial substrate. 
These initial plants include mosses, lichens, herba- 
ceous dicotyledonous species such as the river-beauty 
(Epilobium latifolium), and a nitrogen-fixing cushion 
plant known as mountain avens (Dryas octopetala). 
These pioneers are progressively replaced as succes- 
sion continues, first by short statured species of willow 
(Salix spp.), then by taller shrubs such as alder (Alnus 
crispa, another nitrogen-fixing plant), which domi- 
nates the community for about 50 years. The alder is 
progressively replaced by sitka spruce (Picea sitchen- 
sis), which in turn is succeeded by a forest of western 
hemlock (Tsuga heterophylla) and mountain hemlock 
(T. mertensiana). The primary succession at Glacier 
Bay culminates in the hemlock forest—this is the cli- 
max stage, dominated by species that are most tolerant 
of stresses associated with competition, in a mature 
habitat in which access to resources is almost fully 
allocated among the dominant biota. 


The plant succession at Glacier Bay is accompa- 
nied by other ecological changes, such as soil develop- 
ment. The mineral substrate that is initially available 
for plant colonization after the meltback of glacial ice 
is a fine till, with a slightly alkaline pH of (on average) 
about 8%, and as much as 10%, carbonate minerals. 
As this primary substrate is progressively leached by 
percolating water and modified by developing vegeta- 
tion, its acidity increases, reaching pH 5 after about 70 
years under a spruce forest, and eventually stabilizing 
at about pH 4.7 under a mature hemlock forest. The 
acidification is accompanied by large reductions of 
calciumconcentration, from initial values as large as 
10%, to less than 1%, because of leaching and uptake 
by vegetation. Other important soil changes include 
large accumulations of organic matter and nitrogen, 
due to biological fixations of atmospheric carbon 
dioxide (CO3) and dinitrogen (N>). 


Other studies of primary succession have exam- 
ined chronosequences on sand dunes of known age. At 
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certain places on the Great Lakes, sandy beach ridges 
are being slowly uplifted from beneath the lake waters 
by a ponderous rebounding of the land. The process of 
uplifting is called isostasy, and it is still occurring in 
response to meltback of the enormously heavy glaciers 
that were present only 10,000 years ago. The initial 
plant colonists of newly exposed dunes that were 
studied on Lakes Michigan and Huron are short- 
lived species, such as sea rocket (Cakile edentula) and 
beach spurge (Euphorbia polygonifolia). These ephem- 
eral plants are quickly replaced by a perennial dune- 
grass community, dominated by several grasses 
(Ammophila breviligulata and Calamovilfa longifolia). 
With time, a tall-grass prairie develops, dominated by 
other species of tall grasses and by perennial, dicotyled- 
onous herbs. The prairie is invaded by shade-intolerant 
species of shrubs and trees, which form nuclei of 
forest. Eventually a climax forest develops, dominated 
by several species of oaks (Quercus spp.) and tulip-tree 
(Liriodendron tulipifera). This series of successional 
plant communities is accompanied by soil develop- 
ment, with broad characteristics similar to those 
observed at Glacier Bay (although, of course, the 
rates of change are different). 


Secondary succession 


Secondary succession occurs after disturbances 
that are not intense enough to kill all plants, so that 
regeneration can occur by re-sprouting and growth of 
surviving individuals, and by the germination of pre- 
existing seeds to establish new plants. This regenera- 
tion by surviving plants and seeds is supplemented by 
an aggressive invasion of plant seeds from elsewhere. 
Another characteristic of secondary succession is that 
the soil still retains much of its former character, 
including previous biological and climatic influences 
on its development. 


Secondary successions are much more common 
than primary successions, because disturbances are 
rarely intense enough to obliterate previous ecological 
influences. Most natural disturbances, such as wind- 
storms, wildfires, and insect defoliations, are followed 
by ecological recovery through secondary succession. 
The same is true of most disturbances associated with 
human activities, such as the abandonment of agricul- 
tural lands, and the harvesting of forests. 


Secondary succession can be illustrated by an 
example involving natural regeneration after the 
clear-cutting of a mature, mixed-species forest in 
northeastern North America. In this case, the original 
forest was dominated by a mixture of angiosperm and 
coniferous tree species, plus various plants that are 
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tolerant of the stressful, shaded conditions beneath a 
closed forest canopy. Some of the plants of the original 
community survive the disturbance of clear-cutting, 
and they immediately begin to regenerate. For exam- 
ple, each cut stump of red maple (Acer rubrum) rapidly 
issues hundreds of new sprouts, which grow rapidly, 
and eventually self-thin to only one to three mature 
stems after about 50 years. Other species regenerate 
from a long-lived seed bank, buried in the forest floor 
and stimulated to germinate by the environmental 
conditions occurring after disturbance of the forest. 
Pin cherry (Prunus pensylvanica) and red raspberry 
(Rubus strigosus) are especially effective at this type 
of regeneration, and these species are prominent dur- 
ing the first several decades of the secondary succes- 
sion. Some of the original species do not survive the 
clear-cutting in large numbers, and they must re- 
invade the developing habitat. This is often the case 
of coniferous trees, such as red spruce (Picea rubens). 
Another group of species is not even present in the 
community prior to its disturbance, but they quickly 
invade the site to take advantage of the temporary 
conditions of resource availability and little competi- 
tion immediately after disturbance. Examples of these 
so-called ruderal species are woody plants such as 
alders (in this case, Alnus rugosa) and white birch 
(Betula papyrifera), and a great richness of herbaceous 
perennial plants, especially species in the aster family 
(Asteraceae), such as goldenrod (Solidago canadensis) 
and aster (Aster umbellatus), along with various spe- 
cies of grasses, sedges, and other monocotyledonous 
plants. 


This secondary succession of plant communities is 
accompanied by a succession of animal communities. 
For example, the mature forest is dominated by vari- 
ous species of warblers, vireos, thrushes, woodpeckers, 
flycatchers, and others. After clear-cutting, this avian 
community is replaced by a community made up of 
other native species of birds, which specialize in utiliz- 
ing the young habitats that are available after disturb- 
ance. Eventually, as the regenerating forest matures, 
the bird species of mature forest re-invade the stand, 
and their community re-assembles after about 30 to 40 
years has passed. 


Mechanisms of succession 


As noted previously, succession generally begins 
after disturbance creates a situation of great resource 
availability that can be exploited by organisms, but 
under conditions of little competition. The classical 
explanation of the ecological mechanism of commun- 
ity change during succession is the so-called facilita- 
tion model. This theory suggests that the recently 
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disturbed situation is first exploited by certain pioneer 
species that are most capable of reaching and estab- 
lishing on the site. These initial species modify the site, 
making it more suitable for invasion by other species, 
for example, by carrying out the earliest stages of soil 
development. Once established, the later-successional 
species eliminate the pioneers through competition. 
This ecological dynamic proceeds through a progres- 
sion of stages in which earlier species are eliminated by 
later species, until the climax stage is reached, and 
there is no longer any net change in the community. 


Another proposed mechanism of succession is the 
tolerance model. This concept suggests that all species 
in the succession are capable of establishing on a newly 
disturbed site, although with varying successes in 
terms of the rapid attainment of a large population 
size and biomass. In contrast with predictions of the 
facilitation model, the early occupants of the site do 
not change environmental conditions in ways that 
favor the subsequent invasion of later-successional 
species. Rather, with increasing time, the various spe- 
cies sort themselves out through their differing toler- 
ances of the successionally increasing intensity of 
biological stresses associated with competition. In the 
tolerance model, competition-intolerant species are 
relatively successful early in succession when site con- 
ditions are characterized by a free availability of 
resources. However, these species are eliminated later 
on because they are not as competitive as later species, 
which eventually develop a climax community. 


A third suggested mechanism of succession is the 
inhibition model. As with the tolerance model, both 
early- and later-successional species can establish pop- 
ulations soon after disturbance. However, some early 
species make the site less suitable for the development 
of other species. For example, some plants are known 
to secrete toxic biochemicals into soil (these are called 
allelochemicals), which inhibit the establishment and 
growth of other species. Eventually, however, the 
inhibitory species die, and this creates opportunities 
that later-successional species can exploit. These grad- 
ual changes eventually culminate in development of 
the climax community. 


All three of these models, facilitation, tolerance, 
and inhibition, can be supported by selected evidence 
from the many ecological studies that have been made 
of succession (especially plant succession). Although 
these models differ significantly in their predictions 
about the organizing principles of successional 
dynamics, it appears that none of them are correct all 
of the time. Facilitation seems to be most appropriate 
in explaining changes in many primary successions, 
but less so for secondary successions, when early 
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Suckers 


KEY TERMS 


Canopy closure—A point in succession where the 
sky is obscured by tree foliage, when viewed 
upward from the ground surface. 


Chronosequence—A successional series of stands 
or soils of different age, originating from a similar 
type of disturbance. 


Competition—An interaction between organisms 
of the same or different species associated with 
their need for a shared resource that is present in a 
supply that is smaller than the potential, biological 
demand. 


Cyclic succession—A succession that occurs 
repeatedly on the landscape, as a result of a dis- 
turbance that occurs at regular intervals. 


Ruderal—Refers to plants that occur on recently 
disturbed sites, but only until the intensification of 
competition related stresses associated with suc- 
cession eliminates them from the community. 


Sere—A successional sequence of communities, 
occurring under a particular circumstance of types 
of disturbance, vegetation, and site conditions. 


Successional trajectory—The likely sequence of 
plant and animal communities that is predicted to 
occur on a site at various times after a particular 
type of disturbance. 


post-disturbance site conditions are suitable for the 
vigorous growth of most species. The relatively vigo- 
rous development of ecological communities during 
secondary succession means that competition rapidly 
becomes an organizing force in the community, so 
there is an intensification of interactions by which 
organisms interfere with and inhibit each other. The 
tolerance and inhibition models more readily explain 
aspects of these interactions. Overall, it appears that 
successions are idiosyncratic—the importance of the 
several, potential mechanisms of succession varies 
depending on environmental conditions, the particu- 
lar species that are interacting, and the influence of 
haphazard events, such as which species arrived first, 
and in what numbers. 


Climax—the end point of succession 


The climax of succession is a relatively stable 
community that is in equilibrium with environmental 
conditions. The climax condition is characterized by 
slow rates of change in an old-growth community, 
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compared with more dynamic, earlier stages of succes- 
sion. The climax stage is dominated by species that are 
highly tolerant of the biological stresses associated 
with competition, because access to resources is 
almost completely allocated among the dominant 
organisms of the climax community. However, it is 
important to understand that the climax community 
is not static, because of the dynamics of within- 
community microsuccession, associated, for example, 
with gaps in a forest canopy caused by the death of 
individual trees. Moreover, if events of stand-level 
disturbance occur relatively frequently, the climax or 
old-growth condition will not be achieved. 


See also Climax (ecological); Stress, ecological. 
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ll Suckers 


Suckers are cylindrical fish with a downward- 
pointing suckering mouth in the family Catostomidae, 
which is in the large suborder Cyprinoidea, which also 
includes minnows, carps, and loaches. 


Most species in the sucker family occur in the 
Americas, over a range that extends from the boreal 
forest of North America through much of Central 
America. A few other species occur in eastern Siberia, 
and there is one isolated species in eastern China. 


Suckers are distinguished from other members of 
the Cyprinoidea by aspects of their jaw structure, the 
presence of a single row of teeth in their pharynx, a 
lack of barbels, and their round, downward-pointing, 
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fleshy-lipped, sucking mouth. Suckers generally have 
a cylindrical or slightly compressed body. 


Most species of suckers occur in flowing waters, 
such as rivers and streams. Some species also occur in 
still waters such as lakes and large ponds, but suckers 
living in these habitats spawn in nearby rivers. 


The largest species of suckers can attain a length of 
6.6 ft (2 m), but most are much smaller than this. Male 
suckers are smaller than the females. Both sexes become 
relatively brightly colored during the breeding season. 


The primary food of suckers are aquatic inverte- 
brates, which are mostly hunted in the sediment. 
Suckers that live in lakes may also eat some aquatic 
vegetation. The larger species of suckers are of some 
economic importance as food fishes for humans, 
although their flesh is rather bony. Other, smaller 
species are important as forage species for larger, 
more valuable species of fishes. 


Species of suckers 


There are approximately one hundred species of 
suckers. The common or white sucker (Catostomus 
commersoni) 1s a widespread species throughout 
much of northern and central North America. This 
species has a round mouth, useful for feeding on its 
usual prey of bottom-dwelling insects, crustaceans, 
molluscs, and other invertebrates. The common 
sucker is a relatively large species, attaining a length 
of up to 10 in (45 cm), and a weight of 2.2 lb (1 kg). The 
common sucker is often found in lakes and ponds. 
These fish generally run up nearby streams to spawn 
in gravel beds in the springtime, but they sometimes 
lay their eggs in gravel along shallow lakeshores. 
Individuals of this species can live as long as 12 years. 


The longnose or northern sucker (Catostomus 
catostomus) is also widely distributed in northern 
North America, and it also occurs in eastern Siberia. 
The longnose sucker generally inhabits cooler waters 
and occurs in deeper lakes and larger rivers and 
streams than the common sucker. This species is 
exploited commercially on the Great Lakes and else- 
where, although it is not considered to be a high-value 
species of fish. Other species of suckers are more local 
in distribution, for example, the Sacramento sucker 
(C. occidentalis) of northern California. 


Both the bigmouth buffalo Uctiobus cyprinellus) 
and the smallmouth buffalo U. bubalus) are widely 
distributed in the eastern United States. These species 
have also been transplanted farther to the west to 
establish some sportfishing populations. These fish 
can attain a large size, exceeding 22 Ib (10 kg) in 
some cases, and are commonly fished as food. 
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KEY TERMS 


Bait fish—Small fish that are used as live bait to 
catch larger fish. 


Forage fish—This refers to small fish that are eaten 
by larger, economically important fish. 


The northern redhorse or redfin sucker 
(Moxostoma macrolepidotum) occurs widely in central 
North America. The lake or northern chub (Couesius 
plumbeus) is a small minnow-sized fish that occurs 
widely across northern North America. This is an 
important forage and bait fish. The lake chubsucker 
(Erimyzon sucetta) occurs in the eastern United States, 
including Lake Saint Clair and Lake Erie. 
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Sucking lice see Lice 


Sucrose see Carbohydrate 


I Sudden infant death syndrome 


(SIDS) 


Sudden infant death syndrome (SIDS), also called 
crib death, is the death without apparent organic cause 
of an infant under the age of one year. The National 
SIDS Resource Center defines SIDS as “the sudden 
death of an infant under one year of age that remains 
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Sudden infant death syndrome (SIDS) 


unexplained after a thorough case investigation, 
including performance of a complete autopsy, exami- 
nation of the death scene, and review of the clinical 
history.” A diagnosis of SIDS can only be made after 
experts have investigated the death scene, autopsied 
the dead infant, reviewed the baby’s medical history, 
and ruled out all other possible explanations. Between 
2,500 and 7,000 babies die of SIDS each year in the 
United States between the age of one week and one 
year, with the highest incidence from one to four 
months. This baffling disorder is the leading cause of 
death in infants ages 1 to 12 months. Although SIDS 
cannot be prevented completely, research has shown 
that parents can reduce the risk by putting their baby 
to sleep on its back (supine position) or side rather 
than on its stomach. 


For unknown clinical reasons, in the United 
States, African American and Native American babies 
are up to three times more likely to die of SIDS than 
Caucasian infants. In all cases and groups, the major- 
ity of SIDS victims are male infants. 


The mysterious malady 


The SIDS definition is purposefully vague and 
reflects how little actually is known about what causes 
the syndrome. SIDS victims seem to stop breathing in 
their sleep. They typically are found lifeless, limp, and 
blue. Often they have blood-tinged mucus coming 
from their mouth or nose. Ninety percent of SIDS 
victims die before six months. Most appear perfectly 
healthy beforehand or at most have a slight cold. 
There is a statistically significant correlation between 
SIDS deaths and respiratory infections prior to death. 
Although they are usually found in their cribs, babies 
have died of SIDS in car seats, strollers, and their 
mother’s arms. 


Although SIDS researchers have investigated 
hundreds of possible theories regarding the causes of 
SIDS, no clear answers have been found. Autopsies 
fail to show any abnormalities in SIDS victims; they 
seem to be healthy, normal babies. Scientists are not 
even sure whether death is caused by cardiac arrest or 
respiratory failure. 


Some experts estimate that one to 20% of all 
diagnosed SIDS deaths are actually the result of 
other causes, including child abuse and murder. For 
this reason an autopsy and a thorough examination of 
the scene of death must be done. This suspicion adds 
to the parents’ grief and guilt. It also confuses the 
public’s understanding of SIDS. But until a more 
definitive diagnosis of SIDS exists such steps must be 
taken to rule out the possibility of murder. 
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SIDS research 


The age of its victims offers an important clue 
towards better understanding SIDS. Almost all sudden 
deaths occur between one week and six months of age, a 
time of rapid growth and change in a baby. Neurological 
control of the baby’s circulatory and respiratory systems 
is still evolving. Some scientists theorize that very subtle 
flaws in the baby’s physical development are responsible 
for SIDS. Instead of breathing evenly, young babies tend 
to stop breathing for a few seconds and then begin again 
with a gasp. According to one theory, babies who die of 
SIDS have difficulty re-starting their breathing. Much 
more needs to be known about the normal respiratory 
processes and sleep patterns of babies in order to detect 
abnormalities. 


Another clue may lie in the observation that many 
SIDS victims have a cold in the weeks before death. 
SIDS deaths are more common in the winter, a season 
when colds are frequent. This suggests that an upper 
respiratory infection might somehow trigger a series of 
events that leads to sudden death. Some researchers 
believe that no one factor is responsible for SIDS but 
that a number of events must come together to cause 
the syndrome. 


Risk factors 


By studying large groups of young infants, a few 
of whom eventually go on to die of SIDS, scientists 
have found certain factors that occur more frequently 
in sudden death victims. For example, a genetic defect 
in an enzyme involved in fatty acid metabolism has 
been identified as a possible cause of death in a small 
percentage of SIDS victims. With this defect, the 
infant’s brain can become starved for energy and the 
baby enters a coma. Italian researchers have demon- 
strated a link between a particular type of irregular 
heartbeat and SIDS. Infants who inherit this irregu- 
larity, called long QT syndrome, are over 40 times 
more likely to die of SIDS. This syndrome also is a 
leading cause of sudden death in adults. It is possible 
to screen for this irregularity with heart monitors and 
to treat it with drugs. 


Babies born prematurely are at greater risk for 
SIDS. So are twins and triplets. A twin is more than 
twice as likely as a non-twin to die of SIDS. Boys are 
more susceptible than girls. Formula-fed infants are 
more susceptible than breast-fed babies. SIDS also is 
more common in the babies of mothers who are poor, 
under 20 years old, have other children, and receive 
little medical care during pregnancy. Mothers who 
smoke during pregnancy and the presence of cigarette 
smoke in the home after birth also increases the 
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likelihood of SIDS. Other proposed risk factors 
including childhood vaccines and allergies to cow’s 
milk have failed to show any link to SIDS. 


It is important to remember that more than two- 
thirds of SIDS cases occur in babies without known 
risk factors. Some scientists believe that all infants are 
potential victims if certain factors in their bodies and 
their environment interact in a particular unknown 
way. By studying risk factors researchers hope to gain 
important insights into the causes of the syndrome. 


In general, SIDS does not appear to be hereditary. 
Siblings of SIDS victims have only a slightly higher 
risk of sudden death compared to the average popula- 
tion. Yet some parents who have a subsequent baby 
after suffering the loss of a baby to SIDS find it very 
reassuring to use a home monitor. Attached to the 
baby, this machine sounds an alarm if the baby’s 
respiration or heart rate drops below normal. The 
National Institutes of Health has stated that home 
monitors have not been shown to prevent SIDS. 


Back to Sleep campaign 


SIDS occurs more frequently in New Zealand and 
the United States than in Japan and China. Within the 
United States, it is more common in African-American 
babies than Hispanic babies. These differences suggest 
that certain cultural factors of baby care, particularly 
how an infant is put to bed, may affect the incidence of 
SIDS. Scientists do not understand exactly why these 
differences matter—just that they do. 


The single most important thing a parent or care- 
giver can do to lower the risk of SIDS is to put the baby 
to sleep on its back or side rather than on its stomach. 
In 1992, the American Academy of Pediatrics recom- 
mended placing healthy infants to sleep on their backs 
or sides. The group made the recommendation after 
reviewing several large studies done in New Zealand, 
England, and Australia. The studies demonstrated that 
SIDS declined as much as 50% in communities that had 
adopted this sleeping position for infants. In the United 
States, the Back to Sleep campaign has been very suc- 
cessful and, as of 2006, appeared to have contributed 
significantly to a sharp drop in SIDS in the past fifteen 
years. However, it also may have resulted in an increase 
in misshapen head syndrome, caused by infants always 
sleeping on their backs. This syndrome is readily treat- 
able with physical therapy. 


In the past, the supine (or back-sleeping) position 
has been discouraged for fear that a sleeping infant 
might spit up and then suffocate on its own vomit. 
A careful examination of studies of infants placed 
prone (on their stomachs) has shown that this does 
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not happen. Some infants with certain health prob- 
lems might best be placed prone. Parents who suspect 
this problem should check with their doctor. 


SIDS in history 


The phenomenon of sudden death in babies has 
been recorded for centuries. SIDS has been described 
as a distinct disorder for nearly one hundred years. In 
1979, it was officially accepted as a cause of death. The 
current definition of the condition was developed by 
the National Institutes of Health in 1989. 


As sleeping habits for families and babies changed 
over time so have the explanations offered for sudden 
death. Until one hundred years ago, infants and small 
children slept in the same beds as their mother. When 
babies were found dead, their mothers were often 
blamed for rolling on top of them. In the 1700s and 
1800s, mothers were accused of rolling on their babies 
while drunk. After noting that SIDS is very rare in 
Asian countries where parents and babies typically 
sleep together, some recent researchers have theorized 
that sleeping with a parent might help regulate an 
infant’s respiration and thus prevent SIDS. 


In the early 1900s, in the United States when co- 
sleeping became rare, sudden death was blamed on 
dressing a baby too warmly at night. Before physicians 
realized that all babies have large thymus glands, 
enlargements of the thymus gland were also blamed 
for SIDS. 


Studies released in 2003 showed no correlation 
between immunization schedules and SIDS death. 
This conclusion continues to be valid in 2006. 


Support groups for parents 


Parents who suffer the loss of a child to SIDS 
typically feel immense sorrow and grief over the unex- 
pected and mysterious death. They also may feel guilty 
and blame themselves for not being more vigilant 
although there was nothing they could have done. 
Parents and other relatives of SIDS victims often 
find it helpful to attend support groups designed to 
offer them a safe place to express their emotions. 


Everyone affected by the death of a baby to SIDS 
may need special support. This includes doctors, 
nurses, paramedics, other health care providers, police 
officers, and the babysitter or friend who may have 
been caring for the baby when it died. Ideally, coun- 
seling should be made available to these people. 
Health care professionals and law enforcement offi- 
cers often have special training to help comfort the 
grieving survivors of a SIDS death. 
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Sugar beet 


Sleeping with the baby, not drinking coffee during 
pregnancy, using pacifiers, reducing fumes, breast- 
feeding, and numerous other theories have been pro- 
posed to minimize SIDS. However, as of 2006, there 
had been no proven cause of, or reason for, sudden 
infant death syndrome. Many common sense and prac- 
tical recommendations have been made to reduce the 
risk of SIDS. All parents with small children should 
heed these recommendations and take all logical meas- 
ures to safeguard their infants as best as possible. 


See also Neuroscience; Sleep disorders. 
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fl Sugar beet 


The possibility of beet sugar was first discovered 
in 1605 when a French scientist found that the boiled 
root of garden beet (Beta vulgaris) yielded a syrup 
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similar to that obtained from sugarcane (Saccharum 
officinarum). It was not until the mid-1700s, however, 
that the commercial potential of sugar beets was rec- 
ognized. Once realized, sugar beets quickly became a 
major crop in Europe and elsewhere, displacing some 
of the sugarcane that could only be obtained from 
tropical plantations. The cultivated sugar beet is, 
therefore, a variety of the common garden beet, 
known as Beta vulgaris var. crassa. 


The sugar beet has wide, thin leaves, growing from 
a large, tuberous root mass. It is a biennial herb (hav- 
ing a two-year life cycle), storing most of its first-year 
production of biomass in its large, carbohydrate-rich 
root (containing 17-27% sugar). 


In 1999, about 16.8 million acres (6.8 million ha) 
of sugar beets were grown world-wide, and total pro- 
duction was 286 million tons of root mass (260 million 
tonnes). Sugar beets are used to manufacture sucrose- 
sugar, as well as secondary products such as alcohol. 
The pressed remains of sugar extraction can be fed to 
cows and other livestock. 


Bill Freedman 


l Sugarcane 


The sugarcane (Saccharum officinale) is a 12-26 ft 
tall (4-8 m), perennial, tropical grass (family Poaceae). 
The tough, semi-woody stems of sugarcane are up to 
2 in (5 cm) in diameter, with leafy nodes and a moist 
internal pith containing 15-20% sucrose-sugar. The 
sugar concentration is highest just before the plant 
flowers, so this is when harvesting occurs. The plants 
are propagated by cuttings placed into the ground, but 
a single planting can last several harvest rotations. 


Sugarcane is thought to have originated in south- 
ern Asia, where it has been cultivated for at least 3,000 
years. It is believed to be a cultivated hybrid of various 
species of Saccharum, which are still wild plants in 
South and Southeast Asia. These wild progenitors 
include S. barbari, S. robustum, S. sinense, and 
S. spontaneum. 


In 1999, about 48.4 million acres (19.6 million ha) 
of sugarcane were cultivated worldwide, and the total 
production was 1.41 billion tons (1.28 billion tonnes). 
Sugarcane is used to manufacture sucrose-sugar, and 
accounts for about 60% of the global supply. The 
sucrose is used to manufacture many secondary prod- 
ucts, such as molasses and alcohol. It is also an 
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Harvesting sugarcane. (Photo Researchers, Inc.) 


ingredient in innumerable prepared foodstuffs, such as 
candy, chocolate, carbonated beverages, ice cream, 
and other sweetened foods. The pressed remains of 
sugar extraction can be fed to cows and other 
livestock. 
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i Sulfur 


Sulfur—the tenth most abundant element in the 
universe—is the nonmetallic chemical element of 
atomic number 16. It has a symbol of S, an atomic 
weight of 32.07, and a specific gravity of 2.07 (rhombic 
form) or 1.96 (monoclimic form). Sulfur boils at 
832.5°F (444.7°C) and consists of four stable isotopes 
of mass numbers 32 (95.0%), 33 (0.75%), 34 (4.2%) 
and 36 (0.015%). Sulfur atoms found in different 
locations have slightly different percentages of the 
four isotopes, however. 
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Sulfur is a bright yellow solid that can exist in 
many allotropic forms with slightly different melting 
points, all around 239°F (115°C). The two main forms 
are called rhombic sulfur and monoclinic sulfur. There 
is also a rubbery, non-crystalline form, called plastic 
or amorphous—without shape—sulfur. An ancient 
name for sulfur is brimstone, meaning burning stone. 
It does indeed burn in air with a blue flame, producing 
sulfur dioxide: 


5 - °C, =< $0; 


sulfur oxygen sulfur 
gas dioxide 
gas 


Sulfur itself has no odor at all, but it has a bad 
reputation because it makes many smelly compounds. 
Sulfur dioxide is one of them; it has a sharp, choking, 
suffocating effect on the unfortunate breather. The 
reference to fire and brimstone in the Bible was one 
of the worst punishments that its authors could think 
of. The fact that sulfur comes from deep under the 
ground and that sulfur dioxide can be smelled in the 
fumes of volcanoes further fueled people’s imagina- 
tions of what Hell must be like. 
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Where sulfur is found 


Sulfur makes up only 0.05% of the Earth’s crust, 
but it is easy to get because it occurs uncombined as 
the element, Sg (eight sulfur atoms tied together into 
each molecule of the element and joined in a ring). 


Sulfur occurs in huge, deep underground deposits 
of almost pure element, notably along the Gulf Coast of 
the United States and in Poland and Sicily. However, 
miners do not have to go underground to get it. They 
make the sulfur come to them by a clever arrangement 
of three pipes within pipes, drilled down into the sulfur 
bed. This arrangement is called the Frasch process. 
Superheated steam is shot down through the outermost 
pipe to melt the sulfur. (The steam has to be super- 
heated because sulfur does not melt until 239°F 
[115°C], which is hotter than steam.) Then, compressed 
air is shot down the innermost pipe, which forces the 
liquid sulfur up and out the middle pipe. 


Sulfur is also widely distributed in the form of 
minerals and ores. Many of these are in the form of 
sulfates, including gypsum (calcium sulfate, CaSO, ¢ 
2H,O), barite (barium sulfate, BaSO,) and Epsom 
salts (magnesium sulfate, MgSO, * 7H2O). Others are 
metal sulfides, including iron pyrites (iron sulfide, 
FeS3), galena (lead sulfide, PbS), cinnabar (mercuric 
sulfide, HgS), stibnite (antimony sulfide, Sb2S3) and 
zinc blende (zinc sulfide, ZnS). The sulfur is recovered 
from these metal ores by roasting them—heating them 
strongly in air, which converts the sulfur to sulfur 
dioxide. For example, 


2PbS + 30, > 2PbO + _— 2SO, 
lead oxygen lead sulfur 
sulfide oxide dioxide 


Then the sulfur dioxide can go directly into the 
manufacture of sulfuric acid, which is where more 
than 90% of the world’s mined sulfur winds up. 


Compounds of sulfur 


Some sulfur is used directly as a fungicide and 
insecticide, in matches, fireworks, and gunpowder, and 
in the vulcanization of natural rubber. Most, however, is 
converted into a multitude of useful compounds. 


Sulfur is in group 16 of the periodic table, directly 
below oxygen. It can form compounds in any one of its 
three major oxidation states: —2, +4, or +6. 


Sulfuric acid is the parent acid of all sulfate com- 
pounds. Among the most important sulfates is calcium 
sulfate (CaSO,), which occurs naturally as gypsum, 
alabaster, and selenite. Copper sulfate is used as an 
agricultural insecticide and to kill algae in water supplies. 


4220 


Alums are double sulfates of aluminum and another 
metal such as potassium, chromium, or iron. The most 
common alum is potassium aluminum = sulfate, 
KAI(SOq)2 * 12H2O. In water, it makes a gelatinous, 
goopy precipitate of aluminum hydroxide, Al(OH), 
which, when it sinks to the bottom, carries along with 
it all sorts of suspended dirt, leaving behind clear water. 
Alum is therefore used in water purification. 


Hydrogen sulfide is the parent acid of the sulfides, a 
family of compounds that contain nothing but sulfur 
and a metal. This family includes many metal ores, 
including iron pyrites, galena, cinnabar, stibnite, and 
zinc blende, as mentioned above, plus sulfides of copper 
and silver. Other sulfides are used in leather tanning, as 
pesticides, and in depilatories—creams that remove 
unwanted hair from the hides of cattle and from people. 


Hydrogen sulfide itself is a foul-smelling gas. 
When eggs and certain other animal matter go rotten 
and putrefy, the stench is mostly hydrogen sulfide. It is 
often present in flatus—expelled intestinal gas. 
Hydrogen sulfide is extremely poisonous, but fortu- 
nately, it smells so bad that people do not hang around 
long enough to be overcome by it. Other very bad- 
smelling compounds of sulfur are the mercaptans, a 
family of organic sulfur-containing compounds. 
A mercaptan is the major ingredient in the aroma of 
skunks. A tiny amount of a gaseous mercaptan is 
deliberately added to the natural gas that is used for 
home heating and cooking, so that dangerous gas leaks 
can be detected by smell. Natural gas itself is odorless. 


Sulfur is a macronutrient for both plants and 
animals. It is used primarily to make proteins and 
nucleic acids. Sulfur-deficiency disorders are very 
rare, but not unheard of. For example, abnormally 
low levels of sulfur can cause itchy and flaking skin 
and improper development of hair and nails. In plants, 
a deficiency of sulfur can cause the young leaves on a 
plant to begin turning yellow. 
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l Sulfur cycle 


Sulfur is an important nutrient for organisms, 
being an key constituent of certain amino acids, pro- 
teins, and other biochemicals. Plants satisfy their 
nutritional needs for sulfur by assimilating simple 
mineral compounds from the environment. This 
mostly occurs as sulfate dissolved in soilwater that is 
taken up by roots, or as gaseous sulfur dioxide that is 
absorbed by foliage in environments where the atmos- 
phere is somewhat polluted with this gas. Animals 
obtain the sulfur they need by eating plants or other 
animals, and digesting and assimilating their organic 
forms of sulfur, which are then used to synthesize 
necessary sulfur-containing biochemicals. 


In certain situations, particularly in intensively 
managed agriculture, the availability of biologically 
useful forms of sulfur can be a limiting factor to the 
productivity of plants, and application of a sulfate- 
containing fertilizer may prove to be beneficial. Sulfur 
compounds may also be associated with important 
environmental damages, as when sulfur dioxide dam- 
ages vegetation, or when acidic drainages associated 
with sulfide minerals degrade ecosystems. 


Chemical forms and transformations 
of sulfur 


Sulfur (S) can occur in many chemical forms in the 
environment. These include organic and mineral 
forms, which can be chemically transformed by both 
biological and inorganic processes. 


Sulfur dioxide (SO 2) and sulfate (SO?) 


Sulfur dioxide is a gas that can be toxic to plants at 
concentrations much smaller than one part per million 
in the atmosphere, and to animals at larger concen- 
trations. There are many natural sources of emission 
of SO, to the atmosphere, such as volcanic eruptions 
and forest fires. Large emissions of SO, are also asso- 
ciated with human activities, especially the burning of 
coal and the processing of certain metal ores. In the 
atmosphere, SO; is oxidized to sulfate, an anion that 
occurs as a tiny particulate in which the negative 
charges are electrochemically balanced by the positive 
charges of cations, such as ammonium (NH, ), cal- 
cium (Ca? *), or hydrogen ion (H~ ). These fine partic- 
ulates can serve as condensation nuclei for the 
formation of ice crystals, which may settle from the 
atmosphere as rain or snow, delivering the sulfate to 
terrestrial and aquatic ecosystems. If the sulfate is 
mostly balanced by hydrogen ion, the precipitation 
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will be acidic, and can damage some types of fresh- 
water ecosystems. 


Hydrogen sulfide (HS) 


Hydrogen sulfide is another gas, with a strong 
smell of rotten eggs. Hydrogen sulfide is emitted 
from situations in which organic sulfur compounds 
are being decomposed in the absence of oxygen. 
Once H,S is emitted to the atmosphere, it is slowly 
oxidized to sulfate, which behaves as described above. 


Metal sulfides 


Sulfur can occur in many chemically reduced min- 
eral forms, or sulfides, in association with many metals. 
The most common metal sulfides in the environment 
are iron sulfides (such as FeS,; these are called pyrites 
when they occur as cubic crystals), but all heavy metals 
can occur in this mineral form. Whenever metal sul- 
fides are exposed to an oxygen-rich environment, cer- 
tain bacteria begin to oxidize the sulfide, generating 
sulfate as a product, and tapping energy from the 
process which is used to sustain their own growth and 
reproduction. This autotrophic process is called che- 
mosynthesis, and the bacteria involved are named 
Thiobacillus thiooxidans. When a large quantity of sul- 
fide is oxidized in this way, an enormous amount of 
acidity is associated with the sulfate product. 


Organic sulfur 


Organic sulfur refers to an extremely diverse array 
of sulfur-containing organic molecules. These can 
range in weight and complexity from amino acids, 
proteins, and nucleic acids, to large molecules such as 
humic substances in soil or water. Organic sulfur is a 
chemically reduced form of sulfur. When it is exposed 
to an oxygen-rich atmosphere, bacteria oxidize the 
organic sulfur to derive energy, while liberating sulfate, 
usually in association with hydrogen ions and acidity. 


Humans and the sulfur cycle 


Human activities influence the rates and character 
of certain aspects of the sulfur cycle in important ways, 
sometimes causing substantial environmental damages. 


Acid rain is a well-known environmental problem. 
Acid rain is ultimately associated with large emissions 
of sulfur dioxide to the atmosphere by human sources, 
such as oil- and coal-fired power plants, metal smel- 
ters, and the burning of fuel oil to heat homes. The SO 
is eventually oxidized in the atmosphere to sulfate, 
much of which is balanced by hydrogen ions, so the 
precipitation chemistry is acidic. In addition, the 
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The sulfur cycle. (Hans & Cassidy. Courtesy of Gale Group.) 


vicinity of large point-sources of SO, emission is gen- 
erally polluted by relatively large concentrations of 
this gas. If its concentration is large enough, the SO, 
can cause toxicity to plants, which may be killed, 
resulting in severe ecological damages. In addition, 
atmospheric SO can be directly deposited to surfaces, 
especially moist soil, plant, or aquatic surfaces, since 
SO, can readily dissolve in water. When this happens, 
the SO, becomes oxidized to sulfate, generating acid- 
ity. This means of direct input of sulfur dioxide is 
called dry deposition, and is a fundamentally different 
process from the so-called wet deposition of sulfate 
and acidity with precipitation. 


Acid mine drainage is another severe environmen- 
tal problem that is commonly associated with coal and 
metal mining, and sometimes with construction 
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activities such as road building. In all of these cases, 
physical disturbance results in the exposure of large 
quantities of mineral sulfides to atmospheric oxygen. 
This causes the sulfides to be oxidized to sulfate, a 
process accompanied by the generation of large 
amounts of acidity. Surface waters exposed to acid 
mine drainage can become severely acidified, to a pH 
less than 3, resulting in severe biological damages and 
environmental degradation. 


Sulfur is also an important mineral commodity, 
with many industrial uses in manufacturing. Sulfur for 
these purposes is largely obtained by cleaning sour 
natural gas of its content of H2S, and from pollution 
control at some metal smelters. 


In a few types of intensively managed agriculture, 
crops may be well fertilized with nitrogen, phosphorus, 
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KEY TERMS 


Acid mine drainage—Surface water or ground- 
water that has been acidified by the oxidation of 
pyrite and other reduced-sulfur minerals that occur 
in coal and metal mines and their wastes. 


Electrochemical balance—In an aqueous solution, 
the number of positive charges associated with 
cations must equal the number of negative charges 
of anions, so the solution does not develop an 
electrical charge. 


and other nutrients, and in such cases there may be a 
deficiency of sulfate availability. Because sulfate is an 
important plant nutrient, it may have to be applied in 
the form of a sulfate-containing fertilizer. In North 
America, sulfate fertilization is most common in prairie 
agriculture. 


Resources 


BOOKS 
Dodds, Walter K. Freshwater Ecology: Concepts and 


Environmental Applications. San Diego: Academic 
Press, 2002. 


Bill Freedman 


| Sulfur dioxide 


Sulfur dioxide, with chemical formula SOs, is a 
colorless gas with an irritating, choking odor. 
Normally a gas, sulfur dioxide has a density of 2.551 
g/L and a solubility in water of 9.4 g per 100 mL (at 
25°C). It has a melting point of —98.3 °F (—72.4°C) 
and a boiling point of 14°F (—10°C). 


Sulfur dioxide is produced naturally in volcanoes 
and in geysers, and is produced in ever-increasing 
amounts by the burning of sulfur-containing coal. 
Sulfur dioxide is a key contributor to acid rain. It is 
used in the manufacturing of sulfuric acid, in preserv- 
ing many foods, as a disinfectant, and in the wine 
industry. 


Sulfur dioxide is produced naturally inside the 
Earth by the reaction of sulfur with oxygen gas. This 
accounts for the sulfur-like smell around active volca- 
noes and geysers. Sulfur is a natural component of 
most coal, and it is the burning of sulfur-containing 
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coal that has contributed the most to the acid rain 
problem in the world. When burned, the sulfur in 
coal reacts with oxygen and makes sulfur dioxide 
gas. This gas may react with water to make sulfurous 
acid (H2SO3, a moderately strong acid), or it may react 
with oxygen to form sulfur trioxide, SO3, which then 
reacts with water in the atmosphere to produce sulfu- 
ric acid, H,SO,, the major contributor to acid rain. 
This same series of reactions is used to make sulfuric 
acid, the most widely produced chemical in the world. 
Efforts to reduce the amounts of sulfur dioxide in the 
atmosphere use two approaches. Low sulfur coal can 
be used, reducing emissions. However, as human soci- 
ety uses up more and more of the low sulfur coal, 
people are forced to use the remaining higher sulfur 
content coal. Many factories now use scrubbers, which 
put sulfur dioxide gas into contact with calcium oxide 
(CaO) to produce solid calcium sulfite, thus prevent- 
ing the sulfur dioxide from reaching the atmosphere. 
The reaction is shown below: 


CaO + SO> (gas) — CaSO; 


One drawback to this approach is that for 
every one ton of sulfur dioxide that reacts, two tons 
of solid calcium sulfite are produced, which must be 
disposed of. 


Sulfur dioxide is used widely to prevent dried 
fruits (especially apricots and peaches) from becoming 
discolored. Sulfur dioxide is a strong reducing agent, 
and prevents the formation of discolored oxidation 
products in the fruits. It is also used to bleach vegeta- 
bles and in the wine industry is used to prevent wines 
from discoloring and turning brown. In the food 
industry, sulfur dioxide is used as a disinfectant during 
the manufacturing process. 


See also Volcano. 


| Sulfuric acid 


Sulfuric acid, HSO,4, is a strong mineral acid, 
which is a viscous (thick and syrupy), oily liquid that 
has for years been the most widely used chemical in the 
world. Normally found in a liquid state, sulfuric acid 
has a density of 1.84 g/cm? and is soluble in water. Its 
melting point is about 50°F (10°C) and its boiling 
point is approximately 640°F (337°C). In the 2000s, 
over 165 million tonnes (metric tons; which is equiv- 
alent to 364 billion Ib [165 billion kg]) of sulfuric acid 
are produced each year. It is considered the second 
most produced chemical, besides drinkable water. It is 
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also one of the least expensive acids, which makes it a 
favorite of industries around the world. It is used in the 
production of fertilizers and as an industrial catalyst 
(a substance which speeds up chemical reactions). It is 
also used in large amounts in oil refining and waste- 
water processing. 


Today, it is generally considered that sulfuric acid 
was first called oil of vitriol when Islamic alchemist, 
astronomer, and physicist Jabir ibn Hayyan (c. 721- 
c. 815) discovered it in the eighth century. European 
alchemists also called it oil of vitriol, along with spirit 
of vitriol and vitriol. It was a very popular chemical to 
alchemists across Asia and Europe from the eighth 
century to the sixteenth century, and in later centuries 
by chemists. In the seventeenth century, German-Dutch 
alchemist and chemist Johann Glauber (1604-1670) 
combined sulfur with saltpeter (potassium nitrate) and 
heated the combination with steam to make sulfuric 
acid. Around 1735, sulfuric acid was first mass produced 
by English pharmacist Joshua Ward in glass containers. 
Then, about 15 years later, English inventor John 
Roebuck (1718-1794) used a lead chamber process 
that made its production more efficient and less costly. 
The process was improved upon over the next eighty 
years. In 1831, English merchant Peregrine Phillips 
designed the contact process for producing sulfuric 
acid. His patented process is now the standard way of 
producing sulfuric acid in the 2000s. 


One of the major uses of sulfuric acid is in the 
production of fertilizers. Phosphate rock is treated 
with sulfuric acid to produce water soluble phos- 
phates, which are essential for plant growth and sur- 
vival. It is also the acid used in car batteries. 
Automobile batteries contain lead, lead oxide, and 
sulfuric acid. These lead storage batteries are used 
because they can not only provide the electric current 
needed to start a car, but can be recharged by the car’s 
electrical system while the car is running. 


Sulfuric acid is one of the major components of 
acid rain. Coal contains sulfur as a natural impurity 
and when coal is burned sulfur dioxide (SO) and 
sulfur trioxide (SO3) gases are produced. Sulfur triox- 
ide then reacts with water in the air, creating sulfuric 
acid. This acid rain can damage buildings, corrode 
metal, and destroy plant and animal life. Acid rain is 
an increasing problem not only in major industrialized 
nations, but also in neighboring countries that are 
downwind, since pollutants produced by a country 
do not stay in the air above that country. 


One of the major industrial uses of sulfuric acid is 
as a dehydrating agent (a substance that removes water 
from other substances). Sulfuric acid is an extremely 
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effective dehydrating agent. Upon contact with living 
tissue it kills cells by removing water from them. 


Sumac see Cashew family (Anacardiaceae) 


Sun 


The Sun (or, sun) is the star at the center of the 
Earth’s solar system. As such, the Earth and seven 
other planets, several minor planets, and an assortment 
of meteorites, asteroids and other objects orbit around 
the Sun. It has a diameter of about 420,000 mi (700,000 
km) and a surface temperature of about 9,981°F 
(5,527°C). Its visible surface is actually a thin gas, as 
is the rest of its atmosphere and interior. Astronomers 
estimate that the Sun is about 4.6 billion years old, and 
will continue to shine for another 7 billion years. 


The Sun shines as a result of thermonuclear 
fusion reactions in its core, and the energy produced 
by these reactions heats the gas in the Sun’s interior 
sufficiently to prevent the weight of its own matter 
from crushing it. This energy is, also, the source of 
heat and life on the Earth, and small variations in the 
Sun’s energy output, or even in the features present in 
its atmosphere, may be sufficient to profoundly affect 
terrestrial climate. Although the Sun is by far the 
nearest star, the processes causing solar variability 
are still poorly understood and continue to challenge 
astronomers. 


A brief history of solar observations 


The Sun is about 90 million mi (150 million km) 
away from the Earth. It is modest by stellar standards, 
although it is over 100 times larger than the Earth and 
over 300,000 times more massive. Although it con- 
sumes more than half a billion tons of its nuclear fuel 
each second, it has been shining continuously for over 
4.6 billion years, and it will continue to shine for 
another seven billion. 


To the ancient Egyptians, the Sun was a god, for 
anyone who felt its warmth and watched the renewal 
of crops it brought in the spring realized it was a 
bringer of life. Greek mythology recounts the tale of 
Icarus, who died in a brazen attempt to fly too close to 
the Sun. 


Ancient dogma held that the Sun orbited the Earth. 
It was not until 1543 that Polish astronomer Nicolaus 
Copernicus (1473-1543) published the heliocentric 
theory of the universe, in which the Sun lay at the center 
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A photograph of the sun taken with a coronagraph, a telescope that creates an artificial eclipse, so the solar corona is visible. 
The shape of the corona varies with time and in some areas is nearly absent. Much of its radiation is in the x-ray and extreme UV 
range, and the corona is many times hotter than the surface of the sun itself. (U.S. National Aeronautics and Space Administration 
[NASA].) 


and the Earth was relegated to a circular orbit around 
it. Copernicus refused to have this magnificent work 
published until near his death. This was a wise decision, 
since earlier publication would have no doubtedly 
resulted in his equally earlier death at the hands of 
Church authorities who regarded his work as heresy. 


Around 1610, the newly invented telescope was 
trained on the Sun. The early solar observers, includ- 
ing Italian astronomer and physicist Galileo Galilei 
(1564-1642), noticed that the surface of the Sun had 
dark spots on it. Not only that, the spots moved across 
the solar surface, leading Galileo to conclude that the 
Sun rotated. This sent further shock waves through 
the religious world. The poor cardinals had hardly 
recovered from Copernicus’s heresy, and now along 
came Galileo telling them that the backup embodi- 
ment of celestial perfection, the Sun, had ugly blem- 
ishes on its surface. Galileo got into serious trouble 
with the Church for this and other statements he 
made, and it would be 380 years before Pope John 
Paul II exonerated him. 
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In the nineteenth century, amateur German 
astronomer Heinrich Schwabe (1789-1875) did some 
of the first scientific analysis of solar data. Observers 
had kept records over the years of the number of sun- 
spots visible, and Schwabe noticed that the sunspot 
number rose and fell in a cyclic fashion, with a period 
of about 11 years. Later workers confirmed this activ- 
ity cycle, and the sunspot number remains today an 
important piece of information about the Sun. 


The nature of sunspots was first investigated by 
American astronomer George Ellery Hale (1868- 
1938), who devoted his life to studying the Sun from 
the observatory he founded on Mt. Wilson near Los 
Angeles, California. Hale discovered that sunspots 
were cooler than the surrounding solar surface— 
which is why they appear dark—and that sunspots 
are associated with strong magnetic fields. Hale also 
discovered that the Sun’s magnetic field reverses itself 
with each 11-year cycle, so that there is a more funda- 
mental 22-year magnetic activity cycle behind the sun- 
spot cycle. 
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Light intensity curves. (Argosy. The Gale Group.) 


Since Hale’s time, solar research has developed 
along two great lines of investigation. First, a huge 
observational database has been created. The national 
solar observing facilities of the United States are 
located at Sacramento Peak just east of Alamogordo, 
New Mexico, and at Kitt Peak, 30 mi (48 km) west of 
Tucson, Arizona. In addition to sunspots, these observ- 
atories have monitored prominences and flares—which 
are spectacular, eruptive events in the solar atmos- 
phere, the solar magnetic field itself, the solar granula- 
tion, which is a result of the turbulent movement of the 
gas beneath the solar surface, and the total energy 
output of the Sun. Space-based satellites have studied 
the Sun in wavelength regimes—such as the ultraviolet 
and the x ray—not accessible from the ground. The 
result of these investigations is a detailed set of obser- 
vations about the phenomena that occur on the Sun. 


The other line of investigation is the theoretical 
analysis of processes within the Sun and in its atmos- 
phere. Scientists have developed models to explain 
what is observed; if a model fails to fit the observations, 
it must be discarded. The goal of this work is to explain 
why the various features seen on the Sun appear. Why 
is there an 11-year-long solar activity cycle? What do 
the forces producing granulation have to do with the 
nature of the solar magnetic field? Where does the 
magnetic field originate? These questions, and many 
others, are only partially answered. 


A fruitful line of research toward answering these 
questions involves observing not just the Sun, but many 
other stars like the Sun. Scientists, for instance, would 
have a difficult time understanding what the human 
race was like by observing only one person. Similarly, 
it is hopeless to try to understand the complex nature of 
the stars by observing only one of them. Long-term 
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observations of solar-like stars have been carried out 
at the Mount Wilson Observatory near Los Angeles 
and at Lowell Observatory in Flagstaff, Arizona. 
Understanding the so-called solar-stellar connection, 
derived from observations of other stars, may yield 
important clues about the processes at work in the Sun. 


Two million years after human’s earliest ancestors 
looked up and shielded their eyes from the brilliant, 
life-giving object in the sky, scientists still have only a 
rudimentary understanding of it. 


A journey through the Sun 
The solar furnace 


At the Sun’s core the temperature is 26,999,541°F 
(14,999,727°C). The matter here has a density of 
roughly 2.2 lb (1 kg) per cubic centimeter—about 
150 times the density of water. It is compressed to 
this degree by the crushing weight of all the matter 
between it and the surface—it is about 210,000 mi 
(350,000 km) from the core to the surface. 


There are no atoms in the core. No atom 
(a nucleus of protons and neutrons, orbited by elec- 
trons) could exist in this inferno. There is nothing but a 
swirling sea of elementary particles. Scientists know 
from physics that the hotter a medium is, the faster its 
particles move. In the Sun’s core, the protons race 
around at blinding speeds, and because they are so 
tightly packed, they are constantly crashing into one 
another. 


What is a proton? It is a hydrogen ion—a hydro- 
gen atom that has had its sole electron stripped away. 
The Sun is made mostly of hydrogen. In the cool 
regions of its atmosphere the hydrogen exists as 
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The Sun 


(not to scale) 


Nuclear fusion and the production of gamma rays take place in the core of the sun. The radiative zone is so dense that it can take 
a million years for a photon to pass through. (Argosy. The Gale Group.) 


atoms, with a single electron bound to the proton; in 
the core there are only the ions. 


Four hydrogen nuclei smash together in a quick 
series of collisions, with catastrophic force. So violent 
are these collisions that the protons’ natural tendency 
to repel one another—they all have the same positive 
charge—is overcome. When the various interactions 
are over, a new particle has emerged: a helium nucleus 
containing two protons and two neutrons. The helium 
nucleus gets its share of battering by the other par- 
ticles, but it is larger and tightly bound together, and 
even the maelstrom cannot disrupt it. 


There is one more product of this fusion reaction. 
In the series of collisions leading to the formation of 
the helium nucleus, two particles called photons are 
produced. A photon is a bundle of electromagnetic 
radiation, also known as a ray of light. The photons 
race away from the Sun’s core at the incredible speed 
of 180,000 mi (300,000 km) per second, the speed of 
light. 


Toward the surface 


A proton does not travel to the surface in a 
straight line. It constantly hits other particles, bounc- 
ing off them in a random direction. Sometimes an 
atom absorbs its energy, only to re-emit it a fraction 
of a second later in a different direction. This is the so- 
called random walk, and it describes how a photon 
works from the Sun’s core. 
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Then, toward the surface, the temperature, pres- 
sure, and density of the gas drops. There is not as 
much weight compressing the gas, so it does not need 
to be at as high a pressure to support the material 
above it. Lower pressure means lower temperature 
and density. 


Halfway from the Sun’s core to its surface is the 
zone of radiative energy transport, where uncountable 
trillions of photons flow away from the Sun’s core 
where they were produced. As they flow past, new 
photons, freshly created in the core, flow into it from 
below. 


Into the convection zone 


A little more than two-thirds of the way to the 
surface, the gas cools to less than 179,492°F 
(99,700°C). Instead of individual particles, atoms 
exist that are capable of absorbing the photons rather 
than simply scattering them in a different direction. 
Photons have difficulty flowing through this cool gas. 
As they are absorbed, new photons flow into the gas 
from below, heating it even more. The gas begins to 
overheat. As a result, energy transport is now more 
efficient if a huge bubble of hot gas forms and begins 
to rise toward the surface. This is called convection, 
which involves the Sun’s zone of convective energy 
transport. 


A hot gas bubble rises into progressively cooler 
gas, releasing heat into smaller bubbles and reaching 
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the very cool region just below the Sun’s surface. The 
bubbles release their pent-up heat. With their heat 
gone, they are now cooler than their surroundings, so 
they sink back into the Sun’s interior, to pick up more 
heat and begin the convective cycle anew. 


In the atmosphere 


It takes about 30,000 years for a photon to reach 
the Sun’s surface. Had the photon gone in a straight 
line, it would have reached the surface in just over one 
second, but 10 billion trillion interactions with matter 
in the Sun’s interior slowed it considerably. 


At the surface is a thin (300 mi/500 km) layer of 
matter called the photosphere. The temperature here is 
9,981°F (5,527°C), and for the first time, a photon of 
visual light—that is, with a wavelength that places it in 
the visual portion of the spectrum—has a chance of 
escaping directly to outer space. The density of the gas 
is now so low that it is nearly a vacuum, thousands of 
times less dense than air, and so little matter is left that 
photons escape with no further interactions. 


The photosphere is a seething region of hot, rising 
granules and cooler, sinking ones. In places there are 
great, dark spots, perhaps 6,200 mi (10,000 km) 
across, where the temperature is only 6,692°F 
(3,700°C) and where matter is constrained to flow 
along the intense and tangled lines of the strong mag- 
netic fields that permeate the spots. (One phenomenon 
thought to contribute to the tangling of the solar 
magnetic field is the Sun’s rotation. The Sun’s equator 
rotates once every 26 days, its poles once every 
36 days. This differential rotation contributes to twist- 
ing the magnetic fields and producing active features 
like sunspots.) The magnetic fields are invisible, but 
observations have revealed that they can arch high 
into the Sun’s atmosphere, forming loops. Hot gas 
becomes confined in these loops, forming spectacular 
prominences. Violent rearrangements or eruptions in 
twisted magnetic fields result in flares, which spew 
matter and intense radiation into space. Some of this 
radiation may interrupt radio communications on the 
Earth, while the particles will soon stream into the 
Earth’s atmosphere, causing aurorae. 


Just above the photosphere, the temperature 
starts to climb, reaching 17,492°F (9,700°C) a few 
thousand miles above the photosphere. This is the 
chromosphere. Most of it is 10 million times less 
dense than air. The causes for the temperature rise 
are still not fully understood. One possibility is that 
mechanical energy from the convection zone—the 
energy associated with the motion of the gas—is 
deposited into the Sun’s upper atmosphere, heating 
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it. Because it is so thin and tenuous, the chromosphere 
is very faint, and under normal circumstances is invis- 
ible with the brilliant photosphere behind it. Scientists 
can see the chromosphere by photographing the Sun 
with special filters sensitive to light that originates in 
the chromosphere, or during an eclipse, when the 
Moon blocks the photosphere and the chromosphere 
appears as a glowing ring girdling the solar limb. 


At 1,800 mi (3,000 km) above the photosphere, the 
temperature rises sharply—35,541°F (19,727°C); then 
179,541°F (99,727°C); then 899,541°F (499,727°C). A 
narrow transition region opens to the corona, an incred- 
ibly tenuous and hot—3,599,541°F (1,999,727°C)— 
region extending 3,000,000 mi (5,000,000 km) above 
the photosphere. The corona is also very faint, and 
can only be observed in visible light with the photo- 
sphere blocked, as it is during an eclipse. Because the 
corona is so hot, it is also spectacular in x-ray photo- 
graphs, which can be obtained only from space-based 
observatories. 


The solar wind 


The end of the corona marks the last of the Sun’s 
strong magnetic field regions. The photon races into 
empty space. 


There are also swarms of particles. There are only 
a few per cubic centimeter—an almost perfect vacuum. 
They are all part of the solar wind, a continuous stream 
of matter flowing away from the Sun. Slowly, the Sun 
is losing material to space. The rate of this loss is very 
small, so it will not seriously affect the Sun’s evolution. 
(Some stars, however, have powerful winds that can 
carry off a substantial fraction of their mass.) The solar 
wind permeates the entire solar system, and beyond. 


A small blue planet 


About eight minutes after a photon leaves the 
Sun’s photosphere, it reaches the Earth. Along with 
countless billions of other photons, it streams through 
the Earth’s atmosphere. The photon, a product of a 
hydrogen fusion reaction 30,000 years ago, has fin- 
ished its trip. Obviously the Sun has a profound 
impact on Earth, but recent research suggests the con- 
nections may run deeper than initially thought. 


The link may lie in the solar activity cycle, which is 
the periodic variation in active features such as sun- 
spots, prominences, and flares, in the Sun’s atmos- 
phere and on its visible surface. The cause of the 
activity cycle is not well understood, but astronomers 
generally agree that the Sun’s differential rotation, 
combined with the turbulent motions in its convection 
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Chromosphere—The narrow middle layer of the 
Sun’s atmosphere. It is about 17,492°F (9,700°C) 
and is very faint relative to the photosphere. 
Convection zone—The outermost third of the solar 
interior. Here heat is transported to the surface in 
giant convective bubbles of gas, which rise to the 
surface, release their heat, and then sink back into 
the interior to pick up more heat. 

Core—tThe central region of the Sun, where thermo- 
nuclear fusion reactions take place. 

Corona—the highest and hottest layer of the solar 
atmosphere. Matter in the corona may have a tem- 
perature of 3,599,541°F (1,999,727°C) and may be 
several million miles above the photosphere. 


zone, create a magnetic dynamo that results in a per- 
petual tangling and rearrangement of the Sun’s mag- 
netic field. When magnetic field lines, which normally 
lie below the photosphere, become tangled and burst 
into the Sun’s atmosphere, active features such as sun- 
spots and prominences invariably form. When the 
magnetic field becomes tangled to a critical level, it 
rearranges and simplifies its configuration, and the 
amount of solar activity decreases correspondingly. 
The sunspot cycle typically has a length of about 11 
years, but there is compelling circumstantial evidence 
that variations in the length of the solar activity cycle 
are closely related to changes in the global temper- 
ature, with shorter solar cycles corresponding to 
warmer temperatures on the Earth. 


And, in the end, the Sun will have its final and 
greatest impact on the Earth. What of the core, which 
the photon left a million years ago? If scientists are 
correct in their predictions, around seven billion years 
from now, the seemingly countless hydrogen nuclei will 
all have been converted into helium ash—the Sun’s fuel 
will be gone. To stave off destruction by the inexorable 
force of gravity, the Sun’s core will contract and heat to 
the point that the helium will ignite. In the process, the 
Sun will expand into a red giant star, swallowing the 
innermost planet, Mercury, and turning the Earth into 
a charred wasteland. However, the helium is the last 
fuel reserve the Sun will be able to use, and it will eject 
its outer layers, leaving behind only its collapsed core, a 
small, dying white dwarf. 


As of May 2006, the Solar and Heliospheric 
Observatory (SOHO) had been studying the Sun for 
ten years. As a joint venture of the European Space 
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Photosphere—The lowest layer of the solar atmos- 
phere, where most of the visible light is emitted. 
Because this is the layer humans see in white light 
photographs, it is often called the solar surface, even 
though it is a very thin gas. 


Prominence—A large region of glowing gas sus- 
pended in magnetic fields, often arching far above 
the photosphere. Some prominences are quiescent, 
remaining for days, while others are eruptive, and 
dissipate violently. 


Radiative zone—The central two-thirds of the solar 
interior. Here energy is transported by the flow of 
photons, or light waves, through the matter. 


Agency (ESA) and the National Aeronautics and 
Space Administration (NASA), SOHO studies the 
outer layer of the Sun (the chromosphere transition 
region and the corona), making measurements of the 
solar wind, and investigating the interior structure of 
the Sun. The SOHO mission has dramatically 
increased scientific knowledge of the Sun, the deep 
within its interior to the edge of the solar wind. 


See also Seasons; Solar flare; Star formation; 
Stellar evolution. 
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I Sunbirds 


Sunbirds are 117-130 species of small, lovely birds 
that make up the family Nectariniidae. Sunbirds occur 
in Africa, South and Southeast Asia, New Guinea, 
and Australia. They occupy a wide range of habitats, 
from forests and savannas to shrubby grasslands, and 
some agricultural habitats. 


Sunbirds range in body length from 4-9 in (9-22 cm). 
The wings are short and rounded, and the tail is quite 
long in some species. They have a long, pointed, down- 
curved beak, which in some species exceeds the length of 
the head. The tongue is long; it is tubular for about two- 
thirds ofits length, and its tip is split. The unusual bill and 
tongue of sunbirds are adaptations to feeding on the 
nectar of flowers. There are fine serrations near the tip 
of the beak, which are thought to be an adaptation to 
gripping insects. 


Male sunbirds are brightly and garishly colored in 
bold patterns of green, blue, purple, red, black, or 
white. Many of these superb hues are due to an irides- 
cence of the feathers, which is a prism-like, physical 
phenomenon, rather than the color of pigments. 
Female sunbirds are more subdued in their coloration, 
and are not iridescent. The sunbirds and humming- 
birds (family Trochilidae) are not related, but they are 
similar in aspects of their iridescent coloration, and 
their feeding. 


Sunbirds are active, strongly flying birds. They 
mostly feed on nectar, and also on insects. Sunbirds 
sometimes hover while feeding. 


Sunbird nests are hanging, purselike structures, 
with a side entrance. The nest is constructed of fibrous 
plant materials by the female, partly held together 
using spider webs. The one to three eggs are incubated 
mostly by the female, but she is fed by the male while 
on the nest. Both parents care for the babies, which 
have a straight bill when born. 


There are 78 species of sunbirds in the genus 
Nectarinia. Males of the superb sunbird (Nectarinia 
superba) of central Africa have a metallic-green back, 
a purple throat, and a burgundy breast, with black 
wings and tail. Clearly, this bird is appropriately 
named. Males of Gould’s sunbird (Aethopyga goul- 
diae) of Southeast Asia have a blue head and tail, a 
crimson back, scarlet breast, and a lemon-yellow belly. 


The spiderhunters (Arachnothera spp.) are greenish, 
less-garishly colored birds, and they have very long bills. 
The long-billed spiderhunter (Arachnothera robusta) of 
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Indochina and Southeast Asia is a spider- and insect- 
eating bird that inhabits montane forests. 


Sundew see Carnivorous plants 
Sunflower see Composite family 


l Sunspots 


Sunspots are relatively dark, temporary spots that 
appear on the Sun (or, sun) from time to time. When such 
features appear on other stars, they are called starspots. 
The largest of these spots are visible to the naked eye, 
having even been noted by Chinese astronomers since 
antiquity. Their first mention in Western literature is in 
The Starry Messenger (1610) by Italian astronomer 
Galileo Galilei (1564-1642). Sunspot activity—the num- 
ber of spots on the Sun at any one time—varies with a 
period of about eleven years. This corresponds to the 
period of an overall solar-activity cycle whose other fea- 
tures include solar flares and prominences. The largest 
flare ever recorded was on November 3, 2003. As of 
October 2006, the Sun was near its minimum in sunspot 
activity, with the minimum expected sometime in 2007. 


The solar cycle 


At the beginning of an active period in the solar cycle, 
a few sunspots appear at the higher latitudes (1.e., near the 
poles). These are more or less stationary on the Sun’s 
surface, but appear to astronomers on the Earth to 
move because of the Sun’s axial rotation. Large spots— 
which may be large enough to sink many Earths in—may 
last for one or several solar-rotation periods of about a 
month each. As the solar cycle progresses, the number of 
spots increases and they tend to disappear at higher lat- 
itudes and appear at lower latitudes (i.e., nearer the equa- 
tor). The end of the cycle is marked by a marked drop in 
the number of low-latitude sunspots, which is followed by 
the beginning of the next cycle as spots begin to appear 
again at high latitudes. 

Sunspots, which usually occur in pairs aligned 
with the direction of the Sun’s spin, correspond to 
places where intense magnetic fields emerge from or 
reenter the solar surface. A bar magnet possesses a 
looping magnetic field connecting one end of the bar 
to the other, as revealed by iron filings scattered over a 
sheet of paper placed above the magnet. In this same 
manner, sunspot pairs possess a magnetic field that 
links them and along which charged particles align 
their motion. Scientists label the ends of a bar magnet 
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A visible light image of the sun, showing large sunspots. 
(U.S. National Aeronautics and Space Administration [NASA].) 


north or south magnetic poles depending on their proper- 
ties; similarly, each member of a sunspot pair corresponds 
to either a north or south magnetic pole. During a given 
solar cycle, the member of a sunspot pair that leads (1.e., is 
located toward the direction of the Sun’s rotation) usually 
has the same magnetic polarity in a pair formed in a 
particular hemisphere. The order of polarity is reversed 
for sunspot pairs formed in the opposite hemisphere. The 
magnetic orientation spot pairs is preserved throughout 
one entire eleven-year solar cycle; however, during the 
next cycle the order of leading and trailing polarities is 
reversed in both hemispheres. Thus, the sunspot cycle 
actually consists of two eleven-year cycles, since two cycles 
must pass before conditions are duplicated and the pattern 
can begin to repeat. 


Sunspots and weather 


Sunspot activity may be subtly linked to the 
Earth’s weather. Suggestive correlations between solar 
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activity, global temperature, and rainfall have been 
observed, and analysis of tree-ring data spanning cen- 
turies seems to show the presence of an eleven-year 
cycle. There is also geological evidence that the solar 
cycle may have been affecting terrestrial weather since 
Precambrian times. However, all these data have been 
disputed on statistical grounds, and there is presently 
no consensus among scientists as to whether sunspots 
actually affect the Earth’s weather or not, or if so, how. 
The energy output of the Sun varies very little over the 
solar cycle (i.e., by about 0.1%), and some scientists 
doubt whether such slight changes can really affect the 
troposphere (lower atmosphere) of the Earth, where 
precipitation occurs. A possible mechanism for ampli- 
fying the effects of the solar cycle on tropospheric 
weather is its influence on the stratosphere (the region 
of the atmosphere from an altitude of about 10 mi 
[16 km] to about 30 mi [50 km]). The stratosphere is 
home to the ozone layer, a diffuse shield of triatomic 
oxygen (O3) that is an efficient absorber of ultraviolet 
radiation. Since the Sun’s ultraviolet output varies ten 
times more over the solar cycle than its overall radia- 
tion output, it is plausible—and has been confirmed by 
observation—that the temperature (and thus volume) 
of the stratosphere will vary significantly with the solar 
cycle. (Those scientists involved in the launching and 
maintenance of artificial Earth satellites are acutely 
aware that the upper layers of the Earth’s atmosphere 
respond to solar activity by expanding and, thereby, 
inflicting increased drag on satellites in low orbits.) 
However, the troposphere is many thousands of times 
more massive than the stratosphere. Thus, scientists 
continue to investigate the question of whether temper- 
atures in the frail film of the stratosphere can measur- 
ably affect surface weather. 


One suggestion of a sunspot-weather link comes 
from historical records. There was a curious period of 
about 70 years—a period of extreme solar inactivity that 
occurred between 1645 and 1710—shortly after Galileo’s 
discovery of sunspots when few were observed. This era 
is called the Maunder minimum after English astrono- 
mer Edward Walter Maunder (1851-1928) who first 
noted its existence (along with German astronomer 
Friederich Wilhelm Gustav Sporer [1822—1895]). Other 
phenomena such as the aurora borealis (northern lights) 
that are associated with solar activity are also missing 
from European records during this period. The interval 
is also associated with what has long thought to have 
been a time of unusually severe winters in both Europe 
and North America that is sometimes termed the Little 
Ice Age. However, there is now doubt as to whether the 
Little Ace Age ever happened at all, at least on a global 
level. Most of the evidence for its occurrence is 
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anecdotal, and most comes from Western Europe. It is 
unlikely that historical evidence of this kind will resolve 
the scientific dispute over whether the solar cycle (or 
anomalies therein) significantly affect terrestrial weather. 


Why sunspots are dark 


The strong magnetic field in a sunspot, which is 
several thousand times stronger than that at the surface 
of the Earth, accounts for the relative dimness of the 
spot. The hot atmosphere of the Sun contains a signifi- 
cant number of atoms having a net positive charge 
resulting from collisions between them (1.e., they are 
ionized, having each lost one or more electrons). 
Moving charged particles tend to spiral along magnetic 
field lines. The magnetic field lines passing vertically 
through a sunspot, therefore, tend to suppress the con- 
vection (heat-driven vertical circulation) that usually 
transports heat to the Sun’s surface from its depths. 
Convection requires horizontal motion so that material 
can reverse its direction, but the strong vertical mag- 
netic field in the sunspot hampers cross-field (horizon- 
tal) motion of the electrically charged gas of the solar 
atmosphere. With less heat being supplied from below, 
a sunspot cools to about 3,000 K (versus about 5,800 K 
over the Sun’s normal surface, where K = Kelvin). 
Because of its lower temperature, the spot’s interior is 
relatively dark—about 40% dimmer than the rest of 
the Sun’s surface. Close inspection of a sunspot shows 
it to have a dark central region called the umbra (Latin 
for shadow) surrounded by a lighter, radially struc- 
tured region called the penumbra (almost-shadow). 
These regions are created by structural differences in 
the magnetic field responsible for the sunspot. Further, 
many sunspots are surrounded by bright rings. It is 
likely that the heat energy, which cannot convect 
upward into the sunspot, leaks up instead around its 
edges, superheating the material there. 


Causes 


In the second half of the twentieth century a 
mechanism of sunspot formation was proposed, 
which accounts for much of their observed behavior. 
To begin with, the Sun does not rotate as a rigid body. 
The polar regions rotate somewhat more slowly than 
the equator. (The reason for this occurrence is still not 
known.) Because the solar material is electrically 
charged, the Sun’s overall magnetic field is dragged 
along with the solar rotation. Because the solar rota- 
tion is faster at the equator, the field will be dragged 
faster at the equator than at the poles. Although the 
overall magnetic field of the Sun is weak (i.e., similar 
to that of the Earth), this differential rotation both 
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KEY TERMS 


Maunder minimum—A period of time from about 
1650 to 1725 when the Sun did not have sunspots 
visible with the instruments of the time. This inter- 
val is correlated with a period of unusually severe 
winters in Europe and North America known as the 
Little Ice Age. 


Penumbra—tThe lighter, outer region of a sunspot. 
Umbra—The dark, central region of a sunspot. 


distorts and intensifies it over time. The faster-rotating 
regions of the equator drag the local magnetic field so 
that the field lines are drawn out into long, thin tubes. 
The more these tubes are stretched, the more intense 
the magnetic field within them becomes. As the mag- 
netic tube breaks the surface of the Sun (and returns 
into it, as all magnetic field lines form closed loops), it 
forms two spot-like structures. As the field direction is 
out of the solar surface at one spot and into it at the 
other, one of these spots will act as a north magnetic 
pole and the other will act as a south magnetic pole. 
The global nature of the general solar field is what 
guarantees that the stretched magnetic tubes will yield 
leading spots with opposite polarities in opposite 
hemispheres. A reversal of the Sun’s general field 
would account for the observed periodic reversal of 
this order; however, there is no compelling explana- 
tion of why the general field should reverse after each 
eleven-year solar cycle. Nevertheless, this relatively 
simple model does provide a beginning basis for 
understanding sunspots. 


The Solar and Heliospheric Observatory (SOHO), 
launched in 1996, has been studying the outer layer of 
the Sun for ten years. As a joint venture of the European 
Space Agency (ESA) and the National Aeronautics and 
Space Administration (NASA), SOHO is using sound 
waves, which travel through the photosphere of the Sun, 
to construct an image of the internal structure that 
resides below sunspots. As of 2006, the SOHO mission 
had dramatically increased scientific knowledge of sun- 
spots and of the Sun in general. 
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l Superclusters 


Superclusters are currently the largest structures 
known in the universe. Their sizes range up to 100 to 
150 megaparsecs (or, 325 to 490 million light-years, 
where one light-year is the distance that light travels in 
vacuum in one year). Stars and clusters of stars group 
together into galaxies so as to contain anywhere from 
a few million to a few trillion stars. Galaxies collect 
into groups known as clusters of galaxies. On a larger 
scale, superclusters are clusters of clusters of galaxies. 
As clusters of galaxies group into superclusters they 
leave empty spaces called voids between the superclus- 
ters. Superclusters and voids typically extend for hun- 
dreds of millions of light-years. 


History 


In 1924, American astronomer Edwin Hubble 
(1889-1953), after whom the Hubble Space Telescope 
was named, proved that there were indeed galaxies out- 
side the Milky Way galaxy. The groupings of galaxies in 
the sky were so obvious that the existence of clusters of 
galaxies was accepted immediately. The existence of 
superclusters is less obvious. Finding the distances to 
galaxies, and their three dimensional distribution in 
space is difficult. Most astronomers accepted Hubble’s 
word that superclusters did not exist. American astron- 
omer Clyde Tombaugh (1906-1997), who discovered 
dwarf planet Pluto, once showed Hubble his first map 
of a supercluster. Hubble refused to believe it so the idea 
was ignored. 


French-American astronomer Gerard Henri de 
Vaucouleurs (1918-1995) was not so easily discour- 
aged. In the early 1950s, he suggested that the Milky 
Way galaxy and its cluster, the Local Group, are at the 
edge of a much larger group. This larger group is now 
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known as the Local Supercluster. De Vaucouleurs’ 
suggestion was initially “received with resounding 
silence” (his words) but after 25 years his view became 
widely accepted. 


By the 1970s, improvements in instrumentation 
allowed astronomers to measure distances to a large 
number of galaxies and work out the three dimen- 
sional structure of the universe. Stephen Gregory, 
Laird Thompson, and William Tifft mapped out the 
first definite supercluster in the 1970s. They found the 
Coma Supercluster extending about 100 million light- 
years. Two clusters, the Coma cluster and A1367 (the 
1367th cluster in a catalog by Abell), were bridged 
together by galaxies and small clusters. The trio also 
unintentionally found the first void in front of the 
Coma supercluster. Astronomers quibble about the 
details of superclusters but most accept the fact that 
the large scale structure of the universe includes super- 
clusters and relatively empty voids. 


Large scale structures 


Since the 1970s, large scale structure surveys have 
provided a picture of the superclusters and voids in the 
universe. All major known clusters of galaxies and at 
least 95% of all galaxies are found in superclusters. 
The voids between superclusters may contain faint 
galaxies but no bright galaxies. The voids tend to be 
spherical but superclusters are not. Superclusters have 
long filamentary or sheet-like structures that provide 
the boundaries for the voids. 


The Earth’s galaxy (the Milky Way) is located at 
one end of the Local Group—a small cluster of gal- 
axies with the Andromeda galaxy at the other end. The 
Local Group is near the outskirts of the Local 
Supercluster, which has a diameter of 100 million 
light-years. This somewhat flattened supercluster con- 
sists of two major hot dog-shaped groups of galaxies. 
It contains a total of 10!° times the mass of the Sun, 
most of which is concentrated into 5% of the volume 
of the supercluster. 


The biggest supercluster is the Perseus-Pegasus 
Filament discovered by David Batuski and Jack 
Burns of New Mexico State University. This filament 
contains the Perseus supercluster and stretches for 
roughly one billion light-years. It is currently the larg- 
est known structure in the universe. 


Margaret Geller and John Huchra have mapped a 
region that is 500 million light-years long but only 
15 million light-years thick. This area, the Great 
Wall, has not been completely mapped. They may 
find it extends longer than 500 million light-years 
when the mapping is complete. 


4233 


s4a}snjosadng 


Superconductor 


KEY TERMS 


Cluster of galaxies—A group of galaxies that is 
gravitationally bound. 


Galactic (open) cluster—A cluster of roughly a few 
hundred young stars in a loose distribution. This is 
not the same thing as a cluster of galaxies. 


Galaxy—A large collection of stars and clusters of 
stars containing anywhere from a few million to a 
few trillion stars. 


Light-year—The distance light travels in vacuum in 
one year, roughly 6 trillion mi (9.5 trillion km). 


Supercluster—A connected group of clusters of 
galaxies that may extend for hundreds of millions 
of light-years. 


Void—A region of space extending for hundreds of 
millions of light-years that contains few, if any, 
galaxies. 


A number of other superclusters and voids are 
known but astronomers have only mapped the large 
scale structure of a small part of the universe. They 
need to do much more work before astronomers 
understand the structure of superclusters and voids. 
There may even be larger scale structures. 


One of the pressing issues related to superclusters 
is how such structures formed in the early universe. 
This question remains unanswered but observations of 
the cosmic background radiation indicate that its 
beginnings developed even before galaxy formation. 
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tl Superconductor 


A superconductor is a material that exhibits zero 
resistance to the flow of electrical current and becomes 
diamagnetic (opaque to magnetic fields) when cooled 
to a sufficiently low temperature. 


An electrical current will persist indefinitely in a 
ring of superconducting material; also, a magnet can 
be levitated (suspended in space) by the magnetic field 
produced by a superconducting, diamagnetic object. 
Because of these unique properties, superconductors 
have found wide applications in the generation of power- 
ful magnetic fields, magnetometry, magnetic shielding, 
and other technologies. Many researchers are seeking to 
devise high-temperature superconductors—materials 
that superconduct at or above the boiling point of nitro- 
gen (N>), 77 K (Kelvin)—in order to carry large amounts 
of current without lapsing from the superconducting 
state. Such materials are already increasingly useful in 
power transmission and other applications. 


Superconductivity history and theory 


Superconductivity was first discovered in 1911 by 
Dutch physicist Heike Kamerlingh Onnes (1853-1926). 
After succeeding in liquefying helium (He), Onnes 
observed that the electrical resistance of a mercury fila- 
ment dropped abruptly to an experimentally undetect- 
able value at a temperature near —451.84°F (—268.8°C, 
4.2K), the boiling point of helium (Figure 1). Onnes 
wrote: “Mercury has passed into a new state, which, 
because of its extraordinary electrical properties, may 
be called the superconductive state.” 


The temperature below which the resistance of a 
material equals zero is referred to as the superconduct- 
ing transition temperature or the critical temperature 
of that material, 7. Another unique characteristic 
of superconductors is their diamagnetic property, 
which was discovered by German physicist Walther 
Meissner (1882-1974), working with a graduate stu- 
dent, in 1933. When a superconducting object is placed 
in a weak magnetic field, a persistent supercurrent, 
or screening current, is set up on its surface. This 
persistent current induces a magnetic field that exactly 
mirrors or cancels the external field, and the interior of 
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the superconductor remains field-free. This phenom- 
enon is called the Meissner effect and is the basis of the 
ability of superconducting objects to levitate magnets. 
(Levitation only occurs when the force of repulsion of 
the magnetic field, which is a function of the field’s 
intensity, exceeds the weight of the magnet itself.) 


Superconductors are categorized as type I (soft) 
and type II (hard). For type I superconductors 
(e.g., most pure superconducting elements, including 
lead, tin, and mercury), diamagnetism and supercon- 
ductivity break down together when the material is 
subjected to an external magnetic field whose strength 
is above a certain critical threshold H,, the thermody- 
namic critical field. For type Il superconductors (e.g., 
some superconducting alloys and compounds such as 
Mb;Sn), diamagnetism (but not superconductivity) 
breaks down at a first threshold field strength H,, 
and superconductivity persists until a higher threshold 
H.2 is reached. These properties arise from differences 
in the ways in which microscopic swirls or vortices of 
current tend to arise in each particular material in 
response to an external magnetic field (Figure 2). 


No unified or complete theory of superconduc- 
tivity yet exists. However, the basic underlying mech- 
anism for superconductivity has been suggested to be 
an electron-lattice interaction. American physicists 
John Bardeen (1908-1991), Leon Niels Cooper 
(1930-), and John Robert Schrieffer (1931—) derived 
a theory (termed the BCS theory, after their initials) 
in 1957, proposing that in the lattice of atoms com- 
prising the material, pairing occurs between electrons 
with opposite momentum and spin. These electron 
pairs are called Cooper pairs, and as described by 
Schrieffer, they condense into a single state and flow 
as a totally frictionless fluid. BCS theory also predicts 
that an energy gap—energy levels a discrete amount 
below those of normal electrons—exists in supercon- 
ductors. English physicist Brian David Josephson 
(1940-), in 1962, proposed that Cooper pairs could 
tunnel from one superconductor to another through a 
thin insulating layer. Such a structure, called a 
Josephson junction, has for years been fabricated 
widely for superconducting electronic devices. 


High-temperature superconductors 


Before 1986, although a variety of superconduc- 
tors had been discovered and synthesized, all had 
critical temperatures at or below the boiling point of 
He (e.g., Pb at —446.5°F [—265.8°C, 7.19 K] and 
Nb3Sn at —426.91°F [—254.95°C, 18.05 K]). Since 
expensive refrigeration units are required to produce 
liquid He, this strictly limited the circumstances under 
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which it was economical to apply superconductivity 
(Figure 3). 


The first superconductor to be discovered having 
T.. > —320.8°F (—196.0°C, 77 K) (the boiling point 
of liquid N>, which is much cheaper to produce 
than liquid He) was YBa,Cu;0, (T. ~—294°F 
[—181°C, 92 K]). The Y-Ba-Cu-O compound was dis- 
covered by American physicist C. W. Chu (1948-), work- 
ing with a graduate student, in 1987 following the 1986 
discovery by German physicist J. Georg Bednorz (1950-) 
and Swiss physicist K. Alexander Miiller (1927-) of the 
La-Ba-Cu-O oxide superconductor (T, = —394.6°F 
[—237.0°C, 36 K]). One year later, in 1988, bismuth- 
based (e.g., (Bi, Pb)2Sr>Ca2zCu3;0;9, JT, = —261.4°F 
[—163.0°C, 110 K)) and thallium-based 
(e.g.,T],BazCazCu3O jo, T, = —234.4°F [—148.0°C, 125 
K]) superconductors were successfully synthesized; their 
T.°s were some 20K higher than that of Y-Ba-Cu-O. 
Recently, mercury-based cuprates (HgBa2Ca,.;Cu, 
02,4243) have been shown to have 7, values higher 
than 130 K. These oxide superconductors are now 
classified as the high-temperature (or high-T.) super- 
conductors (HTSCs). 


All HTSCs so far discovered have an atomic struc- 
ture that consists of thin planes of atoms, many of 
which consist of the compound copper dioxide 
(CuO3). This compound is, so far, uniquely important 
to producing the property of high-temperature con- 
ductivity. Ironically, CuO, is a Mott insulator, mean- 
ing that at temperatures approaching absolute zero it 
begins to behave as an insulator (a substance having 
very high resistance) rather than as a conductor: yet at 
higher temperatures, embedded in an appropriate 
crystal matrix, it is key to the production of zero 
resistance (superconduction). 


Current flow in the CuO, family of HTSCs has 
directional properties. That is, the critical current den- 
sity, J.the largest current density that a supercon- 
ductor can carry without lapsing into finite 
resistivity—along the CuO, plane direction is orders 
of magnitude higher than at right angles to it. For 
HTSCs to carry a large amount of current, this implies 
that individual crystalline grains in bulk conductors 
(e.g., wires or tapes) of HTSC material should be well 
aligned with the current transport direction. 
Significant grain misorientation and chemistry inho- 
mogeneity at grain boundaries can form weak links 
between neighboring grains and thus lower local 
J. values. Several bulk material manufacture technol- 
ogies, such as the melt-powder-melt-growth (MPMG) 
method for Y-Ba-Cu-O and the oxide-powder-in-tube 
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Figure 1. The curve of resistance R(Q) versus temperature T 
(K) of a mercury filament (after H. Kamerlingh Onnes, 1911). 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


(OPIT) process for Bi- and Tl-based superconductors, 
have been demonstrated to develop textured bulk struc- 
tures. J, values of 10° to 10° amperes per square centi- 
meter at 77K have been achieved over small distances. 
For thin-film growth, dual ion beam sputtering (DIBS), 
molecular beam epitaxy (MBE), pulsed-laser deposition 
(PLD), and metal-organic chemical vapor deposition 
(MOCVD) have been shown to be successful methods. 
By optimizing processing temperature and pressure and 
using proper buffer layers, epitaxial HTSC films can be 
deposited on templates of other crystalline materials 
such as Si and MgO. With the integration of Si-based 
microelectronics processes, HTSC thin-film devices can 
be fabricated for a variety of applications. 


Superconductivity applications 


Superconductivity applications fall into two main 
areas—electromagnets (magnets whose magnetism 
depends on an externally-powered current passing 
through a winding) and electronics. In electromagnets, 
superconducting windings have much lower power 
consumption than do conventional copper windings, 
and thus are particularly attractive for high-field appli- 
cations. Superconducting magnets can be used in 
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KEY TERMS 


Critical current density, J —The largest current den- 
sity that a superconductor can carry non-resistively. 


Diamagnetic—The material with a magnetization 
vector opposite to the applied magnetic field, which 
gives rise to a negative magnetic susceptibility. 


Josephson junction—A structure with two super- 
conductors separated by a thin insulating barrier. 


Meissner effect—The expulsion of magnetic flux 
lines from a superconductor when the supercon- 
ductor is cooled to a temperature below Tc. 


Superconducting transition temperature, T——The 
highest temperature at which a given supercon- 
ducting material remains superconducting. 


Thermodynamic critical field, H—Minimum value 
of externally applied magnetic field that will cause 
breakdown of diamagnetism in a superconductor. 


magnetic resonance imaging, magnetic sorting of met- 
als, magnetic levitation trains, and magnetic shielding. 
For power utility applications, superconductors are 
promising for magnetic energy storage, electrical 
power transmission, motors, and generators. They are 
also useful as the coatings for radio-frequency cavities. 


In electronic applications, thin-film interconnec- 
tions and Josephson junctions are two key elements. 
Superconductors offer fast switching speeds and 
reduced wiring delays so that they are applicable for 
logic devices and memory cells. Superconducting field- 
effect transistors and Josephson junction integrated 
circuits have been demonstrated. At the temperature 
of liquid nitrogen, 77 K, superconductors can be fur- 
ther integrated with semiconductors to form hybrid 
devices. For sensor operation, superconducting quan- 
tum interference devices (SQUIDs), based on the 
Josephson junction technology, are the most sensitive 
detector for measuring changes in magnetic field. For 
example, they can detect very faint signals (on the 
order of 10°!° Tesla) produced by the human brain 
and heart. In addition, SQUID-based gradiometry is 
a very powerful instrument for non-destructive evalu- 
ation of nonliving materials. The increased energy gap 
in HTSCs allows the fabrication of superconducting 
electromagnetic radiation detectors used over the 
spectrum from x ray to the far infrared. 


As time goes by, superconductors will find more 
and more applications. Recently, Y-Ba-Cu-O has been 
shown to be a good material for the top and bottom 
electrodes of oxide ferroelectric thin-film capacitors, 
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Figure 2. A type-II superconductor in various states under the application of magnetic field. (///ustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


A small cube magnet hovering over a nitrogen-cooled specimen of a superconducting ceramic demonstrates the Meissner 
effect. Walther Meissner observed in 1933 that a magnetic field does not penetrate a superconductor. Magnetic lines of force 
loop around them, so the magnet is neither attracted nor repelled but instead floats above. Because the effect is so distinctive, it 
is used as a test for identifying superconducting materials. (Yoav Levy. Phototake NYC.) 
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Figure 3. Increase in T, with time since superconductivity was discovered. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


which exhibit fatigue resistance superior to that of 
capacitors with conventional Pt electrodes (used in 
dynamic random-access computer memories). This 
suggests that when the microstructures and the prop- 
erties of HTSC materials can be well controlled 
and tailored, oxide superconductors are promising 
for many hybrid designs—designs incorporating 
both conventional and superconducting materials. 
Scientists can also expect upcoming hybrid fabrication 
technologies. Processes for thin films, thick films, 
wires, and tapes may all be needed for the integration 
of a single superconductor-based instrument. Future 
growth in superconductor technology in electronic 
components (such as fault current controllers), 
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medical sensing, geology, military technology, trans- 
portation (such as magnetic levitation trains [maglev 
trains]), and power transmission and storage is very 
promising, especially if, as researchers conjecture, 
transition temperatures and critical current densities 
can be significantly increased. 


See also Electric circuit; Electromagnetism; Nano- 
technology. 
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Superheavy element see Element, 
transuranium 


I Supernova 


A supernova is the massive explosion of a star, and 
is one of the most violent events in the universe. For 
instance, with the sun shining as it does every day, it 
would take the sun around ten billion years to produce 
the amount of energy generated from an average super- 
nova. Nova is the Latin word for new and the word 
super distinguishes a supernova from a regular nova, 
which increases in brightness but to a lesser degree and 
with the use of a different type of explosion. 


There are two types of supernovae. A Type I 
supernova happens when a dead star called a white 
dwarf accretes so much matter from a companion star 
that it becomes unstable and explodes. A Type II 
supernova occurs when a high-mass star runs out of 
thermonuclear fuel. In this case, the star’s core collap- 
ses and becomes tremendously hard and rigid. The 
collapsing outer layers of the star bounce off the core 
and are flung outward with a burst of energy that can 
rival the output of an entire galaxy. 


Guest stars 


In AD 1054, a brilliant new star blazed into view 
into the constellation of Taurus, the Bull. The Chinese 
astronomers who observed it called it a guest star, and 
at its peak brightness they could see it even during the 
day. Over the following months, it gradually faded 
and disappeared. When astronomers train their tele- 
scopes on the location of the former guest star, they see 
an angry-looking cloud of gas called the Crab Nebula. 
Several other guest stars appear in the historical 
record, usually separated by intervals of a few hundred 
years. They are therefore quite uncommon. Two 
appeared in AD 1572 and AD 1604, but after then 
astronomers would have to wait more than 380 years 
before the next one. 


Studies of the Crab Nebula show that it is expand- 
ing, as if the enormous cloud of gas had been flung 
outward from a central point. Modern stellar evolu- 
tion theory has provided a reason for this: the guest 
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stars were the final acts in the lives of a massive star. 
These stars end their lives as supernovae, massive 
explosions that blast the stars’ outer layers into 
space. For a short time they can rival the brightness 
of a small galaxy; later, like dying pieces of coal in a 
fire, they fade away. 


Types of supernovae 


A supernova is the explosion of a star. In a single 
cataclysm, a massive star may blow itself to bits, 
releasing as much energy, for a brief time, as an entire 
galaxy. There are two types of supernovae. 


A Type I supernova is the explosion and complete 
destruction of a dead star called a white dwarf. (The 
sun, after it dies, will become a white dwarf.) If the 
white dwarf is made of carbon (the end product of 
the thermonuclear reactions that took place during the 
star’s life), and if it is a member of a binary system, a 
Type I supernova can potentially occur. 


Two important effects contribute to a Type I 
supernova. First, a white dwarf cannot be more mas- 
sive than about 1.4 solar masses and remain stable. 
Second, if the white dwarf’s companion star expands 
to become a red giant, some of its matter may be 
drawn away and sucked onto the surface of the white 
dwarf. If one could hover in a spacecraft at a safe 
distance from such a system, the person would see a 
giant stream of matter flowing from the large, bloated 
star to its tiny companion, swirling into an accretion 
disk, which then trickles onto its surface. A white 
dwarf that is almost 1.4 solar masses may be pushed 
over the critical mass limit by the constant influx of 
material. If this happens, the white dwarf will explode 
in an instantaneous nuclear reaction that involves all 
the mass of the star. 


The popular image of a massive, supergiant star 
ending its life in one final, dazzling, swan song is what 
astronomers classify as a Type I supernova. Ina Type II 
supernova, a massive star runs out of thermonuclear 
fuel and can no longer sustain itself against the inward 
pull of its own gravity. In a matter of seconds, the star 
collapses. The core is crushed into a tiny object called a 
neutron star, which may be no more than 6 mi (10 km) 
across. The outer layers collapse as well, but when they 
encounter the extremely hard, rigid, collapsed core, 
they bounce off it. An immense cloud of glowing gas 
rushes outward, and some of the nebulae visible in 
small telescopes are these dispersed outer layers of stars. 


Astronomers can tell the type of a supernova by 
observing its total brightness as well as its spectrum. 
Type I supernovae release more energy and therefore 
have a lower absolute magnitude (about —19 at peak 
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brightness, which is as bright as a small galaxy). Since 
a Type I supernova is the explosion of a dead star 
made largely of carbon, there is little evidence in its 
spectrum for the element hydrogen. Type II superno- 
vae, however, have prominent hydrogen lines in their 
spectra, for hydrogen is the primary element in the 
exploding star. 


Type I supernovae are useful to astronomers try- 
ing to determine the distances to other galaxies, which 
is a very difficult task. Since all Type I supernovae 
have about the same absolute brightness, astronomers 
can calculate how far away a Type I supernova is by 
measuring its apparent brightness and then calculating 
how far away it must be to appear that bright. Type I 
supernovae therefore serve as one of several kinds of 
distance indicators that help astronomers determine 
the size of the universe. 


Why a supernova explodes 


Ifa Type I supernova is the collapse of a massive 
star, why does a huge explosion result? Astronomers 
do not have the answer, partly because of the extreme 
physical conditions that exist in the temperatures 
(about a trillion degrees) and pressures in a collapsing 
stellar core, and partly because everything happens 
very rapidly. The more rapidly the situation is chang- 
ing, the more difficult it is to simulate it on a computer. 


The usual explanation is that the outer layers 
bounce off the collapsed core. Try this experiment: 
hold two superballs, one larger than the other, about 
5 ft (1.5 m) off the floor. Hold the smaller superball so 
that it is on top of and touching the larger one. Drop 
them simultaneously, so they fall with the little ball just 
above the big one (this takes some practice). If one does 
it correctly, the large ball (representing the core) will 
stop dead on the floor, and the little ball (representing 
the outer layers) will be flung high in the air. Something 
akin to this is thought to happen in a supernova. As the 
core collapses, a shock wave develops as the material 
gets jammed together. The incredible energy involved 
blasts the star’s outer layers far into space. 


Supernova 1987A 


Supernovae ought to happen in the Earth’s galaxy 
about once every 30 years. Until 1987, however, no 
bright supernova had been seen since 1604. By no 
means were humans due for one—that is an all-too- 
frequent abuse of statistics—but nevertheless a super- 
nova did explode on February 23, 1987. (To be precise, 
that was the date that light from the explosion first 
reached the Earth; the actual explosion took place 
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Core collapse—The sudden collapse of a star’s 
central region when the star’s last fuel reserves are 
exhausted. With no energy being produced to sus- 
tain it against its own gravity, the core collapses ina 
fraction of a second, triggering a supernova 
explosion. 


Type | supernova—The explosion of a white dwarf 
in a binary system. Often the white dwarf, which is 
the dead remnant of a star originally about as mas- 
sive as the Sun, has a stream of matter being 
dumped onto its surface by its companion. The 
white dwarf may be pushed past the limit of 1.4 
solar masses, after which it will become unstable 
and explode. 


Type II supernova—The explosion of a massive star 
that has run out of thermonuclear fuel. 


170,000 years earlier.) It was not in the Milky Way 
galaxy, but in one of the small satellite galaxies orbit- 
ing it, the Large Magellanic Cloud, visible in the 
southern hemisphere. It was a distance of 170,000 
light-years from the Earth, and became known as SN 
1987A. The star that exploded was a blue supergiant, 
probably 20 times more massive than the sun, and 
when it exploded it was visible to the naked eye. 
Supernova 1987A became one of the most studied 
events in astronomical history, as observations of the 
expanding blast revealed numerous exciting results. 


As a Star’s core collapses, the protons and elec- 
trons in it are smashed together to form a neutron, and 
every time such a reaction happens, an evanescent 
particle called a neutrino is created. The neutrinos 
travel outward from the core at the speed of light, 
and they are created in such vast numbers that they 
carry off most of the energy produced during the 
supernova. Just before SN 1987A became visible, 
surges of neutrinos were indeed detected here on the 
Earth. Since the neutrinos escape from the star before 
the visible explosion, the timing of the event provided 
important observational support for the idea that core 
collapse and the subsequent bounce of infalling outer 
layers drives some supernova explosions. 


There are several stars in the Earth’s celestial 
neighborhood that are prime supernova candidates. 
Betelgeuse, the red supergiant that marks Orion’s right 
shoulder, and Antares, the brightest star in Scorpio, 
are two notable examples. 
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The long legs of a waterstrider (Gerris paludum) allow it to distribute its weight across the water and be supported by surface 
tension. (© Hermann Eisenbeiss, National Audubon Society Collection/Photo Researchers, Inc.) 
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I Surface tension 


Surface tension, in physics, is an effect within a 
liquid’s surface layer, which causes the layer to possess 
characteristics similar to elastic. For instance, surface 
tension allows insects such as a water strider to walk 
on water. Surface tension, thus, is the result of the 
cohesive forces that attract water molecules to one 
another. This surface force keeps objects that are 
more dense than water (meaning they should not 
float) from sinking into it. The surface tension of 
water makes it puddle on the ground and keeps it in 
a droplet shape when it falls. 


If one uses a table fork to carefully place a paper 
clip on the surface of some clean water, a person will 
find that the paper clip, although more dense than 
water, will remain on the water’s surface. If one 
looks closely, the surface is bent by the weight of the 
paper clip much as the human skin bends when one 
pushes on it with a finger. 


A molecule inside a volume of water is pulled 
equally in all directions by the other molecules of 
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water that surround it. The molecules below it and to 
its sides, on the other hand, pull a molecule on the 
water’s surface. The net force on this surface molecule 
is inward. The result is a surface that behaves as if it 
were under tension. If a glob of water with an irregular 
shape is created, the inward forces acting on the mol- 
ecules at its surface quickly pull it into the smallest 
possible volume it can have, which is a sphere. 


A simple apparatus can be used to measure the 
forces on a liquid’s surface. A force is applied to a wire 
of known length, which forms a circle parallel to the 
surface of the water. The force balances the surface forces 
acting on each side of the wire. The surface tension of the 
liquid, g, is defined as the ratio of the surface force to the 
length of the wire (the length along which the force acts). 
For this kind of measurement, g = F/2L. The force, F, 
applied to the wire is that required to balance the surface 
forces; L is the length of the wire. The 2 appears in the 
denominator because there is a surface film on each side 
of the wire. Thus, surface tension has units of force per 
length—dynes/cm, newtons/m, ounces/inch, etc. 


Water has a relatively high surface tension that 
decreases with increasing temperature. The increased 
kinetic energy of the molecules at higher temperature 
would oppose the forces of cohesion. In fact, at the 
boiling temperature, the kinetic energy of molecules is 
sufficient to overcome their cohesive forces of attrac- 
tion and the molecules separate to form a gas. 


l Surgery 


Surgery is the part of medicine that employs oper- 
ative or manual treatment of disease or injury. 
Although surgery was practiced in ancient times, mod- 
ern anesthesia was not developed until the nineteenth 
century. For centuries, most types of operative surgery 
involved high risk to patients due to infection. With 
the development of antiseptic surgical methods in the 
nineteenth century, the risks linked to surgery dimin- 
ished. Some types of surgery remain risky, but many 
have high rates of success. Advances in technological 
knowledge offer new horizons in surgery. 


Ancient surgeons 


Traditionally, wars have been the proving ground 
of surgeons and new types of surgery. Early surgeons 
developed methods to anesthetize their patients 
and tools to operate effectively. Because there was 
no global communication, many surgical advances 
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A neurosurgeon using a computer-controlled robot arm 
(called a “magic-wand”) during an operation to remove a 
brain tumor. In the background, a screen shows a number of 
computer tomography (CT) scans of the patient’s head. With 
the CT scan data being fed into the robot’s computer, even a 
small tumor can be found and removed with minimal damage 
to surrounding tissue. (Geoff Tompkincon. National Audubon 
Society Collection/Photo Researchers, Inc.) 


remained geographically isolated. The Western tradi- 
tion of medicine developed independently of traditions 
in India, South America, and elsewhere, although trad- 
ers and others reported some medical advances. 


One of the earliest operative practices was trepa- 
nation, or the making of a hole in the head. Evidence 
of trepanation is present in skulls of individuals who 
lived as long ago as 10,000 BC in areas ranging from 
Northern Africa to Tahiti, France, and Peru. Ancient 
surgeons appear to have performed trepanation for 
reasons ranging from the relief of pressure on the 
brain, due to head injury, to the release of demons. 
The practice is still used in some cases to relieve pres- 
sure on the brain. 
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Ancient Egyptians also practiced surgery. 
According to the Smith Papyrus, a document written 
about 1600 BC, Egyptians were well acquainted with a 
variety of surgical problems. They set broken collar- 
bones using splints, treated medical problems ranging 
from tumors to fractures, and treated wounds with an 
adhesive plaster. 


Surgery was also mentioned in the Code of 
Hammurabi, the code of law developed in 1760 BC 
during the reign of the Mesopotamian King 
Hammurabi. The code called for strict discipline of 
surgeons. Surgeons who caused the death of a free 
man in surgery were to have their right hand ampu- 
tated as punishment, while surgeons who damaged a 
slave had to repay the owner for the value of the slave. 


Greeks and Romans used surgery as a last resort. 
The Greeks used herbs mixed in wine or water to dress 
and clean wounds, and performed surgical procedures 
ranging from trepanation to the cauterization of 
blood vessels. 


The Greeks used a number of natural anesthetics, 
including opium and the mandrake, a plant that can 
have a narcotic affect. A first century Greek physician 
in Nero’s army wrote that after using mandrake, 
patients receiving surgery “do not apprehend the 
pain, because they are overborn with dead sleep.” 
The Greeks also developed anatomical studies based 
on the dissection of human bodies. Dissection for the 
advance of medical knowledge was forbidden during 
the Roman Era and during the Middle Ages, and was 
not revived until the fifteenth century. 


The Romans developed many new surgical proce- 
dures. Roman surgeons used dilators to take barbed 
arrows out of wounds, amputated limbs, performed 
plastic surgery, and developed techniques for remov- 
ing bladder stones, hernias, and cataracts. 


Surgery also flourished in the first century AD in 
India. Medical texts document the practice of opera- 
tions ranging from tonsillectomy to plastic surgery. 
Certain practices sound familiar, such as the use of 
an operating room, the use of various types of forceps, 
and the use of anesthesia to reduce pain. One anes- 
thetic used was burning hemp, the plant used today in 
the drug marijuana. Indians also fumigated the area 
where surgery was to take place to reduce infection. 


Other practices suggest a far different place and 
time, including the use of large black ants as clips for 
tears in the intestines. As India continued to develop 
its medical tradition, the Middle Ages descended on 
Western Europe, casting a cloud of religious fervor 
over surgery, science, and the development of medi- 
cine as a whole. 
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The sponge of sleep 


The Roman Catholic Church was the overwhelm- 
ing authority in Medieval life, dictating everything 
from worship to medical care. Medical teaching was 
seen as less important than theology. While the Greeks 
had idealized good health, Christian doctrine in the 
Middle Ages considered suffering a potentially valua- 
ble entity, which could test one’s faith. As a result, the 
idea of healing the sick was controversial, particularly 
in the early Middle Ages. Some religious authorities 
suggested that medical treatment could be sinful. This 
climate was not conducive to an expansion of knowl- 
edge about surgery. 


During the early Middle Ages, traveling surgeons 
often wandered the countryside, operating on individu- 
als for hernias, stones, and cataracts, then frequently 
leaving town before complications developed. By this 
time, surgery was separate from medicine, and surgeons, 
whose work was often of low quality, had little prestige. 


As the Middle Ages progressed in Europe, medi- 
cal training changed. Medical doctors moved from an 
education based on apprenticeship to an education 
that included formal instruction at a university. With 
the founding of universities in Europe in the thirteenth 
and fourteenth centuries, the idea of a central well of 
medical knowledge expanded. Surgeons were left out 
of this formal educational world, with most learning 
their trade as apprentices. Eventually, colleges specif- 
ically for surgeons were developed. Those with the 
least education were called barber-surgeons. 


By the thirteenth century, technical guides to sur- 
gery started to emerge, complete with records of inno- 
vative techniques. These techniques included the use 
of the soporific sponge, a sponge soaked in a mixture 
of ingredients to promote sleep. The sponge could 
include opium, mandrake, and other ingredients. 
Such ingredients were difficult to regulate, and could 
cause drug dependence, death, or other less serious 
side effects. 


During the Middle Ages in Europe, the golden era 
of Islamic medicine transformed surgery. An Arab 
text from the eleventh century documented the use of 
cauterization to stop hemorrhaging and as therapy for 
chronic migraine headaches and epilepsy. 


Beyond boiling oil 


The Scientific Revolution in the sixteenth and sev- 
enteenth centuries revolutionized medicine. William 
Harvey (1578-1657) advanced all branches of medicine 
with his discoveries about circulation of the blood. A 
fascination with the human body, and the renewed 
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study of anatomy helped forge dramatic advances in 
the understanding of how the body worked. The era 
also saw the innovations of great surgeons such as 
Ambroise Paré (1510-1590). 


Trained as a barber-surgeon, Paré’s writings on 
surgery influenced the profession for centuries. His 
books were translated into Japanese, Latin, German, 
English, and Dutch. Paré, a military surgeon for four 
kings of France, made his first great innovation at the 
Siege of Turin in 1537. At the time, conventional treat- 
ment of gunshot wounds called for treatment that 
today would be considered sadistic torture: the cleans- 
ing of wounds by boiling oil. 


Stationed at the battle field where many soldiers 
were wounded, Paré used up the supply of boiling oil 
before all the men’s wounds could be treated. To treat 
the others, he developed a milder mixture consisting of 
egg yolk, turpentine, and oil of roses. The soldiers who 
had received Paré’s mixture looked better the next 
morning, while the other soldiers’ wounds remained 
unchanged. The success of the milder treatment lead to 
abandonment of the boiling oil dressing. 


Paré’s books on surgery related everything from 
effective treatment of gunpowder wounds to methods 
for removing arrows and treatment of urinary-tract 
infections. He also discussed the use of ligature to 
repair damaged blood vessels. Paré and other surgeons 
enhanced the reputation of the profession. But until 
the nineteenth century, surgeons and their patients 
were limited by their inability to fend off infection or 
control pain. Their failure to do so meant that surgery 
was generally painful and life-threatening. 


The limits of anesthesia in the pre-modern era 
shaped the way doctors operated on patients. One 
measure of the need to limit pain was the value placed 
on speed in surgery. Reportedly, Scottish surgeon 
Robert Liston could amputate a limb in 29 seconds. 
Long operations were impossible, because patients 
died on the operating table due to shock, pain, and 
heart failure. 


Surgeons from ancient times developed anes- 
thetics drawn from plants or plant products, such as 
opium from the poppy plant and wine drawn from 
grapes. But all of these substances had flaws, such as 
dangerous side effects. All were difficult to control for 
dosage, and none provided surgeons with what they 
most needed—a patient who would lie still and not feel 
pain during surgery, then awaken after the procedure 
was over. 


This changed with the development of effective 
anesthesia in the eighteenth century. There was no 
single inventor of anesthesia. Indeed, controversy 
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marked the early use of anesthesia, with many differ- 
ent individuals claiming credit. Ether, the first gas to 
be used widely, was described as early as 1540 as a 
solvent that could also be used to aid patients with 
pleurisy and pneumonia. The gas gained new life in the 
early 1800s, when American and British pleasure- 
seekers marveled at the changes in behavior and per- 
ception induced by inhaling ether or nitrous oxide. 


The story of the first public display of anesthesia 
by dentist William Thomas Green Morton is a story of 
claims, counterclaims, and frustration. The first to 
have his claims of innovation overlooked was 
Crawford Williamson Long, a physician in Jefferson, 
Georgia. Long reported the safe removal of a tumor in 
the neck of a patient anesthetized with ether in 1842. 
His failure to promptly report his use of the substance 
to medical journals resulted in the eclipse of his 
achievement by Morton in 1846. 


Another dentist, Horace Wells, also was frus- 
trated in his claim to be the first to successfully use a 
gas anesthetic. Wells used nitrous oxide in 1844 to 
anesthetize patients while their teeth were being 
pulled. Wells attempted to perform a dental procedure 
under anesthesia before a class of Harvard Medical 
students. The 1845 demonstration was a failure. The 
patient cried out in pain, and Wells was ridiculed. 
Eventually he committed suicide, after a bitter cam- 
paign to gain credit for his discovery. 


Morton did not know about the use of nitrous 
oxide as an anesthetic until after Wells, a former 
teacher, traveled to Boston (Massachusetts) to display 
the new technology in 1845. Taking a more careful and 
politic route than Wells, Morton conducted a series of 
experiments using ether with dogs, goldfish, and other 
animals. He applied for a patent, and in 1846 per- 
formed a successful tooth extraction on a patient 
who had inhaled ether. He also associated himself 
with a number of prestigious physicians, and then 
scheduled a public display of ether anesthetic. The 
1846 display, during which a prominent surgeon oper- 
ated on a vascular tumor, was a success. 


Though Morton received credit for the first suc- 
cessful use of ether anesthesia, his credit was chal- 
lenged a second time after the procedure was deemed 
successful. This time, he was accused by a chemist who 
had advised him, Charles T. Jackson, who said he was 
the true inventor. 


A sanitary leap forward 


The development of anesthesia cleared the way for 
more ambitious types of surgery and more careful 
surgical endeavors. Without the need to operate so 
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quickly, surgeons could focus on operating more care- 
fully. Yet surgery still had not entered the modern era, 
for infection continued to make recovery treacherous. 


Patients who survived surgery in the middle nine- 
teenth century continued to face frightening odds 
of dying from infection. An 1867 report noted that 
60% of patients who received a major amputation in a 
Paris (France) hospital died. Physicians routinely 
plunged their unwashed hands inside the body 
and often wore the same outfit for repeated surgical 
operating, unknowingly passing one patient’s germs 
on to the next. 


Ignorance about the nature of germs lead to dras- 
tic surgical measures. For example, individuals with 
compound fractures, in which the bone protruded 
through the skin, faced serious risk of infection and 
death in the early nineteenth century. To avoid infec- 
tion, surgeons often amputated the limb. 


Joseph Lister (1827-1912), the British surgeon 
who is credited with bringing antiseptic surgery to 
medicine, drew upon the work of his French contem- 
porary, Louis Pasteur (1822-1895). Pasteur observed 
that germs could be present in the air and on certain 
surfaces. Lister was the first to apply Pasteur’s obser- 
vation to surgery. 


Lister shook the medical world with his use of 
carbolic acid on compound fracture wounds after sur- 
gery. Because surgery for such fractures had a high 
rate of infection, Lister’s report of success with nine 
out of 11 patients in 1867 was a dramatic finding. 
Cheered by the success of this effort, Lister continued 
his drive to remove germs from surgery. His efforts 
included immersing surgical instruments in a carbolic 
acid solution, requiring surgical assistants to wash 
their hands in soap and water, and careful washing 
of the area to be operated upon. 


The success of the sterile surgical technique trans- 
formed surgery, over time, from a risky endeavor to 
one which carried a low risk for most procedures. The 
new safety of surgery made the practice more familiar, 
less risky, and far more open to innovation. 


A third discovery helped clear the way for the 
dramatic surgical developments of the twentieth cen- 
tury. This was the finding by immunologist Karl 
Landsteiner (1868-1943) that blood varied by blood 
group types. Landsteiner, who received the Nobel 
Prize in 1930 for his work, described four different 
blood groups. Knowledge about the compatibility of 
certain blood types and the incompatibility of others, 
enabled the development of safe blood transfusions 
during surgery. 
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The modern era 


By the late nineteenth century, surgery was still 
performed rarely. For example, in 1867, only 3.2% of 
the hospital admissions involved surgery at the Charity 
hospital in New Orleans (Louisiana). By 1939, surgery 
was involved in about 40% of admissions. 


But surgeons of the nineteenth century broke 
many barriers. As recently as the 1880s, most surgeons 
would not intentionally operate on the head, the chest, 
or the abdomen unless an injury already existed. Over 
the next few years, surgeons mastered numerous 
abdominal operations, including surgery for appendi- 
citis, new types of hernia operations, and surgery for 
ovarian disorders. 


During the twentieth century, surgeons created 
successful techniques to operate on the brain and the 
heart and even techniques for organ transplantation. 
Surgeons became elite members of the medical estab- 
lishment, earning more money than general practi- 
tioners and gaining celebrity as medical trailblazers. 


Once a last resort, surgery is now performed fre- 
quently. Each year, a total of 25 million surgical oper- 
ations calling for anesthesia are conducted in the 
United States. These operations cost a total of about 
$125 billion annually. 


Heart of hearts 


The emergence of heart surgery in the twentieth 
century defied earlier beliefs that the heart was invio- 
late and untouchable. Contemporary surgeons replace 
hearts in heart transplant operations, create new path- 
ways for the blood using tissue from other parts of the 
body in coronary bypass operations, and clear out the 
blood vessels of the heart using special tools in coro- 
nary angioplasty. But the story of the development of 
heart surgery makes clear the high cost in human lives 
of medical advancement in this area. 


As early as 1882, German physician M.H. Block 
wrote of his successful suturing of rabbit hearts and 
suggested that human hearts could also be sutured. 
Surgeons in the early twentieth century who attempted 
surgery on heart valves found limited success. A 1928 
survey of the 12 known cases of surgery on heart 
valves reported that 83% of those who received the 
procedure had died. 


Due to overwhelming death rates, heart valve 
surgery waned until the 1940s and 1950s, when the 
procedure was reintroduced and surgeons could take 
advantage of several research advances. These 
included procedures that enabled surgeons to main- 
tain circulation during surgery and to slow the beating 
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of the heart. In 1950, the first electric pacemaker was 
developed. The race to add new ways to preserve the 
precious heart intensified. 


In 1967, the first successful human heart transplant 
was performed by South African surgeon Christian 
Barnard. Although the patient died in 18 days, 
Barnard was celebrated internationally for his surgical 
skill. The thrill of transplanting hearts and the great 
potential for saving lives encouraged surgeons around 
the world to try the operation. The results were disap- 
pointing, as patient after patient died in a number of 
days or, sometimes, months. Most died after their bodies 
rejected the donated organ. Enthusiasm for the opera- 
tion faded. While 99 transplants had been conducted in 
1968, nine were performed in 1971. 


As a small number of surgeons continued perform- 
ing transplants, success rates for the operation improved. 
In addition, effective drugs to fight organ rejection were 
developed. By the early 1980s, heart transplants had 
regained popularity and in 1984, about 300 heart trans- 
plants were performed in the United States. In 1994, a 
total of 83% of individuals receiving heart transplants 
were expected to survive one or more years, making the 
surgery far safer than life with a failing heart. 


A more common, and safer, procedure for indi- 
viduals whose hearts are weak but not in need of 
complete replacement is the coronary artery bypass, 
a procedure developed in the late 1960s. The proce- 
dure takes tissue from elsewhere in the body to form 
new, clear pathways for blood to flow through the 
heart. A total of 309,000 coronary artery bypass grafts 
were performed in the United States in 1992. In 2003, 
the following numbers of procedures were performed: 
95,000: valve replacements; 467,000: bypass (cardiac 
revascularization); 2,016: heart transplants (in 2004); 
666,000: total open-heart procedures. The coronary 
artery bypass procedure, and similar procedures, is 
not without risk, and the death rate linked to bypass 
surgery is from one to two individuals out of 100. Yet 
the prospect of a limited life without the surgery makes 
coronary bypass a common procedure. 


One vivid measure of the extent to which surgery 
has become routine is the high number of babies born 
using caesarian section, the surgical delivery of a baby. 
In 1992, a total of 921,000 caesarian sections were 
performed, making the procedure the most common 
type of major inpatient surgery. In 2003, according to 
the National Center for Health Statistics, 684,484 pri- 
mary cesarean deliveries were made and 434,699 
repeat cesarean deliveries were made in the United 
States; which was 27.5% of the total deliveries made 
in the United States. The procedure is used when labor 
fails to progress, when a child being born is in distress, 
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and in other situations where normal birth is consid- 
ered unwise or dangerous. The frequency of the pro- 
cedure is controversial, with many critics saying that 
cesareans are used too frequently, placing mothers at 
risk and adding to the high cost of health care. 


Many contemporary experts challenge the long- 
told story that cesarean birth was named after the 
birth of Roman statesman Julius Caesar. They say 
that had Caesar been delivered using caesarian sec- 
tion, his mother probably would have died, due to the 
high risk of infection. Historical evidence suggests that 
she survived the birth of her son. Cesarean sections 
were mentioned in ancient Indian medical texts, 
although the outcomes are unclear. In the modern 
era, the first cesarean births in which mother and 
child were expected to survive were performed in the 
early 1800s. Death due to infection still occurred fre- 
quently following the surgery. Cesarean births did not 
become popular until the late 1920s and they did not 
approach their current popularity until recently. 


A prettier face 


Another type of surgery which has recently flour- 
ished is plastic surgery. Evidence of the reconstruction 
of noses, ears, and lips can be found as early as the first 
century AD, in ancient Indian medical texts. In the 
contemporary era, surgery to repair injuries or to treat 
disease, particularly cancer, continues to be the most 
common type of plastic surgery. 


But cosmetic plastic surgery has also become pop- 
ular, and procedures to make breasts larger, noses 
smaller, and buttocks less saggy have gained in popu- 
larity. For example, in 1992, a total of 50,175 proce- 
dures for nose reshaping were performed, and 32,607 
procedures to increase the size of the breast were per- 
formed. Nearly nine out of 10 individuals who 
received plastic surgery in 2002 were women, but 
men were also recipients of facelifts, buttock lifts and 
so-called tummy tucks. In 2005, according to the 
American Society for Aesthetic Plastic Surgery, 
almost 11.5 million cosmetic surgical and nonsurgical 
procedures were conducted in the United States. This 
statistic was an increase of 1% from 2004 surgical 
procedures (2.1 million) and a decrease of 4% for 
nonsurgical procedures (9.3 million). The popularity 
of cosmetic plastic surgery testifies to the public per- 
ception of surgery as a safe, predictable activity. 


Fetal surgery 
Contemporary surgeons have taken the concept 


of surgery well beyond what their counterparts as little 
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as 100 years ago believed to be their domain. One of 
the most dramatic types of surgery is fetal therapy on 
the unborn. The first successful effort to address fetal 
problems in the womb took place in the early 1960s, 
with the first prenatal blood transfusion. Effective 
techniques for human fetal surgical therapy were first 
performed in the 1980s and are still being developed. 
Because such surgery presents a risk to the fetus and 
the mother, surgery on the fetus is performed rarely. 
Such procedures are only performed if the potential 
benefit to the fetus is deemed to be great. Successful 
surgery has been performed on fetuses suffering from 
certain types of life-threatening hernias and urinary- 
tract obstructions. 


The procedure involves placing the mother under 
anesthesia and opening the uterus to expose the fetus. 
Following the surgery, amniotic fluid is replaced with 
a liquid solution containing antibiotics. The uterus is 
then stitched closed. 


Surgery of the future 


Technological advances in robotics and imaging 
devices suggest dramatic changes in the operating room 
of the future. Robots have already performed certain 
procedures in clinical trials. One such trial involves 
using a robot in surgery to help replace non-functioning 
hips with prosthesis. Hip-replacement procedures are 
commonly performed and have a high rate of success. 
But surgeons have long been concerned about the pro- 
cedures that do not succeed due, in part, to the difficulty 
of creating an exact fit for the prosthesis. 


Developers of the robot used in the clinical trials 
hope the robot will be able to do a better job. The 
robot is linked to a CT (computed tomography) scan- 
ner that measures the exact dimensions of the thigh 
bone. These measurements are used to help the robot 
hollow out a cavity in the thigh bone which will be an 
exact fit for the prosthesis. Successful use of such 
robots could change the role of the surgeon, whose 
tasks may include robot supervision in the future. 


New imaging devices should also help surgeons 
operate more safely and efficiently in the future. 
Researchers are currently working on imaging devices 
that combine powerful computer technology with 
existing imaging technology to produce images of the 
body during surgery. Such images could be used for 
surgeons in training, to see how the body changes 
during surgery. They may also be used during surgery 
to limit the amount of potentially harmful cutting that 
is done. As technology enables surgeons to be more 
precise about where they cut, surgery could become 
more effective and less invasive. 
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KEY TERMS 


Cauterization—The use of heat, electricity, or 
other substance to destroy tissue. 
Ligature—Material used to tie a blood vessel or 
body part. 


Prosthesis—An artificial body part. 


Sutures—Substance used to stitch closed a surgical 
wound. 

Trepanation—The operation in which a circular 
area is removed, usually in the skull. 


Uterus—Organ in female mammals in which 
embryo and fetus grow to maturity. 


One possible result of this could be what has been 
dubbed trackless surgery, procedures performed with- 
out cutting the patient. If images of harmful tissue, 
such as a breast tumor, could be sharpened, surgeons 
may be able to operate by simply focusing ultrasound 
waves on the tissue. Mastery of such techniques could 
make scalpels, sutures, and other conventional surgi- 
cal tools obsolete. 


Surgery of the future may bear little resemblance 
to the bloody, messy surgery of the present. But cer- 
tain elements of surgery are unlikely to change. 
Surgical innovation will continue to require patients 
willing to take a risk and surgeons willing to challenge 
convention. Surgical skill will continue to require the 
traits Hippocrates urged surgeons to honor in ancient 
Greece: “ability, grace, speed, painlessness, elegance, 
and readiness.” Finally, surgical progress will con- 
tinue to depend on the ability of skilled surgeons to 
use their physical ability and their medical knowledge 
to heal patients. 


See also Laser surgery; Neurosurgery; Prenatal sur- 
gery; Psychosurgery; Thoracic surgery; Transplant, 
surgical. 
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Patricia Braus 


l Surveying instruments 


Surveying is the apportionment of land by meas- 
uring and mapping. It is employed to determine boun- 
daries and property lines, and to plan construction 
projects. 


Any civilization that had any degree of sophisti- 
cation in construction methods required surveys to 
ensure that work came out according to plan. 
Surveying is thought to have originated in ancient 
Egypt as early as 2700 BC, with the construction of 
the Great Pyramid of Khufu at Giza, though the first 
recorded evidence of boundary surveying dates from 
1400 BC in the Nile River valley. 


The classic surveyors were the Romans. In order 
to forge an Empire that stretched from the Scottish 
border to the Persian Gulf, a large system of roads, 
bridges, aqueducts, and canals was built, binding the 
country economically and militarily. 
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Surveying was a major part of Roman public 
works projects. It also was used to divide the land 
among the citizens. Roman land surveying was 
referred to as centuriation after the century, which 
was a common rectangular unit of land area. These 
land parcels can still be seen in aerial photographs 
taken over France and other parts of Europe, the 
work of the Roman agrimensores, or measurers of 
land. The property lines were usually marked by 
stone walls and boundary markers. 


With the advent of new methods of trigonometry 
and calculus, new surveying instruments emerged. The 
theodolite was invented in the sixteenth century. Its 
precise origin is unclear, but one version was invented 
by English mathematician Leonard Digges (1520- 
1559) who gave it its name. A great theodolite was 
invented by Jesse Ramsden more than 200 years later 
in 1787. Its use led to the establishment of the British 
Ordnance Survey. 


Made up of a telescope mounted on a compass or of 
a quadrant plus a circle and a compass, the theodolite is 
used to measure horizontal and vertical angles. The mod- 
ern theodolite is usually equipped with a micrometer, 
which gives magnified readings up to 1/3600°,or one 
second of arc. The micrometer is derived from the vernier 
scale, which was invented by French engineer and soldier 
Pierre Vernier (1584-1638) in 1631 to measure in 
fractions. 


The transit is a theodolite capable of measuring 
horizontal and vertical angles, as well as prolonging a 
straight line or determining a level sight line. A tele- 
scope atop a tripod assembly is clamped in position to 
measure either horizontal or vertical angles. The 
transit employs a plumb bob hanging from the center 
of the tripod to mark the exact location of the 
surveyor. 


The practice of triangulation was introduced by 
mathematician and cartographer Gemma Frisius 
(1508-1555), born in what is today called the 
Netherlands, in 1533. By measuring the distance of 
two sides of a triangle in a ground survey, the third 
side and the triangle’s area can be calculated. 
Triangulation was aided by the inventions of the pris- 
matic astrolabe and the heliotrope. The latter was 
invented by German mathematician Johann Gauss 
(1777-1855). The modern study of geodesy, the sci- 
ence of Earth measurement, is considered to have 
begun with Gauss. Both instruments used a beam of 
sunlight to signal the positions of distant participants 
in a land survey. 


Other survey instruments include the surveyor’s 
compass, which is used for less precise surveying. The 
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surveyor’s level is used to measure heights of points 
above sea level or above local base points. Metal tapes, 
first introduced by English mathematician Edmund 
Gunter in 1620, are used for shorter measurements. 


In the late twentieth century and continuing into 
the twenty-first century, surveying has been aided 
greatly by remote sensing: Photogrammetry employs 
aerial photography to survey large areas for topo- 
graphic mapping and land assessment purposes, satel- 
lite imagery has increased the aerial coverage of 
surveys, and laser technology has increased the preci- 
sion of survey sightings. Along with these tools, sur- 
veyors use the geographical information systems 
(GIS) computer databases for access to additional 
information on land boundaries and features. 


| Survival of the fittest 


The term “survival of the fittest” was first used by 
the Victorian naturalist Herbert Spencer (1820-1903) 
as a metaphor to help explain natural selection, the 
central element of Charles Darwin’s (1809-82) revolu- 
tionary theory of evolutionary change. This theory 
was first published in 1859 in Darwin’s famous book, 
The Origin of Species by Means of Natural Selection. 


In this influential work, Darwin argued that all 
species are capable of producing an enormously larger 
number of offspring than actually survive. Moreover, 
the survival of progeny was manifestly not a random 
process; he described it as a “struggle for existence.” 
Rather, those progeny that were better adapted to the 
opportunities and risks of their particular environ- 
mental circumstances would have a better chance of 
surviving and of passing on their favorable traits to 
subsequent generations. These better-adapted individ- 
uals, which contribute disproportionately to the 
genetic complement of subsequent generations in 
their population, are said to have greater reproductive 
fitness. Hence the use, and popularization, of the 
phrase “survival of the fittest.” Darwin also used 
another, more awkward expression to explain the 
same thing, the “preservation of favored races in the 
struggle for life.” In fact, this is the subtitle that he 
used for The Origin of Species. 


Darwin’s theory of evolution by natural selection 
is one of the most important concepts and organizing 
principles of modern biology. The differential survival 
of individuals that are more fit, for reasons that are 
genetically heritable, is believed to be one of the most 
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important mechanisms of evolution. Because of its 
clarity, the phrase “survival of the fittest” is still widely 
used to explain natural selection. 


l Sustainable development 


Sustainable development is the management of 
renewable resources for the long-term good of the 
entire human and natural community; it is defined by 
the United Nations as “Development that meets the 
needs of the present without compromising the ability 
of future generations to meet their own needs.” Built 
into the concept of sustainable development is an 
awareness of the animal and plant life of the environ- 
ment and of non-living components such as water and 
the atmosphere. The goal of sustainable development 
is to provide resources for the use of present popula- 
tions without using up those resources so that future 
generations cannot survive or prosper. To achieve this, 
it is necessary to reduce environmental damage that 
challenges the survival of other species and natural 
ecosystems. 


The concept of sustainable development recog- 
nizes that individual humans and their larger eco- 
nomic systems can only be sustained through the 
exploitation of natural resources. By definition, the 
stocks of non-renewable resources, such as metals, 
coal, and petroleum, can only be diminished by use. 
Consequently, truly sustainable economies cannot be 
based on the use of such non-renewable resources. 
Ultimately, sustainable economies must be supported 
by the use of renewable resources such as biological 
productivity and energy fluxes such as solar, wind, 
geothermal, and biomass energy. 


However, even renewable resources may be sub- 
jected to overexploitation and other types of degrada- 
tion. A forest can be renewed, but it can also be 
destroyed forever. Central to the notion of sustainable 
development is the requirement that renewable resour- 
ces are utilized in ways that do not diminish their 
capacity for renewal, so that they will always be 
present to sustain future generations of humans. 


To be truly sustainable, systems of resource use 
must not significantly degrade any aspects of environ- 
mental quality, including those not assigned value in 
the marketplace. Biodiversity is one example of a so- 
called non-valuated resource, as are many ecological 
services such as the cleansing of air, water, and land of 
pollutants by ecosystems, the provision of oxygen by 
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vegetation, and the maintenance of agricultural soil 
capability. These are all important values, but their 
importance is rarely measured in terms of dollars. 


A system of sustainable development must be 
capable of yielding a flow of resources for use by 
humans, but that flow must be maintainable over the 
long term. In addition, an ecologically sustainable 
economy must be capable of supporting viable popu- 
lations of native species, viable areas of natural eco- 
systems, and acceptable levels of other environmental 
qualities that are not conventionally valued as resour- 
ces for direct use by humans. 


Natural resources 


In economic terms, resources (or capital) are 
regarded as actual or potential wealth that can be 
applied toward the creation of additional wealth. 
There are three broad types of capital. First, manufac- 
tured capital is industrial infrastructure that can be 
applied to the production of goods and services. 
Examples include factories, mines, harvesting equip- 
ment, buildings, tools and machinery, computers, and 
information networks. Second is human capital, or the 
cultural means of production, encompassing a work- 
force with particular types of knowledge and skills. 
And third, natural capital refers to quantities of raw, 
natural resources that can be harvested, processed, 
used in manufacturing, and otherwise utilized to pro- 
duce goods and services for an economy. 


There are two types of natural resources: non- 
renewable and renewable. Non-renewable resources 
are present in a finite quantity on Earth and are 
renewed by natural processes either slowly or not at 
all. Therefore, their stock diminishes as they are mined 
from the environment. Non-renewable resources can 
only be used in an non-sustainable manner. The lifetime 
of a non-renewable resource is determined by the size of 
its recoverable stocks in the environment, and the rate 
of mining. However, some non-renewable resources 
can be reused and recycled to some degree, which 
extends the effective lifetime of the resource. Common 
examples of non-renewable resources include metal 
ores, coal, and petroleum. 


Potentially, renewable resources can be sustained 
and harvested indefinitely. However, sustainable use 
requires that the rate of harvesting does not exceed 
the rate of renewal of the resource. Most renewable 
resources are biological and include trees, hunted ani- 
mals such as fish, waterfowl, and deer, and the prod- 
ucts of agriculture. Flowing surface water is an 
example of a non-biological resource that can poten- 
tially be sustainably used for irrigation, to generate 
hydroelectricity, and as a means of transportation. 
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It is important to recognize that potentially renew- 
able resources can easily be “over-harvested,” or 
exploited at a rate exceeding that of renewal, resulting 
in degradation of the resource. During over-harvesting, 
the resource is essentially being “mined”—that is, it is 
managed in the same way as a non-renewable resource. 
Regrettably, this is all too often the case, resulting in 
collapses of stocks of hunted fish, mammals, and birds; 
deforestation; declines of agricultural soil capability; 
and diminished river flows due to excessive withdrawals 
for use by humans. 


Another important characteristic of renewable 
resources is that they can provide meaningful ecolog- 
ical services even when they are in their natural, unhar- 
vested state. For example, intact, natural forests 
provide biological productivity; cycling of nutrients 
and water; a sink for atmospheric carbon; control of 
erosion; cleansing of pollutants emitted into the envi- 
ronment by humans; habitat for diverse elements of 
biodiversity; aesthetics; and other important ecologi- 
cal services. Some of these services are of potential 
value in providing resources that humans require, an 
example being the biomass and productivity of trees 
and hunted animals. However, most of these are not 
recognized by the conventional marketplace, although 
they are certainly important to ecological integrity and 
environmental health. 


The undeniable ecological reality is that humans 
have an absolute dependence on a continuous flow of 
natural resources to sustain their societies and econo- 
mies. Over the longer term, this is particularly true of 
renewable resources because sustainable economies 
cannot be supported only by non-renewable resources. 
Therefore, the only way to achieve a condition of 
sustainable development is to build an economy that 
is supported by the wise harvesting and management 
of renewable resources. 


Economics 


A goal of economic systems is to maximize the 
utility of goods and services to society. Usually, these 
products are assigned value in units of currency. Some 
examples of valuated goods and services include the 
following: manufactured products, such as automo- 
biles, computers, highways, and buildings; harvested 
natural resources, such as wood, hunted animals, and 
the products of agriculture; and the services provided 
by farmers, industrial workers, and others. 


Conventional economics does not seriously con- 
sider non-valuated resources, or goods and services 
that are not assigned value in the marketplace. 
Examples of non-valuated ecological resources include 
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the aesthetics of natural landscapes, services such as 
nutrient and water cycling, and rare species and natural 
ecosystems. Consequently, the merits of non-valuated 
ecological resources cannot be easily compared with 
those of valuated goods and services. This in turn 
means that degradations of non-valuated resources 
are not usually considered to be true “costs” by conven- 
tional economists, and they do not have a strong influ- 
ence in cost-benefit calculations. 


In conventional accounting, large profits can 
often be made by undertaking activities that cause 
substantial environmental damage, including the 
exhaustion of potentially renewable resources. This is 
an ecologically false accounting, but it has been 
rationalized by considering degradations of environ- 
mental quality to be externalities, or costs that are not 
directly paid by the individuals or companies that are 
causing the damage. However, the costs of resource 
and environmental degradation are very real, and they 
are borne by society at large—which of course 
includes the individuals or institutions responsible 
for the degradation. 


Ecological economics is a new, actively develop- 
ing sub-discipline within economics. The principal dis- 
tinction of ecological economics is that it attempts to 
find a non-anthropocentric system of valuation. This 
is different from conventional economics, in which 
valuations are based almost entirely in terms of the 
importance of good and services to humans, as deter- 
mined in the marketplace. 


Accountings in ecological economics include the 
important social and environmental costs that may be 
associated with the depletion of resources and the 
degradation of environmental quality. These costs 
are critical to achieving and measuring sustainable 
development, but they are not seriously considered 
during accountings in conventional economics. 


Sustainable development 
and sustained growth 


The notion of sustainable development refers to 
an economic system that is ultimately based on the 
wise utilization of renewable natural resources in a 
manner that does not threaten the availability of the 
resources for use by future generations of people. It is 
also important that damages to non-valuated resour- 
ces be kept within acceptable limits. 


Clearly, the existing human economy is grossly 
unsustainable in these respects. Modern economies 
are characterized by resolute economic growth, 
which is achieved by the vigorous mining of non- 
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renewable resources, potentially renewable resources, 
and environmental quality in general. 


Since the mid-1980s, when the notion was first 
introduced, “sustainable development” has been 
enthusiastically advocated by many politicians, econ- 
omists, businesspeople, and resource managers. 
However, many of these have confused sustainable 
development with “sustained economic growth,” 
which by definition is impossible because resources 
eventually become limiting. The first popularization 
of the phrase “sustainable development” was in the 
widely applauded report of the World Commission of 
Environment and Development, also known as the 
Brundtland Report after the chairperson of the com- 
mission, Gro Harlem Brundtland of Norway. 
However, this report appears to confuse some of the 
fundamental differences between economic growth 
and sustainable development. 


Although the Brundtland Report supports the 
need for sustainable development, it also calls for a 
large increase in the size of the global economy. The 
Brundtland Report suggests that a period of strong 
economic growth is needed, in concert with a redis- 
tribution of some of the existing wealth, if the living 
standards of people in poorer countries are to be 
improved. It is believed that once this has been accom- 
plished, social and economic conditions will favor an 
end to population growth and the over-exploitation of 
natural resources, so an equilibrium condition of a 
non-growing economy can be achieved. 


However, the sorts of economic growth rates rec- 
ommended in the Brundtland Report are equivalent to 
an increase of per-capita, global income of 3% per 
year, sufficient to double per-capita income every 
23 years. The economic growth must also compensate 
for growth of the human population, which amounts 
to about 2% per year. Therefore, the adjusted rate of 
economic growth would have to be about 5% per year 
(that is, 3% + 2%), which would result in a doubling 
of the global economy every 14 years. Of course, in 
poorer countries with even higher rates of population 
growth, including most of Africa, Asia, and Latin 
America, the rate of economic growth would have to 
compensate and be correspondingly larger. In total, 
the Brundtland Report suggested that an expansion of 
the global economy by a factor of five to 10 was 
needed to create conditions appropriate to achieve a 
condition of sustainable development. 


The Brundtland Report not only recommends a 
great deal of economic growth; it also recommends the 
development of technologies that would allow a more 
efficient economic growth, which would consume 
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fewer resources of material and energy per unit of 
growth achieved. Additionally, the report advocates 
a redistribution of wealth from richer to poorer people 
and countries, as well as greater efforts towards the 
elimination of population growth. 


The Brundtland Report, like other champions of 
“sustainable development,” actually promotes eco- 
nomic growth as a cure for the present ills of human 
economies. However, there are profound doubts that a 
5-to-10-times increase in the size of the human econ- 
omy could be sustained by the environment and its 
ecosystems. Economic growth may, in fact, be more of 
a cause of the environmental crisis than a cure. 


Resolution of the environmental crisis and 
achievement of sustainable economies may require 
the immediate, aggressive pursuit of more difficult 
and unpopular solutions than those recommended by 
the Brundtland Report. These would include much 
less use of resources by richer peoples of the world, 
immediate redistribution of some of the existing 
wealth to poorer peoples, vigorous population con- 
trol, and an overall focus on preventing further dete- 
rioration of ecological integrity and environmental 
quality more generally. 


Sustainable development 


A truly sustainable economic system recognizes 
that the human economy must be limited within the 
carrying capacity of Earth’s remaining natural resour- 
ces. In fact, many resource economists, environmental 
scientists, and ecologists believe that the human econ- 
omy is already too large to be sustained by Earth’s 
resources and ecosystems. If these specialists are cor- 
rect, then not only is further economic growth unde- 
sirable, it may have to be reversed. 


Non-sustainable economic growth occurs through 
a crude maximization of the flow of resources through 
an economy. In large part, economic growth is achieved 
by mining resources and environmental quality. 


In contrast, sustainable development is ultimately 
based on the efficient use of renewable resources, 
which are not degraded over time. Moreover, this use 
occurs under conditions in which environmental qual- 
ity is also protected. A sustainable economic system 
would have the following characteristics: 


First, renewable resources must be exploited at or 
below their capability for renewal. Present economies 
are greatly dependent on the use of non-renewable 
resources, but these are being rapidly diminished by 
use. As non-renewable resources become exhausted, 
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renewable resources will become increasingly more 
important in the economic system. Ultimately, sus- 
tainable economic systems must be based on the wise 
use of renewable resources. 


Second, non-renewable resources can also be uti- 
lized in a sustainable economy. However, the rates at 
which non-renewable resources are utilized must be 
balanced by the rate at which renewable substitutes 
are created, that is, by growth of a renewable resource. 
For example, fossil fuels can only be used in a truly 
sustainable economy if their utilization is compensated 
by net growth of a renewable energy substitute—for 
example, by an increase in forest biomass. To discour- 
age the use of non-renewable resources and the unsus- 
tainable mining of potentially renewable resources, it 
might be possible to implement a system of natural- 
resource depletion taxes. 


Third, there must be a markedly increased effi- 
ciency of the use and recycling of non-renewable 
resources, aimed at extending their useful lifetime in 
the economic system. Information systems and new 
technologies will be important in achieving this 
increased efficiency. There must also be well-designed 
systems of use and management of renewable resour- 
ces to ensure that these are sustainably utilized over 
the longer term. 


Fourth, it is critical that ecological resources that 
are not conventionally valuated also be sustained. The 
use and management of natural resources for human 
benefits will inevitably cause declines of some species 
and natural ecosystems, as well as other environmen- 
tal damage. However, viable populations of native 
species, viable areas of natural ecosystems, and other 
aspects of environmental quality must be preserved in 
an ecologically sustainable economic system. Some of 
these ecological values cannot be accommodated on 
landscapes that are primarily managed for the harvest- 
ing and management of economic resources, and they 
will therefore have to be preserved in ecological 
reserves. These ecological values must be accommo- 
dated if an economic system is to be considered truly 
sustainable. 


Sustainable economic systems represent a very 
different way of doing business, in comparison with 
the manner in which economies are now conducted. 
Sustainable development requires the implementation 
of a sustainable economy. To achieve this would be 
difficult on the short term, although the longer-term 
benefits to society and ecosystems would be enor- 
mous. The longer-term benefit would be achievement 
of an economic system that could sustain humans, 
other species, and natural ecosystems for a long time. 
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KEY TERMS 


Anthropocentric—Considering the implications of 
everything from the perspective of utility to 
humans, and to human welfare. 


Natural resource—Any naturally occurring com- 
modity that can be used by people. Non-renewable 
resources are of a finite quantity, and they can only 
be mined. Renewable resources can potentially by 
exploited indefinitely, but only if they are not 
degraded by overexploitation, i.e., used at a rate 
that exceeds renewal. 


Valuation—The assignment of economic worth, for 
example, in dollars. 


However, there would be short-term pain in imple- 
menting such a system, largely associated with sub- 
stantially less use of natural resources, abandonment 
of the ambition of economic growth, and rapid stabi- 
lization of the human population. 


As a result of these short-term inconveniences, 
truly sustainable development would not be initially 
popular among much of the public, politicians, govern- 
ment bureaucrats, and industry. This is because indi- 
vidual humans and their societies are self-interested, 
and they think on the shorter-term. However, for the 
sake of future generations of humans, and for that of 
other species and natural ecosystems, it remains abso- 
lutely necessary that sustainable economic systems be 
designed and implemented. 


See also Population, human. 
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I Swallows and martins 


Swallows and martins are small, fast-flying, agile 
birds in the family Hirundinidae. There are about 
88 species in this family worldwide, mostly found in 
open habitats, where they forage aerially for their prey 
of flying insects. 


There is no particular biological difference 
between swallows and martins. Sometimes these 
names are used interchangeably, as in the case of 
Riparia riparia, known as the sand martin in Western 
Europe, and as the bank swallow in North America. 


Biology of swallows and martins 


Swallows and martins have relatively long, 
pointed wings, and they are swift and agile fliers. The 
feet of these birds tend to be small and weak, and are 
used for little more than perching. These birds often 
rest on wires and exposed branches of trees. During 
migration, large numbers of swallows and martins 
may roost together on these sorts of perches, often in 
mixed-species flocks. Swallows may also forage in 
large, mixed-species flocks during migration. 


Many species of swallows and martins are rather 
plainly marked with dark brown or black backs and 
wings and a white breast. Other species are more 
boldly patterned, and may be brightly colored with 
red, yellow, and iridescent green and purple. Most 
species have a notched tail, and some have a deeply 
forked tail. 


Swallows have a short but broad mouth, which 
can open with a very wide gape, an adaptation for 
catching insects on the wing. This food of flying insects 
is sometimes referred to as aeroplankton. 


Many species of swallows and martins nest in 
colonies of various sizes, and most species are grega- 
rious during the non-breeding season. Some swallows 
nest in natural or artificial cavities. Other species nest 
in tunnels that they dig in earthen banks. Many species 


4253 


SUIPARLU PUP SMO][EMS 


Swallows and martins 


Barn swallows (Hirundo rustica) at Point Pelee National Park, 
Ontario. (Robert J. Huffman. Field Mark Publications.) 


construct an urn-like cavity of hardened mud or clay, 
or they make cup-shaped nests of these materials. The 
natural substrate for attachment of the constructed 
nests is cliffs and other sheer surfaces. However, 
some species use bridges and buildings as substrata 
upon which to build their clay nests. 


All species of swallows and martins migrate 
between their breeding and non-breeding habitats. 
Species that breed at high latitudes can migrate great 
distances, for example, about 6,831 mi (11,000 km) in 
the case of the European swallow (Hirundo rustica), 
some of which breed in northern Europe and winter in 
South Africa. 


North American swallows and martins 


The most familiar swallow in North America is 
the barn swallow (Hirundo rustica). This is a cosmo- 
politan species that also occurs under other common 
names in Eurasia, Africa, Southeast Asia, and 
Australia. The barn swallow is an attractive bird, 
with a deeply forked tail, an iridescent purple back, 
and a brick-red breast. Barn swallows often nest in 
small colonies. The natural nesting habitat is cliffs and 
caves, where these birds build their cup-nests of mud 
bonded with grass. Barn swallows also commonly 
build their nests on the sides of buildings and bridges. 
The barn swallow breeds south of the tundra over 
most of North America and Mexico, and winters in 
South America. 


The cliff swallow (Petrochelidon pyrrhonota) looks 
rather similar to the barn swallow, but it does not have 
a forked tail, and it has a white patch on its forehead, a 
buff rump, and a white breast. The cliff swallow is a 
colonial nester, building its roofed, mud nests on cliffs, 
and also on structures made by humans, such as 
bridges, dams, and buildings. The cliff swallow breeds 
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locally over a wide range, from the subarctic tundra to 
southern Mexico, and winters in South America. 


The bank swallow (Riparia riparia) also breeds 
over much of North America south of the tundra, as 
well as in Eurasia. North American populations of 
bank swallows winter in South America. The bank 
swallow is a brown-backed species, with a brown 
band across the chest. The bank swallow nests in 
colonies, typically excavating tunnels for its nests in 
the earthen banks of rivers. This species also uses the 
sides of gravel pits as a place to nest. 


The rough-winged swallow (Stelgidopteryx rufi- 
collis) is similarly marked to the bank swallow, but it 
lacks the brown breast-band, and has a darker breast. 
This is a non-colonial nester, which digs burrows in 
riverbanks, or sometimes nests in holes in cement 
bridges and other built structures. This species breeds 
widely south of the boreal forest of North America 
and into northern South America. The rough-winged 
swallow winters from the southern United States to 
South America. 


The tree swallow (Tachycineta bicolor) has an iri- 
descent, dark-blue or green back, and a white breast. 
This species breeds south of the low-arctic tundra to 
the northern states, and winters from the southern 
United States to Central America. The tree swallow 
nests in natural cavities in trees, or in cavities previ- 
ously excavated and used by woodpeckers. This spe- 
cies will also take readily to nest boxes. 


The violet-green swallow (Tachycineta thalassina) 
has a superficial resemblance to the tree swallow, with 
an iridescent violet-green back. This species breeds in 
the western United States, and winters in northern 
Central America and Mexico. The violet-green swallow 
generally nests in cavities in trees or in crevices of cliffs. 


The purple martin (Progne subis) is the largest 
swallow in North America. Male purple martins are 
a uniformly iridescent purple, while females are 
brown. The natural nesting sites of this colonial spe- 
cies are hollow cavities in trees, but purple martins also 
utilize multi-celled nesting boxes provided by humans. 
This species breeds in an area from southern Canada 
to Mexico, and winters in South America. 


Interactions with humans 


Swallows are boisterous and active birds, which 
maintain a stream of cheerful twitterings that many 
people find pleasing. The fact that some species nest in 
the vicinity of human habitations means that people 
can easily watch the comings and goings of these small, 
charismatic birds. Observers can gain an impression of 
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the daily life of the swallow, from the building of nests, 
through the rearing of nestlings, to the trials and tribu- 
lations by which fledglings learn to fly and to hunt their 
own food of insects. 


Swallows of all species eat enormous numbers of 
flying insects. Some of the prey insects (such as mos- 
quitos and blackflies) are regarded as pests by humans. 
As a result, swallows nesting near homes are often 
considered to be beneficial. Barn and cliff swallows 
construct their mud nests on buildings. These species 
do not need encouragement, only tolerance of the small 
annoyances that some people might perceive about the 
defecations of these birds. The nesting of tree swallows 
can be assisted by providing simple nest boxes, while 
purple martins can be attracted by providing multiple- 
unit apartment boxes. Because of the relatively large 
number of birds that can be supported, a colony of 
purple martins can have a significant effect on the 
abundance of biting flies in its vicinity. 


See also Insectivore. 
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i Swamp cypress family 


(Taxodiaceae) 


The swamp cypress family is more formally called 
the Taxodiaceae. This is a family of coniferous trees 
within the gymnosperms, that is, plants which produce 
naked seeds (not in a fruit) borne on scales. These 
scales are usually arranged to form a cone. 


Within the Taxodiaceae some species are ever- 
green, and some deciduous. There are nine genera 
which contain 16 species. These can be found in tem- 
perate and subtropical regions, in both the Old and 
New Worlds. Only one genus is represented in the 
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Redwoods in Jediah Smith State Park, California. (/LM 
Visuals.) 


Southern Hemisphere. Most of these are fast growing 
trees which can achieve a large size and an impressive 
age. Some members of this group have been known to 
be 3,000 years old. 


Characteristics 


All of the trees in this family produce resin when 
their branches are damaged. They all have one main 
trunk with a fibrous bark, usually of a reddish color. 
As the tree grows older the basal branches are lost, 
leaving a clear trunk. The leaves are usually dark 
green, needle like structures. 


All of the Taxodiaceae are wind pollinated, with 
male and female reproductive structures on the same 
individual plant, but physically separate in different 
canes. The male part is a cluster of catkin-like cones 
which release pollen, which is then blown by the wind. 
The female cones are larger and occur singly or in 
groups, a drop of fluid is exuded from them on which 
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pollen grains land. Once the pollen has been captured in 
this manner, the fluid is taken back in, bringing the 
pollen and ovule into close association so that pollina- 
tion may occur. Some species are capable of reproducing 
very early in their life (e.g., Taxodium) while others must 
first achieve a few centuries of age (e.g., Taiwania). 


The seeds are produced in mature cones, and 
when they are released from their high branches they 
can disperse over long distances due to the presence of 
wing-like, aerodynamic structures. Some, such as 
Sequoiadendron, only release their seeds after a forest 
fire, allowing a relatively competition-free start in life. 
The adult is little affected by the fire due to a protective 
layer of fibrous bark that is burnt off. However, the 
living wood underneath is not damaged, except by 
exceptionally severe fires. 


Recognizable fossils of some of these species have 
been found from the Cretaceous and Tertiary eras. 


The modern Taxodiaceae are found in warm tem- 
perate regions of the world, mostly in eastern Asia, east 
and west North America, and with a single genus in 
Tasmania. These plants favor areas of high rainfall with 
rich soil, tending to occur in local groves. One species, 
the swamp cypress (Taxodium distichum), is tolerant of 
wet conditions and will grow in swampy places. 


Members of the Taxodiaceae 


Athrotaxis comprises three species found only on 
the islands of Taiwan in east Asia. It is possible that 
one species is a hybrid between the other two, due to its 
intermediate characteristics. These are moderately 
tall, pine-like trees. 


Cunninghamia is a tall tree of great commercial 
importance in its native China and Taiwan. Two, 
rather similar species are known. 


Another genus, with two or three species, is 
Taiwania, from China, Taiwan, and north Burma. 
These are felled for their timber, but they are rather 
scarce in their native habitats, provoking much con- 
cern among conservationists. 


Cryptomeria is similar to the above groups, but 
the several species are more-widely spread in their 
native Japan and China. Due to the fast growing 
nature and height of this group, they have been widely 
introduced to other areas where they are important 
timber producers. 


The big-tree or giant redwood (Sequoiadendron 
giganteum) produces the world’s most massive trees, 
with the tallest measured example being 344.5 ft 
(105 m) tall with a trunk diameter of 39 ft (12 m). 
These massive trees are native to California; they will 
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not survive an intense frost and are intolerant of pol- 
lution. They are, however, remarkably fire tolerant 
due to their fibrous bark. In fact, disposal of their 
seeds is aided by fire, which makes the cones open, 
and also reduces competition for the new seedlings. 


A closely related, and physically slightly taller 
genus is the coast redwood (Sequoia sempivirens), 
found naturally from southwest Oregon to California 
in small numbered groups. 


All of the above genera are evergreens, that is, 
they do not lose all of their leaves in the autumn. The 
remaining members of the Taxodiaceae are all season- 
ally deciduous. 


Perhaps the most endangered member of the 
whole group is the dawn redwood (Metasequoia glyp- 
tostroboides), which was found for the first time in 
1941, in a small valley in Central China. No other 
wild populations have ever been discovered. The spe- 
cific name is due to the initial physical similarity to the 
previous genus. While endangered in the wild, the 
dawn redwood can be cultivated and is widely grown. 


Another endangered speciesendemic to China is 
Glyptostrobus pensilis. The swamp or bold cypress 
(Taxodium distichum) is a moderately hardy tree native 
to the southeastern United States. This species is not as 
massive as some of its relatives, but it is more hardy, 
and is a cultivated species. Two other Taxodium species 
are known. 


See also Conifer; Gymnosperm; Sequoia. 


Gordon Rutter 


l Swamp eels 


Belonging to the order Synbranchiformes, swamp 
eels are very slim fish with elongated bodies and 
reduced fins. Their gill system, which is very small, is 
linked to other organs to help them breathe air. 
Swamp eels live in tropical and subtropical habitats. 
They usually are found in stagnant fresh or brackish- 
water; only one species lives in the sea. These fish are 
found in Central and South America, Asia, and 
Africa. 


According to some publications, the order 
Synbranchiformes is made up of only one family, 
Synbrachidae, which contains four genera of swamp 
eels: the Macrotrema, the Ophisternon, the Synbranchus, 
and the Monopterus. Other sources report that there are 
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three separate families within the Synbranchiform Order: 
the swamp eels, the singleslit eels, and the cuchias. 
Whichever way these fish are categorized, in total, there 
are about 15 distinct species. 


Fish that look like snakes and live in dark, murky 
water are commonly called eels. Swamp eels are a great 
example of this type of fish. Indeed, they lack pectoral 
and pelvic fins, and their dorsal and anal fins are very 
small. Furthermore, while all species have small eyes, 
some are functionally blind with their eyes sunken 
below the skin. Some species live in caves, and many 
others burrow in mud. The maximum length these fish 
can attain is almost 3 ft (1 m). While swamp eels look a 
lot like eels, they are in no way related to them. Swamp 
eels are significantly different from eels internally and 
can breathe air. Furthermore, some of them estivate, 
which means that they sleep through the hot, summer 
months. 


All 15 species of swamp eels have one or two gill 
openings at their throats which are designed to absorb 
oxygen from water. However, several species that live 
in water with small amounts of oxygen—like stagnant 
pools—are able to breathe air from the surface 
through their open mouths. One such species is the 
rice eel. Fish of this species live in rivers, ditches, and 
swamps of Southeast Asia, Indonesia, and_ the 
Philippines. During the extensive dry season, these 
fish burrow into the mud and can remain alive until 
the rainy season starts, as long as their skin remains 
damp. Interestingly, when rice eels reproduce, which is 
during the summer months, the males form the nests 
using air bubbles and mucus. As the female rice eels lay 
the eggs, the males pick them up, one by one, and spit 
them into the floating nests. The males guard their 
nests and eggs as they float freely in the water and 
stay with their young until they are independent. Rice 
eels have successfully adapted to living in rice patties 
and are an important source of food for people in 
some regions. 


| Swans 


Swans are large birds in the waterfowl family, 
Anatidae, which also includes ducks and geese. There 
are seven species of swans, occurring on all continents 
except Antarctica. Three species of swan, the mute 
swan (Cygnus olor), the tundra swan (C. colombianus), 
and the trumpeter swan (C. buccinator) breed regu- 
larly in North America. 
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A tundra swan (Cygnus columbianus) at the Kellogg Bird 
Sanctuary, Michigan. (Robert J. Huffman. Field Mark 
Publications.) 


Swans have a very long neck, and all North 
American species have a white body. Swans are well 
adapted to the aquatic environment, having fully 
webbed feet for swimming. However, these birds are 
not capable of submerging; instead they feed by tip- 
ping up and using their long neck to reach for their 
food of aquatic plants and occasional invertebrates. 
The plumage and external morphology of the sexes is 
similar. Swans are big birds, the largest species being 
the mute swan, which weighs as much as 33 Ib (15 kg). 
Swans are flightless during the molt of late summer. 
They generally spend this time on large lakes, where 
they are relatively safe from terrestrial predators. 


Most species of swans undertake substantial 
migrations between their breeding grounds (on large 
ponds and lakes) and wintering grounds (lakes or 
estuaries), sometimes traveling thousands of miles 
back and forth each year. Swans are highly territorial 
on the breeding grounds, trumpeting loudly and often 
engaging in fights with other swans. They even some- 
times drive other species of waterfowl from their 
breeding lake. Swans typically mate for life, the pair 
staying together until one of the spouses dies. 


Swans of North America 


Three species of swan are regular breeders in 
North America. Mute swans breed in ponds and rivers 
in urban parks and other disturbed places, as well as 
more natural and wild habitats. The graceful and 
charismatic mute swan is familiar to most people. 
This species is native to Eurasia and was introduced 
to North America, where it has become the common- 
est of our swans. 


The most abundant of the truly native species is 
the tundra or whistling swan, closely related to the 
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Bewick’s swan (Cygnus columbianus bewickii) of 
Eurasia. The tundra swan breeds widely on the low- 
arctic tundra of mainland Canada and southern Baffin 
Island, and mostly winters on estuaries of the Pacific 
and Atlantic coasts. During migration the tundra 
swan occurs on lakes and rivers, and sometimes in 
agricultural fields near water. This species usually 
nests beside marsh-fringed ponds or lakes. Soon after 
hatching, the brood of three to five young swans (or 
cygnets) accompany the parents, feeding on inverte- 
brates during their first month or so, as well as on 
terrestrial grasses and sedges and aquatic vegetation. 


The trumpeter swan is somewhat larger than the 
whistling swan. It breeds in isolated populations in 
Alaska, Yukon, British Columbia, and as far south as 
Oregon and Wyoming. This species once had a much 
more widespread breeding range, probably extending 
east to Ontario and Quebec. Unfortunately, because of 
agricultural conversions of its habitat and overhunting, 
this species was taken perilously close to extinction. 
However, the population of trumpeter swans has 
recently increased to more than 24,000 individuals, 
and appears to be slowly expanding. Nevertheless, the 
trumpeter swan remains vulnerable to population 
decline. The trumpeter swan winters on Pacific estua- 
ries and offshore islands, and on a few inland lakes. 
Some efforts are being made to expand the range of this 
species through captive-breeding and release, for exam- 
ple, in Ontario. 


Conservation of swans 


Although swans are not abundant birds, during 
migration and winter these birds may congregate in 
large numbers. Moreover, swans are large animals, 
and they are relatively easy to approach on land 
when they are husbanding their young, or on water 
when they are in molt. Because of these factors, wild 
swans have long been hunted for subsistence or sport. 
However, because of their low reproductive potential, 
populations of swans are easily depleted and extir- 
pated by overhunting. This occurred during the hey- 
day of sport and market hunting of the nineteenth 
century, a population decline that was exacerbated 
by the widespread loss of breeding, migrating, and 
wintering habitats. Some species of swans, including 
the trumpeter swan of North America, became an 
endangered species, and were almost made extinct. 
More recently, however, the populations of most spe- 
cies of swans have generally been stable or have 
increased due to conservation efforts by governments, 
especially during the latter half of the twentieth cen- 
tury. Today, there is no legal hunt of swans in North 
America, although there is some poaching of these 
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birds, and a small aboriginal harvest of tundra swans 
occurs on their breeding grounds. 


Swans are also at risk from other environmental 
stresses. The occurrence of lead pellets from spent shot- 
gun ammunition in the surface sediment of their win- 
tering habitat poses a toxic risk for wild swans. 
Waterfowl are poisoned when they retain the lead 
shot in their gizzard for use in grinding their food of 
seeds. This results in the abrasion and dissolving of the 
lead, which enters into the bloodstream and can cause a 
range of toxic problems, including death. During the 
1980s and 1990s, it is likely that hundreds or thousands 
of swans died each year in North America from poison- 
ing by lead shot, and probably more than a million 
ducks and geese. Fortunately, the use of lead shot has 
been, or soon will be banned over most of North 
America, so this will be less of a problem in the future. 


Swans are also vulnerable to certain types of infec- 
tious diseases, especially avian cholera. This disease is 
caused by a food- and water-borne pathogen, and it 
can occur as a local epidemic that kills tens of thou- 
sands of waterfowl on particular lakes. Potentially, the 
trumpeter swan is especially at risk from the effects of 
this sort of epidemic disease, because large numbers 
congregate on wintering grounds in only a few lakes in 
Montana, Idaho, and Wyoming. Birds wintering on 
coastal estuaries are at less risk from avian cholera. 


Because of their positive aesthetics, swans have 
been widely cultivated in waterfowl collections and in 
public parks. The most commonly kept species is the 
mute swan, but other species are also bred, including 
the unusual black swan (Cygnus atratus) of Australia. 
Sightings of wild swans are also widely sought after by 
birders and other naturalists. Both the cultivation of 
swans and their non-consumptive use in ecotourism 
have economic benefits, and do not endanger popula- 
tions of these birds. 
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I Sweet gale family 


(Myricaceae) 


The sweet gale or bayberry family (Myricaceae) is 
made up of about 50 species of shrubs and trees. 
Minor economic uses of some species involve the 
extraction of a fragrant wax from their fruits and 
cultivation as ornamental shrubs. 


The foliage of plants in the Myricaceae can be 
deciduous or evergreen, and the leaves are commonly 
fragrant when crushed. The flowers are small and 
occur in catkin like inflorescences, which are made 
up of either male (staminate) or female (pistillate) 
flowers. The fruits are a one-seeded berry or drupe, 
often with a thick, waxy coating. 


One of the most interesting characteristics of spe- 
cies in the sweet gale family is their ability to fix 
atmospheric nitrogen gas (N>, sometimes known as 
dinitrogen) into ammonia (NH3), an inorganic form 
of nitrogen that can be utilized by plants as a nutrient. 
The nitrogen fixation is carried out inside of special- 
ized nodules on the roots and rhizomes of these plants. 
This is done by the enzyme nitrogenase, which is syn- 
thesized by bacteria that live in a mutualism with the 
vascular plant. The ability to fix atmospheric dinitro- 
gen into ammonium is an extremely useful trait, 
because it allows species in the sweet gale family to 
be relatively successful in nutrient deficient habitats. 


The most diverse genus in the Myricaceae is 
Myrica, of which several species occur widely in 
North America. The sweet gale (Myrica gale) is a 
common shrub along lakeshores and in other moist 
places over much of the temperate and boreal zones of 
North America and Eurasia. The sweet fern or fern- 
gale (M. asplenifolia) is widespread in eastern North 
America. Both the wax-myrtle (M. cerifera) and the 
bayberry or waxberry (M. carolinensis) of eastern 
North America produce fruits with thick, whitish, 
waxy coats. These fruits can be collected, the wax 
extracted using boiling water and then used to fra- 
grantly scent candles. 


See also Symbiosis. 


Bill Freedman 


l Sweet potato 


The sweet potato (Ipomoea batatas) is a creeping, 
vine like plant that is cultivated in tropical climates for 
its starchy, nutritious tubers. The sweet potato is in the 
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morning glory family (Convolvulaceae). The sweet 
potato is sometimes referred to as a yam, but it is 
quite different from the true yam (Dioscorea batatas), 
which is another species of tropical root-crop. 


The sweet potato is a perennial, trailing vine that 
develops tubers at the ends of adventitious roots. 
Sweet potatoes are easily propagated vegetatively, by 
planting small pieces of roots or vine cuttings. 


Although sweet potatoes are not consumed in 
large quantities in North America or Europe, they 
are a very important crop in the tropics. The global 
production of sweet potatoes ranks this plant with the 
eight most important foods grown by people in terms 
of the annual production of edible biomass (about 
127,000,000 tons [140,000,000 mt] per year). 


Sweet potatoes have an ancient history of cultiva- 
tion as a food crop. Archaeological evidence suggests 
that sweet potatoes may have been grown in Peru for 
as long as 5,000 years. This crop is known to have been 
cultivated in the tropical Americas, Southeast Asia, 
and Polynesia at the time of the first visits to these 
regions by Europeans. Many botanists believe that 
the sweet potato originated in Central America or 
northern South America, and was then somehow 
transported to Asia during pre-historic times. This 
dispersal may have happened by now-forgotten, 
trans-Pacific trade or migration voyages, or possibly 
by seed capsules floating across the ocean. 


There are many varieties of sweet potatoes, but 
these can be categorized into two broad groups. One 
group has moist, sweet tubers with an orange-colored 
interior—this is the type most commonly found in 
markets in North America. The other, more diverse 
group of sweet potatoes has a drier and mealier tuber, 
with a yellow, white, or red-colored interior, and is 
most extensively grown and eaten throughout the 
tropics. 


Sweet potatoes are a valuable source of carbohy- 
drate, beta-carotene, and fiber, containing as much as 
5% protein. However, a diet rich in sweet potatoes 
must be balanced with other foods, mostly to ensure 
an adequate intake of proteins, and a balance of essen- 
tial amino acids. Sweet potatoes can be eaten after 
boiling or roasting, or they can be manufactured into 
a flour, or used to make a product known as Brazilian 
arrowroot, and sometimes fermented into alcohol. 
Sweet potatoes are also fed to livestock, as are the 
vines and foliage of the plant. Because the tubers are 
rather moist, sweet potatoes spoil relatively easily, and 
crops do not always store well. 
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Swifts 


| Swifts 


Swifts are the fastest fliers of all of the small birds, 
reaching speeds of 172-218 mph (275-349 km/h), 
although 35-80 mph (56-128 km/h) is more common. 
They belong to the family Apodidae, a name meaning 
“without feet” and a reference to the fact that a swift in 
flight appears to have no legs or feet. Indeed, the legs 
of swifts are small and weak so that a swift that lands 
on the ground may have difficulty taking off again. 


Swifts gather food, drink, bathe, court, and mate 
all while on the wing. They are more closely related to 
the hummingbirds than to the swallows, which they 
resemble. There are more than 90 species of swifts, and 
they are found throughout the world except in the 
Arctic and Antarctic. Swifts are generally small 
birds, ranging from the size of a sparrow to the size 
of a small hawk. They are generally gray or brown, 
although some species are marked with white. 


The wings of swifts are slender and pointed, the ideal 
shape for a rapid flier. The tail contains 10 feathers, and 
may be forked or short and stiff. Although their legs are 
weak, swifts’ claws are strong and ideally suited to clinging 
to chimneys or rock walls on which they roost. The bill of 
swifts is tiny, but the gape is large, and well-suited for 
catching insects while in flight. Among the insects eaten by 
swifts are spiders, aphids, ants, bees, wasps, midges, may- 
flies, beetles, and termites. One Alpine swift was found to 
have a ball (called a bolus) of 600 insects in its throat, 
which it was taking back to feed its young. 


Swifts can be distinguished from the superficially- 
similar swallows by their style of flight. Swifts alternate 
a short glide with a series of shallow, rapid wingbeats, 
and in flight can be mistaken for bats. Swallows, on the 
other hand, are more fluid fliers. It was thought that 
swifts alternated their wing beats in flight—using first 
the left then the right, but stroboscopic studies have 
confirmed that the wings in fact beat in unison 
(if jerkily) because of the swifts’ short, massive wing 
bones. 


Not only are swifts rapid flyers, but they also have 
great endurance. One bird was estimated to have 
flown more than million miles in its nine-year life 
span. Since swifts are long-lived birds (some have 
been known to live for nearly 20 years), it is not 
unreasonable to assume that some individuals may 
have flown far more miles than that. Swifts migrate 
seasonally with species from North America generally 
wintering in South America. However, one North 
American species, the white-throated swift, becomes 
torpid during periods of cold weather, much like its 
relative the hummingbird. 
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Swifts are gregarious. A large colony of chimney 
swifts nested in an air shaft at Kent State University in 
Ohio. When chimney swifts prepare to roost for the 
night, a flock will circle about a chimney for as long as 
an hour. The bird closest to the chimney will be the 
first to enter, and the rest follow, looking like a puff of 
smoke going down the chimney. 


Nesting is usually a solitary affair. Swifts are loyal 
to both their traditional nesting site and to their mate. 
The male and female gather twigs for the nest by 
grabbing the twig while in flight; if it breaks off, the 
bird adds it to the nest. Nests are cup-shaped agglom- 
erations of twigs, mud, moss, and saliva (building 
materials vary by species), usually in a spot secluded 
and inaccessible to predators, such as a crevice in a 
high cliff face. Because the birds need so much saliva 
during breeding season, their salivary glands increase 
in size accordingly, swelling to as much as 12 times the 
normal size. 


The glutinous saliva is considered a delicacy by 
some people. In Southeast Asia, swift nests are har- 
vested for use in bird’s-nest soup, which some believe 
keep people young. The nests of these Asian species 
are constructed entirely of fast-drying saliva. Some 
swift species have become rare because of the harvest- 
ing of the nests. And, predictably, as the nests have 
become rarer, they have become more expensive, com- 
manding as much as $1,000 per pound. The escalating 
price has not reduced demand, and nest collectors are 
traveling farther afield in China, Thailand, Vietnam, 
and other Asian countries in search of nests. 


Depending on her species, the female lays between 
one and six white eggs. Both the male and female 
incubate the eggs, which hatch 17-28 days after being 
laid. The young swifts fledge at about 30 days old. 


The chimney swift (Chaetura pelagica) is the only 
North American species generally found east of the 
Mississippi River. Other species include Vaux’s swift 
(Chaetura vauxi), the smallest North American spe- 
cies, which weights just 0.66 oz (18.9 g), and the black 
swift (Cypseloides niger), the largest North American 
swift, which is rarely seen because of its high mountain 
habitat. The swift is not a songbird, and its voice 
consists of high, piercing screams. 


See also Swallows and martins. 
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| Swordfish 


The swordfish (Xiphias gladius), also known as the 
broadbill, or the forktail, is the only species in the 
bony fish family Xiphiidae. The swordfish is highly 
prized as a food fish, and as a game fish. Its most 
distinguishing characteristic is the remarkable elonga- 
tion of the upper jaw, which resembles a long, flat- 
tened, serrated sword and can extend up to one-third 
of the body length. The sword is used as an offensive 
weapon, and to stun or kill prey, which may be other 
fish, squid, or large mollusks. Swordfish often attack 
schools of mackerel, gashing several fish with their 
sword before devouring them. 


Swordfish are dark in color, most often brownish 
black or black, with a lighter brown below. Adult 
swordfish are devoid of scales and of teeth. 
Commercially, swordfish are caught by harpooning, 
and fish in excess of 1,200 lb (545 kg) have been taken 
by this method. Swordfish are spotted by their curved 
dorsal fin exposed above the water surface. Swordfish 
are also caught by rod-and-reel using heavy tackle, 
and are baited by trolling squid or mackerel. When 
hooked, a swordfish will make extreme efforts to free 
itself by leaping out of the water several times before 
eventually tiring. The angler may have to patiently 
play the fish for three or four hours before it is sub- 
dued. The record catch for a swordfish by rod-and-reel 
is 1,182 Ib (537 kg). 


When injured or hooked, a swordfish may thrust 
itself out of the water, squirm violently and attack 
anyone or anything in its path. When approached by 
a boat, the fish may pretend to be exhausted and then 
suddenly ram its sword into the side of the boat. The 
force of the thrust can be sufficient to pierce a 2-in 
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(5 cm) thick, solid-wood side of a boat. If the boat hull 
is wooden, the sword may go in too deep to be 
removed by the fish, and may be broken off in order 
to escape. 


The — sailfish (/stiophorus  spp.), spearfish 
(Tetrapturus spp.), and marlin (Makaira spp.) are rel- 
atives of the swordfish, but are placed in the family 
Istiophoridae. 


l Symbiosis 


Symbiosis refers to close interactions among 
members of different species over relatively long time 
periods. Symbiosis can involve obligate relationships, 
in which the symbionts cannot live apart, but usually 
the association is more flexible than this. Symbioses 
are beneficial for one or both of the species involved. 


Various types of symbiosis 


A variety of forms of symbioses are known. 
Mutualism is a symbiosis between species in which 
both members benefit. The examples of symbiosis 
that are discussed in the following section are all 
mutualisms. 


Parasitism is another type of symbiotic associa- 
tion, in which one organism obtains nourishment from 
a host, to the detriment of the host. In most para- 
sitisms, the parasite has a close and sometimes obligate 
relationship with the host. However, the host by no 
means needs the parasite, and in fact usually suffers a 
detriment from the symbiosis, although few parasites 
actually kill their host. Commensalism is a relation- 
ship in which one symbiont benefits from the interac- 
tion, while the host species is neither positively or 
negatively affected. For example, small epiphytic 
plants derive a substantial ecological benefit from liv- 
ing on larger plants, but the latter are not usually 
affected to a meaningful degree. 


Examples of symbioses 


Lichens are an obligate mutualism between a fun- 
gus (or mycobiont) and an alga or blue-green bacte- 
rium (or phycobiont). The fungus benefits from the 
lichen mutualism through access to photosynthetic 
products of the alga or blue-green bacterium, while 
the phycobiont benefits from provision of a relatively 
moist habitat and enhanced access to inorganic 
nutrients. Lichen mutualisms result in very distinctive 
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A cape buffalo with an oxpecker on its back in Kenya. The relationship between the oxpecker and the buffalo is a type of 
symbiosis called mutualism; the oxpecker feeds from the supply of ticks on the buffalo, which in turn benefits from tick removal. 


(JLM Visuals.) 


forms that are identified on the basis of the size, shape, 
color, and biochemistry. 


Certain species of fungi also occur in intimate 
associations with the roots of vascular plants, in a 
mutualism referred to as mycorrhizae. The plant ben- 
efits from the mycorrhiza through increased access to 
inorganic nutrients, especially phosphate, while the 
fungus gains an advantage through access to nutri- 
tious exudates from the roots of the plant. This is a 
very widespread mutualism—most vascular plants 
have mycorrhizae. 


Some vascular plants live in a mutualism with 
particular microorganisms that have the ability to fix 
atmospheric nitrogen into ammonia, a form of inor- 
ganic nitrogen that the plant can utilize in its nutrition 
(see entry on nitrogen cycle). The best known exam- 
ples of this mutualism involve various species of plants 
in the legume family (Fabaceae) and a bacterium 
known as Rhizobium japonicum. \n this mutualism, 
the plant benefits from increased access to an impor- 
tant nutrient, while the bacterium gains appropriate 
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habitat in the form of root nodules, as well as fixed 
energy provided by the host plant. 


Another common mutualism occurs in the guts of 
animals that eat plant matter. Many animals consume 
plant biomass, but most are not very effective at 
digesting polymeric biochemicals such as cellulose 
and lignin. Often, these animals live in a symbiosis 
with microorganisms, which inhabit part of the gut 
and secrete specialized enzymes, such as cellulases that 
digest cellulose. The herbivorous animal benefits from 
access to a large source of fixed energy, while the 
microorganisms benefit from access to a safe and 
appropriate habitat, and to nutritious chemicals avail- 
able in the animal gut. This sort of mutualism occurs, 
for example, between termites and symbiotic bacteria 
and protozoans. In the case of the termite Eutermes, 
protozoans in the gut may account for 60% of the 
insect’s weight. Many herbivorous mammals also live 
in a cellulose-digesting symbiosis with bacteria and 
protozoans, as is the case of ruminants such as the 
domestic sheep (Ovis aries) and cow (Bos taurus). 
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Symbioses between humans 
and other species 


Humans live in symbioses of various intensities 
with a number of domesticated animals and plants. 
To varying degrees, these cultural symbioses are 
mutualistic, with both humans and the other species 
benefitting. 


For example, domesticated plants can be though 
of as living in a mutualistic relationship with humans. 
Agricultural varieties of corn or maize (Zea mays), for 
example, are no longer capable of reproducing inde- 
pendently of human management. This is because over 
time the fruiting structure of maize has been selected to 
be enclosed in a leafy sheath that does not open, and to 
have seeds that do not easily separate (or shatter) from 
the supporting tissue (the cob). If humans did not 
plant the seeds of maize, the species would likely 
become extinct. The same is substantially true for 
most agricultural plants that have become extensively 
modified through cultural selection by humans. 
Humans, of course, benefit greatly from their mutual- 
isms with agricultural plants, through crops of food, 
fiber, and other products. 


Similarly, domesticated animals live in a mutual- 
istic relationship with humans. Cows (Bos taurus), for 
example, benefit from their human-managed access 
to fodder, veterinary services, and protection from 
predators, while humans benefit from access to milk 
and meat. 


Even the keeping of animals as pets represents a 
type of symbiosis. Pet dogs (Canis familiaris) and cats 
(Felis catus) are fed and kept safe in domestication, 
while humans benefit from the companionship of 
these animals, and sometimes from other services, as 
when cats kill pest rodents. 


Symbiosis and evolution 


The idea of symbiosis has played a role in the 
development of theories that explain the evolution of 
complex life forms on Earth. The first organisms on 
Earth were prokaryotic cells and blue-green bacteria, 
which do not have an organized nucleus. Eukaryotic 
cells are more complex, having their nuclear material 
bounded within a nucleus, as well as other cellular 
organelles such as mitochondria, ribosomes, chloro- 
plasts, and cilia and flagellae. An theory of the origin 
of eukaryotic cellular organization postulates the 
occurrence of a series of symbioses, in which prokary- 
otic cells became intimately associated with each other 
so that various certain cellular functions became div- 
ided amongst the symbionts. For example, certain 
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KEY TERMS 


Mutualism—A mutually beneficial relationship 
between individuals of different species. 


Symbiosis—A close relationship between two or 
more organisms of different species that takes 
place over a relatively long period of time. 


symbionts might have become responsible for the 
most of the respiratory function of the mutualism, 
and then evolved into mitochondria. Other symbionts, 
such as blue-green bacteria, could have been respon- 
sible for photosynthesis and then evolved into chlor- 
oplasts. To a degree these ideas are supported by the 
observation that both mitochondria and chloroplasts 
contain small amounts of genetic material (DNA, or 
deoxyribonucleic acid), which may be relict from an 
earlier, independent existence of these organelles. 


Another somewhat controversial theory, called 
the Gaia hypothesis, suggests that Earth may repre- 
sent an enormous, quasi-organismic entity, in which 
all species comprise a global, symbiotic, physiological 
system that maintains environmental conditions 
within a range that life can tolerate. Supporting evi- 
dence for this hypothesis includes the suggestion that 
the oxygen in Earth’s atmosphere is ultimately of bio- 
logical origin, having been emitted by photosynthetic 
organisms. Without oxygen, of course, species that 
perform cellular respiration could not survive. In addi- 
tion, some ecologists suggest that the concentration of 
carbon dioxide in Earth’s atmosphere is to a large 
degree regulated by a complex of integrated biological 
and physical processes by which CO, is emitted and 
absorbed. This gas is important in maintaining the 
planet’s average surface temperature within a range 
that organisms can tolerate. 


See also Parasites. 
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l Symbol, chemical 


Chemical symbols are shorthand abbreviations of 
the names of the 111 discovered, confirmed and, offi- 
cially named chemical elements (as of October 2006). 
Each element has its own unique symbol. Since science 
is an international enterprise, chemical symbols are 
determined by international agreement. 


The use of symbols for the chemical elements 
existed long before a systematic method was developed. 
The alchemists associated the symbols of the planets not 
only with the days of the week, but also with the seven 
metals known at the time: gold, silver, iron, mercury, tin, 
copper, and lead. For example, in Etienne Geoffroy’s 
(1672-1731) table of chemical affinities, published in 
1718, the astrological symbol for Mars is used to indi- 
cate iron; while the symbol for the sun, a circle with a dot 
in the center, is used for gold. The symbolism is not 
accidental: the importance of the sun in astrology clearly 
parallels the exalted position of gold in alchemy. 
Geometrical figures, such as triangles, and circled letters 
were also used, such as N for nickel and M for manga- 
nese. By the beginning of the nineteenth century, there 
were about 26 known elements, but by the beginning of 
the twentieth century, there were more than 81. As more 
elements were discovered, the need for symbolic repre- 
sentations for these elements became more evident. 


During the first half of the nineteenth century, 
Swedish chemist Jons Jacob Berzelius (1779-1848), sys- 
tematically assigned letters as symbols for the elements. 
Chemists everywhere soon accepted this method. 
Today, the International Union of Pure and Applied 
Chemistry (IUPAC) is the organization that makes the 
final decision on the names and symbols of the chemical 
elements. 


Chemical symbols are composed of one or two 
letters. The first letter is always capitalized and the 
second, if there is one, is always lowercase. Often 
these are the first two letters of the element’s name 
but this is not always possible, because it would some- 
times cause duplication. For example, the symbol C 
represents carbon, Ca represents calcium, Cd repre- 
sents cadium, and Cf represents californium. 


Most of the elements have symbols derived from 
their English name, but a few symbols stem from other 
languages. Notable among these are ten common ele- 
ments whose names and symbols are derived from 
Latin. These are: antimony, Sb, from stibium; copper, 
Cu, from cuprum; gold, Au, from aurum; iron, Fe, 
from ferrum; potassium, K, from kalium; lead, Pb, 
from plumbum; mercury, Hg, from hydrargyrum; sil- 
ver, Ag, from argentum; sodium, Na, from natrium; 
and tin, Sn, from stannum. 
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Chemical symbols are used by chemists every- 
where in writing chemical formulas, in which the sym- 
bols represent the atoms of the elements present in a 
compound. 


Some strange-looking element names with even 
stranger-looking three-letter symbols have been in gen- 
eral use recently for the heaviest chemical elements. 
Because they may still be seen in periodic tables published 
between 1980 and 1994, it is important to know what 
they mean. For example the element of atomic number 
104 was referred to as unnilquadium, with the symbol 
Ung, and element 108 was referred to as unniloctium, 
with the symbol Uno. These names and symbols are 
based entirely on the atomic numbers themselves: un 
means 1, nil means 0, and quad means 4; therefore unnil- 
quad means 104. These names and symbols were recom- 
mended by the International Union of Pure and Applied 
Chemistry to be used temporarily, until certain disputes 
about who discovered these elements could be resolved. 


The discoverers of a new element have historically 
been given the right to suggest a name. But three groups 
of nuclear chemists all claim to have been the first to 
discover some of the transuranium elements: an 
American group at the Lawrence Berkeley Laboratory 
in California, a Russian group at the Joint Institute for 
Nuclear Research in Dubna, and a German group at the 
Gesellschaft fiir Schwerionenforschung in Darmstadt. In 
1994, the International Union of Pure and Applied 
Chemistry attempted to settle the issues by recommend- 
ing official names and symbols for elements 101 through 
109. In October 2006, the names (and their symbols and 
numbers) of the elements from 101 to 111 are: Mendele- 
vium (Md, 101), Nobelium (No, 102), Lawrencium (Lr, 
103), Rutherfordium (Rf, 104), Dubnium (Db, 105), 
Seaborgium (Sg, 106), Bohrium (Bh, 107), Hassium 
(Hs, 108), Meitnerium (Mt, 109), Darmstadtium (Ds, 
110), and Roentgenium (Rg, 111). The temporarily 
named chemical elements 112 to 118 are: Uub (112), 
Uut (113), Uug (114), Uup (115), Uuh (116), Uus (117), 
and Uuo (118). 


See also Element, chemical; Periodic table. 


t Symbolic logic 


Logic is the study of the rules that underlie plau- 
sible reasoning in mathematics, science, law, and other 
disciplines. Symbolic logic, within the study of logic, is 
a system for expressing logical rules in an abstract, 
easily manipulated form with the use of symbols. 
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Symbols 


In algebra, a letter such as x represents a number. 
Although the symbol gives no clue as to the value of 
the number, it can be used nevertheless in the forma- 
tion of sums, products, etc. Similarly P, in geometry, 
stands for a point and can be used in describing seg- 
ments, intersections, and the like. 


In symbolic logic, a letter such as p stands for an 
entire statement. It may, for example, represent the 
statement, “A triangle has three sides.” In algebra, the 
plus sign joins two numbers to form a third number. In 
symbolic logic, a sign such as V connects two state- 
ments to form a third statement. For example, V 
replaces the word “or” and & replaces the word 
“and.” The following is a list of the symbols com- 
monly encountered: 


PQth... statements 

v "or? 

A “and” 

~ “it is not the case that” 

=> “implies” of “If..., then...” 

oO “implies and is implied by” or”. . . if and only if. . .” 
Statements 


Logic deals with statements, and statements vary 
extensively in the precision with which they may be 
made. If someone says, “That is a good book,” that is 
a statement. It is far less precise, however, than a 
statement such as “Albany is the capital of New 
York State.” A good book could be good because it 
is well printed and bound. It could be good because it 
is written in good style. It could tell a good story. It 
could be good in the opinion of one person but medio- 
cre in the opinion of another. 


The statements that logic handles with the greatest 
certainty are those that obey the law of the excluded 
middle, i.e., which are unambiguously true or false, 
not somewhere in between. It does not offer much help 
in areas such as literary criticism or history where 
statements simple enough to be unequivocally true or 
false tend also to be of little significance. As an anti- 
dote to illogical thinking, however, logic can be of 
value in any discipline. 


By a statement in logic one means an assertion 
which is true or false. One may not know whether the 
statement is true or false, but it must be one or the 
other. For example, the Goldbach conjecture, “Every 
even number greater than two is the sum of two 
primes,” is either true or false, but no one knows 
which. It is a suitable statement for logical analysis. 
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Other words that are synonyms for statement are 
sentence, premise, and proposition. 


Conjunctions 


If p stands for the statement, “All right angles are 
equal,” and q the statement, “Parallel lines never 
meet,” one can make a single statement by joining 
them with “and”: “All right angles are equal and 
parallel lines never meet.” This can be symbolized 
p & q, using the inverted V-shaped symbol to stand 
for the conjunction “and.” Both the combined state- 
ment and the word “and” itself are called “conjunc- 
tions.” In ordinary English, there are several words in 
addition to “and” that can used for joining two state- 
ments conjunctively, for example, “but.” “But” is the 
preferred conjunction when one wants to alert the 
reader to a relationship that otherwise might seem 
contradictory. For example, “He is 6 ft (1.8 m) tall, 
but he weighs 120 lb (54 kg).” In logic the only con- 
junctive term is “and.” 


Negation 


Negation is another logical operation. Unlike 
conjunction and disjunction, however, it is applied to 
a single statement. If one were to say, “She is friendly,” 
the negation of that statement would be, “She is not 
friendly.” The symbol for negation is “~.” It is placed 
in front of the statement to be negated, as in ~(p & q) 
or ~p. If p were the statement, “She is friendly,” ~p 
means “She is not friendly,” or more formally, “It is 
not the case that she is friendly.” Prefacing the state- 
ment with, “It is not the case that...,” avoids embed- 
ding the negation in the middle of the statement to be 
negated. The symbol lips is read “not p.” 


The statement ~p is true when p is false, and false 
when p is true. For example, if p is the statement “x < 
4,” ~p is the statement “x > 4.” Replacing x with S 
makes p false but ~p true. If a boy, snubbed by the girl 
in “She is friendly,” were to hear the statement, he 
would say that it was false. He would say, “She is not 
friendly,” and mean it. 


Truth tables 


The fact that someone says something does not 
make it true. 


Statements can be false as well as true. In logic, 
they must be one or the other, but not both and not 
neither. They must have a truth value, true or false, 
abbreviated T or F. 
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Symbolic logic 


A very useful aid in symbolic logic is a truth table: 


p q ~p pAq pVq 
T T F T T 
a F F F T 
F T T F T 
F F T F F 


Whether a conjunction is true depends on the 
statements that make it up. If both of them are true, 
then the conjunction is true. If either one or both of 
them are false, the conjunction is false. For example, 
the familiar expression 3 < x < 7, which means “x > 3 
and x < 7” is true only when both conditions are 
satisfied simultaneously, that is for numbers between 
3 and 7. 


Disjunctions 


Another word used in both ordinary English and in 
logic is “or.” Someone who says, “Either he did not hear 
me, or he is being rude,” is saying that at least one of 
those two possibilities is true. By connecting the two 
possibilities about which he or she is unsure, the speaker 
can make a statement of which he or she is sure. 


2 


In logic, “or” means “and/or.” If p and q are 
statements, p V q is the statement, called a disjunction, 
formed by connecting p and q with “or,” symbolized 
by SON 


For example if p is the statement, “Mary Doe may 
draw money from this account,” and q is the state- 
ment, “John Doe may draw money from this 
account,” then p V q is the statement, “Mary Doe 
may draw money from this account, or John Doe 
may draw money from this account.” 


The disjunction p V q is true when p, q, or both are 
true. In the example above, for instance, an account 
set up in the name of Mary or John Doe may be drawn 
on by both while they are alive and by the survivor if 
one of them should die. Had their account been set up 
in the name Mary and John Doe, both of them would 
have to sign the withdrawal slip, and the death of 
either one would freeze the account. Bankers, who 
tend to be careful about money, use “and” and “or” 
as one does in logic. 


One use of truth tables is to test the equivalence of 
two symbolic expressions. Two expressions such as p 
and q are equivalent if whenever one is true the other is 
true, and whenever one is false the other is false. One 
can test the equivalence of ~(p V q) and ~p & ~q (as 
with the minus sign in algebra, “~” applies only to the 
statement which immediately follows it. Ifit is to apply 
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to more than a single statement, parentheses must be 
used to indicate it): 


p q ~p ~q pVq ~(pVq) ~pA~q 
T Tr F F T F F 
T F F [ T F F 
F T T F iT F F 
F F T t F T t 


The expressions have the same truth values for all 
the possible values of p and q, and are therefore 
equivalent. 


For instance, if p is the statement “x > 2” and q 
the statement “x < 2,” p V q is true when x is any 
number except 2. Then (p V q) is true only when x = 2. 
The negations p and q are “x 2” and “x 2” respectively. 
The only number for which ~p & ~q is true is also 2. 


Algebra of statements 


Equivalent propositions or statements can be 
symbolized with the two-headed arrow “—.” In the 
preceding section it is shown the first of De Morgan’s 
rules: 


l.~(pVq)>~p&~q 
2.~(p&q) > ~pV~q 


Rules such as these are useful for simplifying and 
clarifying complicated expressions. Other useful rules 
are 


3; Pp ~(~p) 


4.p&(q Vr)— (p&q) V(p &r) (adistributive law 
for “and” applied to a disjunction) 


5.p&q—-q&p;pVq—qVp 
6.(p&q) Vr -pV(qVr)(pVq) Vr—pV(qVr) 


Each of these rules can be verified by writing out 
its truth table. 


A truth table traces each of the various possibil- 
ities. To check rule 4 with its three different state- 
ments, p, q, and r, would require a truth table with 
eight lines. On occasion one may want to know the 
truth value of an expression such as ((T V F) & A(F V 
T)) V ~ F where the truth values of particular state- 
ments have been entered in place of p1 q, etc. The steps 
in evaluating such an expression are as follows: 


((T V F) A (F V T)) V ~ F Given 
(TAT) vT Truth tables for V,~ 
T VT Truth table for A 

T Truth table for V 
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Such a compound expression might come from 
the run-on sentence, “Roses are red or daisies are 
blue, and February has 30 days or March has 31 
days; or it is not the case that May is in the fall.” 
Admittedly, one is not likely to encounter such a sen- 
tence in ordinary conversation, but it illustrates how 
the rules of symbolic logic can be used to determine the 
ultimate truth of a complex statement. It also illus- 
trates the process of replacing statements with known 
truth values instead of filling out a truth table for all 
the possible truth values. Since this example incorpo- 
rates five different statements, a truth table of 32 lines 
would have been needed to run down every possibility. 


Implication 


In any discipline one seeks to establish facts and to 
draw conclusions based on observations and theories. 
One can do so deductively or inductively. In inductive 
reasoning, one starts with many observations and for- 
mulates an explanation that seems to fit. In deductive 
reasoning, one starts with premises and, using the rules 
of logical inference, draws conclusions from them. In 
disciplines such as mathematics, deductive reasoning 
is the predominant means of drawing conclusions. In 
fields such as psychology, inductive reasoning pre- 
dominates, but once a theory has been formulated, it 
is both tested and applied through the processes of 
deductive thinking. It is in this that logic plays a role. 


Basic to deductive thinking is the word “implies,” 
symbolized by “=>.” A statement p => q means that 
whenever p is true, q is true also. For example, if p is 
the statement, “x is in Illinois,” and q is the statement 
“x is in the United States,” then p=> q is the state- 
ment, “If x is in Illinois, then x is in the United States.” 


In logic as well as in ordinary English, there are 
many ways of translating p => q into words: “If p is 
true, then q is true”; “q is implied by p”; “p is true only 
if q is true”; “q is a necessary condition for p”; “p is a 


sufficient condition for q.” 


The implication p => q has a truth table some 
find a little perplexing: 


Pp oq p=>q 
— T 
T OF F 
FOOT T 
FOF T 


The perplexing part occurs in the next to last line 
where a false value of p seems to imply a true value of q. 
The fact that p is false does not imply anything at all. 
The implication says only that q is true whenever p is. It 
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does not say what happens when p is false. In the 
example given earlier, replacing x with Montreal 
makes both p and q false, but the implication itself is 
still true. 


Implication has two properties that resemble the 
reflexive and transitive properties of equality. One, 
p => p, is called a tautology. Tautologies, although 
widely used, do not add much to understanding. “Why 
is the water salty?” asks the little boy. 


“Because ocean water is salty,” says his father. 


The other property, “If p => q and q => r, then 
p => r”, is also widely used. In connecting two impli- 
cations to form a third, it characterizes a lot of reason- 
ing, formal and informal. “If people take their 
vacation in January, there will be snow. If there is 
snow, people can go skiing. Let people take it in 
January.” This property is called a syllogism. 


A third property of equality, “Ifa = b, then b= a”, 
called symmetry, may or may not be shared by the 
implication p => q. When it is, it is symbolized by the 
two-headed arrow used earlier, “p — q.” p — q means 
(p => q) & (q => p). It can be read “p and q are 
equivalent”; “‘p is true if and only if q is true”; “p implies 
and is implied by q”; “p is a necessary and sufficient 


condition for q”; and “p implies q, and conversely.” 


In p => q, p is called the antecedent and q the 
consequent. If the antecedent and consequent are 
interchanged, the resulting implication, q => p, is 
called the converse. If one is talking about triangles, 
for example, there is a theorem, “If two sides are equal, 
then the angles opposite the sides are equal.” The 
converse is, “If two angles are equal, then the sides 
opposite the angles are equal.” 


If an implication is true, it is never safe to assume 
that the converse is true as well. For example, “If x lives 
in Illinois, then x lives in the United States,” is a true 
implication, but its converse is obviously false. In fact, 
assuming that the converse of an implication is true is a 
significant source of fallacious reasoning. “If the bat- 
tery is dead, then the car will not start.” True enough, 
but it is a good idea to check the battery itself instead of 
assuming the converse and buying a new one. 


Implications are involved in three powerful lines 
of reasoning. One, known as the Rule of Detachment 
or by the Latin modus ponendo ponens, states simply 
“If p => q and p are both true, then q is true.” This 
rule shows up in many areas. “If x dies, then y is to 
receive $100,000.” When x dies and proof is submitted 
to the insurance company, y gets a check for the 
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Symmetry 


KEY TERMS 


Logic—The study of the rules that underlie deduc- 
tive reasoning. 

Statement—A sentence that can be classified as 
either true or false, but not both. 


money. The statements p => q and p are called the 
premises and q the conclusion. 


A second rule, known as modus tollendo tollens, 
says if p => q is true and qis false, then p is false. “If x 
ate the cake, then x was home.” If x was not at home, 
then someone else ate the cake. 


A third rule, modus tollerdo ponens, says that if p V q 
and p are true, then q is true. Mary or Ann broke the 
pitcher. 


Ann did not; so Mary did. Of course, the validity 
of the argument depends upon establishing that both 
premises are true. 


It may have been the cat. 


Another type of argument is known as reductio ad 
absurdum, again from the Latin. Here, if one can show 
that 4 => (q A #~q), then p must be true. That is, if 
assuming the negation of p leads to the absurdity of a 
statement which is both true and false at the same 
time, then p itself must be true. 
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l Symmetry 


Symmetry is a property of some images, objects, 
and mathematical equations whereby reflections, 
rotations, or substitutions cause no change in proper- 
ties or appearance. For example, the letter M is sym- 
metrical across a line drawn down its center, a ball is 
symmetrical under all possible rotations, and the 
equation y = x* (a parabola) is symmetrical under 
the substitution of -x for x. This equation’s mathemat- 
ical symmetry is equivalent to its graph’s physical 
symmetry. The ability of mathematical symmetries to 
reflect the physical symmetries of the real world is of 
great importance in a variety of scientific fields such as 
biomechanics, geophysics, and particle physics. 


Many real objects and forces at all size scales— 
subatomic particles, atoms, crystals, organisms, stars, 
and galaxies—exhibit symmetry, of which there are 
many kinds. Line or bilateral symmetry, the simplest 
and most familiar, is the symmetry of by any figure or 
object that can be divided along a central line and then 
restored (geometrically) to wholeness by reflecting its 
remaining half in a mirror. 


Symmetries are not only defined in terms of reflec- 
tion across a line. A sphere, for example, can be rotated 
through any angle without changing its appearance, 
and in mathematics is said to possess O(3) symmetry. 
The quantum field equations whose solutions describe 
the electron, which is, like a sphere, the same viewed 
from any direction, also have O(3) symmetry. 


In particle physics, the mathematics of symmetry is 
an essential tool for producing an organized account of 
the confusing plethora of particles and forces observed 
in Nature and for making predictions based on that 
account. An extension of the parabola example shows 
how it is possible for mathematical symmetry to lead to 
the prediction of new phenomena. Consider a system of 
two equations, y = x and y = 4. There are two values of 
x that allow both equations to be true at once, x = 2 and 
x = -2. The two (x, y) pairs (2, 4) and (-2, 4) are termed 
the solutions to this system of two equations, because 
both equations are simultaneously true if and only if x 
and y have these values. (The two solutions correspond 
to the points where a horizontal line, y = 4, would 
intersect the two rising arms of the parabola.) If this 
system two equations constituted an extremely simple 
theory of matter, and if one of its two solutions corre- 
sponded to a known particle, say with “spin” = x = 2 
and “mass” = y = 4, then one might predict, based on 
the symmetry of the two solutions, that a particle with 
“spin” = -2 and “mass” = 4 should also exist. An 
analogous (though more complex) process has actually 
led physicists to predict, seek, and find certain 
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KEY TERMS 


Noether’s theorem—Mathematical theorem stat- 
ing that every conservation law in Nature must 
have a symmetrical mathematical description. 


fundamental particles, including the Q baryon and the 
n° muon). 


Symmetry, however, not only is a useful tool in 
mathematical physics, but has a profound connection 
to the laws of nature. In 1915, German mathematician 
Emmy Noether (1882-1835) proved that every con- 
servation law corresponds to a mathematical symme- 
try. A conservation law is a statement that says that 
the total amount of some quantity remains unchanged 
(i.e., is conserved) in any physical process. 


Momentum, for example, is conserved when 
objects exert force on each other; electric charge is 
also conserved. The laws (mathematical equations) 
that describe momentum and charge must, therefore, 
display certain symmetries. 


Noether’s theorem works both ways: in the 1960s, 
a conserved quantum-mechanical quantity (unitary 
spin) was newly defined based on symmetries observed 
in the equations describing a class of fundamental par- 
ticles termed hadrons, and has since become an accepted 
aspect of particle physics. As physicists struggle today to 
determine whether the potentially all-embracing theory 
of “strings” can truly account for all known physical 
phenomena, from quarks to gravity and the big bang, 
string theory’s designers actively manipulate its symme- 
tries in seeking to explore its implications. 


See also Cosmology; Relativity, general; Relativity, 
special. 
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l Synapse 


Nerve impulses are transmitted through a func- 
tional gap or intercellular space between neural cells 
(neurons) termed the synapse (also termed the synap- 
tic gap). Although nerve impulses are conducted elec- 
trically within the neuron, in the synapse they are 
continued (propogated) via a special group of chem- 
icals termed neurotransmitters. 


The synapse is more properly described in struc- 
tural terms as a gap that is filled with extra cellular 
fluid and free neurotransmitters. The neural synapse is 
bound by a terminal end of one neuron and the den- 
drite of an adjacent neuron. 


There are different kinds of synapses, depending on 
the location of the particular neuron. Neuromuscular 
synapses are created when neurons terminate on a 
muscle. Neuroglandular synapses occur when neurons 
terminate on a gland. The major types of neural synapses 
include axodendritic synapses, axosomatic synapses, and 
axoaxonic synapses—each corresponding to the termi- 
nation point of the presynaptic neuron. 


The arrival of an action potential (a moving wave 
of electrical changes resulting from rapid exchanges of 
ions across the neural cell membrane) at the end of a 
neuron expels vesicles (spheres created by the round- 
ing up of a membrane) into the synapse. 


The vesicles contain neurotransmitters, which 
are ferried to the adjacent neuron. Four major neuro- 
transmitters found in synaptic vesicles are noradrenaline, 
actylcholine, dopamine, and serotoin. Acetylchomine is 
derived from acetic acid and is found in both the central 
nervous system and the peripheral nervous system. 
Dopamine, epinephrine, and norepinephrine, which are 
catecholamines derived from tyrosine, are also found in 
both the central nervous system and the peripheral nerv- 
ous systems. Serotonin and histamine neurotransmitters 
primarily function in the central nervous system. Other 
amino acids, including gama-aminobutyric acid 
(GABA), aspartate, glutamate, and glycine along with 
neuropeptides containing bound amino acids also serve 
as neurotransmitters. Specialized neuropeptides include 
tachykinins and endorphins (including enkephalins) that 
function as natural painkillers. 


Neurotransmitters diffuse across the synaptic gap 
and bind to neurotransmitter specific receptor sites on 
the dendrites of the adjacent neuron. This binding can, 
depending on the specific neurotransmitter, type of 
neuron, and timing of binding, excite or inhibit the 
neuron. 
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Syndrome 


After binding, the neurotransmitter may be degraded 
by enzymes or be released back into the synapse where it 
can be available for another impulse transmission. 


A number of neurons may contribute neurotrans- 
mitter molecules to a synaptic space. Neural trans- 
mission across the synapse is rarely a one-to-one 
direct diffusion across a synapse that separates indi- 
vidual presynaptic-postsynaptic neurons. Many neu- 
rons can converge on a postsynaptic neuron and, 
accordingly, presynaptic neurons are often able to 
affect the many other postsynaptic neurons. In some 
cases, one neuron may be able to communicate with 
hundreds of thousands of postsynaptic neurons 
through the synaptic gap. 


Excitatory neurotransmitters work by causing ion 
shifts across the postsynaptic neural cell membrane. If 
sufficient excitatory neurotransmitter binds to the 
dendrities of a neuron, the neuron can fire off an 
electrical action potential that sweeps down the neu- 
ron. At the next neuron, the process is repeated, and so 
on, which transmits the impulse to its ultimate 
destination. 
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l Syndrome 


A syndrome is a collection of signs, symptoms, 
and other indications which, taken together, charac- 
terize a particular disease or abnormal medical con- 
dition. Medical workers place a heavy reliance on the 
collection of such indicators in the diagnosis of health 
problems and disorders. 


The usual approach is to question patients about 
the nature of their complaints and then to conduct 
examinations and tests suggested by these reports. 
The collection of data resulting from the verbal report 
and clinical examination may then fall into a pattern— 
a syndrome—that makes it possible for the physician 
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to predict the disorder responsible for the patient’s 
problems. That diagnosis, in turn, may lead to a 
course of therapy designed to deal with the problem. 


As an example, a patient may complain to a physi- 
cian of headaches, visual problems, and difficulty in 
breathing when lying down. Clinical examination may 
then indicate a dilation of veins in the upper part of the 
chest and neck with collection of fluid in the region 
around the eyes. An experienced physician may recog- 
nize this collection of symptoms as an indication of 
superior vena cava (SVC) syndrome, an obstruction of 
venous drainage. 


Hundreds of syndromes are now recognized by med- 
ical authorities. Indeed, a specific dictionary (Dictionary of 
Medical Syndromes, by Sergio I. Magalini, J. B. 
Lippincott Company) has been published to summarize 
and describe the named syndromes. 


il Synthesis, chemical 


Chemical synthesis is the preparation of a com- 
pound, usually an organic compound, from easily avail- 
able or inexpensive commercial chemicals. Compounds 
are prepared or synthesized by performing various chem- 
ical reactions using an inexpensive starting material and 
changing its molecular structure, by reactions with other 
chemicals. The best chemical syntheses are those that use 
cheap starting materials, require only a few steps, and 
have a good output of product based on the amounts of 
starting chemicals. The starting materials for organic 
synthesis can be simple compounds removed from oil 
and natural gas or more complex chemicals isolated in 
large amounts from plant and animal sources. The goal 
of chemical synthesis is to make a particular product that 
can be used commercially; for example as a drug, a 
fragrance, a polymer coating, a food or cloth dye, a 
herbicide, or some other commercial or industrial use. 
Compounds are also synthesized to test a chemical 
theory, to make a new or better chemical, or to confirm 
the structure of a material isolated from a natural source. 
Chemical synthesis can also be used to supplement the 
supply of a drug that is commonly isolated in small 
amounts from natural sources. 


Chemical synthesis has played an important role in 
eradicating one of the major infectious diseases associ- 
ated with the tropical regions of the world. Malaria is a 
disease that affects millions of people and is spread by 
mosquito bites. It causes a person to experience chills 
followed by sweating and intense fever, and in some 
cases can cause death. 
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In about 1633, the Inca Indians told the Jesuit 
priests that the bark from the cinchona or quina- 
quina tree could be used to cure malaria. The cinchona 
tree is an evergreen tree that grows in the mountains of 
Peru. The healing properties of the bark were quickly 
introduced in Europe and used by physicians to treat 
the disease. The chemical responsible for the healing 
properties of the cinchona bark was isolated in 1820 
and named quinine, after the quina-quina tree. By 
1850, the demand for cinchona bark was so great 
that the trees in Peru were near extinction. To supple- 
ment the supply of quinine, plantations of cinchona 
trees were started in India, Java, and Ceylon, but by 
1932, they were only able to supply 13% of the world’s 
demand for the antimalarial drug. 


Chemical synthesis was used by German scientists 
from 1928 to 1933 to make thousands of new compounds 
that could be used to treat malaria and make up for the 
deficiency of natural quinine. They were able to identify 
two new antimalarial drugs and one of them, quinacrine, 
was used as a substitute for quinine until 1945. 


During World War II (1939-1945), the supply of 
cinchona bark to the Allied Forces was constantly 
interrupted and a new drug had to be found. British 
and American scientists began to use chemical syn- 
thesis to make compounds to be tested against the 
disease. Over 150 different laboratories cooperated in 
synthesizing 12,400 new substances by various and 
often long, involved chemical sequences. In just four 
years, they were able to identify the new antimalarial 
chloroquine and large quantities were quickly pre- 
pared by chemical synthesis for use by the Allied 
Forces in malarial regions. Today, there are more 
than half a dozen different drugs available to treat 
malaria and they are all prepared in large quantities 
by chemical synthesis from easily available chemicals. 


Taxol is an anticancer drug that was isolated in the 
1960s from the Pacific yew tree. In 1993, taxol was 
approved by the Food and Drug Administration 
(FDA) for treatment of ovarian cancer and is also active 
against various other cancers. The demand for this com- 
pound is expected to be very large, but only small 
amounts of the drug can be obtained from the yew 
bark, so rather than destroy all the Pacific yew trees in 
the world, chemists set out to use chemical synthesis to 
make the compound from more accessible substances. 
One chemical company found that they could convert 
10-deacetylbaccatin HI, a compound isolated from yew 
twigs and needles, into taxol by a series of chemical 
reactions. Furthermore, in 1994, two research groups at 
different universities devised a chemical synthesis to syn- 
thesize taxol from inexpensive starting materials. 
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Chemical synthesis can also be used to prove the 
chemical structure of a compound. In the early nine- 
teenth century, the structure of a compound isolated 
from natural sources was deduced by chemical reac- 
tions that converted the original compound into sub- 
stances of known, smaller molecular arrangements. 


In 1979, chemical synthesis was used as a tool to 
determine the molecular structure of periplanone B, 
the sex excitant of the female American cockroach. In 
the Netherlands in 1974, C. J. Persons isolated 200 
micrograms of periplanone B from the droppings of 
75,000 virgin female cockroaches. He was able to 
deduce the gross chemical structure of the compound 
by modern analytical methods, but not its exact three 
dimensional structure. Without knowing the stereo- 
chemistry or three dimensional arrangement of the 
carbonatoms, larger quantities of the excitant could 
not be prepared and tested. 


In 1979, W. Clark Still at Columbia University in 
New York, set out to determine the structure of peripla- 
none B. He noted that four compounds had to be made 
by chemical synthesis in order to determine the structure 
of the cockroach excitant. He chose an easily prepared 
starting material and by a series of chemical reactions 
was able to make three of the four compounds he needed 
to determine the chemical structure. One of the new 
substances matched all the analytical data from the nat- 
ural material. When it was sent to the Netherlands for 
testing against the natural product isolated from cock- 
roaches, it was found to be the active periplanone B. 


Resources 
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Andrew Poss 


l Synthesizer, music 


The virtuoso demands that composers placed on 
musicians at the end of the 1800s were but a foretaste 
of things to come in the twentieth century. Members of 
the orchestra were complaining that the music of con- 
temporary composers was unplayable because of the 
enormous difficulty of complex orchestral writing 
styles. With the Paris premiere of Igor Stravinsky’s 
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Synthesizer, voice 


“Le Sacre Du Printemps” in 1913, it seemed that the 
limits of performability had been reached and that the 
music world was about to go over the brink. 


After a break in compositional flow during World 
War I (1914-1918), composers explored new, uncharted 
musical domains. In the 1920s and 1930s, some com- 
posers created intricate and complex avant garde music, 
demonstrating the ultimate limitations of human musi- 
cians. They did not know it at the time, but these pio- 
neers were attempting to write electronic music before 
the needed technology had been invented. 


After World War II (1939-1945), European com- 
posers began to experiment with a new invention, the 
tape recorder. Here was a medium in which an artist 
could actually hold sounds in her own hands. 
Chopping up a tape recording and reassembling the 
pieces in a different order opened up a new world of 
sounds for composers to explore. It also required artists 
to come to grips with the phenomenon of sound itself, 
and questions like what it was made of and how sounds 
differed from each other. These problems were even- 
tually solved on paper but a real tool was required to 
give composers the ability to actually manipulate the 
building blocks of sound. In the 1950s, electronics 
technology had been developed to the point where it 
was finally able to meet this demand, leading ultimately 
to the development of the first music synthesizer by 
Harry Olson and Herbert Belar in the laboratories and 
studios of RCA. 


The synthesizer is a device that creates sounds 
electronically and allows the user to change and manip- 
ulate the sounds. All sounds in nature consist of waves 
of varying air pressure. A synthesizer creates sounds by 
generating an electrical signal in the form of a wave- 
form, usually either a sine wave or other simple math- 
ematical wave, which is amplified and used to drive an 
acoustic speaker. Unfortunately, the sound quality of a 
simple waveform is somewhat raw and unmusical, at 
least to most people. The waveform is usually altered in 
numerous ways, using filters to create the interesting 
timbres, or colors, of sound that are usually associated 
with certain acoustical instruments. Changing the fre- 
quency of the waveform raises or lowers the pitch of 
the sound. A synthesizer can control and change the 
beginning attack of a sound, its duration, and its decay, 
in addition to controlling the waveform itself. 


Synthesizers can receive information from numer- 
ous sources about how to set the different parameters 
of its output sound. Any electronic device, such as a 
computer program, or person can control the synthe- 
sizer. An obvious way to accomplish this is to build the 
synthesizer in such a manner that it resembles an 
already-existing musical instrument, such as a piano. 
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A piano like keyboard is often used to generate signals 
that control the pitch of the synthesizer, although a 
keyboard is not required, or even necessarily desirable, 
to do the job. One of the first commercially available 
keyboard-based synthesizers marketed to the general 
public was built by Robert Moog in the 1960s. Other 
early competitors of the Moog Synthesizer were built 
by Don Buchla and Al Perlemon. 


All of the early synthesizers were built using analog 
computer technology. Since the late 1970s, however, 
digital synthesis has developed as the premiere technol- 
ogy in synthesizer design. In the process of digitally 
recording a sound, called sampling, any sound recording 
can be converted into a series of numbers that a com- 
puter can analyze. The computer takes snapshots of the 
sampled sound in very short increments, about forty 
thousand times a second. Mathematical techniques, 
such as Fourier analysis, are then used to calculate the 
complex waveform of the original sound. The sound can 
then be easily reproduced in real-time from a synthesizer 
keyboard. This technique for creating sounds, and 
others, form the design basis of most digital synthesizers 
such as the New England Digital Synclavier and the 
Kurzweil music synthesizer. The same technique can be 
applied to synthesize drums, voices or any other kind of 
sound. Digital instruments can also receive input not just 
from a keyboard, but from the actual breath of the 
performer, for instance. Digital flutes and other wind- 
instrument synthesizers convert the force of the musi- 
cians breath into a signal that can modify any desired 
parameter of the output sound. 


Synthesizers have shown themselves capable of 
creating a wide variety of new and interesting sounds. 
Their one limitation, of course, is that they sound only 
as good as the speaker that amplifies their signal. Most 
humans can hear sounds far beyond the range that even 
the best speakers can reproduce, sounds that acoustical 
instruments have always been capable of generating. 
Because of this limitation, and others, synthesizers are 
not viewed as replacements of traditional instruments, 
but rather as a creative tool that enhances the musi- 
cian’s already rich palette of musical possibilities. 


See also Computer, digital; Synthesizer, voice. 


fl Synthesizer, voice 


The earliest known talking machine was developed 
in 1778 by Wolfgang von Kempelen. Eyewitnesses 
reported that it could speak several words in a timid, 
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childlike voice. While the talking machine’s success 
appears genuine, Baron von Kempelen’s accomplish- 
ments are not above suspicion. Nine years earlier, he 
had built a chess-playing machine, which defeated many 
players, including Napoleon (who, incidentally, made 
several unsuccessful attempts to cheat). Eventually, it 
was discovered that the machine was a fraud—its cab- 
inet concealed a hidden, human chess player, who con- 
trolled the game. 


In 1830, Professor Joseph Faber of Vienna, Austria, 
produced his own speaking automaton. Faber’s 
machine, dubbed Euphonia, had taken 25 years to con- 
struct. Designed to look like a bearded Turk, the crea- 
tion could recite the alphabet, whisper, laugh, and ask 
“How do you do?” Speech was produced by its inner 
workings—double bellows, levers, gears, and keys 
located inside the mannequin. Strangely enough, 
Euphonia spoke English with a German accent. 


The first talking machines employing electronic 
technology were developed in the 1930s. The Voice 
Operation Demonstrator, or Voder, invented by 
Homer Dudley in 1933, could imitate human speech 
and even utter complete sentences as its operator 
pressed keys on a board. Speech-synthesis technology 
evolved further with the rapid development of com- 
puter technology in the 1950s. During the late 1960s, 
the MITalk System was developed at _ the 
Massachusetts Institute of Technology. Although 
originally designed as a reading machine for the 
blind, once completed, the system could convert vir- 
tually any type of text into speech-synthesized output. 


Raymond Kurzweil also developed speech-synthesis 
technology to aid the blind. In 1976, he produced the 
Kurzweil reading machine which could read everything 
from a phone bill to a full-length novel and provided 
unlimited-vocabulary synthesized output. Sometimes 
called a set of eyes for the blind, the reading machine 
has proved very popular. 


Today, speech synthesis is a useful way to convey 
information in public places. Cars, appliances, and even 
games are being equipped with voice-synthesizer chips. 


Syphilis see Sexually transmitted diseases 


j Systematics 


In its broadest sense, systematics is where nomen- 
clature and taxonomy intersect. Nomenclature is the 
assignment of accurate names to taxa. Taxonomy 
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refers to the scientific method of classifying and organ- 
izing living organisms into specific groups according 
to their phylogenetic relationships. A single group is 
called a taxon; multiple groups are called taxa; the 
study of taxa is called taxonomy. Phylogeny is the 
study of the evolutionary relationships occurring 
among living organisms. Classification is the process 
of putting organisms together into categories based on 
their relationships to one another. 


Carolus Linnaeus (1701-1778), a Swedish scien- 
tist and explorer, is considered the originator of the 
concept of systematics. He created enormous classifi- 
cations of plants and animals, and published them as 
Species Plantarum (1753) and Systema Naturae (tenth 
edition published in 1758). In the nineteenth century 
(1800s), those reference volumes were used as the 
starting point for the modern systems of botanical 
and zoological nomenclature. One of the reasons 
that Linnaeus’s work was so widely adopted was his 
use of simple and logical terminology, his hierarchical 
framework for grouping organisms (That is, a system 
in which organisms, such as plants or animals, are 
grouped in progressive order, from lowest to highest. 
This was generally done from least complex to most 
complex), and his use of binomial nomenclature, in 
which two-word names, consisting of a generic name 
and a descriptor, were created in combinations which 
were unique to a specific species. His naming system 
was based on observed physical similarities and differ- 
ences between organisms; he called these “characters.” 


Systematics has developed into the science both of 
the diversity of living organisms and of their interre- 
lationships. As conceptualized today, the biological 
science of phylogenetic systematics seeks to develop 
novel theories and means for classification that tran- 
scend the concepts of taxonomy, and consider not 
only the similarity of characteristics but also evolu- 
tionary processes that result in changes in the original 
gene pool. The English naturalist Charles Darwin 
(1809-1882) was the first scientist to state that system- 
atic hierarchy should reflect similarities and differen- 
ces in evolutionary history. In the 1950s, a German 
scientist named Willi Henning suggested the system 
that has come to be known as phylogenetic system- 
atics; he reasoned that classification of organisms 
should closely reflect the evolutionary history of spe- 
cific genetic lines. 


On a molecular level and relative to forensic sci- 
ence, every organism has a genome that includes all of 
the biological materials necessary to replicate itself. 
The genome’s information is encoded in the nucleotide 
sequence of DNA (deoxyribonucleic acid) and RNA 
(ribonucleic acid) molecules and is subdivided into 
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The Linnaeus Gardens in Uppsala, Sweden, were named for Swedish scientist, Carolus Linnaeus, who is considered the 
originator of the concept of systematics. (© Anders Ryman/Corbis.) 


units called genes. The Human Genome Project, 
begun in 1990, was designed to identify each gene in 
human DNA (estimated to be between 20,000 and 
25,000), to classify the sequences of chemical base 
pairs that make up human DNA (about 3 billion), 
and to store all of this information in a database. 
From a forensic science standpoint, the more specifi- 
cally one can classify living organisms, and the more 
discretely it is possible to map an individual’s DNA, 
the more accurately it will be possible to match a 
perpetrator to a crime victim or a crime scene. 


See also Deoxyribonucleic acid (DNA); Dna rec- 
ognition instruments; Forensic science. 


Pamela V. Michaels 


l Systems of equations 


In mathematics, systems of equations, sometimes 
called simultaneous equations, are a group of 
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relationships between various unknown variables 
that can be expressed in terms of algebraic expressions. 
The solutions for a simple system of equation can be 
obtained by graphing, substitution, and elimination 
by addition. These methods became too cumbersome 
to be used for more complex systems, however, and a 
method involving matrices was developed in order to 
find just complex solutions. Systems of equations have 
played an important part in the development of busi- 
ness. Faster methods for solutions continue to be 
explored. 


Unl 


Many times, mathematical problems involve rela- 
tionships between two variables. For example, the dis- 
tance that a car, moving at 55 mph, travels in a unit of 
time can be described by the equation y = 55x. In this 
case, y is the distance traveled, x is the time, and the 
equation is known as a linear equation in two variables. 
Note that for every value of x, there is a value of y that 
makes the equation true. For instance, when x is 1, y is 
55. Similarly, when x is 4, y is 220. Any pair of values, 
or ordered pair, which make the equation true, are 
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known as the solution of the equation. The set of all 
ordered pairs that make the equation true are called the 
solution set. Linear equations are more generally writ- 
ten as ax + by = c, where a, b, and c represent con- 
stants and x and y represent unknowns. 


Often, two unknowns can be related to each other by 
more than one equation. A system of equations includes 
all of the linear equations that relate the unknowns. An 
example of a system of equations can be described by the 
following problem involving the ages of two people. 
Suppose, this year, Lynn is twice as old as Ruthie, but 
two years ago, Lynn was three times as old as Ruthie. 
Two equations can be written for this problem. If one lets 
x = Lynn’s age and y = Ruthie’s age, then the two 
equations relating the unknown ages would be x = 2y 
and x — 2 = 3(y — 2). The relationships can be rewritten 
in the general format for linear equations to obtain, 


(Eq. 1) x — 2y=0 
(Eq. 2) 2x — 3y = —4 


The solution of this system of equations will be 
any ordered pair that makes both equations true. This 
system has only solution, the ordered pair of x = 8 and 
y = 4, and is thus called consistent. 


Solutions of linear equations 


Since the previous age problem represents a sys- 
tem with two equations and two unknowns, it is called 
a system in two variables. Typically, three methods are 
used for determining the solutions for a system in two 
variables, including graphical, substitution and 
elimination. 


By graphing the lines formed by each of the linear 
equations in the system, the solution to the age prob- 
lem could have been obtained. The coordinates of any 
point in which the graphs intersect, or meet, represent 
a solution to the system because they must satisfy both 
equations. From a graph of these equations, it is 
obvious that there is only one solution to the system. 
In general, straight lines on a coordinate system are 
related in only three ways. First, they can be parallel 
lines that never cross and thus represent an inconsis- 
tent system without a solution. Second, they can inter- 
sect at one point, as in the previous example, 
representing a consistent system with one solution. 
And, third, they can coincide, or intersect at all points 
indicating a dependent system that has an infinite 
number of solutions. Although it can provide some 
useful information, the graphical method is often dif- 
ficult to use because it usually provides one with only 
approximate values for the solution of a system of 
equations. 
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The methods of substitution and elimination by 
addition give results with a good degree of accuracy. 
The substitution method involves using one of the 
equations in the system to solve for one variable in 
terms of the other. This value is then substituted into 
the first equation and a solution is obtained. Applying 
this method to the system of equations in the age 
problem, one would first rearrange the equation | in 
terms of x so it would become x = 2y. This value for x 
could then be substituted into equation 2, which 
would become 2y — 3y = —4, or simply y = 4. The 
value for x is then obtained by substituting y = 4 into 
either equation. 


Probably the most important method of solution 
of a system of equations is the elimination method 
because it can be used for higher order systems. The 
method of elimination by addition involves replacing 
systems of equations with simpler equations, called 
equivalent systems. Consider the system with the 
following equations: equation 1, x — y = 1; and equa- 
tion 2, x + y = 5. By the method of elimination, one of 
the variables is eliminated by adding together both 
equations and obtaining a simpler form. Thus equation 
1 + equation 2 results in the simpler equation 2x = 6 or 
x = 3. This value is then put back into the first equation 
to get y= 2. 


Often, it is necessary to multiply equations by 
other variables or numbers to use the method of elim- 
ination. This can be illustrated by the system repre- 
sented by the following equations: 


(Eq.1) 2x —y=2 
(Eq. 2) x + 2y = 10 


In this case, addition of the equations will not result 
in a single equation with a single variable. However, by 
multiplying both sides of equation 2 by —2, it is trans- 
formed into —2x — 4y = —20. Now, this equivalent 
equation can be added to the first equation to obtain 
the simple equation, —3y = — 18 ory = 6. 


Systems in three or more variables 


Systems of equations with more than two varia- 
bles are possible. A linear equation in three variables 
could be represented by the equation ax + by + cz=k, 
where a, b, c, and k are constants and x, y, and z are 
variables. For these systems, the solution set would 
contain all the number triplets that make the equation 
true. To obtain the solution to any system of equa- 
tions, the number of unknowns must be equal to the 
number of equations available. Thus, to solve a system 
in three variables, there must exist three different 
equations that relate the unknowns. 
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KEY TERMS 


Consistent system—A set of equations whose sol- 
ution set is represented by only one ordered pair. 


Dependent system—A set of equations whose sol- 
ution set has an infinite amount of ordered pairs. 


Elimination—A method for solving systems of 
equations that involves combining equations and 
reducing them to a simpler form. 


Graphical solution—A method for finding the sol- 
ution to a system of equations that involves graph- 
ing the equations and determining the points of 
intersection. 


Inconsistent system—A set of equations that does 
not have a solution. 


Linear equation—An algebraic expression that 
relates two variables and whose graph is a line. 


Matrix—A rectangular array of numbers written in 
brackets and used to find solutions for complex 
systems of equations. 


Ordered pair—A pair of values that can represent 
variables in a system of equations. 


Solution set—The set of all ordered pairs that make 
a system of equations true. 


Substitution—A method of determining the solu- 
tions to a system of equation that involves defining 
one variable in terms of another and substituting it 
into one of the equations. 


The methods for solving a system of equations in 
three variables is analogous to the methods used to 
solve a two variable system and include graphical, 
substitution, and elimination. It should be noted that 
the graphs of these systems are represented by geo- 
metric planes instead of lines. The solutions by sub- 
stitution and elimination, though more complex, are 
similar to the two variable system counterparts. 
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For systems of equations with more than three 
equations and three unknowns, the methods of graph- 
ing and substitution are not practical for determining 
a solution. Solutions for these types of systems are 
determined by using a mathematical invention 
known as a matrix. A matrix is represented by a rec- 
tangle array of numbers written in brackets. Each 
number in a matrix is known as an element. Matrices 
are categorized by their number of rows and columns. 


By letting the elements in a matrix represent the 
constants in a system of equation, values for the var- 
iables that solve the equations can be obtained. 


Systems of equations have played an important 
part in the development of business, industry and 
the military since the time of World War II (1939- 
1945). In these fields, solutions for systems of equa- 
tions are obtained using computers and a method of 
maximizing parameters of the system called linear 
programming. 


See also Graphs and graphing; Solution of equation. 
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| T cells 


T cells are a component of the immune system, 
which functions to protect the body from compounds 
and organisms that are perceived as being foreign. The 
immune system can respond to the presence of a disease- 
causing agent (pathogen) in two ways. Immune cells 
called B cells can produce soluble proteins (antibodies) 
that can accurately target and kill the pathogen. This is 
called humoral immunity. T cell involvement is associ- 
ated with cell-mediated immunity, where the death of 
the invading cells is due to the activity of immune cells. 


T cells and B cells are lymphocytes. The precur- 
sors of both types of cells are produced in the bone 
marrow. While the B cells mature in the bone marrow, 
the precursor to the T cells leaves the bone marrow 
and matures in the thymus. The designation T cells 
derive from their thymus origin. 


The role of the T cells in the immune response is to 
specifically recognize the pathogens that enter the 
body and to destroy them. They do this either by 
directly killing the cells that have been invaded by 
the pathogen, or by releasing soluble chemicals called 
cytokines, which can stimulate other killer cells specif- 
ically capable of destroying the pathogen. 


During the process of maturation in the thymus, 
the T cells are taught to discriminate between “self” 
(an individual’s own body cells) and “non-self” (for- 
eign cells or pathogens). The immature T cells, while 
developing and differentiating in the thymus, are 
exposed to the different thymic cells. Only those T 
cells that will not interact with the molecules normally 
expressed on the different body cells are allowed to 
leave the thymus. Under normal circumstances, cells 
that react with the body’s own proteins are eliminated. 
The process of clonal deletion ensures that the mature 
T cells, which circulate in the blood, will not interact 
with or destroy an individual’s own tissues and organs. 
The mature T cells can be divided into two subsets, the 
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T-4 cells (that have the accessory molecule CD4) or the 
T-8 (that have CD8 as the accessory molecule). 


There are millions of T cells in the body. Each T cell 
has a unique protein structure on its surface known as the 
T cell receptor, which is made before the cells ever encoun- 
ter an antigen. The receptor can recognize and bind only 
to a molecule that has a complementary structure, analo- 
gous to the fit between a key and a lock. Each T cell 
receptor has a unique binding site that can attach to a 
specific portion of the antigen called the epitope. If the 
binding surfaces are complementary, and the T cells can 
effectively bind to the antigen, then it can set into motion 
the immunological cascade which eventually results in the 
destruction of the pathogen. 


The first step in the destruction of the pathogen is the 
activation of the T cells. Once the T lymphocytes are 
activated, they are stimulated to multiply. Special cyto- 
kines called interleukins that are produced by the T-4 
lymphocytes mediate this proliferation. It results in the 
production of thousands of identical cells, all of which are 
specific for the original antigen. This process of clonal 
proliferation ensures that enough cells are produced to 
mount a successful immune response. The large clone of 
identical lymphocytes then differentiates into different 
cells that can destroy the original antigen. 


The T-8 lymphocytes differentiate into cytotoxic 
T-lymphocytes that can destroy the body cells that have 
the original antigenic epitope on its surface, e.g., bacterial- 
infected cells, viral-infected cells, and tumor cells. Some of 
the T lymphocytes become memory cells. These cells are 
capable of remembering the original antigen. If the indi- 
vidual is exposed to the same bacteria or virus again, these 
memory cells will initiate a rapid and strong immune 
response against it. This is the reason why the body devel- 
ops a permanent immunity after an infectious disease. 


Certain other cells known as the T-8 suppressor 
cells play a role in turning off the immune response 
once the antigen has been removed. This is one of the 
ways by which the immune response is regulated. 
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| Tabun 


Tabun (or “GA”) is one of a group of synthetic 
chemicals that were developed in Germany during the 
1930s and 1940s (Tabun was developed in 1936). The 
original intent of these compounds, including tabun, 
was to control insects. These pesticides were similar to 
organophosphates in their action on the nervous sys- 
tem. However, Tabun and the other human-made 
nerve agents proved to be much more potent than 
the organophosphates, and so quickly became attrac- 
tive as chemical weapons. 


Tabun is one of the G-type nerve agents, along 
with Sarin and Soman. They are all clear, colorless, 
and tasteless. As a result, Tabun mixes readily with 
water, and so can be used as a water-poisoning agent. 
Food can also be contaminated. The fluid form of 
Tabun can also be absorbed through the skin. 


When in water, Tabun loses its potency relatively 
quickly, compared to airborne vapors, which can 
remain potent for a few days. The vapors can even 
bind to clothing, where they will subsequently be 


released for 30 minutes or so. People close to the 
contaminated person can themselves be affected by 
the vapor. Tabun vapors tend to be denser than air 
and so settle into low-lying depressions or valleys. 
People in such regions are especially susceptible. 


Like the other members of the G series, Tabun is 
a nerve agent. Specifically, it inhibits an enzyme called 
cholinesterase. The enzyme breaks apart a compound 
that acts as a communication bridge between adjacent 
nerve cells. Normally, the transient formation and 
destruction of the bridge allows a control over the 
transmission of nerve impulses. But, the permanent 
presence of the bridging compound means that nerves 
‘fire’ constantly, which causes muscles to tire and even- 
tually stop functioning. In the case of the lungs, this can 
be fatal. 


Symptoms of Tabun poisoning, which can begin 
within minutes of exposure, include runny nose, 
watery and painful eyes, drooling, excessive sweating, 
rapid breathing, heart beat abnormalities, and, in 
severe cases, convulsions, paralysis, and even fatal 
respiratory failure. 


This photo, showing bottles containing chemicals in western Iraq, was released by the U.S. Getty Central Command (CENTCOM) 
in April 2003. According to CENTCOM one of the bottles, found at this facility, which CENTCOM believes was an chemical 
warfare training facility, listed its contents as the nerve agent “tabun.” (U.S. Central Command/Getty Images.) 
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Treatment for the inhalation of Tabun consists of 
three timed injections of a nerve agent antidote such as 
atropine. Since this may or may not be successful, pre- 
vention remains the most prudent strategy. Protective 
clothing including a gas mask is a wise precaution for 
those who are in an environment where the deployment 
of Tabun is suspected. 


While the United States once had an active chem- 
ical weapons development program that included the 
weaponization of Tabun, this program was halted 
decades ago. Other countries may still be engaged in 
such weapons development. For example, Iraq is sus- 
pected of having used Tabun against Iranians during 
the Iran-Iraq war in the 1980s. 


See also Biological warfare; Decontamination 
methods; Forensic science; Nerve gas. 
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l Tanagers 


Tanagers are 239 species of extremely colorful, 
perching birds that make up the family Thraupidae. 
The evolutionary history and phylogenetic relation- 
ships of the tanagers and related birds are not well 
understood. Recent taxonomic treatments have 
included the tanagers as a subfamily (Thraupinae) of 
a large family of New World birds, the Emberizidae, 
which also includes the wood warblers, cardinals, 
sparrows, buntings, blackbirds, and orioles. Whether 
the tanagers are treated as a family or as a subfamily, 
they nevertheless constitute a distinct group of birds. 
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Scarlet tanager (Piranga olivacea). (Robert J. Huffman. Field 
Mark Publications.) 


Tanagers are birds of forests, forest edges, and 
shrublands. Species of tanagers occur from temperate 
southern Alaska and Canada south to Brazil and 
northern Argentina. Almost all species, however, 
breed or winter in the tropics. Tanagers that breed 
in temperate habitats are all migratory, spending 
their non-breeding season in tropical forests. In the 
ecological sense, these migratory tanagers should be 
viewed as tropical birds that venture to the temperate 
zone for a few months each year for the purpose of 
breeding. 


Tanagers are small birds, ranging in body length 
from 3-12 in (8-30 cm), and are generally smaller than 
8 in (20 cm). Their body shape is not particularly 
distinctive, but their brilliant colors are. The plumage 
of tanagers can be quite spectacularly and extrava- 
gantly colored in rich hues of red, crimson, yellow, 
blue, or black, making these among the most beautiful 
of all the birds. In most species, the female has a more 
subdued coloration than the male. 
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Taphonomy 


Tanagers feed in trees and shrubs on fruit, seeds, 
and nectar; their diet may also include insects and 
other invertebrates. 


Tanagers defend a territory during the breeding 
season. An important element of their defense is song, 
and some species are accomplished vocalists, although 
tanagers are not renowned in this respect. The female 
builds a cup-shaped or domed nest. She also incubates 
the one to five eggs. In general, tropical tanagers lay 
fewer eggs than species that breed in the temperate 
zone. The female tanager is fed by the male during 
her egg-incubating seclusion. Both parents tend and 
feed their young. 


North American tanagers 


Four species of tanagers are native breeders in 
North America, and a fifth species has been intro- 
duced. Mature males of all of the native species are 
brightly colored, while the females and immature 
males are a more subdued olive-green or yellow color. 


The western tanager (Piranga ludovicianus) breeds 
in conifer and aspen forests of western North America, 
as far north as southern Alaska. The male has a red 
head and a yellow body, with black wings and tail. 


The scarlet tanager (P. olivacea) breeds in mature 
hardwood and mixed-wood forests, and also in well- 
treed suburbs of the eastern United States and 
southeastern Canada. The male has a brilliantly 
scarlet body with black wings and tail. The scarlet 
tanager winters in tropical forests in northwestern 
South America. This species is sometimes kept as a 
cagebird. 


The summer tanager (P. rubra) occurs in oak and 
oak-pine forests and riparian woodlands of the eastern 
and southwestern United States. Male summer 
tanagers have an bright red body with slightly darker 
wings. 


The hepatic tanager (P. flava) is a bird of oak- 
pine, oak, and related montane forests in the south- 
western United States, as well as suitable habitats in 
Central and South America. The male of this species is 
a bright brick-red color, rather similar to the summer 
tanager. However, the hepatic tanager has a heavier, 
dark bill and a dark patch on the cheeks. 


The blue-gray tanager (Thraupis virens) is a native 
species from Mexico to Brazil, but it has been intro- 
duced to the vicinity of Miami, Florida. This species 
has a brightly hued, all-blue body, with wings and tail 
of a darker hue. The male and the female are similarly 
colored in the blue-gray tanager. 
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Tanagers elsewhere 


There are hundreds of species of tanagers in the 
American tropics. All of them are brilliantly and 
boldly colored, and they are extremely attractive 
birds. Because of their habitat—usually areas with 
thick vegetation—their beauty is not always easily 
seen. One of the showiest species is the paradise tan- 
ager (Tangara chilensis) of southern South America, a 
brilliant bird with a crimson rump, purple throat, 
bright blue belly, and black back. 


Although tanagers are not known for their singing 
ability, one of the more prominent singers is the blue- 
hooded euphonia (Euphonia musica), a wide-ranging 
species that occurs from Mexico to Argentina. This 
attractive bird has a bright yellow belly and rump, a 
sky blue cap, and a black throat, wings, back, and tail. 


Some species of tanagers of deep, old-growth trop- 
ical forests are still being discovered. Hemispingus 
parodii was only discovered in a Peruvian jungle 
in 1974. 
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Tantalum see Element, chemical 


Tapeworm see Flatworms 


[ Taphonomy 


Taphonomy is the study of how dead organisms 
are preserved in the fossil record. The term is derived 
from the Greek words taphos, which means grave, and 
nomos, which means law. Russian scientist and science 
fiction writer Ivan Antonovich Efremov (1907-72) is 
often credited with first using the word and concept of 
taphonomy in 1940 within the established field of 
paleontology. The field further developed during the 
late twentieth century when scientists applied patterns 
seen within taphonomy to such fields as behavioral 
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paleobiology, biostratigraphy, and paleoceanogra- 
phy. More detailed scientific analysis of taphonomic 
data was then possible for scientists. 


Taphonomists, those who work in the field of 
taphonomy, seek to understand how an organism 
died and what happened to its body before and during 
burial. Such scientists also try to determine what fac- 
tors may have contributed to unequal representation 
of certain groups in the fossil record due to differences 
in their rates of preservation. 


One of the challenges that taphonomists often 
face is the interpretation of fossilized broken bones. 
The scientists must determine if the damage occurred 
while the animal was alive, after it died, or even after 
the bone was buried. If the bone broke while the 
animal was alive, there may be new growth showing 
that the injury was healing. Bones broken after the 
animal died will not show any signs of healing. It is 
sometimes difficult to determine whether the damage 
occurred before burial, perhaps by gnawing or tram- 
pling, or afterward. 


The study of preservation processes is central to 
taphonomy. There is much to be learned from the 
nature of a fossil’s preservation, but if a fossil is not 
well preserved, then there will be little evidence to 
study. 


Rapid burial is crucial to good preservation for 
several reasons. For example, buried remains are 
much less likely to be disturbed by scavengers or 
swept away by rivers or other rapidly flowing bodies 
of liquid. Scavengers pull skeletons apart, scatter 
bones, and eat some parts preferentially to others. 
Rivers transport animal and plant remains far from 
the site of death. Indeed, most organisms are not 
buried where they die, but are first shuffled around 
either in part or in whole. This movement may be 
small, as in the sinking of a fish to the bottom of a 
lake, or extensive, as when an animal’s body floats 
hundreds of miles in ocean currents. A second reason 
is that burial, especially in fine-grained muds, may 
slow down bacterial decay so tissues are better 
preserved. 


Of the organisms that eventually become fossil- 
ized, few are preserved intact. This is due to differences 
in the ability of various parts to resist decay. For 
instance, teeth and bones are very hard, and fossilized 
specimens are relatively common. However, it is quite 
a find to recover a fossilized heart or other soft part. 
Since soft parts nearly always decay, even if deeply 
buried, their pattern can only be preserved if minerals 
such as carbonate, pyrite, or phosphate replace the 
soft tissues. Such tissues will not decay if the organism 
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happens to be buried in a sterile environment, such as 
amber or a peat bog. 


The hard parts of an organism are held together 
by soft parts. When the soft parts decay, the organ- 
ism’s anatomy often becomes jumbled and scattered. 
This condition may make it difficult to determine what 
type of organism a part came from, and sometimes 
different parts of the same organism are accidentally 
classified as different species. A case in point is 
Anomalocaris canadensis. Until intact specimens of 
this prehistoric animal were found, the body was 
thought to be a sea cucumber, the mouth a jellyfish, 
and the feeding appendages of shrimp like creatures. 
By helping to solve puzzles like this, taphonomists 
increase scientific understanding of the fossil record. 


See also Fossil and fossilization. 


l Tapirs 


Tapirs, of the family Tapiridae, are large, forest- 
dwelling mammals with a long flexible snout. They are 
found in tropical South and Central America, and in 
Southeast Asia. There are four species of tapirs in the 
single genus, Tapirus. Tapirs are grouped with horses 
and rhinoceroses in the order Perissodactyla, which 
are the odd-toed, hoofed mammals. Tapirs have a 
fourth toe on their front feet. Each toe is covered by 
a small hoof. 


Tapirs have been called “living fossils” because 
they have existed, apparently with little change, for 
perhaps 40 million years. The fact that they are found 
in two widely separated locations (the Neotropics 
and tropical Asia) is interpreted to have resulted 
from the breakup of an ancient landmass called 
Gondwanaland, which split into continents that 
drifted apart. 


The muscular snout of tapirs is developed from 
the fusion of the upper lip and the nose. It has nostrils 
at the tip. The end of the snout often dangles down and 
over the mouth, and is flexible enough to grasp vege- 
tation and pull it toward the mouth. Tapirs browse on 
leaves and plant shoots. They are solitary animals, and 
frequent riverbanks. Tapirs are also sometimes found 
in farm fields, where they can damage crops. Male 
tapirs mark their territory with sprays of urine. 


The largest species is the Malayan or Asian tapir 
(Tapirus indicus), which occurs in rainforests of 
Malaysia, Myanmar, and Thailand. This species 
stands 40 in (1 m) tall at the shoulder and may be 
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Tarpons 


A mountain tapir. (Tom McHugh/Photo Researchers, Inc.) 


more than 8 ft (2.4 m) long, weighing up to 825 Ib (375 
kg). The Malayan tapir has distinctive coloring, with a 
solid black body and a bright white saddle around the 
middle. This pattern helps to conceal the tapir in 
patches of sun and shade in its rainforest habitat. 


Baird’s tapir, or the Central American tapir 
(T. bairdi), is found in swampy land in rainforest 
from Mexico to as far south as Ecuador. The 
Brazilian tapir (T. terrestris) is the most abundant of 
the tapirs and is found in Amazonian South America 
as far south as Brazil and Peru. Both Baird’s and 
Brazilian tapirs have a bristly mane that may help 
deflect the attacks of jaguars, which seize the neck of 
their prey. The fourth species is the mountain tapir (T. 
pinchaque), found in montane forests of the northern 
Andes Mountains. It is reddish brown in color, and 
has thick hair to insulate it against the cold temper- 
atures found at such high altitudes. The mountain 
tapir is the smallest of the four species, measuring 
less than 6 ft (1.8 m) long and weighing less than 550 
Ib (250 kg); it is also the rarest of the tapirs. 


Tapirs spend a lot of time in streams or lakes, 
which both cools them and may help dislodge ectopar- 
asites. The Malayan tapir walks on the bottom of 
rivers rather like a hippopotamus. Female tapirs pro- 
tect their young from the attacks of caymans and other 
predators when in the water. On land the main defense 
of tapirs is to run away, but a cornered tapir will also 
turn and bite. 


Tapirs breed at any time of the year, and their 
courtship and mating behavior is often accompanied 
by much noise and squealing. After mating, both sexes 
resume a solitary life. Female tapirs usually produce a 
single offspring about every 18 months. The young 
tapir is born after a gestation period of 390-400 days, 
and has light-colored stripes and spots on a dark 
reddish brown background. This protective coloration 
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conceals young tapirs while they lie motionless on the 
forest floor as their mother feeds elsewhere. The color- 
ing of the young begins to disappear at about two 
months and is gone by six months. Young tapirs 
reach sexual maturity at about two or three years of 
age, and can live for up to 30 years. 


Tapirs are often hunted for their meat and hide, 
but the greatest danger they face today is the loss of 
their forest habitat. The habitat of all four species is 
being deforested rapidly, and the populations of all 
tapirs are declining and becoming fragmented. The 
mountain tapir and Baird’s tapir are considered 
endangered species, while the Malayan tapir and the 
Brazilian tapir are vulnerable (these are designations 
of the IUCN, the World Conservation Union). 
Although the mountain tapir is now a protected spe- 
cies, its remote mountain forests are rarely supervised, 
so it is impossible to control local hunting. 
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Taro see Arum family (Araceae) 


[ Tarpons 


Tarpons are large silvery fish, measuring 4-8 ft 
(1.3-2.5 m) in length, with large scales, a compressed 
body, a deeply forked caudal fin, and a long ray 
extending from the dorsal fin. The mouth is large, 
and contains rows of sharp, fine teeth, and the lower 
jaw protrudes outward. Tarpon are among the best 
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known and most impressive of the sport fish. They can 
live in both fresh and saltwater. 


Taxonomy 


Tarpons are the most primitive (i.e., evolutionarily 
ancient) species classified among the 30 orders of spiny- 
rayed fish designated as “true” bony fish (superorder 
Teleosti). Tarpons belong to the order Elopiformes, 
which includes three families. These are the Elopidae 
(tenpounders or ladyfish), the Megalopidae (tarpons), 
and the Albulidae (bonefishes). Some taxonomists 
place the bonefishes in the order Albuliformes, along 
with the halosaurs and the spiny eels. The larva (lep- 
tocephalus) of fish in the order Elopiformes resembles 
the larva of eels. 


The family Megalopidae includes only one genus, 
Megalops, and two species of tarpon: Megalops cypri- 
noides and M. atlanticus. The Megalops cyprinoides 
lives in the Indian and West Pacific Oceans, from 
east Africa to the Society Islands. The Megalops atlan- 
ticus lives in the western Atlantic Ocean, from North 
Carolina to Brazil, and also off tropical West Africa. 


Physical characteristics and distribution 


Tarpons are large fish, measuring up to 8 ft (2.5 m) 
in length and weighing up to 350 Ib (160 kg). Their 
dorsal and anal fins have an elongated ray, which 
forms a threadlike projection that trails behind the 
fish. Tarpons are recognized by their silvery color, 
forked caudal fin, and underbite caused by an 
extended jawbone that juts out in front of the upper 
jaw, giving the fish a turned-down, frowning mouth. 
Both the upper and lower jaw bones extend well 
behind the large eyes, and the large mouth, jaws, 
roof of the mouth, and tongue all have rows of 
sharp, needlelike teeth. 


Tarpons are widely distributed in oceans within 
their range, and are also found in fresh and brackish 
water. The swim bladder of tarpons has an open con- 
nection with the gullet, and is an adaptation for taking 
in air. Tarpons are often seen swimming in rivers, 
canals, and mangrove estuaries. In warm months, tar- 
pons swim north, then return to tropical waters when 
the weather gets cooler. 


Development 


Tarpons do not mature sexually until they are six 
or seven years old. A large female tarpon weighing 
about 140 lb (64 kg) may contain over 12 million 
eggs. Tarpon spawning sites have not been located, 
and fresh tarpon eggs have not been seen. However, 
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the females are thought to lay their eggs in shallow 
seas, or on the ocean floor, starting at the end of June 
and continuing throughout July and August. 


Tarpon larvae (leptocephali) are transparent and 
shaped like leaves or ribbons, closely resembling eel 
larvae. Other than having a forked caudal fin, the 
larvae bear little resemblance to adult tarpons. The 
larvae of tarpons can be differentiated from eel larvae 
in that the leptocephali of eels have a rounded tail. 
Ocean currents carry the tarpon larvae close to shore, 
to shallow habitats such as marshes, swamps, estua- 
ries, and ponds, where they begin their metamorphosis 
into young tarpons. They eat smaller fish, crustaceans, 
and insects. 


When tarpons grow large enough to survive with- 
out the protection of these shallow-water habitats, 
they move out of the lagoons into the open sea. 
Adult tarpons eat fish and crustaceans; one of their 
favorite foods is the grunion like silverside. Tarpons 
do not form schools, but they are often found together 
in bays and canals, since these are the areas where they 
primarily feed, usually at night. Additionally, groups 
of tarpons have been seen swimming into schools of 
small fish and attacking them in unison. The natural 
enemies of tarpons are sharks and dolphins, and 
young tarpons have been found in the stomachs of 
many other species of fish. 


Tarpons as game fish 


Tarpons are the original big-game fish and are 
well known to sport fishers throughout the world. 
Long before fishers began to catch sailfish, marlin, or 
bluefin tuna for sport, they angled for tarpon. To 
catch this fish, the angler must be strong, skilled, and 
have a great deal of endurance. 


Fishermen who specialize in catching game fish 
look for tarpon as far north as Long Island, but they 
concentrate their efforts in locations where tarpons are 
known to live more regularly. The best places to catch 
Megalops atlanticus are in waters surrounding the 
Florida Keys, off the west coast of Florida, in the 
Rio Encantado in Cuba, and in the Rio Panuca in 
Mexico. Megalops cyprinoides is also coveted by 
sport fishers off the east coast of Africa. 


Tarpons are exciting fish to catch because of their 
tenacious fighting. The instant that the fish is hooked, 
it hurls itself upward into the air and goes through an 
astounding series of leaps in an effort to free itself. In 
fact, this fish can jump as high as 10 ft (3 m) and as far 
as 20 ft (6 m). These leaps are so violent that, after a 
while, the tarpon exhausts itself; at this point, it can be 
brought to the boat. 
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KEY TERMS 


Brackish—Water containing some salt, but not as 
salty as sea water. 


Caudal fin—The tail fin of a fish. 
Dorsal fin—A fin located on the back of a fish. 


Dorsal ray—A stout filament extending closely 
above the tarpon’s back, behind its dorsal fin. 
Gullet—The throat and esophagus. 
Leptocephalus—Mature form is 
leptocephali). 


larva (plural 


Metamorphosis—A marked change in anatomy 
and behavior occurring during development. 


Tarpons are not often prized as a food fish in 
North America, because the adults are relatively 
tough and full of bones. There are exceptions, how- 
ever. In Mexico and in South America, people eat 
tarpon salted or smoked. Smaller tarpon are also 
eaten in Africa. The silvery scales of tarpon are some- 
times used to make folk jewelry. 
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| Tarsiers 


Tarsiers are prosimians, or primitive primates, in 
the family Tarsiidae, found on the islands of Southeast 
Asia. Tarsiers have 36 teeth, like their closest prosi- 
mian relatives, the lemurs and lorises, which have 36 
teeth. Also, the upper lip of tarsiers is not fastened to 
the gum underneath, so that the face can be mobile, 
rather like the more advanced primates, monkeys and 
apes. Tarsiers are the only prosimians with a nose that 
does not stay moist. A moist nose usually indicates 
that a mammal depends heavily on its sense of smell. 
Tarsiers are often called “living fossils” because they 
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A tarsier clinging to a narrow tree branch. (Alan G. Nelson. The 
National Audubon Society Collection/Photo Researchers, Inc.) 


most resemble fossil primates from about 40 million 
years ago. 


The head and body of the tarsier measure about 5 
in (12.5 cm) in length, and its long, thin, naked tail is 
an additional 8 or 9 in (20-22 cm). Their average 
weight is only slightly over 4 oz (114 g). Tarsiers have 
soft, brown, olive, or buff fur on their head and back, 
which is a lighter buff or gray below. The tail may have 
a small puff of fur on the end. Both the second and 
third toes of the hind feet have toilet claws, which are 
long claws used for grooming and digging for insects. 
When grooming, tarsiers make a foot fist, from which 
these claws protrude. 


Locomotion 


Moving somewhat like a small, furry frog, a tars- 
ier can leap from small branch to small branch. In 
order to do this efficiently, the tibia and the fibula 
(the two lower leg bones) are fused about halfway 
down their length, giving the leg more strength. 
Tarsiers also have elongated ankle bones, which 
helps them leap, and which gives them their name, 
tarsier, a reference to the tarsal, or ankle, region. The 
legs are much longer than their arms. 
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KEY TERMS 


Binocular—Using two eyes set so that their fields of 
vision overlap, giving the ability to perceive depth. 


Dental comb—A group of lower incisor teeth on 
most prosimians that have moved together into a 
horizontal position to form a grooming tool. 


Diurnal—Refers to animals that are mainly active 
in the daylight hours. 


Nocturnal—Active in or related to nighttime. 


These curious little nocturnal creatures dart 
around the undergrowth and low trees, keeping out 
the realm of the larger animals until they want to leap 
across the ground to gather up prey. Tarsiers are 
carnivorous, eating insects and small lizards. They 
have fat pads on the tips of their thin fingers and toes 
that help them cling to trees. These primates probably 
do not build nests. 


Tarsiers have large bulging eyes, which close 
quickly for protection if large insect prey comes near. 
The eyes also face forward, providing binocular 
vision, an aid in catching insects at night. The animal’s 
large ears can also be folded for protection. Their eyes 
do not move in their head, but they can turn their 
heads in a full half circle, like an owl. This fact 
accounts for the belief, recorded in Borneo, that tars- 
iers have detachable heads. The brain of some tarsier 
species weighs less than a single eye. Their big ears 
constantly move, listening for sounds of danger. 


Tarsiers form family groups consisting of the 
male, the female, and their young. Each family stays 
in its own territory, and fusses loudly if another tarsier 
enters it. After a 180-day gestation, the female produ- 
ces a single, fairly mature infant. The offspring rides 
either under its mother’s abdomen or in her mouth. 
When she is off hunting, she may leave it in a safe 
place. The young can hunt on its own by the age of one 
month old, when it is also ready to leap. 


There are at least six species of tarsier in a single 
genus, Tarsius. All are threatened to some degree. 


The Mindanao or Philippine tarsier (7. syrichta) 
lives on several islands in the southwestern 
Philippines, where its forest habitat is being destroyed. 
The western, or Horsfield’s, tarsier, T. bancanus, lives 
on Sumatra, Borneo, and several nearby islands, and 
has been protected in Indonesia since 1931. The mid- 
dle finger of its hand is amazingly long, almost as long 
as its upper arm. 
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The spectral, eastern, or Sulawesi tarsier (T. spec- 
trum) lives in three areas of Sulawesi (formerly 
Celebes) and nearby islands. Unlike the other species, 
the spectral tarsier has scales on a skinny tail, rather 
like a mouse. The pygmy tarsier, T. pumilus, inhabits 
the mountains of central Sulawesi. As its name sug- 
gests, this species is considerably smaller than any 
other tarsier. 


Dian’s tarsier (T. dianae) also is found in the 
central mountain areas of Sulawesi. This relatively 
new species of tarsier was first described in 1991. The 
Sangihe tarsier (T. sangirensis) inhabits is islands of 
Sangihe and Siau, located between Sulawesi and 
Mindanao. 


Over the years, many attempts have been made to 
domesticate tarsiers. However, without a continuous 
source of live food, these primates quickly die. 
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| Tartaric acid 


Tartaric acid is an organic (carbon based) com- 
pound of the chemical formula CyH¢O¢, and has the 
official name 2,3-dihydroxybutanedioic acid. In this 
name, the 2,3-dihydroxy refers to the two OH groups 
on the second and third carbon atoms, and the butane 
portion of the name refers to a four-carbon molecule. 
The dioic acid portion communicates the existence of 
two organic acid (COOH) groups on the molecule. 
Tartaric acid is found throughout nature, especially in 
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Tartaric acid 


L-tartaric acid Meso-tartaric acid 


D-tartaric acid 


Figure 1. The D, L, and meso forms of tartaric acid. (I/lustration 
by Hans & Cassidy. Courtesy of Gale Group.) 


many fruits and in wine. In addition to existing freely, it 
is also found as a salt (salts are the products of acids 
and bases), the most common of which are calcium 
tartrate, potassium tartrate, and sodium tartrate. 


Tartaric acid is used making silver mirrors, in the 
manufacturing of soft drinks, to provide tartness to 
foods, in tanning leather and in making blueprints. 
Tartaric acid is used in cream of tartar (for cooking) 
and as an emetic (a substance used to induce vomit- 
ing). It readily dissolves in water and is used in making 
blueprints. Tartaric acid is a molecule that demon- 
strates properties of optical activity, where a molecule 
can cause the rotation of plane-polarized light. 
Tartaric acid exists in four forms (isomers are molec- 
ular rearrangements of the same atoms), each of which 
affects plane-polarized light differently. 


The chemistry of tartaric acid 


Tartaric acid is a white solid, possessing two alco- 
hol groups and two acid groups. The second and third 
carbons of the molecule are asymmetrical (these are 
called chiral centers). The naturally occurring form of 
tartaric acid is the L-isomer, which rotates light to the 
left. The D-form of the acid, which rotates plane- 
polarized light to the right (the D refers to dextro, or 
right hand direction) is far less common in nature and 
has almost no practical uses. In general, where bio- 
logical molecules have optical isomers, only one of the 
isomers or forms will be active biologically. The other 
will be unaffected by the enzymes in living cells. The 
meso form of the molecule does not affect polarized 
light. Figure 1 shows the D, L, and meso forms of 
tartaric acid. The fourth form—the DL mixture—is 
not a single molecule, but a mixture of equal amounts 
of D and L isomers. It does not rotate polarized light 
either (like the meso form) because the rotation of 
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KEY TERMS 


Chiral center—A carbon atom with four different 
atoms or groups of atoms attached to it (sometimes 
called an asymmetrical carbon). Chiral centers can 
cause the rotation of polarized light. 


Emetic—A substance used to induce vomiting, usu- 
ally to remove a poison from the body. 


Isomers—Two molecules in which the number of 
atoms and the types of atoms are identical, but their 
arrangement in space is different, resulting in differ- 
ent chemical and physical properties. Isomers 
based on chiral centers (such as tartaric acid) are 
sometimes called stereoisomers. 


Polarized light—Light in which the waves vibrate 
in only one plane, as opposed to the normal vibra- 
tion of light in all planes. 


Salts—Compounds that are the products of the 
reaction of acids and bases. Sodium tartrate is the 
product of the reaction between sodium hydroxide 
and tartaric acid. 


light by the D and L forms is equal in amount but 
opposite in direction. It is possible to separate the DL 
mixture into the two isomers, each of which does 
rotate light. In the 1840s Louis Pasteur determined 
that each of the two isomers of tartaric acid rotated 
light in opposite directions, and the meso form was 
inactive in this respect. He also separated by hand 
crystals of the racemic mixture to show that it was 
made of equal amounts of the D and L forms, making 
it different than the meso form of tartaric acid. 


Uses of tartaric acid 


Tartaric acid is found in cream of tartar, which is 
used in cooking candies and frostings for cakes. 
Tartaric acid is also found in baking powder, where 
it serves as the source of acid that reacts with sodium 
bicarbonate (baking soda). This reaction produces 
carbon dioxide gas, and lets products “rise,” but does 
so without any “yeasty” taste, that can result from 
using active yeast cultures as a source of the carbon 
dioxide gas. Tartaric acid is used in silvering mirrors, 
tanning leather, and in Rochelle Salt, which is some- 
times used as a laxative. Blue prints are made with 
ferric tartarte as the source of the blue ink. In medical 
analysis, tartaric acid is used to make solutions for the 
determination of glucose. Common esters of tartaric 
acid are diethyl tartrate and dibutyl tartrate, which are 
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made by reacting tartaric acid with ethanol and buta- 
nol. In this reaction, the H of the COOH acid group is 
replaced with a CH3CH) (ethyl) group or a butyl 
group (CH3;CH»CH,CH><-b1.0001 > -). These esters 
are used in manufacturing lacquer and in dyeing 
textiles. 


Louis Gotlib 


[| Taser 


A Taser is a type of gun. It is similar in appearance 
to a conventional gun, having a handle, squeezable 
trigger, and a blunt barrel. Instead of firing bullets, 
however, a Taser incapacitates someone for a short 
time by the use of electricity. Tasers are most often 
used by security forces, including police, to quell dis- 
turbances without causing injury to the people 
involved. 


The Taser gun is one of three types of weapons 
that are known collectively as stun guns. The other 
two devices are known as the hand held stun gun and 
the liquid stun gun. As their name implies, these weap- 
ons are designed to be a non-lethal defense, rather 
than an offensive weapon capable of causing deadly 
injury. 

Stun guns like the Taser operate by disrupting the 
electrical flow of signals through nerve cells. This elec- 
trical flow drives the ability of the muscles to respond 
to commands from the brain, and allows information 
that the body receives from the outside world 
(i.e., touch, taste, smell) to be communicated to the 
brain. The disruption of the nerve cells is achieved by 
the generation of an electrical charge by the Taser that 
has a high voltage and low amperage. Put another 
way, the electrical charge has a great deal of pressure, 
but is not intense. The pressure of the charge allows 
the charge to penetrate into the body, even though 
several layers of clothing. In order for it to be effective, 
the person must be close, even in direct contact, with 
the electrodes of the Taser. Because the electrical 
charge is not intense, the brief surge of electricity is 
not powerful enough to physically damage the per- 
son’s body. 


Inside the body, however, the electricity is power- 
ful enough to temporarily disable the nervous system. 
This occurs when the added charge mixes with the 
electrical impulses flowing through the nerve cells. 
The added electricity overwhelms the meaningful 
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signals, making it impossible for the brain to interpret 
the signals from the nerve cells. Confusion, difficulty 
in balance, and muscle paralysis results. 


Only about one-quarter of a second is required to 
incapacitate someone. Once the electrical swamping of 
the nerve impulses has abated—within a few seconds 
to a minute—recovery is complete with no adverse 
effects. Tests have shown that even heart pacemakers 
are not affected by Tasers. 


The electrical signal from a Taser can be generated 
as a single burst, or in rapid pulses. If the pulses are 
similar to the frequency of the natural pulses that 
occur within the nerve cells, then the muscles are 
stimulated to contract and relax. However, there is 
no coordination behind the work, since the connec- 
tions between the muscles and the brain have been 
disrupted. The muscles will become depleted of energy 
and tired. Even when the normal electrical rthyhm is 
restored, the muscles often remain too tired to respond 
for a short period. 


Because a Taser acts on muscles, and as there are 
muscles all over the body, a Taser applied almost any- 
where over the body can cause total immobilization. 


Stun guns, including the Taser, consist of a trans- 
former, oscillator, capacitor, and electrodes. The trans- 
former generates the voltage; typically between 20,000 
and 150,000 volts. The oscillator introduces the pulsa- 
tions in the electrical charge. The charge is built up in 
the capacitor, which releases the charge to the electro- 
des. It is the electrodes that send the charge into the 
body, when the electricity bridges the gap between the 
oppositely charged electrodes. 


Ina Taser, the electrodes are not fixed in position. 
Instead, they are positioned on the ends of two long 
pieces of conducting wire. When a trigger is pulled, a 
release of compressed gas expels the electrodes out 
from the gun. In addition, the electrodes have barbs 
on them, so that they can stick to clothing. This design 
of the Taser allows a charge to be transferred to some- 
one who is 15 to 20 feet away. Hand-to-hand contact, 
in this instance, is not necessary. The disadvantage of 
this design is that only one shot is possible before the 
electrodes have to rewind, and a new compressed gas 
cartridge loaded into the gun. Some models of Taser 
have the attached electrodes, so that if the flying elec- 
trodes miss the target, the shooter can move in and try 
to touch the subject with the stationary electrodes to 
deliver the stunning dose of electricity. 


See also Nerve impulses and conduction of 
impulses; Nervous system. 
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United Airlines representative displays a taser. United was the first major U.S. airline to put the stun guns in every cockpit of its 
500 planes, to help pilots fend off hijackers without damaging their airplane. Tasers fire an electrical charge that instantly 
incapacitates an attacker for about 15 minutes. They are not lethal and would not blow a hole in an airplane’s fuselage like a gun 


might, but they can cause burns. (© Reuters/Corbis.) 


Resources 


OTHER 


How Stuff Works. “How Stun Guns Work.” <http:// 
www.howstuffworks.com/stun-gun.htm> (accessed 
October 19, 2006). 


Brian Hoyle 


| Tasmanian devil 


The Tasmanian devil (Sarcophilus harrisii) is the 
largest surviving marsupial predator, occurring only 
on the island of Tasmania in dense thickets and for- 
ests. The Tasmanian devil is one of about 69 species 
of marsupial predators that make up the family 
Dasyuridae. 


The Tasmanian devil once occurred widely in 
Australia and Tasmania. However, the Tasmanian 
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devil became extirpated from Australia following the 
prehistoric introduction of the dingo (Canis dingo; this 
is a placental, wild dog) by aboriginal people, and the 
species is now confined to the island of Tasmania. 


Male Tasmanian devils can attain a body length 
of 32 in (80 cm) and a tail of 12 in (30 cm), and can 
weigh more than 20 lb (9 kg). Their pelage is colored 
dark brown or black, with several white spots on the 
rump and sides and a pinkish snout. The body is stout 
and badger like, and the jaws and teeth are strong. 


As is the case with all marsupials, young Tasmanian 
devils are born in an early stage of embryonic develop- 
ment. The tiny babies crawl slowly to a belly pouch (or 
marsupium) on their mother, where they suckle until 
they are almost fully grown and ready for an independ- 
ent life. 


Tasmanian devils sleep in a den during the day, 
located in a hollow log, cave, or another cavity. This 
species is a fierce, nocturnal predator of smaller ani- 
mals, and a scavenger of dead bodies, filling a niche 
similar to those of such placental carnivores as foxes, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A Tasmanian devil. (JLM Visuals.) 


cats, badgers, and wild dogs. Tasmanian devils feed on 
a wide range of species, including domestic chickens 
and sheep. 


Sometimes, individual Tasmanian devils will invade 
a chicken coop and create havoc there. Unfortunately, 
this and sheep-killing often turn out badly for the 
Tasmanian devil in the end. Because many people con- 
sider the Tasmanian devil a pest, this extraordinary and 
uncommon animal is still persecuted over much of its 
remaining native range. This is highly unfortunate, 
because the Tasmanian devil is the last of the large 
marsupial predators, and it is essential that this species 
survives the human onslaught on its habitat. Although 
not yet listed as an endangered species, the Tasmanian 
devil is much reduced in abundance. 


Recently a fatal disease—devil facial tumour dis- 
ease (DFTD)—has been sweeping through Tasmanian 
devil populations. This disease kills up to 90% of the 
adults in areas with high population densities and 40— 
50% of adults in areas with medium to low population 
densities. The disease is characterized by facial cancers 
and the animals appear to die within six months of the 
lesions first appearance. Scientists are currently study- 
ing this disease and its impact on Tasmanian devil 
populations. Laboratory studies seem to indicate 
that DFTD is an infectious cancer and research is 
underway to devise ways to combat this serious threat 
to Tasmanian devils. 


Bill Freedman 
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| Taste 


Taste is one of the five senses (the others being 
smell, touch, vision, and hearing) through which all 
animals interpret the world around them. Specifically, 
taste is the sense for determining the flavor of food and 
other substances. One of the two chemical senses (the 
other being smell), taste is stimulated through the 
contact of certain chemicals in substances with clusters 
of taste bud cells found primarily on the tongue. 
However, taste is a complex sensing mechanism that 
is also influenced by the smell and texture of substan- 
ces. An individual’s unique sense of taste is partially 
inherited, but factors such as culture and familiarity 
can help determine why one person’s favorite food 
may be hot and spicy while another just cannot get 
enough chocolate. 


The biology of taste 


The primary organ for tasting is the mouth. 
Clusters of cells called taste buds cover the tongue and 
are, also, found to a lesser extent on the cheek, throat, 
and the roof of the mouth. Taste buds get their name 
from the fact that they look similar to plant buds under 
the microscope. First discovered in the nineteenth cen- 
tury by German anatomists and physiologists Georg 
Meissner (1829-1905) and Rudolf Wagner (1805-64), 
taste buds lie on the elevated or ridged surface of the 
tongue (called the papillae) and have hair like exten- 
sions (microvilli) to increase the receptor surface of the 
cells. For most foods and substances, saliva breaks 
down the chemical components that travel through 
the pores in the papillae to reach the taste buds, which 
specialize primarily in processing one of the four major 
taste groups: sweet, sour, salty, and bitter. 


Taste occurs when specific proteins in the food 
bind to receptors on the taste buds. These receptors, 
in turn, send messages to the brain’s cerebral cortex, 
which interprets the flavor. The actual chemical proc- 
esses involved for each major taste group vary. For 
example, salty and sour flavors occur when saliva 
breaks down sodium or acids, respectively. The chem- 
ical constituents of foods that give bitter and sweet 
tastes, however, are much more difficult to specify 
because many chemical components are involved. 


Although certain taste buds seemed to have an 
affinity for one of the four major flavors, continued 
research into this intricate biological process has 
revealed a complex neural and chemical network that 
precludes simple black and white explanations. For 
example, each taste bud actually has receptors for 
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Circumvallate papillae 


Filiform papillae 


Fungiform papillae 


Taste buds 


Taste regions of the tongue (left) and taste bud anatomy (right). (Hans & Cassidy. Courtesy of Gale Group.) 


sweet, sour, salty, and bitter sensations, indicating that 
taste buds are sensitive to a complex flavor spectrum 
just like vision is sensitive to a broad color spectrum 
grouped into the four major colors of red, orange, 
yellow, and green. Particular proteins of taste are 
also under study, like gustducin, which may set off 
the plethora of chemical reactions that causes some- 
thing to taste bitter. 


Taste buds for all four taste groups can be found 
throughout the mouth, but specific kinds of buds are 
clustered together in certain areas. Think about licking 
an ice cream cone; taste buds for sweetness are 
grouped on the tip of the tongue. The buds for sour 
tastes are on the sides of the tongue and salty on the 
front. Bitter taste buds on the back of the tongue can 
make people gag, a natural defense mechanism to help 
prevent poisoning. 


People constantly regenerate new taste buds every 
three to ten days to replace the ones worn out by 
scalding soup, frozen yogurt, and the like. However, 
as people grow older, their taste buds lose their fine 
tuning because they are replaced at a slower rate. As a 
result, middle-aged and older people require more of a 
substance to produce the same sensations of sweetness 
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or spiciness, for example, than would be needed by a 
child eating the same food. 


Scientists have also discovered that genetic 
makeup partially accounts for individual tasting abil- 
ities and preferences for specific foods. According to 
researchers at Yale University, some people are genet- 
ically programmed to have more taste buds and, as a 
result, taste more flavors in a particular food. (The 
number of taste buds varies in different animal species. 
For example, cows have 25,000 taste buds, rabbits 
17,000, and adult people approximately 10,000.) Little 
is known about most other organisms with respect to 
their taste senses, but it has been shown experimentally 
that flies can distinguish between chemicals that 
humans would regard as sweet, sour, salt, and bitter. 
Most mammals probably experience taste in a similar 
way to humans. Part of taste in humans is genetically 
controlled. It is a well-known phenomenon to find 
individuals unable to taste phenylthiocarbamide—an 
artificially created chemical that normally tastes very 
bitter (and used primarily in detecting the ability to 
taste it). However, some individuals are unable to 
detect any taste whatsoever. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


In general, a person’s ability to taste can lie any- 
where in a spectrum from poor to exceptional, with the 
ability to sense tastes increasing in proportion to the 
number of taste buds present. The difference in the 
number of taste buds can be extreme. Researchers 
have found anywhere from 11 to 1,100 taste buds per 
square inch in various young people tested. They have 
also found that women tend to have more taste buds 
than men and, as a result, are often better tasters. 
People’s tasting abilities greatly affect what they like. 
Studies at Yale, for example, revealed that children 
with fewer taste buds who are classified as poor tasters 
liked cheese more often than exceptional tasters, who 
experienced a more bitter sensation, probably because 
of increased sensitivity to the combination of calcium 
and the milk protein casein found in cheese. 


Despite the important role that taste buds play in 
recognizing flavors, they do not work alone in provid- 
ing the experience of taste. For example, the amount 
of naturally occurring salt in saliva varies. The result is 
that those with less saliva can better taste the saltiness 
of certain foods than others, who may end up adding 
salt to get a similar flavor. The smell and texture of 
foods are also important contributing factors to how 
people perceive a food to taste and whether they like it. 
Food in the mouth produces an odor that reaches the 
nose through the nasopharynx (the opening that links 
the mouth and the nose). Since smell is much more 
sensitive to odors than taste is to flavors, people often 
first experience the flavor of a food by its odor. A cold 
or flu is probably the most common example of how 
important smell is to taste. People with congestion 
often experience a diminished ability to taste. The 
taste buds, however, are working fine. The lack of 
smell hinders the brain’s ability to process flavor. 
The texture and temperature of food also influences 
how it tastes. For example, many people would not 
think of drinking cold coffee, while others will not eat 
pears because of a dislike for the fruit’s gritty texture. 


The predilection for certain foods and tastes is not 
determined merely by biology. Culture and familiarity 
with foods greatly influence taste preferences. The 
Japanese have long considered raw fish, or sushi, to 
be a savory delicacy. However, few Americans before 
the 1990s would have enjoyed such a repast. But as the 
number of Japanese restaurants with sushi bars grew, 
so did Americans’ familiarity with this delicacy and, as 
a result, their taste for it. 


Taste disorders 
The inability to taste is so intricately linked with 


smell that it is often difficult to tell whether the 
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KEY TERMS 


Casein—The primary protein found in cow’s milk 
and a major component of cheese. 


Cerebral cortex—The external gray matter sur- 
rounding the brain and made up of layers of nerve 
cells and fibers. It is thought to process sensory 
information and impulses. 


Microvilli—Hair or finger like projections found on 
cell membranes that increase surface area to better 
receive outside stimuli. 


Papillae—Nipple-like projections found on tissue 
which constitute the ridge-like surfaces on the 
tongue. 


Protein—Macromolecules that constitute three- 
fourths of cell matter’s dry weight and that play an 
important role ina number of life functions, such as 
sensory interpretation, muscle contraction, and 
immunological response. 


Taste buds—Cells found primarily on the tongue 
that are the primary biological components for 
interpreting the flavor of foods and _ other 
substances. 


problem lies in tasting or smelling. An estimated two 
to four million people in the United States suffer from 
some sort of taste or smell disorder. The inability to 
taste or smell not only robs an individual of certain 
sensory pleasures, but it can also be dangerous. 
Without smell or taste, for example, people cannot 
determine whether food is spoiled, making them vul- 
nerable to food poisoning. Also, some psychiatrists 
believe that the lack of taste and smell can have a 
profoundly negative affect on a person’s quality of 
life, leading to depression or other psychological 
problems. 


There are a variety of causes for taste and smell 
disorders, from a biological breakdown to the effects 
of environmental toxins. In addition to cold or flu, 
common physical ailments that can assault the sense 
of taste and smell include allergies and various viral or 
bacterial infections that produce swollen mucous 
membranes. Most of these problems are temporary 
and treatable. However, neurological disorders due 
to brain injury or diseases like Parkinson disease or 
Alzheimer’s disease can cause more permanent dam- 
age to the intricate neural network that processes the 
sense of taste and smell. Some drugs can also cause 
these disorders by inhibiting certain enzymes, affect- 
ing the body’s metabolism, and interfering with the 
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neural network and receptors needed to taste and 
smell. Exposure to environmental toxins like lead, 
mercury, insecticides, and solvents can also wreak 
havoc on the ability to smell and taste by causing 
damage to taste buds and sensory cells in the nose or 
brain. 


See also Perception. 
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[ Taxonomy 


Taxonomy is the field of biology which deals with 
the nomenclature, identification, and classification of 
organisms. There are over one million known species 
on Earth and probably several million more not yet 
identified. Taxonomists are responsible for identify- 
ing, naming, and classifying all these different species. 
Systematics is a discipline of biology that explicitly 
examines the natural variation and relationships of 
organisms, and which includes the field of taxonomy. 
Systematics also deals with the relationships of differ- 
ent groups of organisms, as most systematicists strive 
to construct natural classification systems reflecting 
evolutionary relationships. Many biologists use the 
terms taxonomy and systematics interchangeably. 


Definition of species 


Before taxonomists can identify, name, and clas- 
sify organisms, they need to agree on a definition of 
the concept of species. The definition of species is not 
as simple as it may seem, and has been debated by 
biologists and philosophers alike for many years. 
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Most modern biologists agree that species, unlike 
higher taxa (genus, family, order, and so on), are 
authentic taxonomic units. In other words, species 
really do exist in nature, and are not merely artificial 
human constructs. Some of the most persuasive evi- 
dence in support of this is the close correspondence 
between the species identified by western taxonomists 
and those identified in the “folk taxonomy” of rela- 
tively isolated non-western societies. For example, 
Ernst Mayr, a noted bird taxonomist, identified 137 
species of birds in his field work in the mountains of 
New Guinea; the folk taxonomy of the native New 
Guineans identifies 136 species. Similar correlations 
occur with plants. For example, an extensive interdis- 
ciplinary study of the native people and plants of the 
Chiapas highlands of Mexico showed a very close 
correspondence between species identified by western 
botanists and those identified by Chiapas natives. 


Many modern biologists, particularly zoologists, 
define species according to the “biological species con- 
cept,” a definition that has been forcibly advocated by 
Ernst Mayr. According to this definition, a species is a 
group of organisms reproductively isolated from other 
organisms. In other words, a species is a group of 
organisms that interbreed and produce fertile off- 
spring only with one another. 


Some microbiologists and botanists are dissatisfied 
with the biological species concept. Microbiologists 
have noted that single-celled organisms do not repro- 
duce sexually in nature (although they may undergo 
genetic recombination), yet they can still be segregated 
into discrete natural groups considered species. 
Botanists have noted that many species of related 
plants can hybridize with one another in nature. For 
example, the different species in the sub-genus 
Leucobalanus (white oak) can hybridize and produce 
fertile offspring. Thus, rigorous application of the bio- 
logical species concept would require that all of these 
separate species of oak be considered a single species, 
even though they have very different morphologies. 


Most biologists basically accept the biological 
species concept, but argue that it is really an idealized 
concept, since only rarely is an actual test for repro- 
ductive compatibility performed. Thus, in practice, 
nearly all biologists think of species as morphologi- 
cally distinct groups of organisms. 


Nomenclature 


Nomenclature (from the Latin term nomenclatura, 
indicating the procedure of assigning names) is the nam- 
ing of organisms. For many centuries, naturalists used 
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Latinized names to refer to different species of plants 
and animals in their scientific writings. Following 
the lead of the Swedish naturalist Carl von Linné 
(1707-1778) (Carolus Linnaeus) in the mid-1700s, scien- 
tists began using a binomial (two word) Latinized name 
for all species. The first word is the genus name and the 
second word is the specific epithet, also called the trivial 
name. 


Modern taxonomists have devised formal rules of 
nomenclature so that scientists throughout the world 
can more easily communicate with one another. For 
example, biologists use the term Acer to refer to a genus 
of trees commonly called maple in England and 
America, érable in France, acre in Spain, and Ahorn 
in Germany. The rules of nomenclature in botany and 
zoology were established by different governing bodies, 
and are very similar, though not identical. In both 
systems the genus, species, and subspecies are italicized. 


In the modern scientific literature, the complete 
name for a species has three parts: the genus, a name 
which is usually Latinized, is written in italics, and 
begins with a capital letter; the specific epithet, a 
name which is usually Latinized, is written in italics, 
but begins with a lowercase letter; and the author, the 
name of the person who gave the organism its 
Latinized name, which is capitalized and written in 
normal typeface. For example, the sugar maple is 
named Acer saccharinum L., where Acer is the genus, 
saccharinum is the specific epithet, and L. stands for 
Linneaus, who first named the species. 


If subsequent studies indicate that a plant species 
should be transferred to a new genus, the original 
author’s name is given in parenthesis and this is fol- 
lowed by the name of the botanist who changed the 
name. For example, a shrub known as inkberry is 
named //ex glabra (L.) Gray, indicating that Linneaus 
first named this plant, but Gray gave it its current 
name. For animals, the convention is different, in that 
a renamed species only lists the first author’s name, but 
places it in parentheses. For example, the red squirrel is 
named Tamiasciurus hudsonicus (Banks), indicating 
that a biologist named Banks was the original author, 
but someone else gave it its current name. The year of 
publication of the original description of the species is 
often included with the name of the original describer. 


In addition to being given a genus name, specific 
epithet, author and year of publication, all species are 
assigned broader taxonomic categories. Thus, related 
genera are placed in the same family; related families 
are placed in the same order; related orders are placed 
in the same class; related classes are placed in the 
same phylum (botanists prefer the term division over 
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phylum); and related phyla are placed in the same 
kingdom. Occasionally, additional groups are added 
to this classification scheme, such as subphylum, sub- 
class, or suborder. 


For example, human beings (Homo sapiens L.) are 
placed into the following taxonomic categories: 


Kingdom-Animalia, Phylum-Chordata, Subphylum- 
Vertebrata, Class-Mammalia, Order-Primata, Family- 
Hominoidea, Genus-Homo, Species-sapiens L. 


Identification 


Taxonomic identification is the recognition of the 
identity or essential character of an organism. 
Taxonomists often present organized written descrip- 
tions of the characteristics of similar species so that 
other biologists can identify unknown organisms. 
These organized descriptions are referred to as taxo- 
nomic keys. A taxonomic key is often published with 
pictures of the species it describes. However, written 
descriptions are usually preferred over pictures, since 
pictures cannot convey the natural variation in the 
morphology of a species, nor the small, yet character- 
istic, morphological features of a species. In addition, 
matching an unidentified organism to one picture in a 
book of hundreds or thousands of pictures can be very 
time-consuming. 


The dichotomous key is the best and most-used 
format for taxonomic keys. A dichotomous key 
sequentially presents pairs of alternative morpholog- 
ical features (dichotomies) and requires the user to 
decide which alternative best describes the unknown 
organism. A very simple hypothetical key for identify- 
ing four species of flowering plants illustrates the 
dichotomous key: 


a. Flowers white; stem woody 

b. Sepals present; bark deep-furrowed—species A 

bb. Sepals absent; bark not deep-furrowed—species B 
aa. Flowers not white; stem herbaceous 

c. Flowers blue; flowers with five petals—species C 
cc. Flowers red; flowers with three petals—species D 


The first dichotomy asks the user to choose 
between a and aa. If alternative a is chosen, the user 
must choose between 5 and bb. If alternative aa is 
chosen, the user must choose between c and cc. 


Taxonomic keys often require knowledge of the 
morphology of the taxa in question and consequently 
rely upon technical terminology. In the above example, 
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it is assumed the user knows that sepals constitute the 
leaf-like, outermost whorl of a flower. 


Interestingly, taxonomic keys often use the sexual 
organs of animals (genitalia), plants (flowers, fruits, 
and cones), and fungi (spore-bearing structures), 
because these differ significantly among closely related 
species. This indicates that sexual organs of animals, 
plants, and fungi tend to evolve rapidly and diver- 
gently, presumably because they are subjected to 
great evolutionary selection pressures. Differences in 
reproductive structures also indicate that mating may 
not be successful, and that two organisms may be 
reproductively isolated—that is, different species. 


Classification 


Taxonomic classification is the grouping together 
of different organisms into different taxa (taxonomic 
categories), such as family, genus, and species. In the 
time of Linneaus (mid-1700s), taxonomists and natu- 
ralists did not generally acknowledge that all species 
have evolutionary affinities to other species. Thus, 
early classification systems were artificial, in that 
they did not represent the lines of evolutionary 
descent. Most early taxonomists classified species 
according to their overall similarity because they 
thought this revealed the divine origin of nature. 


Evolution and classification 


The theory of organic evolution, developed by 
Charles Darwin in the mid-1800s, revolutionized 
taxonomy. In Origin of Species, Darwin proposed 
that “community of descent—the one known cause 
of close similarity in organic beings” be used as the 
basis for taxonomic classification systems. Ever since 
Darwin, taxonomists have tried to represent phylog- 
eny (lines of evolutionary descent) in their classifica- 
tion systems. Thus, modern taxonomists who study 
plants or animals do not merely name and catalog 
species, they also try to construct evolutionary trees 
showing the relationships of different species. 


The early evolutionary taxonomists relied on 
morphological features to classify organisms. Many 
early animal taxonomists found similarities in the 
embryos of related organisms and proposed that 
these similarities indicate evolutionary affinities. For 
example, early in development, all animals exist as a 
ball of cells, referred to as a blastula. The blastula of 
higher animals, called the coelomates, forms an inva- 
gination, called a blastopore, which later develops into 
the digestive cavity. Early taxonomists further divided 
coelomate animals into two large taxonomic groups, 
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the protosomes, in which the blastopore opening 
develops into the mouth, and the deuterostomes, in 
which the blastopore opening develops into the anus. 
In contrast to the coelomates, the blastula of lower 
animals does not form a blastopore and these animals 
are called the acoelomates. When acoelomate animals 
are fully grown, they lack true digestive systems. 


Thus, the early evolutionary taxonomists con- 
cluded humans are more closely related to segmented 
worms than to flatworms, since humans and seg- 
mented worms both have coelomate embryos, whereas 
flat worms have an acoelomate embryo. In addition, 
humans are more closely related to sea urchins than to 
segmented worms, since humans and sea urchins are 
both coelomate deuterostomes whereas round worms 
are coelomate protostomes. 


Modern trends 


Modern biologists accept many of the conclusions 
of the early evolutionary taxonomists, such as the 
relationships of the major animal phyla, as determined 
by the comparative morphology of their embryos. 
However, these early classification systems all had a 
weakness in that they were based, at least in part, on 
the intuition of taxonomists. Thus, all early classifica- 
tion systems had a strong element of subjectivity. 


In the 1950s, R. R. Sokal and P. H. A. Sneath 
advocated the use of numerical taxonomy to remove 
the subjectivity of classification. In their method, all 
relevant characters (morphological features) of a 
group of organisms are numerically coded and the 
overall similarity is calculated by use of a mathemat- 
ical algorithm. Initially, many traditional taxonomists 
rejected numerical taxonomy, since its results some- 
times contradicted their own decade-long studies of 
comparative morphology. However, nearly all mod- 
ern taxonomists currently use numerical methods in 
taxonomy, although there is often very contentious 
debate about which particular algorithms should be 
used. 


In recent years, advances in molecular biology 
have had a profound impact on the field of taxonomy. 
In particular, biologists can now clone and sequence 
the DNA (deoxyribonucleic acid) in the genes of many 
different organisms and compare these DNA sequen- 
ces to estimate relationships and construct classifica- 
tion systems. The use of such molecular data in 
taxonomy has several advantages. First, classification 
schemes for groups such as the fungi, whose phylogeny 
has long confounded the many taxonomists who rely 
upon more traditional morphological characters, can 
now be determined more easily. Second, organisms 
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typically have many thousands of different genes, so 
there is a potential database of characters which is 
virtually unlimited in size. Third, since changes in 
DNA form the basis for all other evolutionary changes, 
such as changes in morphology, comparison of gene 
sequences allows study of evolution at its most basal 
level. Comparative studies of morphology will continue 
to play an important role in taxonomy, but gene 
sequences are becoming more widely used as gene 
sequencing becomes easier. 


Methods of classification 


Most modern taxonomists agree that classifica- 
tion systems should reflect evolutionary relationships. 
Thus, they agree that one should distinguish between 
homologous features and analogous features in con- 
structing a classification system. 


Homologous features have a common evolutionary 
origin, although they may differ in superficial morphol- 
ogy. For example, the arms of a human, fins of a whale, 
and front legs of a dog are all homologous. The under- 
lying skeletal system of these appendages is similar and 
these three species had a common mammalian ancestor 
having appendages with similar skeletal structure. 


Analogous features are superficially similar, but 
the similarity is not a result of common evolutionary 
origin. For example, the wings of a bird, bat, and 
butterfly are all analogous. Although they all have a 
similar superficial morphology and function, their 
underlying structure is very different. In other words, 
birds, bats, and butterflies did not share a common 
ancestor that had wings with a common design. The 
wings of birds, bats, and butterflies are similar merely 
because the laws of physics places certain restrictions 
on the shape of an appendage that can support flight. 


Although taxonomists agree on the distinction 
between analogous and homologous features, they 
sometimes disagree about which specific method 
should be used to classify species. The three most 
commonly used methods are phenetics, cladistics, 
and evolutionary taxonomy. Some taxonomists use a 
combination of several of these different methods. 


Phenetics 


Phenetics, also known as numerical taxonomy, 
was proposed by Sokal and Sneath in the 1950s. 
Although very few modern taxonomists currently use 
phenetics, Sokal and Sneath’s methods clearly revolu- 
tionized taxonomy by introducing computer-based 
numerical algorithms, now an essential tool of all 
modern taxonomists. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Phenetics classifies organisms based on their over- 
all similarity. First, many different characteristics of a 
group of organisms are measured. These measurements 
are then used to calculate similarity coefficients 
between all pairs of organisms. The similarity coeffi- 
cient is a number between 0 and 1, where | indicates 
absolute identity, and 0 indicates absolute dissimilarity. 
Finally, the similarity coefficients are used to develop a 
classification system. 


Critics of phenetic classification have argued that 
it tends to classify unrelated organisms together, 
because it is based on overall morphological similar- 
ity, and does not distinguish between analogous and 
homologous features. Pheneticists have responded 
that they ignore the distinction between analogous 
and homologous features because analogous features 
are usually numerically overwhelmed by the larger 
number of homologous features. Most evolutionary 
biologists would consider this response questionable, 
at best. 


Cladistics 


Cladistics is a method that classifies organisms 
based on the order in which different evolutionary 
lines branch off from one another. It was first proposed 
in the 1950s by Willi Hennig, a German entomologist. 
Subsequently, many other scientists have made 
Hennig’s original method more practicable by develop- 
ing various cladistic numerical algorithms, some of 
which are very sophisticated. Cladistics is currently 
the most widely used method of classification. 


One might reasonably ask: how can cladistics 
possibly determine the branching points of different 
evolutionary lines, given that we never have a com- 
plete fossil record and often have only living species 
for constructing a classification system? The answer is 
that cladistics relies upon the fact that all new species 
evolve by descent with modification. In other words, 
cladistics determines the evolutionary branching order 
on the basis of shared derived characteristics. It does 
not use shared primitive characteristics as a basis for 
classification, since these may be lost or modified 
through the course of evolution. To establish which 
characters are primitive and which are derived, clad- 
istic classification generally relies upon one or more 
outgroups, species hypothesized to be primitive ances- 
tors of all the organisms under study. 


An example illustrates the distinction between 
shared derived and shared primitive characteristics 
in cladistic classification. The common mammalian 
ancestor of humans, cats, and seals had five digits on 
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each hand and foot. Thus, the presence of five digits is 
a shared primitive characteristic and cladistics does 
not segregate humans and cats, which have five digits 
on their hands and feet, from seals, which have flippers 
instead of distinct digits. Instead, cladistics classifies 
seals and cats in the order Carnivora, based on certain 
shared derived characteristics of the Carnivora, and 
humans in the order Primata, based on other derived 
characteristics of the Primates. 


It is important to note that a cladistic classifica- 
tion is not based on the amount of evolutionary 
change after the branching off of an evolutionary 
line. For example, although chimps and orangutans 
appear more similar to one another then either does to 
humans, cladistic classification places humans and 
chimps together since they share a more recent com- 
mon ancestor than chimps and orangutans. Such a 
classification may seem counterintuitive; however, 
cladistic taxonomists would argue that such classifica- 
tions should be considered the starting point for sub- 
sequent comparative studies. Such comparative 
studies might seek to discover why human morphol- 
ogy evolved so rapidly, relative to that of chimps and 
orangutans. 


Some botanists have noted a limitation of cladistics, 
in that it does not recognize the role of interspecific 
hybridization in the evolution of new species. In inter- 
specific hybridization, two different species mate and 
produce offspring that constitute a new species. Certain 
derived features of the parent species revert to primitive 
features in the new hybrid species. Hybrid species appear 
to be more common among plants than animals, but 
taxonomists who study any group of organisms clearly 
need to account for the possibility of interspecific hybrid- 
ization in the evolution of new species. 


W. H. Wagner, a noted plant taxonomist, has 
shown that interspecific hybridization has had a par- 
ticularly important role in the evolution of ferns. He 
has advocated the development of a new methodology 
he calls reticulistics, to account for the evolution of 
hybrid species. In reticulate phylogeny, one evolution- 
ary line can split to form two new species or two 
evolutionary lines can join together to form one new 
species. Unfortunately, there are not yet any numer- 
ical algorithms that can be used to reconstruct a retic- 
ulate phylogeny. 


Evolutionary taxonomy 


Evolutionary taxonomy can be considered a mix- 
ture of phenetics and cladistics. It classifies organisms 
partly according to their evolutionary branching pat- 
tern and partly according to the overall morphological 
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similarity. Evolutionary taxonomy is basically the 
method used by the early evolutionary taxonomists 
and is also called classical taxonomy. 


The major limitation of evolutionary taxonomy is 
that it requires a highly arbitrary judgment about how 
much information to use for overall similarity and 
how much information about branching pattern to 
use. This judgment is always highly subjective, and 
makes evolutionary taxonomy a very poor method of 
classification, albeit one that survives in the hands of 
certain older taxonomists. 


The kingdoms of organisms 


In the past, biologists classified all organisms into 
the plant kingdom or animal kingdom. Fungi were 
placed into the plant kingdom and single-celled organ- 
isms were rather arbitrarily placed into one kingdom 
or the other. Very few biologists currently use this 
simple two kingdom system. In recent years, biologists 
have proposed a great variety of classification systems, 
based on as many as 13 separate kingdoms of organ- 
isms. The five kingdom system, based on proposals by 
ecologist Robert Whittaker in 1959 and 1969, is widely 
used as a framework for discussing the diversity of life 
in most modern biology textbooks. 


Five kingdom system 


According to the five kingdom system designated 
by L. Margulis and K. V. Schwartz, all organisms are 
classified into one of five kingdoms: Monera, single- 
celled prokaryotes (bacteria); Protista, single-celled 
eukaryotes (algae, water molds and various other pro- 
tozoans); Fungi, multicellular eukaryotic organisms 
which decompose organic matter (molds and mush- 
rooms); Plantae, multicellular eukaryotic photosyn- 
thetic organisms (seed plants, mosses, ferns, and fern 
allies); and Animalia, multicellular eukaryotic organ- 
isms which eat other organisms (animals). 


Clearly, the five kingdom system does not segre- 
gate organisms according to their evolutionary ances- 
try. The Monera and Protista are single-celled 
organisms only distinguished by their intracellular 
organization. The Animalia, Fungi, and Plantae are 
distinguished by their mode of nutrition, an ecologi- 
cal, not a phylogenetic, characteristic. Plants are con- 
sidered producers, in that they use photosynthesis to 
make complex organic molecules from simple precur- 
sors and sunlight. Fungi are considered decomposers, 
in that they break down the dead cells of other organ- 
isms. Animals are considered consumers, in that they 
primarily eat other organisms, such as plants, fungi, or 
other animals. 
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KEY TERMS 


Algorithm—Method for solving a numerical prob- 
lem consisting of a series of mathematical steps. 


Analogous features—Characteristics of organisms 
that are superficially similar, but have different evo- 
lutionary origins. 


Chimera—Organism or part of an organism consist- 
ing of two or more genetically distinct types of cells. 


Eukaryote—A cell whose genetic material is carried 
on chromosomes inside a nucleus encased in a mem- 
brane. Eukaryotic cells also have organelles that per- 
form specific metabolic tasks and are supported by a 
cytoskeleton which runs through the cytoplasm, giving 
the cell form and shape. 


Homologous features—Characteristics of organisms 
that have a common evolutionary origin, but are not 
necessarily similar in form. 


More recently, a six kingdom model has been 
widely, although not universally, accepted. In this 
system, the former kingdom Monera is divided into 
two kingdoms: Eubacteria and Archaebacteria. The 
eubacteria (or true bacteria) are more common species 
of bacteria. Free-living decomposing bacteria, patho- 
genic (or disease causing) bacteria, and photosynthe- 
sizing cyanobacteria belong to this group. Some 
familiar members of Eubacteria, then, would be the 
bacteria found on human skin that can cause acne, or 
the bacteria found in a compost pile, which facilitate 
decomposition of organic material. 


The Archaebacteria (or ancient bacteria) are quite 
different. Members of this group of bacteria live in 
very hostile environments. Examples are those living 
in extremely warm environments (called thermophiles) 
and bacteria living in extremely salty environments 
(called halopohiles). Archaebacteria are believed to 
be representative “living ancestors” of bacteria that 
inhabited Earth eons ago. The Archaebacteria are so 
fundamentally different from other bacteria that the 
new taxonomy reflects this difference by assigning 
them their own kingdom. Archaebacteria are believed 
to be the most primitive organisms found on earth. 


Alternative systems 


Many cladistic taxonomists have criticized 
Whittakers five kingdom classification system because 
it is not based on the branching pattern of evolution- 
ary lineages. Cladistic classification systems seek to 
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Monophyletic—Group including all species or 
other taxa descended from a single common 
ancestor. 


Outgroup—Primitive ancestor of all organisms being 
classified by cladistics, used to identify primitive and 
derived characteristics. 


Phylogeny—Evolutionary history or lineage of an 
organism or group of related organisms. 


Prokaryote—Cell without a nucleus, considered more 
primitive than a eukaryote. 


Taxon (plural, taxa)—Taxonomic group, such as 
species, genus, or family. 


Taxonomic key—Descriptions of the characteristics 
of species or other taxa organized in a manner to 
assist in identification of unknown organisms. 


place organisms into monophyletic taxa. A monophy- 
letic taxon is one that includes all species descended 
from a single common ancestor. For example, since 
biologists believe different groups of multicellular ani- 
mals evolved from different single-celled eukaryotic 
ancestors, the kingdom Animalia is clearly not a 
monophyletic group. 


Several cladistic taxonomists advocate a classifi- 
cation system that groups all organisms into three 
apparently monophyletic kingdoms, the Eukaryota, 
Eubacteria, and Archaebacteria (alternatively called 
Eukarya, Bacteria, and Archaea). The Eukaryota 
kingdom includes eukaryotic organisms, and all 
organisms in the Plantae, Animalia, Fungi, and 
Protista kingdoms. The kingdoms Eubacteria and 
Archaebacteria both consist of single-celled prokar- 
yotes, all of which Whittaker placed into the Monera 
kingdom. The Archaebacteria (ancient bacteria) were 
originally considered more primitive than the 
Eubacteria. The Archaebacteria includes the metha- 
nogens (methane-producing bacteria), halophiles 
(salt-loving bacteria), and thermophiles (heat-loving 
bacteria), all rather unusual prokaryotes which live 
in very unusual habitats. 


Many cladistic taxonomists are currently studying 
the relationships of the Eubacteria, Archaebacteria, 
and Eukaryota, and have proposed different classifi- 
cation schemes based on comparisons of different gene 
sequences of these organisms. Ironically, although 
Archaebacteria acquired their name because they 
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were considered primitive to Eubacteria, many taxo- 
nomists now believe that Archaebacteria are in fact 
more modern and more closely related to the 
Eukaryota than are the Eubacteria. Some taxonomists 
have proposed a fourth kingdom called the Eocytes, a 
group of hyperthermophilic bacteria which other biol- 
ogists include within the Archaebacteria. One of the 
most intriguing recent studies found that Eukaryota 
have some genes that are most like those in 
Archaebacteria and other genes most like those in 
Eubacteria. This suggests that the Eukaryota may 
have evolved as a chimera of some primitive 
Eubacterium and Archaebacterium. 


Taxonomists who are intrigued by this contro- 
versy are encouraged in knowing there are many 
undiscovered species of bacteria, perhaps millions, 
and only a very small portion of Eubacterial, 
Archaebacterial, and Eukaryotal DNA sequences 
have been studied to date. 


See also Adaptation. 
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fl Tay-Sachs disease 


Tay-Sachs disease is a genetically inherited, neu- 
rodegenerative disorder. Individuals affected with the 
disease experience abnormal brain development that 
gets progressively worse. The outcome is a life expect- 
ancy of no more than five years of age due to compli- 
cations related to the disorder. 


The disease is named after British ophthalmologist 
Warren Tay (1843-1927) and New York neurologist 
Bernard Sachs (1858-1944), who both described symp- 
toms of the disease. Sachs also noted the genetic compo- 
nent of the disorder, recognizing that most affected babies 
were of eastern European Jewish descent. 


Tay-Sachs disease is inherited from one’s parents, 
who do not display any symptoms. In genetic terms, 
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the disease is an autosomal recessive disorder. Put 
another way, the parents have a defective gene but 
because the gene is not expressed, they do not have 
symptoms. However, if two parents who each have a 
defective gene produce a child, the child can inherit 
both copies of the defective gene, one from each 
parent. The child will express the disease. 


The defective gene produces a protein, specifically 
an enzyme called hexosaminidase A, which is impor- 
tant for speeding up a specific biochemical reaction. 
The enzyme defect leads to the accumulation of a 
compound called GM2 ganglioside, a fatty substance 
found enriched in nerve cells of the brain. The accu- 
mulation of this compound in the brain leads to the 
deterioration of both mental and physical develop- 
ment. Children become blind, deaf, and unable to 
swallow food, and eventually experience paralysis 
due to muscular degeneration. The reason Tay-Sachs 
disease symptoms become progressively worse with 
age is because the compound keeps accumulating 
over time. This fatty substance can accumulate even 
during pregnancy, where the first destructive effects 
take place, although the clinical significance does not 
appear until the first few months after birth. 


Symptoms vary in severity and the time in which 
they are evident. Failure to develop, loss of vision, and 
a characteristic abnormal startle reaction to sounds 
are often helpful considerations in making a diagnosis. 


Although Tay-Sachs disease primarily affects infants, 
juvenile and adult forms of Tay-Sachs disease also exist. A 
rarer form occurs in affected individuals who are in their 
late twenties or early thirties. This form is characterized by 
progressive neurological degeneration with the first recog- 
nized abnormality being an unsteady gait. 


Certain populations are known to be at a higher risk 
for carrying a defective Hex-A gene. However, anyone in 
a population can be a carrier of Tay-Sachs disease. The 
defective Tay-Sachs allele is prevalent in Jews of eastern 
European descent. About | in 27 people of this descent are 
thought to be carriers, and about | in 3,600 Jewish infants 
are born with this disease, accounting for approximately 
90% of all Tay-Sachs cases worldwide. Among non-Jews, 
about | in 300 people are carriers of the defective allele. 
Carriers do not have symptoms of Tay-Sachs, although 
their levels of the hexosaminidase A enzyme may be 
reduced as much as 50%. This reduction, however, is 
not sufficient to produce symptoms. 


Patients and carriers can be identified by a simple 
blood test that measures the activity of the affected 
enzyme. Identification can also be made by the genetic 
detection of the defective gene in a sample of blood 
withdrawn from both parents. 
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The genetic test can detect three genetic changes 
(mutations) responsible for Tay-Sachs disease. Two of 
these mutations cause the infantile form of the disease. 
By testing for the existence of these mutations in a 
person’s blood, carriers are more accurately identified. 
As of 2006, testing detects about 95% of carriers in the 
Ashkenazi Jewish populations and about 60% of non- 
Jewish individuals. This test can assist parents in mak- 
ing reproductive decisions. DNA testing is currently the 
accepted approach to test individuals of confirmed 
Ashkenazi Jewish descent, whereas newborn screening 
programs can use dried blood spots on filter paper to 
measure enzyme activity. For prenatal diagnosis, 
enzyme levels can be measured in amniotic fluid by a 
procedure called amniocentesis. As in all genetic testing 
services, the proper genetic counseling and follow-up 
procedures should always accompany any genetic test. 


As of 2006, there is no cure for Tay-Sachs disease. 
The use of enzyme replacement therapy, where prop- 
erly functioning enzyme is introduced, has been inves- 
tigated. Even if successful, this therapy would require 
a lifelong infusion of the enzyme. Ultimately, the goal 
would be to use gene therapy to cure Tay-Sachs dis- 
ease. In gene therapy, cells that have been infected 
with viruses carrying normal genes are injected into 
the body. The healthy genes would then produce 
enough hexosaminidase A to break down the accumu- 
lating gangliosides. 
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i Tea plant 


The tea plant Camellia sinensis, which is a member of 
the plant family Theaceae, is a small evergreen tree that is 
related to the camellias commonly grown in gardens. 
Although there are more than 3,000 different types, or 
grades, of true tea that are produced, nearly all are derived 
from this single species. Other plants such as peppermint 
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A tea plantation in east central China. (JLM Visuals.) 


and jasmine, which are also often steeped to yield a hot 
drink, are not true teas. Next to water, tea is said to be the 
most common drink in the world, with production exceed- 
ing two million tons per year worldwide. 


Tea is thought to be native to China and/or Tibet, 
but not to India or Sri Lanka, where most commercial 
tea is grown today. The practice of drinking hot tea 
likely originated in China, and was later taken up in 
Japan, where elaborate tea drinking ceremonies devel- 
oped. It was only much later, during the 1600s, that the 
export of tea to Europe began. Today, tea is consumed 
worldwide, and a great variety of practices has evolved 
regarding how and when tea is served and consumed. 
For example, Americans often drink tea with or after 
meals, adding milk, sugar, or lemon, while in Great 
Britain, it has long been the practice to serve tea in the 
late afternoon, often accompanied by cakes or biscuits. 


The tea plant is grown almost exclusively for the 
drink that is made by brewing the flower buds and leaves. 
Before reaching the consumer, either as loose tea, tea 
bags, or bricks, a rather complex series of steps takes 
place. Dried tea is prepared by harvesting steps that 
usually include drying, rolling, crushing, fermenting, 
and heating. The result is the drink that is consumed, 
both hot and cold, primarily because of the stimulatory 
effect of the caffeine and the astringent effect of the 
tannins that the plant contains. Depending on where 
and how the tea is grown, when and how much of the 
plant is harvested, and the details of the processing, the 
resulting tea can take on an astounding range of tastes 
and colors. Commercial teas are generally of two 
forms—black or green—with black by far the more 
common. Black tea differs from green primarily because 
of an additional fermentation step caused by microor- 
ganisms on the dried, crushed leaves. In addition to black 
and green teas, other major classes of tea are produced as 
a result of alterations of the basic production process. 
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KEY TERMS 


Caffeine—A bitter alkaloid present in tea, coffee, 
and other drinks, that acts as both a stimulant anda 
diuretic. 


Tannin—An organic constituent of tea that influen- 
ces the taste, color, and pungency. 


Theaceae—A tropical and subtropical family of 
trees and shrubs that includes the tea plant and a 
variety of cultivated species, including Camellias. 


Tea was originally steeped from the loose leaves, 
which could be added to boiling water, or through 
which boiling water could be poured. In North 
America, and increasingly elsewhere, most tea is now 
brewed from tea bags rather than from loose tea. By 
steeping tea bags for shorter or longer periods of time, 
the color and the strength of the tea can be con- 
trolled—yet one more example of how the final drink 
can be manipulated. Regardless of the type of tea, 
virtually all commercial teas are blends of several to 
many different types that have been combined in such 
a way—and often based on secret recipes—to achieve 
a particular taste and color. In addition, dried leaves 
or oils from other plants are sometimes added to 
achieve a particular taste, as in the case of Earl Grey 
tea. Although purists sometimes scoff at such practi- 
ces, there are many teas in which interesting flavors 
have been achieved in this way. 


In thinking about tea, students of United States 
history recall the Boston Tea Party of 1773. In this 
uprising, the tea cargo on three British ships was 
thrown into Boston Harbor by small group of colo- 
nists disguised as Native Americans, this to protest a 
tax levied by Britain’s King George III. The resulting 
closing of Boston Harbor by the British can be inter- 
preted as but one of the many events of history leading 
to the writing of the Declaration of Independence. 
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Teak see Verbena family (Verbenaceae) 
Technetium see Element, chemical 
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| Tectonics 


Tectonics comes from the Greek word tekton, 
meaning builder. It is the field of study within geology 
that involves the deformation of Earth’s lithosphere 
(solid portion of the earth, the crust)—both the causes 
of deformation and its effects. Tectonics focuses pri- 
marily on mountain building, but involves other unre- 
lated activities as well. Since the development of the 
plate tectonics theory, tectonics has become an espe- 
cially active area of research in geology. 


Deformation of rocks, known as tectonism or dia- 
strophism, is a product of the release and redistribution 
of energy from Earth’s interior. This energy is provided 
by a combination of heat, produced by radioactive 
decay within Earth and by gravity. Uneven heating 
(or unequal distribution of mass) within Earth’s inte- 
rior creates pressure differences, or gradients. These 
pressure gradients cause rocks to experience compres- 
sion, extension, uplift, or subsidence. As a result, rocks 
deform and shift about on Earth’s surface. When 
deformed, rocks may break, bend, warp, slide, flow 
(as solids), or even melt. Structures that indicate past 
episodes of tectonism include faults, folds, and volca- 
noes. Among activities that suggest active tectonism 
are earthquakes and volcanic eruptions. 


Tectonism is generally divided into two categories of 
deformation: orogenesis and epeirogenesis. Orogenesis is 
derived from the Greek words oros, meaning mountain, 
and genesis, meaning origin. Also called mountain build- 
ing, orogenesis involves the formation of mountain 
ranges by folding, faulting, and volcanism. Most moun- 
tain ranges form where lithospheric plates converge (that 
is, along plate margins) and are a product of plate tec- 
tonics. Epeirogenesis, which is derived from the Greek 
word epeiros meaning mainland, involves vertical dis- 
placement (uplift or subsidence) of large regions of 
Earth’s lithosphere, as opposed to the elongated belts 
of lithosphere involved in orogenesis. There are a num- 
ber of other important differences between epeirogenesis 
and orogenesis as well. Folding and faulting is less sig- 
nificant in epeirogenesis and volcanism is not often 
involved. Epeirogenesis is also not as closely related to 
plate tectonics and is common throughout all areas of 
plates, not just at plate margins. 


The products of orogenesis are obvious—moun- 
tains. Epeirogenesis is usually more subtle. Erosion of 
material from a region could cause uplift (epeirogene- 
sis) in response to the decrease in crustal mass. 
Conversely, sediments eroded from one area of the 
earth’s crust may accumulate elsewhere. The weight of 
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Rift valleys like this one in Thingvellir, Iceland, are formed when an area of Earth’s crust is warped upward by pressure from 
magma below and cracked into sections. The sections sink back lower than before as the adjacent areas of intact crust are 
drawn away from the fractures. (ULM Visuals.) 


these accumulated sediments could cause subsidence 
(epeirogenesis) of the crust. The vertical movements in 
these examples are driven by gravity and result from 
changes in crustal mass within an area. Such movements 
are known as isostatic adjustments; they are among the 
most common, but subtle, epeirogenic activities. 


Prior to the development of the plate tectonic 
theory in the 1960s, many theories had been proposed 
that attempted to explain regional tectonic activity, 
especially mountain building. None of these theories 
could adequately account for the range of activities 
and structures observed. One of the main reasons plate 
tectonic theory was so quickly and widely accepted is 
that it provides a workable explanation for a wide 
variety of tectonic processes and products. 


In fact, plate tectonics has been called the unifying 
theory of geology because it explains and relates so 
many different aspects of Earth’s geology. Many 
Earth processes, which previously were not even 
believed to be connected, are now known to be closely 
interrelated. As a result, tectonic research is now highly 
interdisciplinary. Thorough interpretation of the causes 


and effects of a single episode of deformation often 
requires input from a large number of geologic sub- 
disciplines (structural geology, sedimentology, geomor- 
phology, geochemistry, etc.) And to further complicate 
matters, most areas of Earth have been involved in 
multiple tectonic episodes. 


See also Earthquake; Volcano. 


A telegraph (also called a teletypewriter, teletype, 
or TTY [for teletype/teletypewriter]) is any system that 
transmits encoded information by signal across a dis- 
tance with the use of an electro-mechanical typewriter. 
Although it is associated with sending messages via an 
electric current, the word telegraph was coined to 
describe an optical system of sending coded messages. 
From its invention until the telephone became a viable 
system, the telegraph was the standard means of 


Telegraph 


communicating both between and within metropoli- 
tan areas in both Europe and the United States. 
Telephones did not make the telegraph obsolete but 
rather complemented it for many decades. Telegrams 
and telexes used telegraphy but are rapidly being 
replaced by facsimile (fax) transmissions through tele- 
phone lines. Satellite transmission and high-frequency 
radio bands are used for international telegraphy. 


History 


The earliest forms of sending messages over dis- 
tances were probably both visual and acoustic. The 
ancient peoples of China, Egypt, and Greece used 
smoke signals by day and beacon fires by night. 
Drumbeats extended the range of the human voice 
and are known to have sent messages as have reed 
pipes and the ram’s horn. Greek poet Aeschylus (c. 
525-c. 455 BC) described nine beacon fires used on 
natural hills that could communicate over 500 mi (805 
km), and Greek historian Polybius (c. 200-c. 118 BC), 
recounted a visual code that was used to signal the 24- 
letter Greek alphabet. It is also known that Native 
Americans used signal fires before colonial times and 
later. Visual systems had a greater range than ones 
that depended on being heard, and they were greatly 
stimulated by the seventeenth century invention of the 
telescope. 


In 1791, French engineer Claude Chappe (1763- 
1805) and his brother Ignace (1760-1829) invented the 
semaphore, an optical telegraph system that relayed 
messages from hilltop to hilltop using telescopes. The 
Chappes built a series of two-arm towers between 
cities. Each tower was equipped with telescopes point- 
ing in either direction, and a cross at its top whose 
extended arms could each assume seven easily-seen 
angular positions. Together, they could signal all the 
letters of the French alphabet as well as some num- 
bers. Their system was successful and soon was dupli- 
cated elsewhere in Europe. It was Chappe who coined 
the word telegraph. He combined the Greek words tele 
meaning distance and graphien meaning to write, to 
define it as writing at a distance. Its shortcomings, 
however, were its dependence on good weather and 
its need for a large operating staff. Advances in elec- 
tricity would soon put this system out of business. 


It was the invention of the battery and the resultant 
availability of electric charges moving at 186,000 mi 
(299,460 km) per second (the speed of light) that accom- 
plished this. Prior to this invention by Italian physicist 
Alessandro Giuseppe A. A. Volta (1745-1827) in 1800, 
attempts to use electricity to communicate had failed 
because a dependable source of electricity was not 
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available and the long, iron wires needed did not con- 
duct electricity well and could not be properly insulated. 
Volta’s new battery meant that experimenters had for 
the first time a reliable current of sufficient strength to 
transmit signals. 


The next major development was in 1819 when 
Danish physicist Hans Christian Oersted (1777-1851) 
demonstrated that he could use an electric current to 
deflect a magnetic needle. Further, he showed that the 
direction of the movement depended on the direction 
of the flow of the current. This pointed the way to the 
true telegraph. While several researchers in different 
countries were attempting to exploit the communica- 
tions aspects of this discovery, two Englishmen, 
William Fothergill Cooke (1806-1879) and Charles 
Wheatstone (1802-1875), formed a partnership and 
designed a five-needle telegraph system in 1837. 
Their system used needles to point to letters of the 
alphabet and numbers that were arranged on a 
panel. Their electric telegraph was immediately put 
to use on the British railway system. This system was 
used primarily for railroad signaling until 1845 when 
an event raised the public’s awareness of the potential 
of the telegraph. On New Year’s Day, 1845, the tele- 
graph was used to catch a murderer who had been seen 
boarding a train bound for London. The information 
was telegraphed ahead and the murderer was arrested, 
tried, and hanged. 


Although Cooke and Wheatstone built the first 
successful telegraph based on electricity, it was 
American artist and inventor Samuel Finley Breese 
Morse (1791-1872), who would devise a telegraph 
method that would eventually become universally 
adopted. Morse had begun investigating telegraphy 
at about the same time as his English rivals, but he 
had no scientific background and was getting nowhere 
until he was informed about the 1825 invention of the 
electromagnet that had been made by English physi- 
cist William Sturgeon (1783-1850). Fortunately for 
Morse, he took his inquiries to American physicist 
Joseph Henry (1797-1878), who had built in 1831 an 
extremely powerful electromagnet (it could lift 750 Ib 
[341 kg] compared to Sturgeon’s 9 Ib [4.1 kg]). More 
importantly, Henry had successfully experimented 
with using the electromagnet to transmit signals and 
clearly understood what would become the fundamen- 
tal principle of the telegraph—the opening and closing 
of an electric circuit supplied by a battery. Henry 
gladly enlightened Morse on the mysteries of electro- 
magnetism, and the determined Morse took it from 
there. He enlisted the aid of young mechanic Alfred 
Vail and together they improved on the work Morse 
had already started. These early attempts using an 
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electromagnet resulted in a pen touching a moving 
piece of paper to record a series of dots and dashes. 
This system presumes a coded message, and Morse 
had created his own system that, when he collaborated 
with Vail, resulted in the now-famous Morse code. 
Vail contributed significantly to the code, having vis- 
ited a printer to determine which letters were most and 
least used. Their code was then based on the most 
common letters having the simplest, shortest of sym- 
bols (dots and dashes). By 1837, they had put together 
a system that used a single, simple operator key, 
which, when depressed, completed an electric circuit 
and sent a signal to a distant receiver over a wire. Their 
first public demonstration was made at Vail’s shop 
in Morristown, New Jersey, and in 1843, the United 
States federal government appropriated funds to build 
a pole line spanning the 37 mi (59.5 km) between 
Baltimore, Maryland, and Washington, D.C., On 
May 24, 1844, the historic message, “What hath God 
wrought?” was sent and received. Once the system 
became practiced, it was found that skilled operators 
could “read” a message without looking at the dots 
and dashes on the paper by simply listening to the 
sound of the electromagnet’s clicking. This led to the 
elimination of the paper and an even simpler electric 
telegraph system that used only a key, battery, pole 
line, and a new sounder to make the dot or dash 
clicking sound clear. Using such simple equipment 
and a single, insulated copper wire, Morse’s telegraph 
system spread quickly across the U.S. and eventually 
replaced the older, English versions in Europe. 


As the telegraph system grew and spread across 
the world, improvements followed quickly. One of the 
first was Morse’s development of a relay system to 
cover longer distances. His relay used a series of elec- 
tromagnet receivers working on low current, each of 
which opened and shut the switch of a successive 
electric circuit supplied by its own battery. Telegraph 
use increased with the invention in Germany of the 
duplex circuit, allowing messages to travel simultane- 
ously in opposite directions on the same line. In 1874, 
American inventor Thomas Alva Edison (1847-1931) 
designed a double duplex called a quadruplex. This 
higher-capacity system needed eight operators who 
handled four messages at one time, two in each direc- 
tion. A high-speed automatic Morse system also had 
been invented by Wheatstone in 1858, whose punched- 
paper tape idea offered a means by which a message 
could be stored and sent by a high speed transmitter 
that could read the holes in the tape. This system could 
transmit up to 600 words per minute. The most revolu- 
tionary and innovative improvement however was a 
time-division, multiplex-printing telegraph system 
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devised in 1872 by French engineer Jean Maurice 
Emile Baudot (1845-1903). His system was based on 
his new code that replaced the Morse code. It 
employed a five-unit code whose every character con- 
tained five symbol elements. The heart of his system 
was a distributor consisting of a stationary faceplate of 
concentric copper rings that were swept by brushes 
mounted on a rotating assembly. This logical system 
greatly increased the traffic capacity of each line and 
was so far ahead of its time that it contained many 
elements from which modern systems have evolved. 


By the end of the nineteenth century, most of the 
world was connected by telegraph lines, including sev- 
eral cables that crossed the Atlantic Ocean. The first 
underwater conductor was laid by Morse in New York 
Harbor in 1842. Insulated with India rubber, it did not 
last long. After German-English inventor William 
Siemans (1823-1883) devised a machine to apply 
gutta-percha as insulation in 1847, submarine cables 
were laid across the English Channel from Dover, 
England, to Calais, France, between 1850 and 1851. 
Unsuccessful attempts to span the Atlantic were made 
in 1857, 1858, and 1865, all under the guidance of 
American entrepreneur Cyrus West Field (1819- 
1892). On July 27, 1866, Field was successful in his 
fourth attempt. Having connected the United States to 
Europe, he immediately returned to sea, recovered the 
lost 1865 cable, and had a second transatlantic tele- 
graph cable working that same year. By 1940, there 
were 40 transatlantic cables in operation. Ten years 
later, some of these cables began to fail and were not 
repaired for economic reasons. In 1956, transatlantic 
telephone cables were first laid, and in 1966, the last of 
the exclusively telegraph cables were abandoned. 


Throughout its history, the telegraph proved espe- 
cially useful to the military. The Allied Army in 
Bulgaria first used it for these purposes in 1854 during 
the Crimean War. A transcontinental telegraph line 
had been completed in the United States just as the 
Civil War began, and the telegraph proved enor- 
mously useful to both sides. During the Spanish- 
American War in 1898, undersea telegraph cables 
were cut as an act of belligerency for the first time, 
and, in World War I, teleprinters with secret codes 
were heavily used by all combatants. 


The earliest teleprinter was invented by American 
inventor Royal Earl House (1814-1895), in 1846, only 
two years after Morse’s first success. The transmitter 
had 28 character keys and employed a crude system 
that even had a hand crank. Although it was used for 
only a few years, it was the forerunner of both the 
teleprinter and the stock ticker. At the turn of the 
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Telemetry 


KEY TERMS 


Code—A system of symbols arbitrarily used to rep- 
resent words. 


Electromagnet—A coil of wire surrounding an iron 
core that becomes magnetized when electric cur- 
rent flows through the wire. 


Gutta-percha—A yellowish to brownish, some- 
what leathery solid that is prepared from the latex 
of a South Sea Island tree. On heating, it becomes 
plastic and very resistant to water. 


Semaphore—A signaling device that uses moving 
arms, human or mechanical, whose position indi- 
cates letters or numbers. 


Sounder—The receiving device used in the aural 
type of telegraph reception that consists of an elec- 
tromagnet constructed to give slightly different 
sounds to dots or dashes. 


Teleprinter—A device also called a teletypewriter 
that sends and receives written messages along 
lines or via satellites. 


century, Nova Scotia, Canada, inventor Frederick G. 
Creed (1871-1957), experimented in Scotland with 
using a typewriter to send printed messages without 
using the Morse code. His teleprinter system did not 
catch on in England, and in 1907, Charles L. Krumm of 
the United States designed the prototype version of the 
modern teleprinter. This system was subsequently 
improved, and during the 1920s became known by the 
American Telephone and Telegraph trade name, 
Teletype. Commercial teleprinter exchange services 
called TRX and Telex were developed during the next 
decade that were capable of printing up to 500 charac- 
ters per minute. By 1964, this was up to 900 characters 
per minute. By then, technical improvements in the 
telephone had made an entire new range of technology 
available to telegraphy, and today, the telegraph has 
evolved into a modern digital data-transmission sys- 
tem. Today’s modern systems use television coaxial 
cables, microwave, optical fiber, and satellite links to 
achieve an extremely high transmission rate. 


The invention of the telegraph could in some ways 
be seen as the real beginning of the modern age of 
technology, given the way in which it so intercon- 
nected the entire world. Almost coincidental with its 
birth, there was the emergence of a new kind of jour- 
nalism that made currency its stock in trade. 
Reporting events that had only just occurred took 
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precedence over a newspaper’s traditional editorial 
role, and news was reported almost as soon as it 
happened. Corporations also could become larger 
and more far-flung, and nations became necessarily 
interdependent. With the telegraph, information—in 
all its aspects and forms—began to assume the critical 
role it plays today. 
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tl Telemetry 


Telemetry is a technology of obtaining quantities or 
making measurements from a distant location and trans- 
mitting them to receiving equipment where they are 
recorded, monitored, or displayed. The word telemetry 
is originally derived from the two Greek roots tele for 
remote and meztron for measure. A basic telemetry system 
consists of a measuring instrument or detector, a medium 
of transmission (sending), a receiver, and an output 
device that records and displays data. Today, telemetric 
systems are mainly used for monitoring manned and 
unmanned space flights (such as those operated by 
the National Aeronautics and Space Administration 
[NASA]); obtaining meteorological, oceanographic, 
and medical data; and for monitoring power-generating 
stations. It is also used in motor racing, wildlife research, 
and retail management, to name a few. Primarily, tele- 
metry applies to wireless communications but can also 
apply to the transfer of data through wires such as with 
the use of telephones. 


History 


The word telemetry did not come into use until 
some medium of transmission had been invented. 
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Since it is defined as the communication of measure- 
ments that were taken from some distant point, the 
earliest telemetry system was one based on an electri- 
cal wire. Following the invention of the telegraph and 
later the telephone, one of the earliest known United 
States patents for a telemetry system was granted in 
1885. These first telemetry systems were used by elec- 
tric power companies to monitor the distribution and 
use of electricity throughout their systems. They were 
called supervisory systems because of their monitoring 
abilities. One of these original telemetry systems was 
installed in Chicago, Illinois, in 1912. This network 
used the city’s telephone lines to transmit data on its 
several electric power generating plants to a central 
control station. Following World War I (1914-1918), 
this data was transmitted by the electric power lines 
themselves. Although electrical telemetry systems are 
still in use, most modern telemetry systems use radio 
transmissions to span substantial distances. 


System components 


Most of today’s telemetry systems consist of an 
input device known as a transducer, the radio wave 
medium of transmission, an instrument to receive and 
process the signal, and some type of recording or dis- 
play instrumentation. The transducer obtains what- 
ever it is that is being measured or monitored, like 
temperature or pressure, and converts that value into 
an electrical impulse. Transducers can have their own 
power source or they can be externally powered. Some 
examples of today’s transducers are those used in 
weather balloons to obtain and convert measurements 
of temperature, barometric pressure, and humidity. 
Transducers are also used in manned space flights to 
measure an astronaut’s heartbeat, blood pressure, and 
temperature as well as other biomedical indices. 
Transducers can also be employed for such mundane 
tasks as measuring the flow rate in a pipe. 


Once something is measured and converted into an 
electrical signal by the transducer, this data must then 
be transmitted. Simple forms of telemetry, like a remote 
metering system, use wire links to a central control 
room. While radio is the preferred medium for use 
over long distances, other more specialized alternates 
are available, such as beams of light or sonic signals. 
Crewed and uncrewed space systems use radio commu- 
nications. The notion of telemetry has become more 
familiar due to the frequent use of spacecraft exploring 
the solar system and, specifically, as it applies to a 
distant, unmanned spacecraft taking measurements as 
it approaches another planet and sending them back to 
Earth. These radio telemetry systems use what is called 
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a modulated signal since the data is varied by a radio 
link. This means that the data is varied, or modulated, 
by a sub-carrier signal that actually carries it. This radio 
signal may be either a single data channel or it may 
carry several types of information. Called multiplexing, 
this system combines several types of information into a 
single signal and is used for reasons of cost and effi- 
ciency. To be effective, various forms of separating out 
the data from the single signal are employed. One 
method is called the time division multiplexing system 
in which data is sent and received in certain set order or 
pattern. Time division multiplexing, which involves a 
sequential action, are common and very efficient. An 
alternative to time division in multiplexing is a system 
called frequency division. Where time division com- 
bines channels sequentially, frequency division system 
assigns each channel its own frequency band. Although 
the frequency bands are individually allocated, they are 
still combined for simultaneous transmission. 


Another communication link is called the address- 
replay system. This special program sends data only 
after receiving a command signal. Modulation by a 
sub-carrier has already been noted, and there are 
mainly two different methods available. The first is 
an AM (amplitude modulation) or FM (frequency 
modulation) system similar to commercial radio. The 
other is one of several types of pulse-based methods in 
which data is coded digitally into pulse groups and, 
then, transmitted. User needs and preferences usually 
depend on which system is chosen. At the receiving 
end of the entire telemetry system, signals are sepa- 
rated and can be displayed in real time and/or stored 
by computers. Telemetry technology is being extended 
to the point where astronomers can obtain astronom- 
ical information from very distant planets, or biolog- 
ical data from within a person’s body via micro- 
miniature transmitters. 


Leonard C. Bruno 


fl Telephone 


The telephone (or simply, “phone’’) is a telecom- 
munications instrument that sends and receives sound 
such as voice messages and data across a certain dis- 
tance. The term telephone is from the Greek roots tele, 
which means afar, and phone, which means voice or 
sound). In a broad sense, the telephone is a specific 
type of telecommunications that permits people to 
carry direct conversations over almost any distance. 
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Telephone 


Alexander Graham Bell on the telephone at the formal 
opening of telephone service between New York and Chicago 
in 1892. (U.S. National Aeronautics and Space Administration.) 


The articulate speech is transmitted in a form of modu- 
lated electric current propagating along conductors or 
radio waves. The apparatus used for converting the ver- 
bal sounds into electromagnetic signals and vice versa is 
called a telephone set and is also commonly referred to as 
a telephone. Telephone communication is one of the 
most widespread and expeditious forms of communica- 
tion. It has proved to be invaluable for an exchange 
of information in all areas of human life, whether it is 
business, government, science, public health, personal 
services, or social contacts. There were about 200,000 
telephones in the world in 1887, approximately 30 million 
in 1928, 118 million in 1958, and more than 330 million 
in 1975. According to the University of California at 
Berkeley (School of Information Management and 
Systems), in 2004, it is estimated that over 1.3 billion 
main telephone lines exist in the world. 


The general concept of the telephone as a system 
involves a number of elements. First, there is the tele- 
phone apparatus itself. Next, there is a variety of 
means for conveying the electromagnetic signals over 
distances (transmission paths). Third, the transmis- 
sion paths are arranged in multi-leveled structures 
(networks) in a way that permits to interconnect 
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(switch) any desired telephone sets upon request. 
And, finally, there are signaling facilities for directing 
the switching operations, alerting the person called, 
and clearing the circuits upon the completion of the 
call. 


The scientific and technological discipline that 
studies and develops all of the telephone-system’s con- 
stituents is called telephony. Many problems in teleph- 
ony draw on the principles and techniques of the 
electromagnetic theory, the theory of linear and non- 
linear circuits, the probability theory, and the queuing 
theory. 


Invention and historical development of the 
telephone 


Electrical telecommunication originated in the 
nineteenth century, with the invention of the tele- 
graph—a method of transferring intelligence between 
distant places through metallic wires in a form of 
spaced bursts of electricity. A sender, using a special 
letter code, produced regulated electrical pulses in a 
circuit. These signals were converted at the receiving 
end into a pattern of sound clicks, which was decoded 
by an operator or an automatic device. The next log- 
ical step beyond sending of non-articulate messages 
was the instantaneous transmission of conversation 
over wires. The intricate and very individual nature 
of sounds produced by the human vocal cords with 
the participation of the lips, as well as of the oral and 
nasal cavities, made this task difficult to accomplish. 
Articulate (spoken) speech involves not only the 
elementary sounds and their assembly into syllables, 
words, and sentences, but also infinite variations 
in accent, emphasis, intonation, and voice timbre— 
characteristics of no importance for other types of 
communication. 


The inventor of the telephone is not entirely 
agreed upon. Among the inventors who have been 
awarded the honor include American Scottish-Canadian 
scientist and inventor Alexander Graham Bell (1847— 
1922), American electrical engineer Elisha Gray (1835— 
1901), Italian inventor Antonio Mencci (1808-1896), 
and German inventor Johann Philipp Reis (1834— 
1874). In fact, they all spent time and effort research- 
ing and developing the telephone. The accomplish- 
ments of Bell will be discussed here. 


By no chance, the invention of a way to transmit 
the human voice electrically was made by a man 
deeply involved in the study of vocal physiology and 
the mechanics of speech. A native of Scotland, 
Alexander Graham Bell inherited from his father, 
who was a famous professor of elocution and an 
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author of several textbooks on speech correction, a 
profound interest in speech and hearing theory. He 
put his knowledge to work primarily for the teaching 
of the deaf. Being interested in electricity, Bell set up a 
little laboratory and experimented on transmission of 
sound tones over an electric circuit in an attempt to 
make a “harmonic telegraph”—a device capable of 
sending multiple telegraph messages simultaneously 
over the same wire. On the basis of his experimental 
observations, Bell gradually came to the conclusion 
that oscillations of air pressure (sound waves) could be 
used to modulate the intensity of electric current in a 
circuit. Using his knowledge of ear anatomy, Bell 
attached one end of a metallic organ reed to a thin 
diaphragm intended to simulate the eardrum. In pres- 
ence of even weak air-pressure variations caused by 
the human voice, the diaphragm forced the metallic 
reed to oscillate in front of the electromagnet and, 
therefore, to undulate the electric current in the circuit. 


Telephones successfully served the public for 
almost 23 years before scientists could explain theo- 
retically why the telephone worked. Bell’s perception 
of an analog relationship between sound pressure and 
electromotive force was one of the most fascinating 
examples of the ingenious intuition in the history of 
technological discoveries. 


Bell first started testing his device for voice trans- 
mission in June 1875, and patented it nine months 
later. The demonstration of the working apparatus at 
the Philadelphia Centennial Exposition attracted sub- 
stantial public interest, which helped to raise some 
additional monetary funds. On August 1, 1877, with 
Bell’s four patents as a tangible basis for a wide man- 
ufacturing of a speaking telephone, the Bell Telephone 
Company was formed. Bell outlined a general concept 
of a telephone system as a universal means of voice 
communication between individuals, at any time, 
from any location, and without any special skill 
requirements. This concept might seem obvious 
today, but it was far in advance of any existing techni- 
ques of its time. Giant technological and organiza- 
tional efforts were required to make Bell’s vision of a 
telephone communication a reality. 


The number of existing telephones at that time 
were 778, but rapidly growing demand presented the 
challenge of operating the existing telephone while 
producing new ones. The first telephone subscribers 
were directly connected to each other. Under such 
arrangement, a community of 100 subscribers used 
9,900 separate wire connections. For 1,000 subscribers 
the number of needed wire connections was more than 
100 times bigger. The evident impracticality of full- 
time point-to-point connections stimulated the idea of 
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a central office, or exchange. All the telephone sets in a 
particular area, instead of being wired permanently to 
each other, were connected to the same central office, 
which could establish a temporary link between any 
two of them on demand. Trained operators on a 
switchboard initially performed the process of line 
connecting and disconnecting (switching). However, 
with more and more telephones coming into use the 
manual switching was becoming increasingly complex. 
In 1891, the first automatic switching system was 
introduced. 


As local telephone lines emerged and expanded, the 
idea of the creation and commercial operation of long- 
distance telephone communication became a necessity. 
Unfortunately, the already existing telegraph lines were 
of little use for this purpose. Feeble electric currents 
used in telephony were rapidly dissipated (attenuated) 
on their way through iron wires. Compensating for 
attenuation was one of the main problems of telephony 
during its first 50 years. Considerable success in reduc- 
ing the attenuation was achieved by using copper in 
place of iron wire. The innovation extended the limits 
of the voice transmission through bare wires to a dis- 
tance between Boston, Massachusetts, and Chicago, 
Illinois—1,180 mi (1,900 km)—in 1893. Later, the effec- 
tiveness of wire lines was crucially increased by inserting 
inductances, or loading coils, at regular distances in a 
circuit. For crossing small bodies of water, telephone 
lines were laid in a form of insulated cables instead of 
bare wires. The invention of radio transmission at the 
beginning of the twentieth century led to the develop- 
ment of wireless telephone links and accelerated crea- 
tion of the worldwide telephone system. 


Long-haul facilities grew swiftly. In 1900, toll lines 
totaled 621,000 mi (1 million km) of wire. It took only 25 
years to increase this number by a factor of ten. In 1925, 
almost one-half of the long-distance circuits were cable. 
The first transatlantic telephone cable (TAT-1) became 
operational in 1956. Nine years later, the first transat- 
lantic telephone satellite Earlybird went into service. 


Telephone set 


A typical telephone instrument (see Figure 1) 
includes a number of main blocks (a switchhook, a 
ringer, a dial, a receiver, a transmitter, and a balancing 
network), which make it capable of numerous opera- 
tions. 1) It requests the use of the telephone system 
when the handset is lifted, and signals the system that a 
call is finished when a caller returns the handset to the 
cradle. 2) It announces the incoming call by sending 
audible signals. 3) It sends to the system the telephone 
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Figure 1. Telephone set simplified circuit. (//iustration by Hans & Cassidy. Courtesy of Gale Group.) 


number that is specified by the caller, who rotates a 
dial or presses number keys. 4) It converts the speech 
of the caller to electrical signals for transmission 
through the system and changes received electrical 
signals to speech. 5) It controls the level of unwanted 
sounds. 


The switchhook interrupts the connection with 
the central office when the telephone set is idle (the 
handset is on the cradle) and completes the circuit 
whenever the handset is lifted off. The ringer is initi- 
ated by the system each time when an incoming call is 
waiting. Alternating current passing through a coil 
drives a permanent magnet, which makes the attached 
clapper periodically strike the bell. 


The rotary dial is an electric contact that inter- 
rupts the circuit periodically sending to the central 
office a series of current pulses, corresponding to the 
identification number of the telephone called. When 
the tone dialing is used, as in touch-tone service, press- 
ing of a number key results in sending a signal of two 
frequencies to the central office circuit, which identi- 
fies it and accordingly sets up the switching for the 
communication path. The use of tones speeds up the 
dialing operation and allows sending commands and 
control information directly to the called location. 


The telephone transmitter responds to acoustic 
frequencies from 250 to 1,000 Hz. It consists of an 
electrical capacitor adjacent to a diaphragm, so that 
air-pressure vibrations caused by sound make the 
membrane produce changes in the value of capacitance 
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of the circuit and, therefore, the variable electric volt- 
age. As a result, a pulsating direct current occurs. 


The typical receiver consists of a lightweight dia- 
phragm attached to a permanent magnet associated 
with a coil of wire. When the alternating current of the 
telephone signal passes through the winding of the coil, 
changes are produced in the magnetic forces acting on a 
permanent magnet. The diaphragm moves in response to 
these variations, creating an acoustic pressure, more or 
less exactly reproducing the original sound wave from 
the distant telephone transmitter. 


Sidetone is the sound of the speaker’s voice heard in 
his own receiver. To keep the level of this unwanted 
sound in acceptable range, the balancing network is used. 


Special signals informing users on the status of 
their calls originate from the central office. When a 
caller lifts off the handset from the cradle the direct 
current flows through a complete circuit to the central 
office, which immediately registers the line initiating a 
call and places a dial tone on it. This tone signals to the 
subscriber that he may proceed with dialing the num- 
ber of the called party. If the connection cannot be 
established, the tone generator in the central office 
produces one of three possible busy signals. A signal 
interrupted 60 times per minute means that the called 
party is busy. A signal interrupted only 30 times per 
minute indicates that the toll line between the central 
offices is busy, while a signal with 120 interruptions 
per minute means that all the intra-office paths are 
busy. 
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Figure 2. Telephone network. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Telephone network 


The telephone network’s structure may be defined 
as an entire plant of existing connections between tele- 
phone exchanges. It consists of three broad categories: 
local, exchange area, and long-haul networks. 


The local network (see Figure 2) links telephones 
in residences and businesses to a central office serving 
a particular geographical area. The size of the area 
may vary from 11.5 sq mi (30 km?) in cities to 123.5 
sq mi (320 km?) in the country. The telephone lines 
connecting a subscriber to the central office are called 
local lines or loops. Central offices are interconnected 
through the exchange area network, and all of the 
above are interconnected with toll (long-distance) 
exchanges. The telephone lines connecting one tele- 
phone exchange with another are called trunks in 
North America and junctions in Europe. 


Each telephone is assigned a number indicating its 
location in the system. The switching network recog- 
nizes which telephone initiates the call and which tele- 
phone is to receive the call. From this information, it 
sets up the circuit connection for a signal path. Modern 
transmission facilities for conveying the electric analog 
of speech between telephone stations use diverse trans- 
mission paths, such as wire or cable circuits and micro- 
wave-radio or infrared-optical channels. 


Quality of telephone communication 


The intelligibility, naturalness, and audibility of 
transmitted speech are the main requirements for high 
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quality telephone transmission. In technical terms, 
these requirements mean that: all the harmonic com- 
ponents of the human voice in the frequency range 
from 300 to 3,400 Hz pass through the communication 
channel; the loss of a signal during passing the channel 
does not exceed 30 dB; and the level of noise arising 
from all types of interference be at least 35 dB lower 
than the level of the main signals. 


The quality of the telephone service is greatly 
dependent upon the structure of the networks by 
which subscribers are connected. The number of sub- 
scribers making telephone calls at one time is always 
substantially less than the total amount of subscribers. 
That is why the number of channels in the commercial 
telephone system is considerably less than the number 
of subscribers served by a central office (usually by a 
factor of seven to ten in a local office and 200-250 in 
toll exchanges). Because of such a design, a connection 
may be blocked when the telephone traffic is high. The 
quality of the automatic telephone service can be 
defined as the percentage of blocked (refused) calls 
during the hours of the heaviest telephone traffic. To 
reduce the incidence of channel overload, good plan- 
ning based on statistical analysis is used. 


Another way to improve network quality is to 
increase the amount of channels that can be carried 
by a single underlying medium. For example, in 1940, 
a coaxial cable could carry 600 voice channels. By the 
early 1950s, this amount increased to 1,860 voice chan- 
nels and reached the number 13,200 in the 1980s. The 
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microwave radio system experienced similar band- 
width growth, with 2,400 channels in the 1950s 
increased to 42,000 channels in the 1980s. Fiber optic 
technology, in 2005, provides even faster progress in 
this direction with hundreds of thousands of channels 
per single fiber (without even coming near its total 
capacity). 


Wireless telephone systems 


In wireless communication the information is 
superimposed on a carrier radio signal, which is sent 
through the air to a receiving location, where the orig- 
inal information is detected and isolated. Cordless, 
mobile, and cellular telephones perform all functions 
of the conventional telephone but partially use a radio 
link instead of wires. 


The cordless telephone uses low-power radio 
transmissions only between the portable handset and 
its base. The telephone base is wired in a regular way to 
the telephone line completing the local loop to the 
central office. An internal antenna in the handset 
receives the transmission from the base unit over a 
range up to normally about 950 ft (300 m). The hand- 
set is powered by a battery, which is automatically 
recharged when placed in a receptacle in the base 
unit. When the user dials the number for the outgoing 
calls, the dial tones are transmitted to the base unit, 
which sends the tones to the regular telephone line. 
Cordless phones used the 1.7 MHz frequency range to 
communicate between the base and the handset when 
first introduced. However, since then, higher fre- 
quency ranges (49 MHz, 900 MHz, 2.4 GHz, and 5.8 
GHz) have replaced it 


The mobile telephone has no direct hardware con- 
nection with the conventional telephone line. It uses a 
high-power transmitter and an elevated antenna to 
establish a wireless link with the base station antenna 
serving a circular area of up to 31 mi (50 km) in radius. 
The base station receives and transmits on several 
different frequencies simultaneously, providing clear 
reliable communications. The control terminal of the 
base station directs telephone calls to and from the 
conventional telephone system, just like calls that are 
carried out entirely over wires. When the user in his 
moving vehicle lifts the handset of the mobile tele- 
phone to place a call, the control terminal automati- 
cally selects an available channel. If a channel is found, 
the user hears the normal dial tone and proceeds as 
usual. 


The cellular telephone concept, first developed and 
implemented in the United States in the late 1970s, is a 
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Figure 3. Cellular network. (/l/lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


method of providing high quality telephone service to 
subscribers when they move beyond the boundaries of 
the home area. This concept suggests dividing a service 
area into a number of small cells (see Figure 3). Each cell is 
served by a control terminal, which, like a local central 
office, can switch, transmit, and receive calls to/from any 
mobile telephone located in the cell. Each cell transmitter 
and receiver operates on a designated channel. 


There are two essential features of the cellular 
concept: frequency reuse and cell splitting. Frequency 
reuse means that the same channel may be used for 
conversations in cells located far apart enough to keep 
interference low. This is possible, because each cell uses 
relatively low-power transmitter covering only limited 
area, so cells located sufficiently far from each other 
may use the same frequency. Cell splitting is based on 
the notion that cell sizes do not have to be fixed. A 
system with a relatively small number of subscribers 
uses large cells, which can be divided into smaller ones 
as demand grows. 


The cells are interconnected and controlled by a 
central Mobile Telecommunications Switching Office 
(MTSO), which connects the system to the conven- 
tional telephone network and keeps track of all call 
information for billing purposes. During the call, the 
terminal at the serving cell site examines the signal 
strength once every few seconds. If the signal level 
becomes too low, the MTSO looks for a closest to 
the active user cell site to handle the call. The actual 
handoff from one cell to the next occurs without get- 
ting noticed by a user. Decision to hand off is made by 
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the computer, based on the location analysis, the qual- 
ity of the signal and potential interference. 


The convenience and efficiency of wireless tele- 
phone communication is the reason for the impressive 
growth of this service. Recent market data indicate 
that there are, as of the beginning of 2006, just under 
218 million cellular subscribers in the United States, 
compared with approximately 4.4 million in 1990, and 
90,000 subscribers in 1984. Currently, cellular tele- 
phone service is available throughout the United 
States. The expansion of cellular networks on a global 
scale is based on employing low altitude low weight 
satellites. As of 2005, the total number of cell phone 
subscribers in the world is estimated at 2.14 billion, 
with about 80% of the world’s population in areas 
with access to cell phone coverage. The access cover- 
age area is expected to increase to 90% by 2010. 


Modern developments in telephony 


Along with the television and the telegraph, the 
telephone is only a part of a large family of complex 
telecommunication systems. The past several years 
have seen the digitalization of the networks. Digital 
technology uses a simple binary code to represent any 
signal as a sequence of ones and zeros, somewhat sim- 
ilar to the Morse code, which assigns dot-dash combi- 
nations to the letters of the alphabet. The smallest 
unit of information for the digital transmission system 
is a bit, which is either 1 or 0. Binary codes are very 
stable against different distortions, and are therefore 
extremely effective for long-distance transmissions. 
Conversion to digital form allows for the integration 
of various modes of information management, opening 
new possibilities for information display, transmission, 
processing, and storage. As of 2005, over one-half of 
the information that passes through telephone lines in 
the United States ccurs through the use of computers 
and accessory equipment. 


The introduction of the new transmission media 
(optic fibers) has extended the capabilities and quality 
of telecommunication services as a whole and tele- 
phone service in particular. The fiber optic cable has 
an almost infinite bandwidth, and is suited especially 
well for digital transmission. Current tendencies in 
optical fiber transmission technology include the 
development of new fiber materials producing a signal 
loss of no more than 0.001 dB per km as compared to 
0.15 dB per km in existing silica-based fibers; the 
development of effective amplifiers; and the use of 
the fiber’s special transmission modes, called solitons, 
which are so stable that they preserve their shape even 
after having traveled thousands of miles. 
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For short distances a cable-free, easily deployed, 
and cost-effective communication for voice, data, and 
video is offered by an infrared (IR) optical communi- 
cation system, employing air as the transmission 
medium. IR data transmission devices include personal 
digital assistants (PDAs), which use light-emitting 
diodes to emit infrared radiation. Infrared signal is 
another type of electromagnetic emission that is char- 
acterized by a considerably higher frequency than 
microwave. Due to higher frequency, an infrared signal 
is considerably more directional than a microwave one. 
The current commercial infrared systems were origi- 
nally capable of providing reliable telephone links over 
a range of one half-mile and were ideal for local inter- 
building communications. However, in the 2000s, such 
systems are available throughout the United States 
with the use of wireless service providers. 


Voice communications and data communications 
exist are integrated into a multimedia telecommunica- 
tion network. Multimedia conferences or one-to-one 
multimedia calls are set up as easily as voice calls from 
a desktop device. The same device is used to access 
FAX and e-mail messaging. Multimedia enables peo- 
ple to combine any media they need to send, receive, or 
share information in the form of speech, music, mes- 
sages, text, data, images, video, animation, or even 
varieties of virtual reality. 


Voice over internet protocol (VoIP) telephones 
use a broadband Internet connection or other IP- 
based (Internet protocol-based) network in order to 
communicate. Such technology is also called IP tel- 
ephony, broadband telephony, broadband phone, and 
other various names. 


Conventional networks accommodate multimedia 
communication services, such as the direct participa- 
tion of many conferees in an audio/video/data/image 
work session. Technology, economics, and even envi- 
ronmental factors stimulate people’s readiness to rely 
on networked contacts. Meeting somebody no longer 
implies being in the same place together. People sepa- 
rated geographically can still communicate face to face 
and collaborate productively. The emerging capabil- 
ities offered by the unified, intelligent telecommunica- 
tion network gradually transform the way people 
interact, work, and learn. 


As bandwidth improves in the early years of the 
twenty-first century (especially with the increased use 
of fiber optics and advanced wireless technologies), 
instruments that work as a telephone, plus functions as a 
computer, office organizer, camera, and television, are 
becoming commercially popular throughout the world. 
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KEY TERMS 


Attenuation—Loss of energy in a signal as it passes 
through the transmission medium. 


Bandwidth—The total range of frequencies that 
can be transmitted through a transmission path; 
the bigger bandwidth means bigger information 
carrying capacity of the path. As a rule, transmis- 
sion path carries multiple channels. 


Bel—Unit of measurement associated with a ten- 
fold increase in sound energy. Decibel (dB) is one- 
tenth of a bel, and represents the smallest difference 
in sound intensity that the trained ear can normally 
perceive at a frequency of 1,000 Hz. In telephony, 
O GB level is prescribed to a reference point, which 
is usually the sending end of the transmission line. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Optical fiber—Glass strands which act as light 
pipes for light beams created by lasers. 


Switching—Process whereby the temporary point 
to point connection between telephone sets is 
established. 


Transmission channel—The range of frequencies 
needed for a transmission of a particular type of 
signals (for example, voice channel has the fre- 
quency range of 4,000 Hz). 
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I Telescope 


The telescope is an instrument that collects and 
analyzes the radiation emitted by distant sources. The 
most common type is the optical telescope, a collection 
of lenses and/or mirrors that is used to allow the 
viewer to see distant objects more clearly by magnify- 
ing them or to increase the effective brightness of a 
faint object. In a broader sense, telescopes can operate 
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The Clark telescope at Lowell Observatory in Arizona. (Photo 
Researchers, Inc.) 


at most frequencies of the electromagnetic spectrum, 
from radio waves to gamma rays. The one character- 
istic all telescopes have in common is the ability to 
make distant objects appear to be closer. The word 
telescope is derived from the Greek te/e meaning far, 
and skopein meaning to view. 


The first optical telescope was probably con- 
structed by German-born Dutch lensmaker Hans 
Lippershey (1570-1619), in 1608. The following year, 
Italian astronomer and physicist Galileo Galilei (1564— 
1642) built the first astronomical telescope, from a tube 
containing two lenses of different focal lengths aligned 
on a single axis (the elements of this telescope are still 
on display in Florence, Italy). With this telescope and 
several following versions, Galileo made the first tele- 
scopic observations of the sky and discovered lunar 
mountains, four of Jupiter’s moons, sunspots, and the 
starry nature of the Milky Way galaxy. Since then, 
telescopes have increased in size and improved in 
image quality. Computers are now used to aid in the 
design of large, complex telescope systems. 
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The Anglo-Australian telescope (AAT) in New South Wales, 
Australia. The principal mirror of this optical telescope has a 
diameter of 12.8 ft (3.9 m) and lies at the bottom of the white 
frame. During the day it is protected by an array of steel petals 
that are seen here in open position. The larger horseshoe 
shaped frame is part of the supporting structure. AAT was 
one of the first electronically controlled telescopes. (Royal 
Observatory, Edinburgh/National Audubon Society Collection/ 
Photo Researchers, Inc.) 


Operation of a telescope 
Light gathering 


The primary function of a telescope is that of 
radiation gathering, in many cases light gathering. 
As will be seen below, resolution limits on telescopes 
would not call for an aperture much larger than about 
30 in (76 cm). However, there are many telescopes 
around the world with diameters several times this 
value. The reason for this occurrence is that larger 
telescopes can see further because they can collect 
more light. The 200 in (508 cm) diameter reflecting 
telescope at Mt. Palomar, California, for instance can 
gather 25 times more light than the 40 in (102 cm) 
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Yerkes telescope at Williams Bay, Wisconsin, the larg- 
est refracting telescope in the world. The light gather- 
ing power grows as the area of the objective increases, 
or the square of its diameter if it is circular. The more 
light a telescope can gather, the more distant the 
objects it can detect, and therefore larger telescopes 
increase the size of the observable universe. 


Resolution 


The resolution, or resolving power, of a telescope is 
defined as being the minimum angular separation 
between two different objects that can be detected. 
The angular resolution limit, q, of a telescope operating 
under ideal conditions is given by the simple formula: 


nN 
= 5 at 
§=2.5 xX 105 


where % is the wavelength of radiation being 
detected and D is the limiting aperture of the telescope, 
usually the diameter of the objective, or primary optic. 
Unfortunately, astronomers are not able to increase the 
resolution of a telescope simply by increasing the size of 
the light gathering aperture to as large a size as is need. 
Disturbances and non-uniformities in the atmosphere 
limit the resolution of telescopes positioned on the sur- 
face of Earth to somewhere in the range 0.5 to 2 arc 
seconds, depending on the location of the telescope. 
Telescope sights on top of mountains are popular since 
the light reaching the instrument has to travel through 
less air, and consequently the image has a higher reso- 
lution. However, a limit of 0.5 arc seconds corresponds 
to an aperture of only 12 in (30 cm) for visible light: 
larger telescopes do not provide increased resolution 
but only gather more light. 


Magnification 


Magnification is not the most important charac- 
teristic of telescopes as is commonly thought. The 
magnifying power of a telescope is dependent on the 
type and quality of eyepiece being used. The magnifi- 
cation is given simply by the ratio of the focal lengths 
of the objective and eyepiece. Thus, a 0.8 in (2 cm) 
focal length eyepiece used in conjunction with a 39 in 
(100 cm) focal length objective will give a magnifica- 
tion of 50. If the field of view of the eyepiece is 20°, the 
true field of view will be 0.4°. 


Types of telescope 
Most large telescopes built before the twentieth 


century were refracting telescopes because techniques 
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Regardless of design (i.e., the most common basic 
combinations of lens and mirrors are shown above) the most 
important function of a telescope is not to magnify but rather 
to gather light. (Argosy. The Gale Group.) 


were readily available to polish lenses. Not until the 
latter part of the nineteenth century were techniques 
developed to coat large mirrors, which allowed the 
construction of large reflecting telescopes. 


Refracting telescopes 


A simple, uncorrected refracting telescope is shown 
in Figure 1. 


The parallel light from a distant object enters the 
objective, of focal length fl, from the left. The light 
then comes to a focus at a distance fl from the objec- 
tive. The eyepiece, with focal length f2, is situated a 
distance f1 + f2 from the objective such that the light 
exiting the eyepiece is parallel. Light coming from a 
second object (dashed lines) exits the eyepiece at an 
angle equal to f1/f2 times the angle of the light entering. 


Refracting telescopes, i.e., telescopes that use 
lenses, can suffer from problems of chromatic and 
other aberrations, which reduce the quality of the 
image. In order to correct for these, multiple lenses 
are required, much like the multiple lens systems in a 
camera lens unit. The advantages of the refracting 
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telescope include having no central stop or other dif- 
fracting element in the path of light as it enters the 
telescope, and the stability of the alignment and trans- 
mission characteristics over long periods of time. 
However, the refracting telescope can have low overall 
transmission due to reflection at the surface of all the 
optical elements. In addition, the largest refractor ever 
built has a diameter of only 40 in (102 cm): lenses of a 
larger diameter will tend to distort under their own 
weight and give a poor image. Additionally, each lens 
needs to have both sides polished perfectly and be 
made from material that is of highly uniform optical 
quality throughout its entire volume. 


Reflecting telescopes 


All large telescopes, both existing and planned, 
are of the reflecting variety. Reflecting telescopes 
have several advantages over refracting designs. 
First, the reflecting material (usually aluminum), 
deposited on a polished surface, has no chromatic 
aberration. Second, the whole system can be kept 
relatively short by folding the light path, as shown in 
the Newtonian and Cassegrain designs below. Third, 
the objectives can be made very large, since there is 
only one optical surface to be polished to high toler- 
ance, the optical quality of the mirror substrate is 
unimportant and the mirror can be supported from 
the back to prevent bending. The disadvantages of 
reflecting systems are 1) alignment is more critical 
than in refracting systems, resulting in the use of com- 
plex adjustments for aligning the mirrors and the use 
of temperature insensitive mirror substrates and 2) the 
secondary or other auxiliary mirrors are mounted ona 
support structure that occludes part of the primary 
mirror and causes diffraction. 


Figure 2 shows four different focusing systems for 
reflecting telescopes. 


These are a) the prime focus, where the detector is 
simply placed at the prime focus of the mirror; b) the 
Newtonian, where a small, flat mirror reflects the light 
out to the side of the telescope; c) the Cassegrain, 
where the focus is located behind the plane of the 
primary mirror through a hole in its center and d) 
the Coudé, where the two flat mirrors provide a long 
focal length path as shown. 


Catadioptric telescopes 


Catadioptric telescopes use a combination of lenses 
and mirrors in order to obtain some of the advantages 
of both. The best-known type of catadioptric is the 
Schmidt telescope or camera, which is usually used to 
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Figure 1. A refracting telescope. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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Figure 2. Focus systems for reflecting telescopes (I/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


image a wide field of view for large area searches. The 
lens in this system is very weak and is commonly 
referred to as a corrector-plate. 


Overcoming resolution limitations 


The limits to the resolution of a telescope are, as 
described above, a result of the passage of the light 
from the distant body through the atmosphere, which 
is optically non-uniform. Stars appear to twinkle 
because of constantly fluctuating optical paths through 
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the atmosphere, which results in a variation in both 
brightness and apparent position. Consequently, much 
information is lost to astronomers simply because they 
do not have sufficient resolution from their measure- 
ments. There are three ways of overcoming this limi- 
tation, namely setting the telescope out in space in 
order to avoid the atmosphere altogether, compensat- 
ing for the distortion on a ground-based telescope, and/ 
or stellar interferometry. The first two methods are 
innovations of the 1990s and have lead to a new era 
in observational astronomy. 
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Space telescopes 


The best known and biggest orbiting optical tele- 
scope is the Hubble Space Telescope (HST), which has 
an 8 ft (2.4 m) primary mirror and five major instru- 
ments for examining various characteristics of distant 
bodies. After a much-publicized problem with the 
focusing of the telescope and the installation of a 
package of corrective optics in 1993, the HST has 
proved to be the finest of all telescopes ever produced. 
The data collected from HST is of such a high quality 
that researchers can solve problems that have been in 
question for years, often with a single photograph. 
The resolution of the HST is 0.02 arc seconds, close 
to the theoretical limit since there is no atmospheric 
distortion, and a factor of around twenty times better 
than was previously possible. An example of the sig- 
nificant improvement in imaging that space-based sys- 
tems have given is the Doradus 30 nebula, which prior 
to the HST was thought to have consisted of a small 
number of very bright stars. In a photograph taken by 
the HST it now appears that the central region has 
over 3,000 stars. 


Another advantage of using a telescope in orbit 
about Earth is that the telescope can detect wave- 
lengths such as the ultraviolet and various portions 
of the infrared, which are absorbed by the atmosphere 
and not detectable by ground-based telescopes. 


Adaptive optics 


In 1991, the United States government declassified 
adaptive optics systems (systems that remove atmospheric 
effects), which had been developed under the Strategic 
Defense Initiative for ensuring that a laser beam could 
penetrate the atmosphere without significant distortion. 
The principle behind adaptive optical telescope systems is 
illustrated in Figure 3. 


A laser beam is transmitted from the telescope 
into a layer of mesospheric sodium at 56-62 mi (90— 
100 km) altitude. The laser beam is resonantly back- 
scattered from the volume of excited sodium atoms 
and acts as a guide-star whose position and shape 
are well defined except for the atmospheric distortion. 
The telescope collects the light from the guide-star and 
a wavefront sensor determines the distortion caused 
by the atmosphere. This information is then fed back 
to a deformable mirror, or an array of many small 
mirrors, which compensates for the distortion. As a 
result, stars that are located close to the guide-star 
come into a focus, which is many times better than 
can be achieved without compensation. Telescopes 
have operated at the theoretical resolution limit for 
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infrared wavelengths and have shown an improvement 
in the visible region of more than ten times. 
Atmospheric distortions are constantly changing, so 
the deformable mirror has to be updated every five 
milliseconds, which is easily achieved with modern 
computer technology. 


Recording telescope data 


Telescopes collect light largely for two types of 
analysis, imaging and spectrometry. The better known 
is imaging, the goal of which is simply to produce an 
accurate picture of the objects that are being examined. 
In past years, the only means of recording an image was 
to take a photograph. For long exposure times, the 
telescope had to track the sky by rotating at the same 
speed as the Earth, but in the opposite direction. This is 
still the case today, but the modern telescope no longer 
uses photographic film but a charge-coupled device 
(CCD) array. The CCD is a semiconductor light detec- 
tor, which is fifty times more sensitive than photo- 
graphic film, and is able to detect single photons. 
Being fabricated using semiconductor techniques, the 
CCD can be made to be very small, and an array 
typically has a spacing of 15 microns between CCD 
pixels. A typical array for imaging in telescopes will 
have a few million pixels. There are many advantages 
of using the CCD over photographic film or plates, 
including the lack of a developing stage and the output 
from the CCD can be read directly into a computer and 
the data analyzed and manipulated with relative ease. 


The second type of analysis is spectrometry, which 
means that the researcher wants to know what wave- 
lengths of light are being emitted by a particular object. 
The reason behind this is that different atoms and 
molecules emit different wavelengths of light—measur- 
ing the spectrum of light emitted by an object can yield 
information as to its constituents. When performing 
spectrometry, the output of the telescope is directed 
to a spectrometer, which is usually an instrument con- 
taining a diffraction grating for separating the wave- 
lengths of light. The diffracted light at the output is 
commonly detected by a CCD array and the data read 
into a computer. 


Modern optical telescopes 


For almost 40 years the Hale telescope at Mt. 
Palomar (San Diego, California) was the world’s larg- 
est with a primary mirror diameter of 200 in (5.1 m). 
During that time, improvements were made primarily 
in detection techniques, which reached fundamental 
limits of sensitivity in the late 1980s. In order to 
observe fainter objects, it became imperative to build 
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Figure 3. Adaptive optical telescope system. (i/iustration by Hans & Cassidy. Courtesy of Gale Group.) 


larger telescopes, and so a new generation of tele- 
scopes is being developed for the 2000s and beyond. 
These telescopes use revolutionary designs in order to 
increase the collecting area; 2,260 ft? (210 m*) is being 
used for the European Southern Observatory (ESO), 
which operates observatories in Chile; the organiza- 
tion is headquartered near Munich, Germany. 
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This new generation of telescopes does not use the 
solid, heavy primary mirror of previous designs, 
whose thickness was between one-sixth and one-eighth 
of the mirror diameter. Instead, it uses a variety of 
approaches to reduce the mirror weight and improve 
its thermal and mechanical stability, including using 
many hexagonal mirror elements forming a coherent 


4317 


adoosaja 


Telescope 


array; a single large meniscus mirror (with a thickness 
one-fortieth of the diameter), with many active sup- 
port points which bend the mirror into the correct 
shape; and, a single large mirror formed from a 
honeycomb sandwich (Table 1). In 2005, one of the 
first pictures taken by ESO was of 2M1207b, an exo- 
solar planet (a planet orbiting a star other than the 
sun) orbiting a brown dwarf star about 260 light-years 
away (where one light-year is the distance that light 
travels in vacuum in one year). These new telescopes, 
combined with quantum-limited detectors, distortion 
reduction techniques, and coherent array operation 
allow astronomers to see objects more distant than 
have been observed before. 


One of this new generation, the Keck telescope 
located on Mauna Kea in Hawaii, is currently the 
largest operating optical/infrared telescope, using a 
32 ft (10 m) effective diameter hyperbolic primary 
mirror constructed from 36 6-ft (1.8-m) hexagonal 
mirrors. The mirrors are held to relative positions of 
less than 50 nm using active sensors and actuators in 
order to maintain a clear image at the detector. 


Because of its location at over 14,000 ft (4,270 m), 
the Keck is useful for collecting light over the range of 
300 nm to 30 em. In the late 1990s, Keck I was joined 
by an identical twin, Keck II. Then, in 2001, the two 
telescopes were linked together through the use of 
interferometry for an effective mirror diameter of 
279 ft (85 m). 


Alternative wavelengths 


Most of the discussion so far has been concerned 
with optical telescopes operating in the range from 300 
to 1,100 nanometers (nm). However, valuable infor- 
mation is contained in the radiation reaching Earth at 
different wavelengths and telescopes have been built to 
cover wide ranges of operation, including radio and 
millimeter waves, infrared, ultraviolet, x rays, and 
gamma rays. 


Infrared telescopes 


Infrared telescopes are particularly useful for 
examining the emissions from gas clouds. Since water 
vapor in the atmosphere can absorb some of this 
radiation, it is especially important to locate infrared 
telescopes in high altitudes or in space. In 1983, NASA 
launched the highly successful Infrared Astronomical 
Satellite, which performed an all-sky survey, revealing 
a wide variety of sources and opening up new avenues 
of astrophysical discovery. With the improvement in 
infrared detection technology in the 1980s, the 1990s 
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saw several new infrared telescopes, including the 
Infrared Optimized Telescope, a 26 ft (8 m) diameter 
facility, on Mauna Kea, Hawaii. In August 2003, 
NASA launched the Spitzer Space Telescope (for- 
merly the Space Infrared Telescope Facility; named 
after Lyman Spitzer, Jr., who first suggested placing 
telescopes in orbit in the 1940s). It is in orbit about the 
sun (a heliocentric orbit), in which it follows behind 
Earth’s orbit about the sun, slowly receding away 
from Earth each year. Its primary mirror is about 
2.8 ft (85 cm) in diameter, with a focal length that is 
twelve times the diameter of the primary mirror. 


Several methods are used to reduce the large ther- 
mal background that makes viewing infrared difficult, 
including the use of cooled detectors and dithering the 
secondary mirror. This latter technique involves 
pointing the secondary mirror alternatively at the 
object in question and then at a patch of empty sky. 
Subtracting the second signal from the first results in 
the removal of most of the background thermal (infra- 
red) noise received from the sky and the telescope 
itself, thus allowing the construction of a clear signal. 


Radio telescopes 


Radio astronomy was developed following World 
War II, using the recently developed radio technology 
to look at radio emissions from the sky. The first radio 
telescopes were very simple, using an array of wires as 
the antenna. In the 1950s, the now familiar collecting 
dish was introduced and has been widely used ever 
since. 


Radio waves are not susceptible to atmospheric 
disturbances like optical waves are, and so the develop- 
ment of radio telescopes over the past forty years has 
seen a continued improvement in both the detection of 
faint sources as well as in resolution. Despite the fact 
that radio waves can have wavelengths which are 
meters long, the resolution achieved has been to the 
sub-arc second level through the use of many radio 
telescopes working together in an interferometer 
array, the largest of which stretches from Hawaii to 
the United States Virgin Islands (known as the Very 
Long Baseline Array). The largest working radio tele- 
scope is the Giant Meterwave Radio Telescope in India. 
It contains 14 telescopes arranged around a central 
square and another 16 positioned within three arms of 
a Y-shaped array. Its total interferometric baseline is 
about 15.5 mi (25 km). Construction is being made on 
the Low Frequency Array (LOFAR), which is a series 
of radio telescopes located across the Netherlands and 
Germany. As of September 2006, LOFAR has been 
constructed and is in the testing stage. When opera- 
tional, it will have a total collecting area of around 0.4 
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Major ground-based optical telescopes 


Name Collector area Design type 


Multi-mirror Telescope 33 m? 6.5 m honeycomb 
Conversion Kitt Peak, Arizona glass 


Magellan Las Campanas, 50 m? 
Chile 


Keck Telescope Mauna Kea, 76 m? 36 X 1.8 m hexagonal 
Hawaii array, 


152 m? two 36 x 1.8m 
hexagona arrays, 
spaced by ~ 75m 


8 m honeycomb glass 


Keck | and II Mauna 
Key, Hawaii mirror 


Columbus, Arizona 110 m? 2 x 8.4m honeycomb 


glass 


4 x 8.2 m diameter 
meniscus 


Very Large Telescope Cerro 210 m? 


Paranal, Chile 


Table 1. Major Ground-Based Optical Telescopes. (Thomson 
Gale.) 


KEY TERMS 


Chromatic aberration—The reduction in image 
quality arising from the fact that the refractive 
index in varies across the spectrum. 
Objective—tThe large light collecting lens used ina 
refracting telescope. 

Reflecting telescope—A telescope that uses only 
reflecting elements, i.e., mirrors. 

Refracting telescope—A telescope that uses only 
refracting elements; i.e., lenses. 
Spectrometry—The measurement of the relative 
strengths of different wavelength components that 
make up a light signal. 


square miles (one square kilometer). The Square 
Kilometer Array (SKA), which is scheduled to be com- 
pleted in 2010, partially operational in 2015, and fully 
operational in 2020, will become the most sensitive 
radio telescope ever built. Its final location has yet to 
be decided, although Western Australia and South 
Africa are prime candidates. 


See also Spectroscopy. 
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l Television 


Television is a telecommunication device for send- 
ing (broadcasting) and receiving video and audio sig- 
nals. The name television is derived from the Greek 
root tele for far sight and the Latin root visio meaning 
sight, or combined together to mean distance seeing. 
Broadly speaking, television, or TV, is, thus, the over- 
all technology used to transmit pictures with sound 
using radio frequency and microwave signals or 
closed-circuit connections. 


Television programming was regularly broadcast 
in such countries as the United States, England, 
Germany, France, and the Soviet Union before 
World War II (1939-1945). However, television in 
the U.S., for instance, did not become common in 
homes until the middle 1950s. By the early 2000s, 
over 250 million television sets were in use in the 
U.S., nearly one TV set per person. 


History 


German engineer and inventor Paul Julius 
Gottlieb Nipkow (1860-1940) designed the mecha- 
nism in 1884 that provided for television. Nipkow 
placed a spiral pattern of holes onto a scanning disk 
(later called a Nipkow disk.) He turned the scanning 
disk while it was in front of a brightly lit picture so that 
each part of the picture was eventually exposed. This 
technology was later used inside cameras and receivers 
to produce the first television images. 


The invention of the cathode ray tube in 1897 by 
German inventor and physicist Karl Ferdinand Braun 
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Television 


An HDTV (high-definition television). (AP/Wide World Photos.) 


(1850-1918) quickly made possible the technology 
that today is called television. Indeed, by 1907, the 
cathode ray tube was capable of supplying images 
for early incarnations of the television. 


English inventor Alan Archibald Campbell-Swinton 
(1863-1930) invented electronic scanning in 1908. He 
used an electron gun to neutralize charges on an electri- 
fied screen. Later, he wrote a scientific paper describing 
the electronic theory behind the concept of television. 
Russian-born American physicist Vladimir Kosma 
Zworykin (1889-1982) added to Campbell-Swinton’s 
idea when he developed an iconoscope camera tube 
later in the 1920s. 


American inventor Charles Francis Jenkins 
(1867-1934) and English inventor John Logie Baird 
(1888-1946) used the Nipkow scanning disc in the 
early 1920s for their developmental work with tele- 
vision. Baird used his working television model to 
show a 1926 audience. By 1928, he had set up 
an experimental broadcast system. In addition, Baird 
demonstrated a color transmission of television. Then, 
Philo Traylor Farnsworth (1906-1971), an American 
inventor and engineer, invented a television camera 
that could convert elements of an image into an elec- 
trical signal. Farnsworth demonstrated the first 
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completely electronic television system in 1934, 


which he eventually patented. 


Within 50 years, television had become a domi- 
nant form of entertainment and an important way to 
acquire information. This remains true in the mid- 
2000s, as the average U.S. citizen spends between 
two and five hours each day watching television. 


Television operates on two principles that under- 
lie how the human brain perceives the visual world. 
First, if an image is divided into a group of very small 
colored dots (called pixels), the brain is able to reas- 
semble the individual dots to produce a meaningful 
image. Second, if a moving image is divided into a 
series of pictures, with each picture displaying a suc- 
cessive part of the overall sequence, the brain can put 
all the images together to form a single flowing image. 
The technology of the television (as well as computers) 
utilizes these two features of the brain to present 
images. The dominant basis of the technology is still 
the cathode ray tube. 


Operation of the cathode ray tube 


A cathode ray tube contains a positively charged 
region (the anode) and a negatively charged region 
(the cathode). The cathode is located at the back of 
the tube. As electrons exit the cathode, they are 
attracted to the anode. The electrons are also focused 
electronically into a tight beam, which passes into the 
central area of the television screen. The central region 
is almost free of air, so that there are few air molecules 
to deflect the electrons from their path. The electrons 
travel to the far end of the tube where they encounter a 
flat screen. The screen is coated with a molecule called 
phosphor. When an electron hits a phosphor, the 
phosphor glows. The electron beam can be focused 
in a coordinated way on different part of the phosphor 
screen, effectively painting the screen (a raster pat- 
tern). This process occurs very quickly—about 30 
times each second—producing multiple images each 
second. The resulting pattern of glowing and dark 
phosphors is what is interpreted by the brain as a 
moving image. 


Black and white television was the first to be 
developed, as it utilized the simplest technology. In 
this technology, the phosphor is white. Color televi- 
sion followed, as the medium became more popular, 
and demands for a more realistic image increased. Ina 
color television, three electron beams are present. 
They are called the red, green, and blue beams. 
Additionally, the phosphor coating is not just white. 
Rather, the screen is coated with red, green, and blue 
phosphors that are arranged in stripes. Depending on 
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which electron beam is firing and which color phos- 
phor dots are being hit, a spectrum of colors is pro- 
duced. As with the black and white television, the 
brain reassembles the information to produce a recog- 
nizable image. 


High definition television 


High definition television (HDTV) is a format 
that uses digital video compression, transmission, 
and presentation to produce a much crisper and life- 
like image than is possible using the cathode ray tube 
technology. This is because more information can 
be packed into the area of the television screen. 
Conventional cathode ray tube screens typically have 
525 or 625 horizontal lines of dots on the screen. Each 
line contains approximately from 500 to 600 dots (or 
pixels). Put another way, the information possible is 
525 x 500 pixels. In contrast, HDTV contains from 
720 to 1080 x 500 pixels. The added level of detail 
produces a visually-richer image. 


Televisions of the 1950s and 1960s utilized an 
analog signal. The signals were beamed out into the 
air from the television station, to be collected by an 
antenna positioned on a building or directly on the 
television (commonly called rabbit ears). Today, the 
signal is digitized. This allows the electronic pulses to 
be sent through cable wire to the television, or to a 
satellite, which then beams the signal to a receiving 
dish in a format known as MPEG-2 (exactly like the 
video files that can be loaded on to a computer). 


The digital signal is less subject to deterioration 
that is the analog signal. Thus, a better quality image 
reaches the television. 


Cable television 


Television signals are transmitted on frequencies 
that are limited in range. Only persons residing 
within a few dozen miles of a TV transmitter can 
usually receive clear and interference-free reception. 
Community antenna television systems, often referred 
to as CATV, or simply cable, developed to provide a 
few television signals for subscribers far beyond the 
service area of big-city transmitters. As time passed 
cable moved to the big cities. Cable’s appeal, even to 
subscribers able to receive local TV signals without an 
outdoor antenna, is based on the tremendous variety 
of programs offered. Some systems provide subscrib- 
ers with a choice of hundreds of channels. 


Cable systems prevent viewers from watching pro- 
grams they have not contracted to buy by scrambling 
or by placing special traps in the subscriber’s service 
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drop that remove selected channels. The special tuner 
box that descrambles the signals can often be pro- 
grammed by a digital code sent from the cable system 
office, adding or subtracting channels as desired by the 
subscriber. 


Wired cable systems generally send their program- 
ming from a central site called a head end. TV signals 
are combined at the head end and, then, sent down one 
or more coaxial-cable trunk lines. Signals for various 
neighborhoods along the trunk split away to serve 
individual neighborhoods from shorter branches 
called spurs. 


Coaxial cable, even the special type used for 
CATV trunk lines, is made of material that dissipates 
the electrochemicals passing through. Signals must be 
boosted in power periodically along the trunk line, 
usually every time the signal level has fallen by approx- 
imately 20 decibels, the equivalent of the signal having 
fallen to one-hundredth (1/100th) of its original 
power. The line amplifiers used must be very sophisti- 
cated to handle the wide bandwidth required for many 
programs without degrading the pictures or adding 
noise. The amplifiers must adjust for changes in the 
coaxial cable due primarily to temperature changes. 
The amplifiers used are very much improved over 
those used by the first primitive community antenna 
systems, but even today trunk lines are limited in 
length to about a dozen miles. Not much more than 
about one hundred line amplifiers can be used along a 
trunk line before problems become unmanageable. 


Cable’s program offerings are entirely confined 
within the shielded system. The signals provided to 
subscribers must not interfere with over-the-air radio 
and television transmissions using the same frequen- 
cies. Because the cable system’s offerings are confined 
within the shielded system, pay-per-view programs 
can be offered on cable. 


Cable is potentially able to import TV signals 
from a great distance using satellite or terrestrial- 
microwave relays. Cable systems are required to com- 
ply with a rule called Syndex, for syndication exclu- 
sivity, where an over-the-air broadcaster can require 
that imported signals be blocked when the imported 
stations carry programs they have paid to broadcast. 


The current step in CATV technology is the 
replacing of wire-based coaxial systems with fiber 
optic service. Fiber optics is the technology where 
electrical signals are converted to light signals by 
solid-state laser diodes. The light waves are transmit- 
ted through very-fine glass fibers so transparent that a 
beam of light will travel through this glass fiber for 
miles. 
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Television 


Cable’s conversion to fiber optics results in an 
enormous increase in system bandwidth. Virtually 
the entire radio and TV spectrum is duplicated in a 
fiber optic system. As an example, every radio and TV 
station transmitting over the airwaves can be carried 
in a single thread of fiberglass; 500 separate television 
channels on a single cable system is easily handled. A 
fiber optic CATV system can be used for two-way 
communication more easily than can a wire-cable 
plant with electronic amplifiers. Fiber optic cable serv- 
ice greatly increases the support needed for interactive 
television services. 


Latest television 
Plasma television 


Plasma television has been available commercially 
since the late 1990s, and are becoming popular in the 
early 2000s. Plasma televisions do not have a cathode 
ray tube. Thus, the screen can be very thin. Typically, 
plasma televisions screens are about 6 in (15 cm) thick 
but can reach down to | in (2.5 cm) thick. This allows 
the screen to be hung from a wall. Along with plasma 
television, flat panel LCD television is also available. 
Both are considered flat panel televisions. Some mod- 
els are used as computer monitors. 


In a plasma television, fluorescent lights are 
present instead of phosphors. Red, green, and blue 
fluorescent lights enable a spectrum of colors to be 
produced, in much the same way as with conventional 
television. Each fluorescent light contains a gas called 
plasma. Plasma consists of electrically charged atoms 
(ions) and electrons (negative in charge). When an 
electrical signal encounters plasma, the added energy 
starts a process where the particles bump into one 
another. This bumping releases a form of energy called 
a photon. The release of ultraviolet photons causes a 
reaction with phosphor material, which then glows. 


Rear projection 


Rear projection television send the video signal 
and its images to a projection screen with the use of 
a lens system. They were introduced in the 1970s 
but declined in the 1990s as better alternatives were 
made available. Many used large screens, some over 
100 in (254 cm). These projection systems are divided 
into three groups: CRT-based (cathode ray tube- 
based), LCD-based (liquid crystal display-based), 
and DLP-based (digital light processing-based). 
Their quality since the 1970s have improved drasti- 
cally so that in the 2000s they are still a viable type of 
television. 
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KEY TERMS 


Chrominance—Color information added to a video 
signal. 


Coaxial cable—A concentric cable, in which the 
inner conductor is shielded from the outer conduc- 
tor; used to carry complex signals. 


Compact disc—Digital recording with extraordi- 
nary fidelity. 

Field—Half a TV frame, a top to bottom sweep of 
alternate lines. 


Frame—Full TV frame composed of two interlaced 
fields. 


Parallax—Shift in apparent alignment of objects at 
different distances. 


Phosphor—Chemical that gives off colored light 
when struck by electron. 


ATV 


ATV stands for advanced television, a name created 
by the U.S. Federal Communications Commission 
(FCC) for digital TV (or DTV). It is the television 
system replacing the current analog system in the 
United States. Television technology is rapidly moving 
toward the ATV digital system planned to replace the 
aging analog process. ATV is a digital-television system, 
where the aspects that produce the image are processed 
as computer-like data. Digitally processed TV offers 
several tremendous advantages over analog TV meth- 
ods. In addition to sharper pictures with less noise, a 
digital system can be much more frugal in the use of 
spectrum space. ATV includes high-definition television 
(HDTV), which is a format for digital video compres- 
sion, transmission, and presentation. For instance, high- 
definition television (HDTV), which was developed in 
the 1980s, uses 1,080 lines and a wide-screen digital 
format to provide a very clear picture when compared 
to the traditional 525- and 625-line televisions. 


Most TV frames are filled with information that 
has not changed from the previous frame. A digital TV 
system can update only the information that has 
changed since the last frame. The resulting picture 
looks to be as normal as the pictures seen for years, 
but many more images can be transmitted within the 
same band of frequencies. 


TV audiences have been viewing images processed 
digitally in this way for years, but the final product has 
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been converted to a wasteful analog signal before it 
leaves the television transmitter. Satellite relays have 
relayed TV as digitally compressed signals to max- 
imize the utilization of the expensive transponder 
equipment in orbit about the Earth. The small satellite 
dishes offered for home reception receive digitally- 
encoded television signals. 


ATV will not be compatible with current analog 
receivers, but it will be phased in gradually in a care- 
fully-considered plan that will allow older analog 
receivers to retire gracefully over time. Television in 
the 2000s includes such features as DVD (digital video 
recorders) players, computers, VCRs (video cassette 
recorders), computer-like hard drives (to store pro- 
gramming), Internet-access, video game consoles, 
pay-per-view broadcasts, and a variety of other 
advanced add-on features. 


See also Digital recording; Electronics. 
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Tellurium see Element, chemical 


j Temperature 


Temperature is intuitively associated with the sense 
of hot and cold. A person’s finger placed in a pan of hot 
water causes energy to flow as heat from the water to 
the finger. It can be said that the water is at a higher 
temperature than the finger. Now, put the finger in a 
glass of ice water and energy flows as heat in the other 
direction. The direction of energy flow as heat is the 
basis of the definition of temperature. Temperature, in 
physics, is the property of objects—or more generally, 
systems—that determines the direction of energy flow 
as heat when the objects are put in direct contact with 
each other. Energy flows as heat from objects at higher 
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temperature to ones at lower temperature. When 
energy as heat ceases to flow, the objects are at the 
same temperature and are said to be in thermal equili- 
brium (and are studied in the scientific field of thermo- 
dynamics). Temperature is usually defined as the 
degree of an object’s heat energy expressed relative to 
something else; for example, with respect to the Celsius 
(C), Kelvin (K), Fahrenheit (F), and Rankine (R) tem- 
perature scales. 


Molecular interpretation 


At the molecular level, temperature is related to 
the random motions of the particles (atoms and mol- 
ecules) in matter. Because there are different types of 
motion, the particles’ kinetic energy (energy of 
motion) can take different forms, and each form con- 
tributes to the total kinetic energy of the particles. 


For example, when water squirts from a hose, part 
of the kinetic energy of the water is due to the move- 
ment of the molecules as a collection in a single direc- 
tion out the nozzle. However, the individual water 
molecules are also moving about with random, con- 
stantly changing, speeds and directions relative to each 
other. This kind of kinetic energy is called molecular 
translational energy. This energy remains even after 
the squirted water becomes a quiet puddle. The tem- 
perature of the puddle, or of any object, is a measure of 
the average of the individual translational energies of 
all of its atoms or molecules. 


If a swimming pool were filled from this same 
hose, the total molecular translational energy of the 
molecules in the pool would be much greater than 
those in the puddle because there are many more 
molecules in the pool. The temperatures of the puddle 
and the pool, however, would be the same because 
temperature is a measure of the average molecular 
translational energies. 


The molecules in a kettle of boiling water have a 
higher average molecular translational energy—a 
higher temperature—than those in the swimming 
pool. Place the kettle on the surface of the pool and 
the direction of energy flow is obvious: from hotter to 
cooler, from higher temperature to lower, from greater 
average molecular translational energy to lesser. These 
are three ways of saying the same thing. 


The reason that heat flows from an object of 
higher temperature to one of lower temperature is 
that once they are in contact, the molecular agitation 
is contagious. Fast-moving molecules will collide with 
slower-moving ones, kicking them up to higher speed 
and thereby raising their translational energy. 
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Thermometers and temperature scales 


There is no easy way to measure directly the aver- 
age molecular translational energies in an object. 
Therefore, temperature is determined indirectly by 
measuring a temperature-dependent property of a 
device that is in thermal equilibrium with the object 
to be measured. Scientists call such a device a ther- 
mometer. One of the earliest kinds of thermometers, 
still in use today, has a liquid in a glass bulb attached 
to a glass capillary tube—a tube with a very narrow 
bore. The tube is sealed to make the thermometer 
independent of atmospheric pressure. The expansion 
and contraction of the liquid volume as the temper- 
ature goes up and down results in a rise and fall of the 
thin column of liquid in the tube, which can be cali- 
brated in terms of temperature. 


Early thermometry used water or water-alcohol 
mixtures as the liquid. Water turned out to be an 
especially poor choice, however, because the volume 
of water does not change uniformly with changes in 
temperature. When cooled down from room temper- 
ature, liquid water at first contracts. Then, as the water 
approaches its freezing point, it expands. This unusual 
property of expansion upon cooling means that a 
water thermometer not only goes down as the temper- 
ature falls, but it sometimes goes up. This is certainly 
not a desirable characteristic of a thermometer liquid. 


The Fahrenheit scale of temperature 


In 1714, German physicist Daniel Gabriel 
Fahrenheit (1686-1736) made a better choice by 
selecting liquid mercury. Mercury has a uniform vol- 
ume change with temperature, a lower freezing point 
and higher boiling point than water, and does not wet 
glass. Mercury thermometers made possible the devel- 
opment of reproducible temperature scales and quan- 
titative temperature measurement. Fahrenheit first 
chose the name degree (grad, in German) for his unit 
of temperature. Then, to fix the size of a degree (°), he 
decided that it should be of such size that there are 
exactly 180° between the temperature at which water 
freezes and the temperature at which water boils. (180 
is a good number because it is divisible by one and by 
16 other whole numbers. That is why 360, or 2 x 180, 
which is even better, was originally chosen as the 
number of degrees into which to divide a circle.) 
Fahrenheit now had a size for his degree of temper- 
ature, but no standard reference values. Should the 
freezing and boiling points of water be called zero and 
180? Alternatively, 180 and 360, or something else? In 
other words, where shall 0° fall on the scale? He even- 
tually decided to fix zero at the coldest temperature 
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that he could make in his laboratory by mixing ice with 
various salts that make it colder. (Salts, when mixed 
with cold ice, lower the melting point of ice, so that 
when it is melting it is at a lower temperature than 
usual.) When he set his zero at that point, the normal 
freezing point of water turned out to be 32° higher. 
Adding 180 to 32 gave 212° for the normal boiling 
point of water. Thus, freezing water falls at 32° and 
boiling water falls at 212° on the Fahrenheit scale. 
And, the normal temperature of a human being turns 
out to be about 99°. 


The Celsius scale 


In 1742, Swedish astronomer Anders Celsius 
(1701-1744), professor of astronomy at the University 
of Uppsala, proposed the temperature scale that now 
bears his name, although for many years it was called 
the centigrade scale. As with the Fahrenheit scale, the 
reference points were the normal freezing and normal 
boiling points of water, but he set them to be 100° apart 
instead of 180. Because the boiling point and, to a lesser 
extent, the freezing point of a liquid depend on 
the atmospheric pressure, the pressure must be speci- 
fied: normal means the freezing and boiling points 
when the atmospheric pressure is exactly one atmos- 
phere. These points are convenient because they are 
easily attained and highly reproducible. Interestingly, 
Celsius at first set boiling as zero and freezing as 
100, but this was reversed in 1750 by physicist Martin 
Strdémer, Celsius’s successor at Uppsala. 


Defined in this way, a Celsius degree (°C) is one- 
hundredth (1/100) of the temperature difference between 
the normal boiling and freezing points of water. Because 
the difference between these two points on the 
Fahrenheit scale is 180°F, a Celsius degree is 1.8 times 
(or 9/5) larger than a Fahrenheit degree. One cannot 
convert between Fahrenheit and Celsius temperatures 
simply by multiplying by 1.8, however, because their 
zero points are at different places. That would be like 
trying to measure a table in both yards and meters, when 
the left-hand ends (the zero marks) of the yardstick and 
meter stick are not starting at the same place. 


To convert a temperature from Fahrenheit to 
Celsius or vice versa, one first must account for the 
differences in their zero points. This can be done very 
simply by adding 40 to the temperature being con- 
verted. That is because -40° (40 below zero) happens 
to come out at the same temperature on both scales, so 
adding 40 gets them both up to a comparable point: 
zero. Then, one can multiply or divide by 9/5 to 
account for the difference in degree size, and finally 
remove the 40° that one added. 
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Thus, to convert from Celsius to Fahrenheit, (1) 
Multiply by 9/5 (2) Add 32. To convert from 
Fahrenheit to Celsius, (1) Subtract 32 (2) Multiply 
by 5/9. 


The Kelvin scale 


About 1787, French physicist Jacques Charles 
(1746-1823) noted that a sample of gas at constant 
pressure regularly contracted by about 1/273 of its 
volume at 0°C for each Celsius degree drop in temper- 
ature. This suggests an interesting question: If a gas 
were cooled to 273° below zero, would its volume drop 
to zero? Would it just disappear? The answer is no, 
because most gases will condense to liquids long 
before such a low temperature is reached, and liquids 
behave quite differently from gases. 


In 1848, William Thomson (1824-1907), later Lord 
Kelvin, suggested that it was not the volume, but the 
molecular translational energy that would become zero 
at about -273°C, and that this temperature was therefore 
the lowest possible temperature. Thomson suggested a 
new and more sensible temperature scale that would 
have the lowest possible temperature—absolute zero— 
set as zero on this scale. He set the temperature units as 
identical in size to the Celsius degrees. Temperature 
units on Kelvin’s scale are now known as Kelvins 
(abbreviation, K); the term, degree, and its symbol, °, 
are not used anymore. Lord Kelvin’s scale is called 
either the Kelvin scale or the absolute temperature 
scale. The normal freezing and boiling points of water 
on the Kelvin scale, then, are 273K and 373K, respec- 
tively, or, more accurately, 273.16K and 373.16K. To 
convert a Celsius temperature to Kelvin, just add 273.16. 


The Kelvin scale is not the only absolute temper- 
ature scale. The Rankine scale, named for Scottish 
engineer and physicist William J.M. Rankine (1820- 
1872), also has the lowest possible temperature set at 
zero. The size of the Rankine degree, however, is the 
same as that of the Fahrenheit degree. The Rankin 
temperature scale is rarely used today. 


Absolute temperature scales have the advantage 
that the temperature on such a scale is directly propor- 
tional to the actual average molecular translational 
energy, the property that is measured by temperature. 
For example, if one object has twice the Kelvin tem- 
perature of another object, the molecules, or atoms, of 
the first object actually have twice the average molec- 
ular translational energy of the second. This is not true 
for the Celsius or Fahrenheit scales, because their 
zeroes do not represent zero energy. For this reason, 
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KEY TERMS 


Absolute temperature scale—A temperature scale 
that has the lowest possible temperature set at abso- 
lute zero. 


Absolute zero—Absolute zero is the lowest tem- 
perature possible. It is associated with the absence 
of molecular motion and is equal to OK (-459°F [- 
DIS Cl). 


Kinetic energy—Energy of an object or system due 
to its motion. 


Molecular translational energy—Kinetic energy of 
an object or system due to the random constantly 
changing motion of individual molecules (or 
atoms) relative to each other. 


Thermal equilibrium—A condition between two or 
more objects in direct thermal contact in which no 
energy as heat flows from one to the other. The 
temperatures of such objects are identical. 


Thermometer—A device for obtaining temperature 
by measuring a temperature dependent property 
(such as the height of a liquid in a sealed tube) 
and relating this to temperature. 


Triple point—The unique temperature at which 
three phases of a single substance can coexist in 
equilibrium. The triple point for ice liquid water 
vapor is about 0.01°C above the normal freezing 
point of water. 


the Kelvin scale is the only one that is used in scientific 
calculations. 


Temperature extremes 


The highest recorded weather temperature on Earth 
was 136°F (57.8°C), observed in North Africa in 1922. 
The record low temperature is -129°F (-89.2°C), 
observed in the Antarctic in 1983. Elsewhere in the 
universe, temperature extremes are much greater. The 
average surface temperatures of the most distant bodies 
in Earth’s solar system (Uranus, Neptune) are about 
53K (-364°F; -220°C;). Although temperatures on and 
within the sun vary, the core is about 27 million® F 
(15 million® C). (At very high temperatures, Celsius 
and Kelvin temperatures are virtually identical; the 273 
is negligible). 


Temperatures produced in laboratories can be 
even more extreme. The study of very low temper- 
atures, called cryogenics, is an active field of scientific 
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research because of the unusual properties of many 
substances when they are close to absolute zero. Using 
magnetic techniques, temperatures below one micro- 
kelvin have been achieved. (A microkelvin, uK, is 
0.000001K.) Absolute zero itself, however, has not 
yet been reached. 


Less extreme low temperatures can be obtained 
relatively easily with dry ice or liquid nitrogen. Dry ice, 
solid carbon dioxide, vaporizes (sublimes) under normal 
pressures rather than melting to a liquid. The sublima- 
tion temperature of dry ice is 195K (-198°F; 78°C). 
Liquid nitrogen can be used to obtain even lower tem- 
peratures. It is used at its normal boiling point, which is 
of liquid nitrogen is 77K (-321°F; -196°C). 


Scientific interest in very high temperatures is 
largely due to the hope of achieving controlled nuclear 
fusion—the energy producing process in the Sun and 
stars. By the use of powerful lasers, temperatures over 
400 million kelvins have been achieved for short peri- 
ods of time. 


See also Gases, properties of; States of matter. 
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l Temperature regulation 


Temperature regulation, or thermoregulation, is 
the ability of an organism to maintain its body temper- 
ature when other temperatures surround it. An organ- 
ism maintains homeostasis, a steady internal state, only 
if its body temperature stays within prescribed limits. 
Cellular activities require an optimum amount of heat. 
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Canines, like these Iditerod Huskies, use panting as a means 
of temperature regulation. (© Peter Guttman/Corbis.) 


They depend on enzyme action, and enzymes function 
within a narrow range of temperature. For this reason, 
living things can only tolerate a limited rise or drop in 
temperature from the optimum. Mechanisms exist that 
regulate body temperature to stay within its survival 
limits. 


Cells require a source of heat for their activities. 
The heat source can be external or internal. The sun is 
an external source of heat for living things. Cellular 
metabolism is an internal heat source. During cellular 
respiration, the chemical energy in food is converted to 
high-energy phosphate groups in adenosine triphos- 
phate, ATP. In the process, cells lose about 60% of the 
released energy as heat. Plants and most animals give 
up this heat to the environment. Birds, mammals, and 
some fish, however, make use of some of the heat that 
metabolism yields. 


Organisms exchange heat with the environment by 
four major physical processes. First, there is conduction, 
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the direct transfer of heat from a warmer to a cooler 
object. Humans cool off during a swim because the 
heat of the body is conducted to the cool water. During 
another process called convection, a breeze passes over a 
surface and brings about heat loss. This is why a fan cools 
people on a hot day. Radiation, the emission of electro- 
magnetic waves, transfers heat between objects that are 
not in direct contact. Animals absorb heat that the sun 
radiates. Finally, evaporation, the physical change of 
liquid to gas removes heat from a surface. Sweating and 
panting are cooling processes. Perspiration evaporates 
from the skin, and panting increases evaporation from 
the respiratory system. Both procedures take heat away 
from the body. 


Externally heated animals 


Ectotherms are animals that warm their bodies by 
absorbing heat from their surroundings. In most ecto- 
therms, the body temperature fluctuates with changes in 
the surrounding temperature. The body temperature of 
snakes, for example, cools in cold weather and warms 
up in hot weather. Most marine fish and invertebrates, 
however, live in water that stays the same temperature. 
Their body temperature, therefore, does not change. In 
everyday language, scientists say that these animals are 
cold-blooded. Amphibians, reptiles, most fish, and 
invertebrates are considered cold-blooded. This term is 
misleading, however, because many lizards have high 
body temperatures. External temperature plays a major 
role in the activity rate of ectothermic animals. When 
the weather is warm, they become active. They slow 
down when the temperature drops. 


Certain ectotherm behaviors help regulate body tem- 
perature. To warm up, reptiles find sunny places, and 
stretch out for maximum exposure. If it gets too warm, 
lizards alternate between sun and shade. Amphibians 
warm up by moving into the sun or diving into warm 
water. They cool off by entering the shade. In cold 
weather, honeybees huddle together to retain heat. Bees 
and large moths build up heat before takeoff by contract- 
ing their flight muscles without moving their wings. 


In addition to behaviors, physiological adapta- 
tions help ectotherms regulate temperature. Diving 
reptiles conserve heat because their blood circulates 
inward toward the body core during a dive. The skin of 
bullfrogs secretes more mucus when it is hot, allowing 
more cooling by evaporation. Many ectotherms exist 
at a lower temperature during torpor, a state of slowed 
metabolism. This helps them survive a food shortage. 
If the food supply increases, they come out of torpor in 
a few hours. 
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KEY TERMS 


Cooling center—Thermoregulating area of the 
hypothalamus whose impulses result in tempera- 
ture-lowering activities of various parts of the body. 


Ectotherm—A cold-blooded animal, whose inter- 
nal body temperature is similar to that of its envi- 
ronment. Ectotherms produce little body heat, and 
are dependent on external sources (such as the sun) 
to keep their body temperature high enough to 
function efficiently. 


Endotherm—An animal that uses its metabolism as 
a primary source of body heat and uses physiolog- 
ical mechanisms to hold its body temperature 
nearly constant. 


Heating center—Thermoregulating area of the 
hypothalamus whose impulses result in tempera- 
ture-raising activities of various parts of the body. 


Hibernation—A type of torpor in which an ani- 
mal’s body temperature drops, thereby enabling it 
to withstand prolonged cold and little food. 


Internally heated animals 


Endotherms are animals that warm their bodies 
mainly from their own metabolism. Mostly birds and 
mammals, they maintain a constant body temperature 
regardless of changes in the surrounding temperature. 
Scientists commonly call them warm-blooded, because 
the internal temperature they generate is usually higher 
than the environmental temperature. Endotherms have 
certain advantages. Their consistent higher tempera- 
ture allows them to be active at all times. It also gives 
them the freedom to live in varied habitats. It helps 
them survive on land, where the air temperature 
changes more drastically than water temperature. 


Although most fish are ectothermic, mackerals, tuna, 
swordfish, marlins, and some sharks are endotherms; 
although in swordfish and some mackeral, warming 
occurs only in the central nervous system and the retina 
of the eye. Endothermic fish are more closely related to 
their ectothermic relatives than they are to each other. 
Thus, endothermy evolved independently in these differ- 
ent groups, as an adaptation that allowed the animals to 
expand their habitats into waters of varying temperatures. 


Certain adaptations accompany the maintenance 
of a constant body temperature. A high metabolic rate 
helps supply heat. An efficient circulatory system con- 
ducts and distributes heat around the body. Fat layers, 
fur, and feathers insulate the body and retain heat. 
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Shivering muscles contract to increase body heat, and 
hormones such as epinephrine and thyroxin increase 
the rate of metabolism. Under unfavorable conditions 
some endotherms experience torpor, for example, 
hibernation, in which the body temperature drops. 
Hibernation enables animals to survive long periods 
of cold and lack of food. 


Receptors in various parts of the body, such as the 
skin, deliver information to the hypothalamus of the 
brain about the body’s temperature. The hypothala- 
mus acts as a thermostat. It contains two thermoreg- 
ulating areas that stimulate nerve impulses. One area, 
the heating center, sends out impulses that raise the 
body temperature. It causes blood vessels near the 
surface of the body to contract, thus preventing heat 
loss. It also causes fur to stand erect and become more 
insulating. It causes shivering by muscles that produce 
heat when they contract, and it stimulates hormonal 
production. The other area, the cooling center, sends 
out impulses that bring about a temperature drop. It 
causes surface blood vessels to expand thereby releas- 
ing heat. It brings about sweating or panting. 
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| Tenrecs 


Tenrecs are four-legged nocturnal mammals belong- 
ing to the order Insectivora. Tenrecs have evolved into 
more distinct forms than any other family of animals 
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A stripped tenrec. (H. Uible/Photo Researchers, Inc.) 


within the order. Tenrecs can resemble hedgehogs, 
moles, shrews, or muskrats, depending on the species. 
Some species of tenrecs have a long tail and long hind 
legs, while others have a stumpy tail and short hind legs. 
Furthermore, some species of tenrec have a spiny coat, 
similar to that of hedgehog, while others have velvety fur. 


Within the order Insectivora, there are six general 
types: shrew type, rat type, hedgehog type, mole type, 
jeroba type, and otter type. Tenrecs are grouped 
together with the shrews, and are characterized by an 
elongated body, and long, pointed snout. Tenrecs 
belong to the family Tenrecidae. 


Evolution of insectivores 


Insectivores are the most primitive of all higher 
mammals, and insectivore like animals predated all of 
the orders of today’s mammals. The fossil remains of 
insectivores indicated that they lived during the 
Cretaceous period. Rat-sized ancestors of today’s 
insectivores date even back further—to the Jurassic 
and Lower Cretaceous periods. These fossils also indi- 
cate that tenrec-like animals and golden moles are 
related to each other. 


Family Tenrecidae 


The family Tenrecidae includes about 27 species, 
all but three of which live on the island of Madagascar. 
The remaining three species (all otter shrews) live in 
central and west equatorial Africa. 


In general, tenrecs have poor vision, but their senses 
of smell, hearing, and touch are acute. Like other insecti- 
vores, they have an elongated snout, a small, primitive 
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brain, and their skull is relatively small, long, and narrow. 
Their fur can be soft, coarse, or even spiny. Tenrecs have 
retained some reptilian characteristics, such as a cloaca- 
like common chamber into which their digestive, repro- 
ductive, and urinary systems empty, and from which 
these substances leave their body. 


The family Tenrecidae family includes four subfami- 
les: the Tenrecinae (spiny tenrecs), the Oryzorictinae 
(shrew and rice tenrecs), the Geogalinae (large-eared ten- 
recs), and the Potamogalinae (otter shrews). The best 
known tenrecs are similar in appearance to hedgehogs, 
and belong to the Tenrecinae subfamily. This subfamily 
includes four genera and four species. The rice tenrecs 
have a long tail and are closely related to the spiny tenrecs; 
this subfamily includes two genera and 19 species. There is 
one genus and one species in the subfamily Geogalinae 
and two genera and three species of otter shrews. 


Common or tail-less tenrec (Tenrec ecaudatus) 


The common tenrec is, perhaps, the best known 
species of tenrec. Vaguely resembling a hedgehog, it 
measures about 12.5 in (32 cm) long, with a stubby tail 
measuring 0.4-0.6 in (1-1.6 cm) in length. It has a long 
snout and coarse, bristly fur interspersed with spines. 
These tenrecs prefer sandier environments, such as 
highland plateaus and cliffs along riverbanks. During 
the day, these animals rest in crevices or burrows; at 
night, they forage for food by digging with their claws 
and snout. Common tenrecs mainly eat insects, liz- 
ards, eggs, roots, and fruit. In the dry season, these 
tenrecs hibernate in deep underground burrows. At 
the beginning of October, after a long hibernation, 
they mate. Female common tenrecs commonly have 
as many as 16 surviving offspring. 

If threatened, common tenrecs stand on their hind 
legs and bristle their coats, and try to push the bristles 
into the intruder, while snorting, grunting, and hiss- 
ing. Although common tenrecs are protected by law, 
the people of Madagascar hunt these animals for their 
fatty meat. 


Rice tenrecs (Oryzorictes spp.) 


The short-haired rice tenrecs have bodies that 
measure 1.5-5 in (4-13 cm), and their tails measure 1- 
6.5 in (3-16 cm). These tenrecs acquired their name 
because they live on and within the banks of rice 
paddies, as well as in warm, moist forests, swamps, 
and meadows. Their front limbs are well adapted for 
digging and these tenrecs spend a great deal of time 
underground. Rice tenrecs are only seen above ground 
at night, but it is assumed that they are very active 
during the day underground, eating invertebrates and 
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crustaceans. Rice growers in Madagascar consider rice 
tenrecs to be pests. 


Reproduction 


Some species of tenrec are prolific. Tenrecs produce 
the most young per litter (averaging between 12 and 15) 
of all the world’s mammals. The number of offspring can 
be even higher; for example, common tenrecs have been 
known to have as may as 32 young in one litter. Because 
female tenrecs almost always have multiple births, they 
have numerous nipples to feed their young. In fact, com- 
mon tenrec females have 32-36 nipples. 


Female tenrecs must sometimes forage for food in 
daylight, when the danger presented by predators is 
the highest, to adequately nourish themselves, so that 
they are able to meet the huge demand for milk. In 
some tenrec species, the young have extra camouflage 
to protect themselves from predators, which they lose 
as they mature. Young tenrecs are fairly independent 
creatures; they are able to run soon after they are born. 
By the time they are four weeks old, they are com- 
pletely independent. 


Temperature regulation 


The body temperature of tenrecs is maintained 
between 78.8-86°F (26-30°C). The activity levels of 
streaked tenrecs vary with the surrounding temperature. 
Increases in physical activity generate the extra body heat 
that they need to survive in colder conditions. On a 
normal day, with a daytime temperature of about 68°F 
(20°C), streaked tenrecs rest inside their burrows; by 
early evening, their activity level increases. At midnight, 
they start taking more frequent rests and, by dawn, they 
crawl back inside their shelters. However, when the out- 
side temperature goes down to 60.8-64.4°F (16-18°C), 
tenrecs become much more active, both day and night. If 
the temperature gets colder than 60.8°F (16°C), even 
increased activity is insufficient to keep them warm, 
and they perish. Because the streaked tenrec inhabits 
moist areas with little temperature change, these animals 
rarely die of cold. 


The habitat of common tenrecs, however, is much 
more variable than that of streaked tenrecs. On 
Madagascar, there is little rain in the winter, the land 
becomes very dry, and temperatures fall to as 50°F 
(10°C). At this point, common tenrecs, which have 
been accumulating fat all summer, roll into a ball 
and hibernate in their deep underground burrows for 
about six months. During hibernation, they are cold to 
the touch and breath about once every three minutes. 
During this time, they neither eat nor defecate. 
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l Teratogen 


A teratogen is an environmental agent that can cause 
abnormalities in a developing organism resulting in either 
fetal death or congenital abnormality. The human fetus is 
separated from the mother by the placental barrier, but 
the barrier is imperfect and permits a number of chemical 
and infectious agents to pass to the fetus. 


Well known teratogens include (but are not lim- 
ited to) alcohol, excess vitamin A and retinoic acid, the 
rubella virus, and high levels of ionizing radiation. 
Perhaps the best known teratogenic agent is the drug 
thalidomide, which induced severe limb abnormalities 
known as phocomelia in children whose mothers took 
the drug. 


See also Birth defects; Embryo and embryonic 
development; Fetal alcohol syndrome. 


Terbium see Lanthanides 


[| Term 


A term is an algebraic expression which can form 
a separable part of another expression such as an 
algebraic equation or a sequence. Terms are a specific 
part of the symbolic language of algebra. The symbols 
of this language were primarily developed during the 
sixteenth and seventeenth centuries and are used to 
represent otherwise lengthy expressions. They can be 
as simple as using the single character, +, to mean 
addition, or as complicated as y = 4x* + 2x - 3 to 
represent an algebraic polynomial equation. 
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In general, there are three types of algebraic 
expressions which can be classified as terms. These 
include expressions made up of a single variable or 
constant, ones that are the product or quotient of two 
or more variables and/or constants, and those that are 
the product or quotient of other expressions. For 
example, the number 4 and the variable x are both 
terms because they consist of a single symbol. The 
expression 2z is also a term because it represents the 
product of two symbols. It should be noted that terms 
like 2z, in which a number and a variable are written 
together, are indicated products because multiplica- 
tion is implied. Therefore, the symbol 2z means 2 x 
z. Finally, an expression like 2pq(a + 5)n is a term 
because it represents a quotient (the result of division) 
of two expressions. 


The symbols that make up a term are known as 
coefficients. In the term 4x, the number 4 is known asa 
numerical coefficient and the letter x is known as the 
literal coefficient. For this expression, we could say 
that 4 is the coefficient of x or x is the coefficient of 4. 


Terms should be thought of as a single unit that 
represents the value of a particular number. This is 
particularly useful when discussing the terms of a larger 
expression such as an equation. In the expression 5x? + 
2x* + 4x - 7, there are four terms. Numbering them 
from left to right, the first term is 5x°, the second is 2x”, 
the third is 4x, and the fourth is -7. Notice that the signin 
front of a term is actually part of it. 


Some expressions contain terms which can be 
combined to form a single term. These “like terms” 
contain the same variable raised to the same power. 
For example, the like terms in the expression 3x + 2x 
can be added and the equation simplifies to 5x. 
Similarly, the expression Jy” - 3y* can be simplified 
to 4y*. Expressions containing unlike terms can not be 
simplified. Therefore, 4x? - 2x is in its simplest form 
because the differences in the power of x prevents these 
terms from being combined. 


l Termites 


Termites are slender, social insects, ranging in size 
from 0.007-0.072 in (2-22 mm) long. The reproductive 
members of the species have wing spans of 0.03-0.3 in 
(10-90 mm). Inhabiting nests of their own construc- 
tion, they live in permanent and often highly devel- 
oped communities. While termites thrive in warm, 
humid environments, some species have also adapted 
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to open savannas and temperate zones. They are most 
commonly found in the tropical parts of Africa, 
Southeast Asia, Australia, and the Americas. 


Termites belong to the order Isoptera, which 
includes seven families of termites, containing about 
200 genera and about 2,300 species. The families are: 
(1) the Mastotermitidae, (2) the Kalotermitidae, (3) 
the Termopsidae, (4) the Hodotermitidae, (5) the 
Rhinotermitidae, (6) the Serritermitidae, and (7) the 
Termitidae. The first five families are referred to as the 
lower termites, while the last two are known as the 
higher termites. 


The classification into lower and higher termites 
refers to the termites’ level of evolution, both in terms 
of behavior and anatomy. The higher termites have a 
more complex and developed social structure and 
build a more complex and varied nest. The most 
advanced nests start below the ground and form a 
mound above. A termite nest in Australia measured 
almost 20 ft (6.66 m) high and 98 ft (33 m) around. 
Three-quarters of all species of termites belong to the 
higher termite groups. 


Caste system 


The individuals making up a termite community 
are anatomically and functionally distinct from each 
other, depending upon their role within the commun- 
ity. The particular duty that each termite performs 
determines the specific caste to which each termite 
belongs. Each caste can perform only a certain task, 
and individual termites cannot stay alive without the 
rest of the colony. In total, there are four basic kinds of 
adult termite castes: the king and queen (primary 
reproductives), the supplementary reproductives, the 
soldiers, and the workers. 


Reproductives 


There are two reproductive castes providing for 
the continuation of the species. The primary reproduc- 
tive caste—known as alates—consists of potential 
kings and queens. At a specific time each year, depend- 
ing on the species and environment, a swarm of these 
alates leaves the original nest to start a new colony. 
The vast majority of swarming alates fall prey to birds, 
bats, lizards, snakes, and ants. When the male and 
female alates land, they shed their wings and look for 
mates. Once the pairing occurs, they run on the 
ground in tandem, the female ahead of the male, look- 
ing for the site on which to build their new nest. 


The supplementary reproductives develop func- 
tional reproductive organs but never leave the parent 
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colony. Their purpose is to act as substitutes for the 
king or queen if either or both dies. Further, female 
reproductives can supplement the queen’s egg-laying 
volume, should her egg-laying capacity prove insuffi- 
cient to maintain the colony. 


The nesting location chosen by the alates is highly 
dependent upon the particular species of termite. Some 
species prefer to nest in the ground, while others prefer to 
nest in wood. Regardless of the nest, the pair digs a 
chamber, closes it off from the outside world, and never 
leaves it again. The pair mates in the chamber, and the 
female lays the eggs. Her first laying contains relatively 
few eggs. The young king and queen care for their larvae 
for four to six months. During this period, wood termites 
get the sustenance they need from the wood in their nests, 
while soil termites feed their young with the excess fat 
stored in their own bodies and by digesting their now- 
useless wing muscles. 


Newly hatched termite larvae are tiny, measuring 
about 0.08 in (2 mm) in length. Their coats are color- 
less and their bodies are soft. Furthermore, they are 
blind; their main sensory organs are their antennae, 
but they also have a series of small receptors situated 
on their heads. 


After hatching, the young termites—or nymphs— 
have the general appearance of adult termites. They 
continue to grow and molt at intervals. After several 
stages of development, some finally become sexually 
mature individuals with wings. Others either become 
workers or soldiers. Both the workers and the sol- 
diers—which are usually blind, and always infertile 
and wingless—are the result of specialized, incomplete 
development. 


Workers 


The workers form by far the largest caste and live 
exclusively underground; they are pale, have large 
toughened heads, and lack eyes. When the first work- 
ers are old enough to leave the nest, they begin to 
undertake their multiple duties. First, they search for 
food, leaving the queen free to devote all of her time to 
egg-laying. Eventually, the workers provide food for 
the king, queen, larvae, and soldiers. Dead wood is the 
main part of a worker termite’s diet. Often, workers 
eat wood before returning to the colony with it. In 
such cases, they partially digest it and transform it into 
a milky liquid. When they reach the colony, the work- 
ers feed the other termites through regurgitation; this 
form of food is called stomodeal food. 


Most species of termite eat wood, but their diges- 
tive enzymes are not able to break down the nutritious 
part of the wood, called cellulose. To do this, termites 
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have the help of microorganisms residing in their 
bodies that break down the cellulose into a substance 
that they can digest. 


The workers also take part in building the colony. 
In the majority of species, the workers dig underground 
systems of tunnels. They create complex structures, 
which protect the inhabitants from their enemies. 
Because some nests contain as many as three million 
termites, the nests need the right level of oxygen and 
carbon dioxide for the members to survive. Therefore, 
workers build nests with ventilation systems regulating 
the colony’s environment. It is thought that intestinal 
gases, including methane, rise to the top of the nest and 
diffuse through the walls and out of venting shafts. 


Another task that the workers must carry out is 
caring for the colony’s young. When the queen lays her 
second series of eggs—about one month after her 
initial laying—the workers take the larvae into the 
brooding chamber where they care for them. As part 
of their care, the workers turn over the eggs periodi- 
cally and check them for signs of parasite damage. 


Soldiers 


The soldier termites’ main responsibility is defend- 
ing the colony. Unlike other termites, soldiers have 
large armor-plated heads, a tough outer skeleton, and 
sometimes have glands for squirting poison at their 
enemies. Furthermore, the soldiers are equipped with 
biting mandibles, which include cutting edge teeth and 
even hooks. 


Although termites are often preyed upon by aard- 
varks, reptiles, and other amphibians, their main pred- 
ators are army and chirping ants. Even though the 
soldiers are blind, they can sense intruders with their 
antennae. To warn the colony, the soldiers beat their 
heads against the ground. Soldiers are never able to 
feed themselves. 


The mature colony 


Deep within the nest, protected by soldiers and 
cared for by workers, the queen begins to grow. While 
her head and thorax do not change, her abdomen 
increases in size as her ovaries enlarge and her egg- 
laying capacity increases. In some highly evolved spe- 
cies with extraordinarily large colonies, the queen can 
swell to more than 5.5 in (77 cm) in length and 1.5 in 
(3.81 cm) in diameter; thus, her abdomen swells to 
about 200 to 300 times it original size. In such a 
state, the queen is incapacitated and cannot feed 
herself. 
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By her third year, the queen reaches the peak of 
her egg production, when she typically lays over 
30,000 eggs per day. The most fertile queens belong 
to the species Odontotermes obesus, which can lay 
about one egg per second or about 86,400 eggs each 
day. In all species, the king, her constant companion, 
changes very little throughout his life. 
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[ Terns 


Terns are fast-flying coastal birds in the family 
Sternidae, which includes some 44 species. Most spe- 
cies of terns are found in the tropics and subtropics, 
but these birds occur on all continents. They range 
from the limits of land in the highest Arctic, to the 
fringes of Antarctica. Most terns breed and occur in 
coastal marine environments, or in the vicinity of 
inland lakes, rivers, and marshes. 


Biology of terns 


Terns are slender birds with long, pointed wings, 
and are adept fliers. Their tail is usually forked to some 
degree, and their bill is sharply pointed. The usual 
coloration is some combination of white, gray, and/ 
or black. 


The smallest species is the little tern (Sterna albi- 
frons), which is only 9 in (23 cm) in body length and 1.8 
oz (50 g) in weight. The largest species is the Caspian 
tern (Hydroprogne caspia), which is 20 in (50 cm) long, 
and weighs 25 oz (700 g). 


Most terns feed on fish, small squid, or large 
invertebrates. Species occurring in freshwater habitats 
may also eat amphibians and large insects. Terns typ- 
ically hunt their aquatic prey by plunging head-first 
into water, often after having located their quarry by 
briefly hovering. 


Terns typically nest in colonies, some of which are 
large. The usual nesting locale is a gravel shore, gen- 
erally on an island or relatively isolated peninsula. The 
typical nest built by terns is a simple scrape, but 
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Royal terns (Thalasseus maximus) on Estero Island, Florida. 
(Robert J. Huffman. Field Mark Publications.) 


tropical terns known as noddies (Anous spp.) build a 
more substantial nest in a tree or on cliff ledges. Some 
fairy terns do not build a nest at all—they lay a single 
egg, wedged into the fork between two branches of a 
tree. 


Terns of North America 


Fourteen species of terns breed regularly in North 
America. The most abundant species is the common 
tern (Sterna hirundo), which also breeds widely in 
Eurasia. The breeding range of this species is from 
the subarctic, to the Great Lakes and temperate 
regions of the Atlantic coast. The common tern win- 
ters from southern parts of coastal North America 
through to southern South America. This tern has a 
black cap, a gray mantle (the back of the wings), a 
white breast, and a red beak with a blackish tip. 


The arctic tern (S. paradisaea) is an abundant 
species that breeds from subarctic regions to the very 
limit of land in the Arctic of North America and 
Eurasia. It winters in the waters of the Southern 
Ocean. The arctic tern undertakes extraordinarily 
long migrations between its breeding and wintering 
habitats, with some populations traversing a distance 
of more than 22,000 mi (36,000 km) each year. Because 
it spends so much time in high latitudes of both hemi- 
spheres, where day length is long during the summer, 
the arctic tern may see more hours of daylight each 
year than any other creature. The arctic tern has sim- 
ilar coloration to the common tern, but it has an all- 
red beak and shorter, red legs. 


Forster’s tern (S. forsteri) breeds in salt and fresh- 
water marshes of the northern prairies, and to a lesser 
degree along the southern coasts of the Pacific and 
Atlantic Oceans. The roseate tern (S. dougallii) is 
locally common along the Atlantic coast of the eastern 
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United States and as far north as Nova Scotia. The 
roseate tern also breeds in coastal places in western 
Europe, the West Indies, Venezuela, Africa, the Indian 
Ocean, south and Southeast Asia, Australia, and 
many South Pacific islands. 


The royal tern (Thalasseus maximus) is a relatively 
large, crested species that breeds on the Atlantic and 
Pacific coasts of North America, and also in Eurasia. 
This species winters on the coasts of south Florida, the 
Gulf of Mexico, and parts of the Caribbean. 


The Caspian tern is the largest species of tern. This 
species breeds on large lakes and rivers and at a few 
places along the subarctic seacoast of North America. 
The Caspian tern is a wide-ranging species, also breed- 
ing in Eurasia, Africa, Australia, and New Zealand. 
This species winters along the coasts of southern 
California, Baja California, the Gulf of Mexico, and 
Caribbean islands. 


The black tern (Chlidonias niger) is a dark-gray 
locally abundant species breeding on lakes and fresh- 
water marshes in both North America and Eurasia. 
North American birds winter in Central America and 
northern South America. The sooty tern (Sterna fuscata) 
and noddy tern (Anous stolidas) only breed in the Dry 
Tortugas, small U.S. islands south of west Florida. 


Conservation of terns 


During the nineteenth century, many species of 
terns were rapaciously hunted for their plumage, 
which was valuable at the time for decorating the 
clothing of fashionable ladies. Sometimes, an artistic 
statement was made by mounting an entire, stuffed 
tern onto a broad-brimmed, lady’s hat. Fortunately, 
the plumage of terms or other birds is not much used 
for these purposes any more. 


In many places, terns have been deprived of 
important nesting habitat, as beaches and other 
coastal places have been appropriated and developed 
for use by humans. Frequent disturbances by pedes- 
trians, all-terrain vehicles, boats, and other agents also 
disrupt the breeding of terns, usually by causing 
brooding adults to fly, which exposes their eggs or 
young to predation by other birds, especially gulls. 


In many parts of their breeding range, tern eggs and 
chicks are taken by a number of the larger species of 
gulls (Larus spp.). The populations of many gull species 
have increased enormously in most of the world, 
because these birds have benefited greatly from the 
availability of fish waste discarded by fishing boats and 
processing plants, and from other foods available at 
garbage dumps. Gulls are highly opportunistic feeders, 
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and will predate tern chicks, and sometimes adults, 
whenever it is easy to do so. The negative effects of 
gulls on terns are an important, indirect consequence 
of the fact that gulls have benefited so tremendously 
from the activities of humans. 


Some species of terns are threatened, especially 
the black-fronted tern (Chlidonias albostriatus) of 
New Zealand, the Chinese crested-tern (S. bernsteini) 
of Southeast Asia, and the Peruvian tern (S. /orata) of 
Chile, Ecuador, and Peru. 


See also Gulls; Migration. 
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Rice terraces in Bali, Indonesia. (JLM Visuals.) 
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l Terracing 


The word terrace is applied to geological forma- 
tions, architecture such as a housing complex built on a 
slope, or an island between two paved roads. However, 
the act of terracing specifies an agricultural method of 
cultivating on steeply graded land. This form of con- 
servation tillage breaks a hill into a series of steplike 
benches. These individual flat structures prevent rain- 
water from taking arable topsoil downhill with it. The 
spacing of terraces is figured mathematically by com- 
paring the gradient of the land, the average rainfall, and 
the amount of topsoil which must be preserved. 


Different forms of terracing are required, depend- 
ing upon how steep the ground is that is intended for 
cultivation. The bench is the oldest type, used on very 
steep territory. A little dam called a riser marks off 
each bench, and can slow down rainwater runoff on 
slopes as extreme as 30%. Just the way a steplike or 
“switchback” layout of railroad tracks prevent trains 
from having to go up one steep grade, the effect of 
gravity is lessened by bench terracing. Climate as well 
as soil condition and farming methods must be taken 
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into account, so the Zingg conservation bench is a type 
of flat-channel terrace constructed in semiarid cli- 
mates. Slopes between each bench store runoff water 
after each rain. 


Newer formats were developed to accommodate 
for mechanized farm equipment, so now variations 
such as the narrow-base ridge terrace and the broad- 
base terrace are used for less extreme gradients. Two 
approaches to broadbase terracing are used, depending 
upon the conditions of the topsoil and its vulnerability. 
The Nichols or channel variation is a graded broadbase 
terrace for which the soil is cultivated from above. 
Water is channeled off by this construction at a steady 
rate. The Mangum or ridge type is a level broadbase 
terrace used in permeable soil. This type shores up the 
topsoil from above and below. A less ambitious form 
than the broadbase is the steep-backslope terrace, 
which takes soil from the downhill side of a ridge, but 
this backslope cannot be used as cropland. 


Modern practices 


Parallel terraces are a recent innovation in con- 
servation farming. This method incorporates land 
forming or landscaping by moving earth to make the 
terraces more uniform. The resulting formation allows 
room for the use of heavy machinery, and prevents 
“point rows,” which are areas that cannot be effi- 
ciently cultivated without doubling back over the 
same area. Modern terrace planning incorporates the 
use of topological maps, known more simply as con- 
tour maps, which take into account the surface varia- 
tions of an area slated for cultivation. Otherwise, there 
is no need for special equipment for terracing, which 
can be done with an old-fashioned moldboard plow or 
with mechanized rigs like the bulldozer. 


Worldwide methods 


In Africa a certain method called “fanya juu” 
comes from the Swahili phrase meaning “make it 
up.” It began in Kenya during the 1950s, when stand- 
ard Western practices could not control the fierce 
erosion in the area and also took too much arable 
land out of circulation. Fanya juu produces embank- 
ments by carving out ditches and depositing the soil 
uphill to form embankments. The ditches can be used 
to grow banana plants while another crop is planted 
on the embankments. A variation involving Western 
channel terracing is called “fanya chini,” but this is less 
popular because the ditches must be desilted of 
churned-up topsoil on a regular basis. Additionally, 
in very steep areas only bench terracing can be truly 
effective. 
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KEY TERMS 


Agroecosystem—A agricultural ecosystem, com- 
prised of crop species, noncrop plants and animals, 
and their environment. 


Arable—An agricultural term describing fertile ground 
or topsoil, which can be cultivated as cropland. 


Contour farming—The modern term for horizontal 
plowing or contour plowing, often used in con- 
junction with terracing to further prevent erosion. 


Erosion—Damage caused to topsoil by rainwater 
runoff. There are various special terms for patterns 
of erosion caused in the soil, like sheet, rill, or gully 
erosion. 


Point rows—These crop areas are “dead ends” ina 
field, which cannot be cultivated with modern 
heavy farm equipment without requiring the 
machines to turn and pass over them a second 
time, in order to reach the rest of the crops. These 
areas are prevented during terracing by moving 
arable turf to a more easily farmed area and 
smoothing. 


Topographic map—A map illustrating the eleva- 
tion or depth of the land surface using lines of 
equal elevation; also known as a contour map. 


Yemeni mountain land was once cultivated widely 
by farmers, but it made for a difficult living. So when 
oil became a bigger economy than agriculture in the 
surrounding countries, the farmers slowly migrated to 
places like Saudi Arabia in order to seek greater for- 
tunes in a new business. The agroecosystem left behind 
began to slowly contribute to soil erosion, because the 
arrangement of bench terraces, small dams and irriga- 
tion or runoff conduits was decaying. By 1987, one 
researcher found that thin or shoestring rills were 
deepening into gullies on the mountainsides. 


The benches of Lebanon, some of which have 
existed for over two and a half thousand years after 
being instituted by the Phoenicians, were threatened 
by the battles of civil conflict in the area. Farmers were 
driven away to safer and more convenient living con- 
ditions in cities or in other countries. An investigation 
in 1994 warned of long-term damage to untended 
terraced lands including an increased possibility of 
landslides, and the chance that the land may be ren- 
dered eventually unfarmable. 


Jennifer Kramer 
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Walruses battling over a hauling-out spot, Bristol Bay, Alaska. (JLM Visuals.) 


Territoriality is the behavior by which an animal 
lays claim to and defends an area against others of its 
species, and occasionally members of other species as 
well. The territory defended could be hundreds of 
square miles in size, or only slightly larger than the 
animal itself. It may be occupied by a single animal, a 
pair, family, or entire herd or swarm of animals. Some 
animals hold and defend a territory year-round, and 
use the territory as a source of food and shelter. Other 
animals establish a territory only at certain times of 
the year, when it is needed for attracting a mate, 
breeding, and/or raising a family. 


The advantages of territoriality 


Many different species exhibit territorial behav- 
ior, because it offers several advantages to the territo- 
rial animal. An animal which has a “home ground” 
can develop reflexes based on its surroundings. Thus it 
can react quickly to dangerous situations without hav- 
ing to actively seek hiding places or defensible ground. 
By spacing out potential competitors, territoriality 


also prevents the depletion of an area’s natural resour- 
ces. This regulation of population density may also 
slow down the spread of disease. In addition, territo- 
rial behavior exposes weaker animals (which are 
unable to defend their territory) to predation, thereby 
promoting a healthy population. 


Types of territories 


Some animals will establish a territory solely for 
the purpose of having a place to rest. Such a territory is 
known as a roost, and may be established in a different 
area every night. Roosts are often occupied and 
defended by large groups of animals, for the protection 
offered in numbers. Individual personal spaces within 
the roost may be fought over as well. Roosting spots 
nearer the interior of a group of animals are often the 
safest, and therefore the most highly prized. 


Several species of birds and a few mammals are 
known to establish specialized territories during the 
breeding season, which are used only to attract mates 
through breeding displays. This type of territory is 
known as a lek, and the associated behavior is called 
lekking. Leks are among the most strongly defended 


KEY TERMS 


Lek—An area defended by animals of one sex (usu- 
ally males) because ownership increases the 
chance of attracting members of the other sex. 


Territory—An area defended by an animal against 
others, usually of the same species. 


of all territories, since holding a good lek increases the 
chances of attracting a mate. Leks are generally of 
little use for feeding or for bringing up young, and 
the animals will abandon its lek once it attracts a mate 
or mates, or if it becomes too weak to defend it. 


Defending a territory 


Some animals will defend their territory by fight- 
ing with those who try to invade it. Fighting, however, 
is not often the best option, since it uses up a large 
amount of energy, and can result in injury or even 
death. Most animals rely on various threats, either 
through vocalizations, smells, or visual displays. The 
songs of birds, the drumming of woodpeckers, and the 
loud calls of monkeys are all warnings that carry for 
long distances, advertising to potential intruders that 
someone else’s territory is being approached. Many 
animals rely on smells to mark their territories, spray- 
ing urine, leaving droppings or rubbing scent glands 
around the territories’ borders. Approaching animals 
will be warned off the territory without ever encoun- 
tering the territory’s defender. 


On occasion, these warnings may be ignored, and 
an intruder may stray into a neighboring territory, or 
two animals may meet near the border of their adja- 
cent territories. When two individuals of a territorial 
species meet, they will generally threaten each other 
with visual displays. These displays often will often 
exaggerate an animal’s size by the fluffing up of feath- 
ers or fur, or will show off the animals weapons. The 
animals may go through all the motions of fighting 
without ever actually touching each other, a behavior 
known as ritual fighting. The displays are generally 
performed best near the center of an animal’s territory, 
where it is more likely to attack an intruder, and 
become more fragmented closer to the edges, where 
retreating becomes more of an option. This spectrum 
of performances results in territorial boundaries, 
where displays of neighbors are about equal in inten- 
sity, or where the tendency to attack and the tendency 
to retreat are balanced. 
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Actual fighting usually only happens in over- 
crowded conditions, when resources are scarce. 
Serious injury can result, and old or sick animals 
may die, leading to a more balanced population size. 
Under most natural conditions, territoriality is an 
effective way of maintaining a healthy population. 
The study of social behaviors such as territoriality in 
animals may help us also to understand human soci- 
ety, and to learn how individual behavior affects 
human populations. 


See also Competition. 


David Fontes 


Testing, genetic see Genetic testing 


| Tetanus 


Tetanus, also commonly known as lockjaw, is a 
disease caused by the toxin produced by a type of 
spore-forming bacteria that often lives in the soil and 
in the intestines of people and animals. When these 
bacteria cause infection in the body, they produce 
toxins that affect the nervous system, causing rigidity, 
muscle spasms and, in many cases, death. Tetanus is 
not transmissible from one person to another, and can 
be prevented with a vaccine. 


Tetanus is caused by the bacteria Clostridium tet- 
ani. Tetanus bacteria primarily enter the body through 
an open wound, such as a puncture or a cut; the 
disease can also be transmitted via improperly steri- 
lized hypodermic needles and practices such as tattoo- 
ing. As the bacteria live in the intestines of some 
animals, animal bites can also cause tetanus. 


Once the bacteria enter the body, it generally takes 
anywhere from three days to three weeks for symp- 
toms to develop. The poison, or toxin, produced by 
the tetanus bacteria enters the central nervous system, 
affecting the body’s nerve cells and causing muscle 
spasms. When these spasms occur in the muscles 
involved in chewing, the condition is commonly 
known as lockjaw. If the muscles of the throat and 
chest go into spasms, tetanus can be fatal. It is esti- 
mated that up to 40% of fulminant (fully developed, 
untreated) cases of tetanus are fatal. Tetanus can be 
treated with antibiotics and antitoxin medication. 


Tetanus is preventable through immunization. In 
the United States, infants are vaccinated against the 
disease at 2 months, 4 months and 6 months. This 
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vaccination is known as the DTP shot; it protects 
against diphtheria, tetanus, and pertussis (whooping 
cough). In order to insure immunity, it is necessary to 
get a booster shot every ten years. In 2006, a new 
combination booster vaccine called Tdap for young 
people aged 11-18 years was recommended by the 
American Academy of Pediatrics. 


Tetanus can also be prevented through the proper 
cleaning and disinfection of wounds. If the nature of the 
wound indicates the possibility of tetanus infection (for 
example, puncture wounds), treatment may include a 
booster shot. 


In the United States, tetanus sometimes occurs 
among senior citizens, who may not be up to date on 
their immunizations. In countries where immuniza- 
tion against tetanus is not routine, however, the dis- 
ease is common among infants. Generally, newborn 
babies can become infected through the newly cut 
umbilical cord. In infants, the disease is often fatal. 
However, due to improving immunization programs, 
the incidence of tetanus worldwide has been declining 
in recent decades. 


See also Childhood diseases. 


| Tetrahedron 


A tetrahedron is a polyhedron with four triangu- 
lar faces. It is determined by four points (vertices) that 
are not all in the same plane. A regular tetrahedron is 
one where all of the faces are congruent equilateral 
triangles. A tetrahedron is the same as a pyramid with 
a triangular base. 


See also Polygons. 


| Textiles 


Textiles are generally considered to be woven fab- 
rics. They may be woven from any natural or synthetic 
fibers, filaments, or yarns that are suitable for being 
spun and woven into cloth. 


History of textiles 


The earliest known textiles were recovered from a 
neolithic village in southern Turkey. Rope, netting, 
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matting, and cloth have been found in the Judean 
desert (dating from 7160 to 6150 BC). 


Flax was the most common plant fiber used in antiq- 
uity. Hemp, rush, palm, and papyrus were also employed 
as textile fibers in ancient times. Early evidence of the use 
of flax has been found in north Syria (c. 6000 BC), Iraq (c. 
5000 BC), and Egypt (c. 6000 BC). Evidence that fibers 
from sheep, goats, and dogs were used in textiles as early 
as the eighth century BC. has been found in northwest 
Iran; early use of these fibers has also been traced to 
Palestine and southern Turkey. Cotton, native to India, 
was used in Assyria around 700 BC. The use of silk, 
originally exclusive to China, appears to have spread to 
Germany by around 500 BC. 


The ancient Egyptians and later the Israelites pre- 
ferred garments of white linen and wool. But Kushites, 
Nubians, and Libyans apparently preferred dyed fabrics. 
The principal dyes and mordants such as alum were prob- 
ably known since earliest times. Royal purple was pro- 
duced by the Phoenicians, who had become major traders 
in dyes and wools by around 1700 BC, from murex. 
Evidence exists of trade in textiles as early as 6000 BC, in 
which wool and cloth were important trade goods. 


Textile techniques 
Spinning 


Spinning is the process of making yarn or thread 
by the twisting of vegetable fibers, animal hairs, or 
man-made fibers, 1.e., filament like elements only a 
few inches in length. In the spinning mill, the raw 
material is first disentangled and cleaned. Various 
grades or types of fibers may then be blended together 
to produce yarn having the desired properties. The 
fibers are next spread out parallel to one another in a 
thin web, from which a yarn like material is formed. 


Weaving 


In its simplest form, i.e., basketry, weaving prob- 
ably pre-dated spinning, as in early cultures individu- 
als presumably interlaced long fibrous stems with their 
fingers before they learned to convert short fibers into 
continuous yarn. Woven structures consist of two sets 
of threads, the warp and the weft, which are interlaced 
to form cloth. Warp threads are held parallel to each 
other under tension; the weft is worked over and under 
them, row by row. Looms have been used since the 
time of ancient Egyptians to keep the warp threads 
evenly spaced and under tension. 


The following techniques are used to prepare the 
warp and the weft prior to weaving: 1) In doubling, 
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A computer-controlled textile mill. (Mark Antman. Phototake NYC.) 


two or more yarns are wound on a bobbin without 
undergoing any twisting (as distinct from spinning, in 
which fibers are twisted together to give them the 
requisite strength). In twisting doubling, two or more 
yarns are twisted around each other; 2) Sizing is done 
to make the warp threads smooth, to reduce the fric- 
tion of the threads. The threads are coated or satu- 
rated with an adhesive paste (size); 3) Twisting joins 
the ends of a new warp with those of the one already in 
the loom. It is done by twisting the ends together, 
either by hand or with the aid of a special device. 


Simple weaves are of three types: tabby, twill, and 
satin. Tabby weave, or plain weave, is produced by pass- 
ing the weft across the warp twice. Twill weaves are 
characterized by a diagonal movement caused by starting 
the weave sequence one place to the right or left on each 
successive passage of the weft. Satin weave is distinguished 
by the spacing of the binding points, the normal sequence 
being over one warp, and under four or more. Compound 
weaves are based on the three basic weaves with the 
addition of extra warp, weft, or both. Velvet is a com- 
pound weave that starts as a basic weave. 


Finger weaving techniques include twining and braid- 
ing. Twining uses two sets of yarns. In weft twining, the 
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warp is stretched between two bars and the weft worked 
across in pairs. One thread passes over a warp and the 
other under, with the two yarns making a half turn around 
each other between each warp. 


Most fabrics produced by weaving or knitting 
have to undergo further processing before they are 
ready for sale. In finishing, the fabric is subjected to 
mechanical and chemical treatment in which its qual- 
ity and appearance are improved and its commercial 
value enhanced. Each type of fabric has its own par- 
ticular finishing operations. Textiles produced from 
vegetable fibers require different treatment than tex- 
tiles produced from animal fibers or synthetic fibers. 


Woven cloth is usually boiled with dilute caustic 
soda to remove natural oils and other impurities. It is 
then rinsed, scoured in an acid bath, further processed, 
and bleached with sodium chlorite. Singeing may be 
done to remove any fibers on cotton or rayon materi- 
als, especially if they have to be printed. 


In the course of spinning, weaving, and finishing, 
the fabric is subjected to much pull and stretch. When 
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the material gets wet, the material reverts to its origi- 
nal shape. Sanforizing mechanically shortens the 
fibers, so that they will not shrink in the wash. 


Raising (or napping) is a process in which small steel 
hooks tear some of the fibers or ends of fibers out of the 
weft yarn, so the fibers acquire a wooly surface (called the 
“nap”). This improves heat retention and absorptive 
properties (as in flannel fabrics), making them softer to 
the touch. Raising is chiefly used for cotton, rayon, or 
woolen fabrics. It can be applied to one or both sides. 


Types of textiles 
Tapestries 


Although the term tapestry usually conjures up 
images of large pictorial wall-hangings of the sort used 
in medieval and post-medieval Europe, tapestries are 
in fact distinctive woven structures consisting specifi- 
cally of a weft-faced plain weave with discontinuous 
wefts. This means that the weft crosses the warp only 
where its particular color is need for the fabric design. 
The technique has been used in many cultures to pro- 
duce fabrics ranging from heavy, durable floor cover- 
ings to delicate Chinese silk. Compared to other 
weaving techniques, tapestry allows the weaver much 
more freedom of expression. 


Woven rugs 


Rugs can be made by a number of techniques, 
including tapestry, brocade (in which a plain weave 
foundation is supplemented with supplementary 
wefts), and pile weaving. Pile rugs are most commonly 
associated with rug weaving, however. These rugs are 
made of row after row of tiny knots tied on the warps of 
a foundation weave which together form a thick pile. 


Embroidery 


Embroidery is a method of decorating an already 
existing structure, usually a woven foundation fabric, 
with a needle. Embroideries have also been done on 
other media such as parchment or bark. For the past 
100 years, it has been possible to produce embroidery 
by machine as well as by hand. Embroidery yarns are 
woven into a fabric after it has come off the loom, 
unlike brocade, which in which yarns are placed in the 
fabric during the weaving process. 


Lace 
Lace is essentially an openwork fabric constructed 


by the looping, plaiting, or twisting of threads using 
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either a needle or a set of bobbins. It is not woven. 
Needle lace is made with one thread at a time. Bobbin 
lace is constructed with many different threads, each 
wound on its own bobbin. These are manipulated in a 
manner similar to that used in braiding. Machine- 
made lace was first produced around 1840. 


Printed and dyed textiles 


Aside from exploiting the effects achieved by 
using natural fibers, the only ways to introduce color 
into textiles are by printing or dyeing. 


In textile printing, the dyes are dissolved in water. 
Thickening agents (e.g., starch) are added to the sol- 
utions to increase viscosity. The oldest method is block 
printing, usually from wooden blocks in which a 
design is carved. Stencil printing is done with the aid 
of paper or thin metal stencils. In silk screen printing, 
the design is formed on a silk screen, which then serves 
as a stencil. Most cloth is printed by roller printing. 
The printing area is engraved on a copper roller to 
form a recessed pattern (intaglio), which is coated with 
a color paste. The roller transfers the paste to the 
cloth. 


Pattern dyeing uses two principal procedures: 
resist dyeing and mordant dyeing. In resist dyeing, a 
resist substance such as hot wax, rice paste, or clay is 
applied to those areas chosen to resist the dye and 
remain white. The cloth is then dyed and the resist is 
later removed. The technique is widely known in 
China, Japan, and West Africa, but is most often 
identified with Javanese batik. Tie dyeing is a resist 
technique in which parts of the cloth are tied with bast 
or waxed cord before dyeing. The dyeing is done 
quickly so the wrappings are not penetrated, and a 
negative pattern emerges. Many dyestuffs are not 
directly absorbed by fibers, so mordants or fixing 
agents are used that combine with the dye and fibers 
to make the color insoluble. 


There are two main types of textile dyeing machines: 
in one type the dye solution is circulated through the 
fabric, which remains at rest; in the other, the fabric is 
passed through a stationary bath of the dye solution. 


Knits 


Knitting is a looped fabric made from a continuous 
supply of yarn. The yarn need not be continuous 
throughout the piece, however. Different colors or qual- 
ities or yarn may be introduced into a single knitted piece. 


Knitting is used for the production of underwear and 
outer garments, curtain fabrics, etc. The materials used 
are yarn and threads of cotton, wool, and man-made 
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fibers; as well as blended yarns and paper yarns. The 
products are either flat fabrics (later made into garments) 
or ready-fashioned garments. In weft fabric, the threads 
extend crosswise across the fabric; in warp fabric, the 
threads extend lengthwise. Warp fabric has less elasticity 
than weft fabric and is not used as much for socks and 
stockings. 


Netting, knotting, and crochet 


Netted fabrics have been known since antiquity 
when they were probably used for fishing nets. In knot- 
ting, knots are first made with a small shuttle at intervals 
in lengths of string, linen, silk, or wool. The knotted 
thread is then applied to a suitable ground fabric, form- 
ing patterns or covering it completely. Twentieth century 
macrame is a form of knotting. Crochet is a looped fabric 
made with a continuous thread that forms horizontal 
rows, with loops locked laterally as well as vertically. 


Felt and bark cloth 


Felt is a fabric formed by applying pressure to hot, 
wet fibers (usually wool). The fibers become interlocked, 
and the process cannot be reversed. In Polynesia, bark 
cloth was traditionally obtained from bark stripped 
from trees of the mulberry family. The bark was first 
soaked for several days to make it soft and flexible, then 
the rough outer bark was scraped from the inner bark. 
The inner bark was next beaten with mallets to form 
sheets of cloth, which were treated in a variety of ways 
before use. 


Significance of textiles 


Textiles serve the everyday needs of people, but 
they may also serve to distinguish individuals and 
groups of individuals in terms of social class, gender, 
occupation, and status with the group. Traditional 
societies associated special meaning with textile 
designs. These meanings tended to have specific mean- 
ings for particular ethnic groups alone. It was assumed 
that everyone in the group knew them. However, once 
the meanings have become lost, it is almost impossible 
to reconstruct them. The patterns in Javanese batiks, 
for example, originally had meaning to the wearer, but 
these meanings are now largely lost. Textiles also have 
real as well as symbolic value. Under Byzantine 
emperors, silk was a powerful political tool: foreign 
governments out of favor were denied trading privi- 
leges; those in favor were rewarded with silks. 


Textiles have played major roles in the social, 
economic, and religious lives of communities. In 
many parts of Europe and Asia, young girls spent 
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KEY TERMS 


Bobbin—A small cylinder or similar article round 
which thread or yarn is wound, in order to be 
wound off again and as required, for use in weav- 
ing, sewing, etc.; a spool. 

Fiber—A complex morphological unit with an 
extremely high ratio of length to diameter (typically 
several hundred to one) and a relatively high 
tenacity. 


Loom—A machine in which yarn or thread is woven 
into fabrics by the crossing of vertical and horizontal 
threads (called respectively the warp and the weft). 


Mordant—A substance enabling a dye to become 
fixed in the fabric on which it is used, usually 
applied beforehand. 


Shuttle—A bobbin with two pointed ends used in 
weaving for carrying the thread of the weft across 
between the threads of the warp. 


Warp—The threads stretched lengthwise in a loom. 


Weft—The threads woven at right angles across a 
warp in making a fabric. 


many months preparing clothing and furnishing tex- 
tiles for their wedding trousseaus as a demonstration 
of their skills and wealth. Traditionally, women have 
played a far larger role than men in producing textiles. 
In many parts of Africa, however, men produce both 
woven and dyed textiles, and in many urban or courtly 
textile traditions, men were the main producers (e.g., 
Asian rug weaving, European tapestry). 


Textiles are thus a major component of material 
culture. They may be viewed as the products of tech- 
nology, as cultural symbols, as works of art, or as 
items of trade. The textile arts are a fundamental 
human activity, expressing symbolically much of 
what is valuable in any culture. 


See also Dyes and pigments. 
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l Thalidomide 


Thalidomide is a drug that was first marketed in the 
late 1950s and early 1960s in Great Britain and Europe 
as a Sleeping pill and as an antidote to morning sickness 
in pregnant women. However, thalidomide is a terato- 
gen (substance that interferes with normal development 
in the embryo), and use of the drug caused many birth 
defects, leading to it being banned from use. As of 2006, 
however, there was a renewed interest in thalidomide 
for the treatment of inflammation-related diseases such 
as Crohn’s disease and some cancers. 


After thalidomide was introduced on the market, 
a host of usually rare limb abnormalities suddenly 
became much more common in the early 1960s. About 
10,000 babies were born displaying, in particular, a 
shortening of the arms and/or legs called phocomelia. 
In phocomelia, for example, the baby may be born with 
the upper arm and forearm completely absent, and the 
hand attached to the trunk of the body by a short bone. 
This same situation can occur with the legs, so that the 
majority of the leg is totally absent, and the foot is 
attached to the trunk of the body. Other babies were 
born with amelia, the complete absence of one or more 
limbs. Other birth defects involving the eyes, teeth, 
heart, intestines, and anus were similarly noted to be 
significantly more common. 


These birth defects were soon traced to the use of 
thalidomide, which was proven to be potent. In fact, 
studies showed that fully 20% of all babies exposed 
to thalidomide during their first eight weeks in the 
uterus were born with the characteristic abnormalities 
described earlier. Because the skeletal system begins to 
be formed as early as the third week of development, 
and small buds that will become the limbs appear 
around week five, anything that interferes with devel- 
opment at this very early stage has devastating effects. 
Once the marketing of thalidomide was halted, these 
birth defects again became rare occurrences. 


Currently, thalidomide has been shown to have 
some use in the treatment of two different illnesses. In 
leprosy, also known as Hansen’s disease, a bacterial 
disease causing both skin and nervous-system problems, 
thalidomide has some effect against inflammation and 
pain. The U.S. Food and Drug Administration has 
approved thalidomide for use in certain forms of lep- 
rosy, with very strict safeguards in place against use of 
the drug in pregnant women. A special program, called 
System for Thalidomide Education and Prescribing 
Safety approves only specified practitioners to prescribe 
thalidomide. Monthly pregnancy tests are mandatory 
for all women of childbearing age taking the drug, as is 


4342 


a requirement that two reliable forms of birth control be 
used by such women who are given thalidomide. As of 
2006, studies are focusing on the use of thalidomide to 
help guard against immune system rejection of bone 
marrow transplants, ulcers and severe weight loss in 
AIDS, systemic lupus erythematosus, breast cancer, 
and Kaposi’s sarcoma, multiple myeloma, kidney can- 
cer, brain tumors, and prostate cancer. 


Resources 


BOOKS 
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Stephens, Trent D., and Rock Brynner. Dark Remedy: The 
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Thallium see Element, chemical 


! Thanatology 


Thanatology is the science that studies the events 
surrounding death, as well as the social, legal, and 
psychological aspects of death. The term thanatology 
originates from the Greek thanatos, meaning death and 
logos, for study or discourse. Thanatologists may study 
the cause of deaths, legal implications of death such as 
the rights and destiny of the remains or requirements 
for autopsy, and social aspects surrounding death. 
Grief, customs surrounding burial and remembrance, 
and other social attitudes about death are frequent 
subjects of interest for thanatologists. 


From the forensic point of view, causes of death 
may be due to natural causes, such as from lethal 
disease or advanced age), accidental causes, such as 
falls, plain crashes, fires, drowning, or automobile 
accidents, criminal actions, such as murder, neglect, 
malpractice, or other irresponsible acts by third par- 
ties, and finally, suicide. Thanatology also overlaps 
forensics when it focuses on the changes that occur in 
the body in the period near death and afterwards. 


Some social issues explored by thanatologists, such 
as euthanasia (the merciful induction of death to stop 
suffering) and abortion (termination of a pregnancy) are 
subject to much ethical and legal controversy. These 
issues are legal in some countries, while considered a 
crime in other countries. In Brazil, for instance, although 
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An illustration from a series designed for a publication of the poem The Grave by Robert Blair, designed in 1808 by William Blake 
and engraved by Louis Schiavonetti. Modern day thanatologists are concerned with legal and social issues surrounding death, 
including euthanasia and burial methods. (© Blue Lantern Studio/Corbis.) 


outright euthanasia is illegal, patients have the right to 
refuse medical treatment and artificial life supporting 
procedures, if they sign a legal statement in advance 
while of sound mind. 


Rights over the corpse of the deceased is also 
determined by law in most developed countries, as 
well as burial, cremation, and embalming require- 
ments. Clinical autopsies are generally required in 
cases of unexplained or violent death, suspicion of 
suicide, drug overdose, or when requested by the fam- 
ily of the deceased due to suspicion of medical error or 
when confirmation of certain diseases is sought. 


The thanatology community is usually composed 
of a variety of health professionals including psychia- 
trists and other physicians such as forensic patholo- 
gists, advanced practice nurses, and veterinarians, 
along with sociologists and psychologists. 


See also Crime scene investigation; Forensic 
science. 


Sandra Galeotti 
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| Theorem 


A theorem (the term is derived from the Greek 
theoreo, which means I look at), denotes either a prop- 
osition yet to be proven or a proposition proven cor- 
rect on the basis of accepted results from some area of 
mathematics. Since the time of the ancient Greeks, 
proven theorems have represented the foundation of 
mathematics. Perhaps the most famous of all theorems 
is the Pythagorean theorem, which was created by 
Greek mathematician and philosopher Pythagoras of 
Samos (c. 582-c. 507 BC). 


Mathematicians develop new theorems by sug- 
gesting a proposition based on experience and obser- 
vation that seems to be true. These original statements 
are only given the status of a theorem when they are 
proven correct by logical deduction. Consequently, 
many propositions exist that are believed to be correct 
but are not theorems because they cannot be proven 
using deductive reasoning alone. 
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Historical background 


The concept of a theorem was first used by the 
ancient Greeks. To derive new theorems, Greek math- 
ematicians used logical deduction from premises they 
believed to be self-evident truths. Since theorems were 
a direct result of deductive reasoning, which yields 
unquestionably true conclusions, they believed their 
theorems were undoubtedly true. Early mathemati- 
cian and philosopher Thales (640-546 BC) suggested 
many early theorems and is typically credited with 
beginning the tradition of a rigorous, logical proof 
before the general acceptance of a theorem. The first 
major collection of mathematical theorems was devel- 
oped by Greek mathematician Euclid of Alexandra 
(c. 325-c. 265 BC) around 300 BC, in a book called 
The Elements. 


The absolute truth of theorems was readily accepted 
up until the eighteenth century. At this time mathema- 
ticians, such as Karl Friedrich Gauss (1777-1855), 
began to realize that all of the theorems suggested by 
Euclid could be derived by using a set of different prem- 
ises, and that a consistent non-Euclidean structure of 
theorems could be derived from Euclidean premises. It 
then became obvious that the starting premises used to 
develop theorems were not self-evident truths. They 
were, in fact, conclusions based on experience and obser- 
vation—and not necessarily true. In light of this evi- 
dence, theorems are no longer thought of as absolutely 
true. They are only described as correct or incorrect 
based on the initial assumptions. 


Characteristics of a theorem 


The initial premises on which all theorems are 
based are called axioms. An axiom, or postulate, is a 
basic fact that is not subject to formal proof. For 
example, the statement that there is an infinite number 
of even integers is a simple axiom. Another is that two 
points can be joined to form a line. When developing a 
theorem, mathematicians choose axioms, which seem 
most reliable based on their experience. In this way, 
they can be certain that the theorems are proved as 
near to the truth as possible. However, absolute truth 
is not possible because axioms are not absolutely true. 


To develop theorems, mathematicians also use 
definitions. Definitions state the meaning of lengthy 
concepts in a single word or phrase. In this way, when 
people talk about a figure made by the set of all points 
which are a certain distance from a central point, one 
can just use the word circle. 


See also Symbolic logic. 
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KEY TERMS 


Axiom—A basic statement of fact that is stipulated 
as true without being subject to proof. 


Deductive reasoning—A type of logical reasoning 
that leads to conclusions which are undeniably true 
if the beginning assumptions are true. 


Definition—A single word or phrase that states a 
lengthy concept. 


Pythagorean theorem—An idea suggesting that the 
sum of the squares of the sides of a right triangle is 
equal to the square of the hypotenuse. It is used to 
find the distance between two points. 
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Theory see Scientific method 


t Thermal expansion 


Thermal expansion, in physics, is the affinity of 
matter to increase in pressure or volume when heated. 
The most easily observed examples of thermal expan- 
sion are size changes of materials as they are heated or 
cooled. Almost all materials (solids, liquids, and gases) 
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Joints like this one are used in bridges to accommodate 
thermal expansion. (JLM Visuals.) 


expand when they are heated and contract when they 
are cooled. Increased temperature increases the fre- 
quency and magnitude of the molecular motion of 
the material and produces more energetic collisions. 
Increasing the energy of the collisions forces the mol- 
ecules further apart and causes the material to expand. 


Common observations 


Different materials expand or contract at different 
rates. In general, gases expand more than liquids, and 
liquids expand more than solids. Observation of ther- 
mal expansion in a solid object requires careful scru- 
tiny. Several everyday examples are: 1) The sag in 
outdoor electrical lines is much larger on hot summer 
days than it is on cold winter days. 2) The rails for 
trains are installed during warm weather and have 
small gaps between the ends to allow for further 
expansion during very hot summer days. 3) Because 
some metals expand more than glass, a stuck metal lid 
on a glass container can be loosened by running hot 
water over the joint between the lid and the container. 


Liquids generally expand by larger amounts than 
solids. This difference in expansion rate is sometimes 
observed when the gas tank of a car is filled on a hot 
day. Gasoline pumped from the underground con- 
tainer is cold and it gradually heats to the temperature 
of the car as it sits in the gasoline tank. The gasoline 
expands in volume faster than the gas tank and over- 
flows onto the ground. 


Gases expand even more than liquids when 
heated. The expansion difference between a gas and 
a solid can be observed by filling a plastic air mattress 
in a cool room and then using it on a hot beach. The 
difference in thermal expansion between the container 
and the gas could unexpectedly overinflate the mat- 
tress and blow a hole in the plastic. 
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Practical applications and problems associ- 
ated with thermal expansion 


Sometimes human’s ingenuity has led them to find 
practical applications for these differences in thermal 
expansion between different materials. In other cases, 
technologies or applications have been developed that 
overcome the problems caused by the difference in 
thermal expansion between different materials. 


The thermally induced change in the length of a 
thin strip of metal differs for each material. For exam- 
ple, when heated, a strip of steel would expand by half 
as much as an equal length piece of aluminum. 
Welding together a thin piece of each of these materi- 
als produces a bimetallic strip (see Figure 1). 


The difference in expansion causes the bimetallic 
strip to bend when the temperature is changed. This 
movement has many common uses including: thermo- 
stats to control temperature, oven thermometers to 
measure temperature, and switches to regulate toast- 
ers. Some practical solutions to everyday thermal 
expansion problems in solids are: 1) The material 
developed for filling teeth has the same expansion as 
the natural enamel of the tooth. 2) The steel developed 
to reinforce concrete has the same expansion as the 
concrete. 3) Concrete roads are poured with expansion 
joints between the slabs to allow for thermal expan- 
sion (these joints are the cause of the thumping noise 
commonly experienced when traveling on a concrete 
highway). 


The manufacture of mercury and alcohol thermom- 
eters is based upon the expansion difference between 
solids and liquids (see Figure 2). Thermometer fabrica- 
tion consists of capturing a small amount of liquid 
(mercury or alcohol) inside an empty tube made of 
glass or clear plastic. 


Because the liquid expands at a faster rate than the 
tube, it rises as the temperature increases and drops as 
the temperature decreases. The first step in producing 
a thermometer scale is to record the height of the 
liquid at two known temperatures (i.e., the boiling 
point and freezing point of water). The difference in 
fluid height between these points is divided into equal 
increments to indicate the temperature at heights 
between these extremes. 


Automobile engine coolant systems provide a prac- 
tical example of a liquid-thermal expansion problem. If 
the radiator is filled with coolant when the engine is 
cold, it will overflow when the engine heats during 
operation. In older car models, the excess fluid pro- 
duced by the hot temperatures was released onto the 
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(a) Warm (b) Cold (c) Hot 


Figure 1. Representation of thermally induced change in a bimetallic strip made of iron and aluminum. The strip bends because 
the two materials do not expand or contract equally. (/lustration by Hans & Cassidy. Courtesy of Gale Group.) 


Boiling point 
of water 


Room temperature 


Freezing point 
of water 


Freezing 
point 


Figure 2. Mercury and alcohol thermometers function because of the expansion difference between liquids and solids. Because 
the liquid expands at a different rate than the tube, it rises as the temperature increases and drops as the temperature decreases. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 
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KEY TERMS 


Bimetallic strip—A thin strip of metal, composed of 
two different materials, whose heat sensitive char- 
acteristics can be used to control pointer positions 
and to open and close electrical circuits. 


Thermostat—A device that responds to tempera- 
ture changes and can be used to activate switches 
controlling heating and cooling equipment. 


ground. Periodic replacement was required to avoid 
overheating. Newer cars have an overflow container 
that collects the released fluid during thermal expansion 
and returns it to the radiator as the engine cools after 
operation. This improvement in the coolant system 
reduces the number of times the coolant fluid level 
must be checked and avoids the expense of replacing 
costly antifreeze material mixed with the radiator fluid. 


Hot-air balloons are an obvious example of the 
practical use of the thermal expansion difference 
between a gas and a solid. Because the hot air inside 
the balloon bag increases in size faster than the con- 
tainer, it stretches the bag so that it expands and dis- 
places the colder (heavier) air outside the bag. The 
difference between the lower density of the air inside 
the bag compared to the higher density of the air out- 
side the bag causes the balloon to rise. Cooling the air 
inside the bag causes the balloon to descend. 


Water, like most other liquids, expands when 
heated and contracts when cooled, except in the tem- 
perature region between 32°F (0°C) and 39.2°F (4°C). 
A given mass of fresh water decreases in volume until 
the temperature is decreased to 39.2°F (4°C). Below 
this temperature, the volume per unit mass increases 
until the water freezes. This unusual behavior is 
important to freshwater plants and animals that exist 
in climates where water freezes in the colder seasons of 
the year. As the water surface cools to 39.2°F (4°C), it 
becomes more dense and sinks to the bottom, pushing 
the warmer water to the surface. 


This mixing action continues until all of the 
water has reached this temperature. The upper layer 
of water then becomes colder and less compact and 
stays near the surface, where it freezes. When an ice 
layer forms, it provides an insulation barrier that 
retards cooling of the remaining water. Without this 
process, freshwater animal and plant life could not 
survive the winter. 
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See also Gases, properties of; States of matter; 
Thermostat. 
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l Thermochemistry 


Thermochemistry is the part of thermodynamics 
that studies the relationship between heat and chem- 
ical reactions. The word thermodynamics is derived 
from the Greek words that mean heat and power. 
Thermodynamics is studied and has applications in 
all the sciences. 


History 


French chemist Antoine Laurent Lavoisier (1743— 
1794) and French mathematician Pierre Simon de 
Laplace (1749-1827) are considered to have estab- 
lished the field of thermochemistry around 1780, 
when the two scientists showed that the heat produced 
in a particular reaction equals the heat absorbed in the 
opposite reaction. Sixty years later, Swiss-Russian 
chemist Henri Hess (1802—1850) showed (in what is 
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Thermochemistry 


now called Hess’ Law) that the amount of heat pro- 
duced in a reaction is the same whether it is produced 
in a series of steps or as the result of one step. 


Thermodynamics and thermochemistry 


Thermochemistry is a very important field of 
study, because it helps to determine if a particular 
reaction will occur and if it will release or absorb 
energy as it occurs. It is also possible to calculate 
how much energy a reaction will release or absorb; 
this information can be used to determine if it is eco- 
nomically viable to use a particular chemical process. 
Thermochemistry, however, does not predict how fast 
a reaction will occur. 


In order to understand the terminology of ther- 
mochemistry it is first necessary to define the world as 
viewed by thermodynamics. The chemical reaction 
being studied is considered the system. For instance, 
if an acid is being mixed with a base, the acid, the base, 
any water used to dissolve them, and the beaker in 
which they are all held are considered the system. 
Everything else that is not part of the system is con- 
sidered the surroundings. This definition includes 
everything from the countertop on which the beaker 
is held to the planets in outer space. The system and 
surroundings together form the universe. From this 
wide set of definitions, it is easy to understand why the 
system is the only part of any interest. The surround- 
ings are too complex to be considered. 


Change 


Any process that involves a chemical reaction 
involves change. Sometimes the change occurs on its 
own. Such a process is called spontaneous. If a change 
does not occur on its own, it is called non-spontane- 
ous. A spontaneous change may not occur immedi- 
ately. For example, if a barrel of fuel is left alone, it will 
remain as fuel indefinitely. However, if a match is used 
to ignite the fuel, it will burn spontaneously until all 
the reactants (air, fuel) are completely consumed. In 
this instance, the spontaneous process required a small 
amount of energy to be added to the system before a 
much larger amount of energy could be released. 
However, once started, it proceeded without assis- 
tance. An electrolysis reaction, in which electricity is 
passed through water to dissociate it into hydrogen 
and oxygen, is not considered spontaneous because 
the reaction stops if the electricity is removed. An 
electrolysis reaction is a non-spontaneous process. 
How is it possible to determine if a process is sponta- 
neous or non-spontaneous without actually mixing the 
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chemicals together? Two factors in combination are 
used to determine whether a process occurs spontane- 
ously or not. These factors are energy and disorder. 


Energy 


Energy is a state function. There are a number of 
different forms of energy, which is the ability to do 
work. Work is done anytime a force is applied to make 
an object move. There is energy of motion, called 
kinetic energy, and energy of position or stored 
energy, called potential energy. Potential and kinetic 
energy are interconvertible; that is, one form can 
change to the other. Different types of energy include 
thermal energy, electrical energy, radiant energy, 
chemical energy, mechanical energy, and nuclear 
energy. One type of energy can be converted to 
another. However, energy can neither be created nor 
destroyed. It is always conserved. For example, pass- 
ing electrical energy through a tungsten filament con- 
verts it to light energy. All the electrical energy is not 
converted to light however. Some of it is converted to 
thermal energy, which is why a light bulb becomes hot 
after some time. 


In most chemical reactions, chemical energy is 
converted to some other, more useful form of energy. 
For example, in a flashlight, chemical energy from the 
batteries is converted to electrical energy. In a car, 
chemical energy from the combustion of the fuel is 
converted into mechanical energy. Thermochemistry 
concerns itself with the relation between chemical 
reactions and thermal energy. Thermal energy is the 
energy of motion of particles such as atoms, mole- 
cules, or ions. Thermal energy depends on the quantity 
of a substance present and is thus known as an exten- 
sive property. The thermal energy provided by a drop 
of water is much less than that provided by a pot full of 
water. Temperature, however, is a property that is not 
dependent on the quantity of substance. The temper- 
ature of a drop of boiling water is the same as that of a 
pot of boiling water. Heat is the transfer of thermal 
energy that occurs between two objects when they are 
at different temperatures. If the two objects are at the 
same temperature, no thermal energy is transferred 
and no heat is felt. That is how people can tell if an 
object is hot by touching it. When heat is released from 
the system in a chemical reaction, the reaction is said 
to be exothermic. When heat is absorbed by the sys- 
tem, the reaction is said to be endothermic. In an 
endothermic reaction, the surroundings provide the 
heat for the reaction; in an exothermic reaction, the 
surroundings are heated by the reaction. For this 
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reason, it is accepted that exothermic quantities are 
negative quantities, since the system is losing energy, 
and endothermic quantities are positive quantities, 
since the system is gaining energy. 


Measurement of thermal energy 


How can thermal energy be measured? One way is 
to measure a quantity called the specific heat. The 
specific heat of a substance is the amount of thermal 
energy required to heat one gram of that substance by 
one degree. Once again, the specific heat of a substance 
is an intensive property, meaning that it does not 
depend on the amount of substance present. The spe- 
cific heat of a drop of water and a pan of water are the 
same. When one multiplies the mass of an object by its 
specific heat, it is possible to calculate the heat capacity 
of that object. Heat capacity is an extensive property, 
meaning that it is dependent on the quantity of sub- 
stance present. The heat capacity of a drop of water is 
much, much less than that of a lake. The specific heat 
of water is unusually high compared to many other 
substances. This fact has an important impact on 
humans. Cities located near huge bodies of water tend 
to have more moderate climates. Such cities are cooler 
in the summer, as large water bodies take a long time to 
absorb the heat of the summer sun. These cities are 
warmer in the winter, as the water slowly releases the 
heat it had absorbed during the summer. Since human 
bodies are composed largely of water, people are able 
to maintain a fairly constant body temperature, in spite 
of outside temperature fluctuations. Even so, one 
important fact arises from all the information so far. 
Scientists cannot measure an absolute value for energy. 
They can, however, measure energy differences. 


Enthalpy 


The mathematical representation for thermal 
energy contains many terms. Scientists can, however, 
simplify it based on how experiments are performed. 
Most chemical reactions take place under atmospheric 
pressure, which is (for the most part) constant. When a 
thermal energy change is measured under constant 
pressure conditions, it is called a change in enthalpy. 
The symbol for enthalpy is H. Since only a difference 
in enthalpy can be measured, the difference is called 
delta H. When describing different kinds of changes, 
scientists can indicate the difference as part of the 
name by using subscripts after the H. However, reac- 
tions can be done under different pressure and temper- 
ature conditions. For the sake of uniformity, a 
standard state is defined as the state of a substance at 
one atmosphere pressure. For solids and liquids, the 
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standard state is the pure solid or liquid at one atmos- 
phere pressure. For gases, the standard state is the 
ideal gas at a partial pressure of one atmosphere. 
Once the standard state is defined, some simplifica- 
tions can be made. The enthalpy of formation of an 
element in its standard state is zero. If there is more 
than one form of the element under the defined con- 
ditions, the most stable form is given an enthalpy of 
formation of zero. Carbon, for example, has two 
forms at one atmosphere, graphite and diamond. 
Graphite is more stable and is assigned an enthalpy 
of formation of zero. Diamond does not have an 
enthalpy of formation of zero. 


Enthalpy has a special property. Its value is deter- 
mined based on the initial state of the system and the 
final state of the system. It does not depend on how the 
system gets from the initial state to the final state. A 
function that has this property is called a state func- 
tion. The fact that enthalpy is a state function makes it 
possible to calculate enthalpies for some compounds 
without having to measure them experimentally. By 
combining different reactions with known enthalpies, 
it is possible to calculate the unknown enthalpy. Hess’ 
Law summarizes this observation by stating that the 
thermal energy absorbed or released in a change is the 
same whether the change occurs in a single step or in 
multiple steps. 


Those enthalpies that cannot be calculated using 
Hess’ law can be measured experimentally. An appa- 
ratus called a calorimeter is used to measure the quan- 
tity of thermal energy gained or lost in a chemical 
change. A simple calorimeter can be constructed 
using two nested styrofoam cups with lids and a ther- 
mometer. A more complex type of calorimeter is the 
bomb calorimeter, which measures thermal energy 
changes under constant volume conditions. 


Entropy 


As mentioned much earlier, two quantities deter- 
mine whether a reaction will be spontaneous or not, 
the thermal energy and disorder. Disorder is also 
known as entropy. Entropy is given the symbol S. In 
general, entropy always has a tendency to increase. In 
other words, the universe has a tendency to move 
towards disorder. When disorder increases, scientists 
say entropy increases. An increase in entropy is 
assigned a positive sign. When order increases, scien- 
tists say entropy decreases. A decrease in entropy is 
assigned a negative sign. Entropy only has a zero value 
if one considers a perfect crystal at absolute zero. Since 
it is not possible to reach absolute zero, no substance 
has a value of zero entropy. 
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KEY TERMS 


Enthalpy—The measurement of thermal energy 
under constant pressure conditions. 


Entropy—The measurement of a tendency towards 
increased randomness and disorder. 


Equilibrium—tThe conditions under which a system 
shows no tendency for a change in its state. At 
equilibrium the net rate of reaction becomes zero. 


Gibbs’ free energy—Mathematically equal to the 
change in the enthalpy minus the product of the 
temperature and the change in the entropy. Used to 
determine if a process is spontaneous or not. 


Heat—The transfer of thermal energy that occurs 
between two objects when they are at different 
temperatures. 


Surroundings—Everything that is not part of the 
system. 


System—The materials pertinent to the reaction 
being studied. 


Thermal energy—tThe total amount of energy con- 
tained within any body as a consequence of the 
motion of its particles. 


Gibbs’ free energy 


Certain processes that release a great deal of 
energy are not spontaneous, even though it would 
seem that they should be. Similarly, certain processes 
that greatly increase disorder are not spontaneous, 
although it would seem that they should be. If scien- 
tists mathematically manipulate the expressions for 
enthalpy and entropy, it is possible to define a new 
quantity called the Gibbs’ free energy. The Gibbs’ free 
energy, sometimes simply called free energy, equals 
the change in the enthalpy minus the product of the 
temperature and the change in the entropy. The term 
free energy should not be misunderstood. As stated 
earlier, energy can neither be created nor destroyed. 
This energy does not come free of cost. The term free 
in free energy is better interpreted as available. The 
free energy can be used to predict if a process is spon- 
taneous or not. If the free energy is negative, the 
process is spontaneous. If the free energy is positive, 
the process is not spontaneous. A non-spontaneous 
process can sometimes be made spontaneous by vary- 
ing the temperature. If the free energy is zero, the 
process is at equilibrium, meaning that the forward 
rate of the reaction equals the reverse rate of the 
reaction. 
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I Thermocouple 


Thermocouples, in electronics, are instruments 
used as temperature sensors. They are primarily used 
to show electric potential difference. Accurately meas- 
uring temperatures over a wide range is a challenge to 
engineers, physicists, and other scientists. Many tech- 
niques have been devised to deal with a wide range of 
conditions and temperatures. One such technique is a 
thermocouple. A thermocouple makes use of one 
aspect of the thermoelectric effect to measure temper- 
atures. That aspect involves the voltage produced 
between two different wires with junctions at different 
temperatures. Depending on the types of wires chosen, 
a thermocouple can be used for temperatures ranging 
from —454°F to 4,172°F (—270°C to 2,300°C). 


A thermocouple must consist of two wires of dif- 
ferent compositions. A popular combination is copper 
and constantan. Constantan is an alloy of copper and 
nickel. The different wires are joined at the ends to 
make two junctions. One of the wires is then cut so that 
a voltmeter can be placed in the circuit to measure the 
voltage between the two junctions. This voltage will 
depend on the temperature difference between the two 
junctions. A scientist wanting to use a thermocouple 
will then place one of the junctions in the object whose 
temperature is to be measured. Because the voltage 
depends on the temperature difference between the 
two junctions, the other junction must be maintained 
at an accurately known temperature. One way to 
maintain a known temperature is to place the junction 
in an ice water bath that will be at the freezing point of 
water. To find the unknown temperature, the scientist 
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must know what temperature difference corresponds 
to the measured voltage. These figures have been 
determined by careful experiments and then they 
have been tabulated on a table. Therefore, the scientist 
can use the table to find the unknown temperature. 


What causes this voltage difference? The two dif- 
ferent types of metal, having different compositions, 
will have different densities of electrons. The electrons 
will tend to diffuse from the higher to the lower den- 
sities. These electron densities both depend on the 
temperature, so if the two junctions are at different 
temperatures the diffusion of electrons will proceed at 
different rates at each junction. The net result is a 
motion of the electrons, so there is a voltage between 
the two junctions. 


Thermocouples are inexpensive to use. However, 
one of the biggest limitations of thermocouples is that 
accuracies of less than 1°C are difficult to maintain. 
They also have the advantage of being accurate over a 
wide temperature range and of being able to accu- 
rately follow rapid temperature changes. They can, 
however, be cumbersome to use. The need to keep 
one junction at an accurately known temperature lim- 
its their portability. Thermocouples, for example, are 
used quite often in the iron and steel industries. There 
are several different types of thermocouples. Type B 
(made with platinum-rhodium), Type S (platinum 
with 10% rhodium), Type R (platinum with 7% rho- 
dium), and Type K (chromel [nickel-chromium alloy] 
and alumel [nickel-aluminum alloy]) thermocouples 
are used most often in steel and iron production due 
to their ability to monitor a wide range of temper- 
atures throughout the long steel making process. 


l Thermodynamics 


Thermodynamics, within physics, is the science 
that deals with work and heat, and the transformation 
of one into the other. It is a macroscopic theory, dealing 
with matter in bulk, disregarding the molecular nature 
of materials. The corresponding microscopic theory, 
based on the fact that materials are made up of a vast 
number of molecules, is called statistical mechanics. 


Historical background 


American physicist Benjamin Thompson (Count 
von Rumford) (1753-1814) recognized from observing 
the boring of cannons that the work (or mechanical 
energy) involved in the boring process was being 
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Heat of Heat of 


Melting fusion Boiling vaporization 
Material point °C cal/gm point °C cal/gm 


Water 0 79.7 100 539 
Ethyl alcohol —114 24.9 78 204 
Oxygen =k} 3.3 51 
Nitrogen 20) 6.1 48 
Mercury —39 2.8 65 


Table 1. Thermodynamics (Thomson Gale.) 


converted to heat by friction, causing the temperature 
of the cannon to rise. With the experiments of English 
physicist James Joule (1818-1889), it was recognized 
that heat is a form of energy that is transferred from 
one object to another, and that work can be converted 
to heat without limit. However, the opposite is found 
not to be true: that is, there are limiting factors in the 
conversion of heat to work. The research of French 
physicist Nicolas Leonard Sadi Carnot (1796-1832), of 
British mathematician and physicist William Thomson 
(Lord Kelvin) (1824-1907), and of German mathemat- 
ical physicist Rudolph Clausius (1822-1888), among 
others, has led to an understanding of these limitations. 


Temperature 


The idea of temperature is well known to everyone, 
but the need to define it so that it can be used for 
measurements is far more complex than the simple 
concepts of hot and cold. If a rod of metal is placed in 
an ice-water bath and the length is measured, and then 
placed in a steam bath and the length again measured, it 
will be found that the rod has lengthened. This is an 
illustration of the fact that, in general, materials expand 
when heated, and contract when cooled (however, 
under some conditions rubber can do the opposite, 
while water is a very special case and is treated below). 
One could therefore use the length of a rod as a measure 
of temperature. However, that would not be useful, 
since different materials expand different amounts for 
the same increase in temperature. Therefore, everyone 
would need to have exactly the same type of rod to 
make certain that they obtained the same value of 
temperature under the same conditions. 


However, it turns out that practically all gases, at 
sufficiently low pressures, expand in volume exactly the 
same amount with a given increase in temperature. 
This has given rise to the constant volume gas ther- 
mometer, which consists of a flask to hold the gas, 
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attached to a system of glass and rubber tubes contain- 
ing mercury. A small amount of any gas is introduced 
into the (otherwise empty) flask, and the top of the 
mercury in the glass column on the left is placed at 
some mark on the glass (by moving the right hand glass 
column up or down). The difference between the 
heights of the two mercury columns gives the difference 
between atmospheric pressure and the pressure of the 
gas in the flask. The gas pressure changes with a change 
in temperature of the flask, and can be used as a 
definition of the temperature by taking the temperature 
to be proportional to the pressure; the proportionality 
factor can be found in the following manner. 


If the temperature at the freezing point of water is 
assigned the value 0° and that at the boiling point is 
called 100°, the temperature scale is called the Celsius 
scale (formerly called Centigrade); if those points are 
taken at 32° and 212°, it is known as the Fahrenheit 
scale. The relationship between them can be found as 
follows. If the temperature in the Celsius scale is 
T(°C), and that in the Fahrenheit scale is T(°F), they 
are related by TF) = (9/5)T(CC) + 32°. The impor- 
tance of using the constant volume gas thermometer to 
define the temperature is that it gives the same value 
for the temperature no matter what gas is used (as long 
as the gas is used at a very low pressure), so that 
anyone at any laboratory would be able to find the 
same temperature under the same conditions. Of 
course, a variety of other types of thermometers are 
used in practice (mercury-in-glass, or the change in the 
electrical resistance of a wire, for example), but they all 
must be calibrated against a constant volume gas ther- 
mometer as the standard. 


Expansion coefficients 


An important characteristic of a material is how 
much it expands for a given increase in temperature. 
The amount that a rod of material lengthens is given by 
L= Lo [l+ a (T—Tp)], where Lo is the length of the rod 
at some temperature Ty, and L is the length at some 
other temperature T; a@ (Greek alpha) is called the 
coefficient of linear expansion. Some typical values 
for a x 10° (per °C) are: aluminum, 24.0; copper, 
16.8; glass, 8.5; steel, 29.0 (this notation means that, 
for example, aluminum expands at a rate of 24.0/ 
1,000,000 for each degree Celsius change in temper- 
ature). Volumes, of course, also expand with a rise in 
temperature, obeying a law similar to that for linear 
expansion; coefficients of volume expansion are 
approximately three times as large as that for linear 
expansion for the same material. It is interesting to note 
that, if a hole is cut in a piece of material, the hole 
expands just as if there were the same material filling it! 
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Thermostats 


Since various metals expand at different rates, a 
thermostat can be made to measure changes in tem- 
perature by securely fastening together two strips of 
metal with different expansion coefficients. If they are 
straight at one temperature, they will be bent at any 
other temperature, since one will have expanded or 
contracted more than the other. These are used in 
many homes to regulate the temperature by causing 
an electrical contact to be made or broken as temper- 
ature changes cause the end of the strips to move. 


Water 


Water has the usual property of contracting when 
the temperature decreases, but only down to 39.2°F 
(4°C); below that temperature it expands until it 
reaches 32°F (0°C). It then forms ice at 0°C, expanding 
considerably in the process; the ice then behaves nor- 
mally, contracting as the temperature decreases. Since 
the density of a substance varies inversely to the volume 
(as a given mass of a substance expands, its density 
decreases), this means that the density of water 
increases as the temperature decreases until 4°C, 
when it reaches its maximum density. The density of 
the water then decreases from 4 to 0°C; the formation 
of the ice also involves a decrease in density. The ice 
then increases its density as its temperature falls below 
0°C. Thus, as a lake gets colder, the water at the top 
cools off and, since its density is increasing, this colder 
water sinks to the bottom. However, when the temper- 
ature of the water at the top becomes lower than 4°C, it 
remains at the top since its density is lower than that of 
the water below it. The pond then ices over, with the ice 
remaining at the top, while the water below remains at 
4°C (until, if ever, the entire lake freezes). Fish are thus 
able to live in lakes even when ice forms at the top, 
since they have the 4°C water below it to live in. 


Conservation of energy 


The conservation of energy is well known from 
mechanics, where energy does not disappear but only 
changes its form. For example, the potential energy of 
an object at some height is converted to the kinetic 
energy of its motion as it falls. Thermodynamics is 
concerned with the internal energy of an object and 
those things that affect it; conservation of energy 
applies in this case, as well. 


Heat 


As noted in the introduction, doing work on an 
object (for example, by drilling a hole in a piece of 
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metal, or by repeatedly bending it) causes its temper- 
ature to rise. If this object is placed in contact with a 
cooler object it is found that they eventually come to 
the same temperature, and remain that way as long as 
there are no outside influences (this is known as ther- 
mal equilibrium). This series of events is viewed as 
follows. Consistent with the concept of the conserva- 
tion of energy, the energy due to the work done on the 
object is considered to be stored in the object as (what 
may be called) internal energy. In the particular exam- 
ple above, the increase in the internal energy of the 
object is recognized by the increase in temperature, but 
there are processes where the internal energy increases 
without a change in temperature. By then placing it in 
contact with an object of lower temperature, energy 
flows from the hotter to the colder one in the form of 
heat, until the temperatures become the same. Thus, 
heat should be viewed as a type of energy that can flow 
from one object to another by virtue of a temperature 
difference. It makes no sense to talk of an object hav- 
ing a certain amount of heat in it; whenever it is placed 
in contact with a lower-temperature object, heat will 
flow from the hotter to the cooler one. 


The first law of thermodynamics 


These considerations may be summarized in the 
first law of thermodynamics: the internal energy of an 
object is increased by the amount of work done on it, 
and by the amount of heat added to it. Mathematically, 
if Ur is the internal energy of an object at the end of 
some process, and U; is the internal energy at the begin- 
ning of the process, then Up — U; = W + Q, where W is 
the amount of work done on the object, and Q is the 
amount of heat added to the object (negative values are 
used if work is done by the object, or heat is transferred 
from the object). As is usual for an equation, all quan- 
tities must be expressed in the same units; the usual 
mechanical unit for energy (in the International 
System of Units (SI)—formerly the MKS system) is 
the joule, where 1 joule equals 1 kg-m?/s”. 


Specific heats; the calorie 


An important characteristic of materials is how 
much energy in the form of heat it takes to raise the 
temperature of some material by one degree. It depends 
upon the type of material being heated as well as its 
amount. The traditional basic unit, the calorie, is defined 
as the amount of heat that is needed to raise one gram of 
water by one degree Celsius. In terms of mechanical 
energy units, one calorie equals 4.186 joules (J). 


The corresponding amount of heat necessary to 
raise the temperature of other materials is given by the 
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specific heat capacity of a material, usually denoted by 
c. It is the number of kilojoules (kJ) needed to raise 1 
kg of the material by 1°C. By definition, the value for 
water is 4.186 kilojoules. Typical values for c in kilo- 
joules per kg (kJ/kg), at 0°C, are: ice, 2.11; aluminum, 
0.88; copper, 0.38; iron, 0.45. It should be noted that 
water needs more heat to bring about a given rise in 
temperature than most other common substances. 


Change of phase 


The process of water changing to ice or to steam is 
a familiar one, and each is an example of a change in 
phase. Suppose a piece of ice were placed in a container 
and heated at a uniform rate; that is, a constant 
amount of heat per second is transferred to the material 
in the container. The ice (the solid phase of water) first 
rises in temperature at a uniform rate until its temper- 
ature reaches 32°F (0°C), when it begins to melt, that is, 
some of the ice changes to water (in its liquid phase); 
this temperature is called the melting point. It is impor- 
tant to note that the temperature of the ice-water mix- 
ture remains at 32°F (0°C) until all the ice has turned to 
water. The water temperature then rises until it reaches 
212°F (100°C), when it begins to vaporize, that is, turns 
to steam (the gaseous phase of water); this temperature 
is called the boiling point. Again, the water-steam mix- 
ture remains at 212°F (100°C) until all the liquid water 
turns into steam. Thereafter, the temperature of the 
steam rises as more heat is transferred to the container. 
It is important to recognize that during a change in 
phase the temperature of the mixture remains constant. 
(The energy being transferred to the mixture goes into 
breaking molecular bonds rather than in increasing 
the temperature.) 


Many substances undergo similar changes in phase 
as heat is applied, going from solid to liquid to gas, with 
the temperature remaining constant during each phase 
change. (Some substances, such as glass, do not have 
such a well-defined melting point.) The amount of heat 
needed to melt a gram of a material is known as the heat 
of fusion; that to vaporize it is the heat of vaporization. 
On the other hand, if steam is cooled at a uniform rate, 
it would turn to liquid water at the condensation tem- 
perature (equal to the boiling point, 212°F [100°C}), 
and then turn to ice at the solidification temperature 
(equal to the melting point, 32°F [0°C]). The heat of 
condensation is the amount of heat needed to be taken 
from a gram of a gas to change it to its liquid phase; it is 
equal to the heat of vaporization. Similarly, there is a 
heat of solidification that is equal to the heat of fusion. 
Some typical values are shown in Table 1. 


It is interesting to note that water has much larger 
heats of fusion and of vaporization than many other 


4353 


soiueuApOuayy 


Thermodynamics 


usual substances. The melting and boiling points depend 
upon the pressure (the values given in the table are for 
atmospheric pressure). It is for this reason that water 
boils at a lower temperature in high-altitude Denver, 
Colorado, than at sea level in New Orleans, Louisiana. 


Finally, below certain pressures it is possible for a 
substance to change directly from the solid phase to 
the gaseous one; this case of sublimation is best illus- 
trated by the disappearance of dry ice when it is 
exposed to the atmosphere. 


Equations of state; work 


When an object of interest (usually called the 
system) is left alone for a sufficiently long time, and 
is subject to no outside influences from the surround- 
ings, measurements of the properties of the object do 
not change with time; it is in a state of thermal equili- 
brium. It is found experimentally that there are certain 
measurable quantities that give complete information 
about the state of the system in thermal equilibrium 
(this is similar to the idea that measurements of the 
velocity and acceleration of an object give complete 
information about the mechanical state of a system). 
For each state, relationships can be found that hold 
true over a wide range of values of the quantities. 
These relationships are known as equations of state. 


Equations of state 


Thermodynamics applies to many different types 
of systems; gases, elastic solids (solids that can be 
stretched and return to their original form when the 
stretching force is removed), and mixtures of chemi- 
cals are all examples of such systems. Each system has 
its own equation of state, which depends upon the 
variables that need to be measured in order to describe 
its internal state. The relevant variables for a system 
can only be determined by experiment, but one of 
those variables will always be the temperature. 


The system usually given as an example is a gas, 
where the relevant thermodynamic variables are the 
pressure of the gas (P), its volume (V), and, of course, 
the temperature (T). (These variables are the relevant 
ones for any simple chemical system, e.g., water, in any 
of its phases.) The amount of gas may be specified in 
grams or kilograms, but the usual way of measuring 
mass in thermodynamics (as well as in some other 
fields) is in terms of the number of moles. One kilo- 
mole (kmol) is defined as equal to M kilograms, where 
M is the molecular weight of the substance, with car- 
bon-12 being taken as M = 12. (One mole of any 
substance contains 6.02 x 107? molecules, known as 
Avogadro’s number.) Thus, one kilomole of oxygen 
has a mass of 70.56 lb (32 kg); of nitrogen, 61.76 Ib 
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(28.01 kg); the molar mass of air (which is, of course, 
actually a mixture of gases) is commonly taken as 
63.87 Ib (28.97 kg). It is found, by experiment, that 
most gases at sufficiently low pressures have an equa- 
tion of state of the form: PV = NRT, where P is in 
Newtons/m”, V is in m°, N is the number of kilomoles 
of the gas, T is the temperature in K, and R = 8.31 kJ/ 
kmol-K is known as the universal gas constant. The 
temperature is in Kelvin (K), which is given in terms of 
the Celsius temperature as T(K) = T(?°C) + 273.15°C. 
It should be noted that real gases obey this ideal gas 
equation of state to within a few percent accuracy at 
atmospheric pressure and below. 


The equation of state of substances other than 
gases is more complicated than the above ideal gas 
law. For example, an elastic solid has an equation of 
state that involves the length of the stretched material, 
the stretching force, and the temperature, in a relation- 
ship somewhat more complex than the ideal gas law. 


Work 


Work is defined in mechanics in terms of force 
acting over a distance; that definition is exactly the 
same in thermodynamics. This is best illustrated by 
calculating the work done by a force F in compressing 
a volume of gas. Ifa volume (V) of gas is contained in a 
cylinder at pressure (P), the force needed on the piston 
is (by the definition of pressure) equal to PA, where A is 
the area of the piston. Let the gas now be compressed in 
a manner that keeps the pressure constant (by letting 
heat flow out, so that the temperature also decreases); 
suppose the piston moves a distance (d). Then the work 
done is W = Fd = PAd. However, Ad is the amount 
that the volume has decreased, V; — Vs, where V; is the 
initial volume and Vris the final volume. (Note that this 
volume difference gives a positive value for the distance, 
in keeping with the fact that work done on a gas is taken 
as positive.) Therefore, the work done on a gas during a 
compression at constant pressure is P(V; — Vp»). 


The first law thus gives a straightforward means 
to determine changes in the internal energy of an 
object (and it is only changes in the internal energy 
that can be measured), since the change in internal 
energy is just equal to the work done on the object in 
the absence of any heat flow. Heat flow to or from 
the object can be minimized by using insulating mate- 
rials, such as fiberglass or, even better, styrofoam. The 
idealized process where there is zero heat flow is called 
an adiabatic process. 


The second law of thermodynamics 
One of the most remarkable facts of nature is that 


certain processes take place in only one direction. For 
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example, if a high temperature object is placed in con- 
tact with one of lower temperature, heat flows from the 
hotter to the cooler until the temperatures become 
equal. In this case (where there is no work done), the 
first law simply requires that the energy lost by one 
object should be equal to that gained by the other object 
(through the mechanism of heat flow), but does not 
prescribe the direction of the energy flow. Yet, in a 
situation like this, heat never flows from the cooler to 
the hotter object. Similarly, when a drop of ink is placed 
ina glass of water that is then stirred, the ink distributes 
itself throughout the water. Yet no amount of stirring 
will make the uniformly distributed ink go back into a 
single drop. An open bottle of perfume placed in the 
corner of a room will soon fill the room with its scent, 
yet a room filled with perfume scent will never become 
scent-free with the perfume having gone back into the 
bottle. These are all examples of the second law of 
thermodynamics, which is usually stated in two differ- 
ent ways. Although the two statements appear quite 
different, it can be shown that they are equivalent and 
that each one implies the other. 


Clausius statement of the second law 


The Clausius statement of the second law is: No 
process is possible whose only result is the transfer of 
heat from a cooler to a hotter object. The most common 
example of the transfer of heat from a cooler object to a 
hotter one is the refrigerator (air conditioners and heat 
pumps work the same way). When, for example, a 
bottle of milk is placed in a refrigerator, the refrigerator 
takes the heat from the bottle of milk and transfers it to 
the warmer kitchen. (Similarly, a heat pump takes heat 
from the cool ground and transfers it to the warmer 
interior of a house.) An idealized view of the refriger- 
ator is as follows. The heat transfer is accomplished by 
having a motor, driven by an electrical current, run a 
compressor. A gas is compressed to a liquid, a phase 
change that generates heat (heat is taken from the gas to 
turn it into its liquid state). This heat is dissipated to the 
kitchen by passing through tubes (the condenser) in the 
back of (or underneath) the refrigerator. The liquid 
passes through a valve into a low-pressure region, 
where it expands and becomes a gas, and flows through 
tubes inside the refrigerator. This change in phase from 
a liquid to a gas is a process that absorbs heat, thus 
cooling whatever is in the refrigerator. The gas then 
returns to the compressor where it is again turned into 
a liquid. The Clausius statement of the second law 
asserts that the process can only take place by doing 
work on the system; this work is provided by the motor 
that drives the compressor. However, the process can 
be quite efficient, and considerably more energy in the 
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form of heat can be taken from the cold object than the 
work required to do it. 


Kelvin-Planck statement of the second law 


Another statement of the second law is due to Lord 
Kelvin and German physicist Maxwell Planck (1858— 
1947): No process is possible whose only result is the 
conversion of heat into an equivalent amount of work. 
Suppose that a cylinder of gas fitted with a piston had 
heat added, which caused the gas to expand. Such an 
expansion could, for example, raise a weight, resulting 
in work being done. However, at the end of that process 
the gas would be in a different state (expanded) than the 
one in which it started, so that this conversion of all the 
heat into work had the additional result of expanding 
the working fluid (in this case, the gas). 


If the gas were, on the other hand, then made to 
return to its original volume, it could do so in three 
possible ways: (a) the same amount of work could be 
used to compress the gas, and the same amount of heat 
as was originally added would then be released from 
the cylinder; (b) if the cylinder were insulated so that 
no heat could escape, then the end result would be that 
the gas is at a higher temperature than originally; (c) 
something in-between. In the first case, there is no net 
work output or heat input. In the second, all the work 
was used to increase the internal energy of the gas, so 
that there is no net work and the gas is in a different 
state from which it started. Finally, in the third case, 
the gas could be returned to its original state by allow- 
ing some heat to be transferred from the cylinder. In 
this case the amount of heat originally added to the gas 
would equal the work done by the gas plus the heat 
removed (the first law requires this). Thus, the only 
way in which heat could be (partially) turned into 
work and the working fluid returned to its original 
state is if some heat were rejected to an object having 
a temperature lower than the heating object (so that 
the change of heat into work is not the only result). 
This is the principle of the heat engine (an internal 
combustion engine or a steam engine are examples). 


Heat engines 


The working fluid (say, water for a steam engine) 
of the heat engine receives heat Q, from the burning 
fuel (diesel oil, for example), which converts it to 
steam. The steam expands, pushing on the piston so 
that it does work, W; as it expands, it cools and the 
pressure decreases. It then traverses a condenser, 
where it loses an amount of heat Q, to the coolant 
(cooling water or the atmosphere, for example), which 
returns it to the liquid state. The second law says that, 
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KEY TERMS 


Adiabatic process—A process during which no heat 
is transferred between the system and surroundings 
is described as adiabatic. 


Avogadro’s number—The number of molecules 
present in one mole of whatever the compound is 
always equal to 6.0229 x 107°. It was named for 
Italian physicist Amedeo Avogadro. 

Boiling point—The boiling point of a liquid is the 
temperature at which it boils, also the temperature at 
which its vapor condenses. 


Calorie—The amount of heat necessary to increase 
the temperature of water by one degree Celsius. 


Celsius temperature (°C)—The temperature scale on 
which the freezing point of water is 0° and the boil- 
ing point is 100°. 

Change in phase—Change in the form and charac- 
teristics of a substance, e.g., changes from gas to 
liquid, or liquid to solid. 

Coefficient of linear expansion—The fractional rate 
of change in length of an object with a change in 
temperature. 


Condensation temperature—The temperature at 
which a gas changes into a liquid (equal to the boil- 
ing point). 

Equation of state—Relationship among the (exper- 
imentally determined) variables, which give com- 
plete information about the state of a system. 


Fahrenheit temperature (°F)—The temperature 
scale on which the freezing point of water is 32° 
and the boiling point is 212°. 


First law of thermodynamics—The internal energy 
of a system is increased by the amount of work done 
on the system and the heat flow to the system (con- 
servation of energy). 


Heat of condensation—The amount of heat needed 
to be removed from a gas to change it to its liquid 
phase (equal to the heat of vaporization). 

Heat of fusion—The amount of heat needed to be 
added to a solid to change it to its liquid phase. 
Heat of solidification—The amount of heat needed 
to be removed from a liquid to change it to its solid 
phase (equal to the heat of fusion). 

Heat of vaporization—The amount of heat needed 
to be added to a liquid to change it to its gaseous 
phase. 
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Ideal gas—A gas obeying the ideal gas equation of 
state, pV = nRT, where, e.g., p isin Newtons/meter?, 
V is in m?, nis the number of kilomoles of the gas, Tis 
the temperature in K, and R = 8.31 kJ/kmolK. 


Internal energy—The change in the internal energy 
of a system is equal to the amount of adiabatic work 
done on the system. 


Kelvin temperature (K)—The Celsius temperature 
plus 273.15°C. 


Kilomole (kmol)—A quantity of matter equal to M 
kilograms, where M is the molecular weight of the 
substance, with carbon-12 being taken as M = 12 
(one kilomole equals 1,000 moles). 


Macroscopic theory—A theory which ignores the 
molecular nature of matter. 


Melting point—The temperature at which a solid 
changes into a liquid. 


Microscopic theory—A theory that is based on the 
molecular nature of matter. 


Second law of thermodynamics—No process is pos- 
sible whose only result is the transfer of heat from a 
cooler to a hotter object (Clausius statement). No 
process is possible whose only result is the conver- 
sion of heat into an equivalent amount of work 
(Kelvin Planck statement). 


Solidification temperature—The temperature at 
which a liquid changes into a solid (equal to the 
melting point). 


Specific heat—The amount of heat needed to 
increase the temperature of a mass of material by 
one degree. 


Statistical mechanics—The microscopic theory of 
matter for which the macroscopic theory is thermo- 
dynamics, or the molecular basis of thermodynamics. 


Sublimation—The change of a material from its solid 
phase directly to its gaseous phase. 


Temperature (T)—The (experimentally determined) 
variable which determines the direction of heat flow; 
the variable which is common to all equations of state. 


Thermal equilibrium—A condition between two or 
more objects in direct thermal contact in which no 
energy as heat flows from one to the other. The 
temperatures of such objects are identical. 


Universal gas constant (R)—The constant in the 
ideal gas equation of state (as well as elsewhere); 
equal to 8.31 kJ/kmolK. 
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if the working fluid (in this case the water) is to be 
returned to its original state so that the heat-work 
process could begin all over again, then some heat 
must be rejected to the coolant. Since the working 
fluid is returned to its original state, there is no change 
in its internal energy, so that the first law demands that 
Qn — Q. = W. The efficiency of the process is the 
amount of work obtained for a given cost in heat 
input: E = W/Q,. Thus, combining the two laws, E 
= (Qn — Q,)/Qhu. It can be seen therefore that a heat 
engine can never run at 100% efficiency. 


It is important to note that the laws of thermody- 
namics are of very great generality, and are of impor- 
tance in understanding such diverse subjects as chemical 
reactions, very low temperature phenomena, and the 
changes in the internal structure of solids with changes 
in temperature, as well as engines of various kinds. 


See also Gases, properties of. 
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i Thermometer 


A thermometer is a device that registers the tem- 
perature of a substance relative to some agreed upon 
standard. Thermometers use changes in the physical 
or electronic properties of the device to detect temper- 
ature variations. Thus, they work on the principle that 
there is a constant ratio between the amount of liquid 
expanding and the increase in temperature. For exam- 
ple, the most common thermometer consists of some 
sort of liquid sealed into a narrow tube, or capillary, 
with a calibrated scale attached. The liquid, typically 
mercury or alcohol, has a high coefficient of thermal 
expansion, that is to say the volume changes signifi- 
cantly with changes in temperature. Combined with 
the narrowness of the tube, this means that the height 
of the column of liquid changes significantly with 
small temperature variations. 
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A digital thermometer measuring the temperature of boiling 
water. Pure water boils at 212°F (100°C) in standard 
atmospheric conditions, but the boiling point may be 
elevated by increased atmospheric pressure and the 
presence of impurities in the water. (Adam Hart-Davis. National 
Audubon Society Collection/Photo Researchers, Inc.) 


The oldest thermometers were not sealed, which 
means that air pressure caused inaccurate readings. The 
first sealed thermometers were manufactured in the sev- 
enteenth century. A further improvement took place in 
1714, when German physicist Daniel Fahrenheit (1686— 
1736) started using mercury instead of alcohol as the 
measuring liquid. The Fahrenheit thermometer set a 
standard for accuracy that was accepted by scientists. 


Another type of thermometer now used is known 
as the Galileo thermometer. This type of thermometer 
is named after Italian astronomer and physicist Galileo 
Galilei (1564-1642). This type of thermometer utilizes 
the principle that different liquids and mixtures of 
liquids have different densities at different tempera- 
tures. Sealed glass balls of mixtures of organic liquids 
are placed in a column of alcohol. The balls rise or fall 
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depending upon the temperature and the appropriate 
temperatures are engraved on the glass ball. It must be 
stressed that even though this type of thermometer 
works on principles first worked out by Galileo, it 
was not invented by him nor was it in use during his 
time. The Galileo thermometer is among the least accu- 
rate of all types of thermometers. The most accurate 
thermometer is the constant pressure gas thermometer. 


Some thermometers are designed for specific pur- 
poses and, consequently, they operate over a very 
small range of temperatures. For example, a clinical 
thermometer is made to work only a few degrees on 
either side of human body temperature. It possesses a 
very fine capillary tube internally so that small 
changes in temperature can readily be seen. Another 
adaptation the clinical thermometer possesses is a 
small constriction in the tube so the mercury or alco- 
hol cannot return to the bulb until it is reset. This 
adaptation allows the temperature to be viewed once 
the thermometer has been removed. 


Various temperature scales, which are used on 
thermometers, have also been devised over the years. 
Some of these scales include the Fahrenheit (F), Celsius 
(centigrade) (C), Kelvin (K), and rankine (R) scales. 
The Fahrenheit scale uses its freezing point to be 32°F 
and its boiling point to be 212°F, while the Celsius scale 
uses 0°C for its freezing point and 100°C for its boiling 
point. The Kelvin scale (the absolute Celsius scale) uses 
absolute zero (0 K) to be equal to —273.15°C, while the 
Rankin scale (the absolute Fahrenheit scale) uses abso- 
lute zero (0°R) to be equal to —459.67°F. 


Strictly speaking, the linear relationship between 
the temperature and expansion of liquids used in ther- 
mometers does not hold true. For greater accuracy 
and reliability, the liquid should be replaced with 
gas. A gas thermometer is composed of a column filled 
with gas at a low pressure. There is a weight at the top 
of the column to maintain a constant pressure. 


A gas thermometer has an advantage over a liquid 
thermometer in that it can be used over all temper- 
atures encountered. A mercury thermometer cannot 
be used below —38.2°F (—39°C) as this is the temper- 
ature at which mercury freezes. An alcohol thermom- 
eter will remain liquid down to a temperature of 
—175°F (—115°C) although it boils at 158°F (70°C). 


All material exhibits a certain resistance to electric 
current that changes as a function of temperature; this 
is the basis of both the resistance thermometer and the 
thermistor. The resistance thermometer consists of 
fine wire wrapped around an insulator. A change in 
temperature causes the resistance of the wire to 
change. This can be detected electronically; thus, it is 
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used to calculate temperature change from some refer- 
ence resistance/temperature. Thermistors are semi- 
conductor devices that operate on the same principle. 


A thermocouple is another temperature sensor 
based on electrical properties. When two wires of dif- 
ferent materials are connected, a small voltage that 
varies as a function of temperature is established. 
Two junctions are used in a typical thermocouple. 


One junction is the measurement junction, the 
other is the reference junction, kept at some constant 
temperature. The voltage generated by the tempera- 
ture difference is detected by a meter connected to the 
system, and, as with the thermistor, this information is 
converted to temperature. 


A pyrometer is a temperature sensor that detects 
visible and infrared radiation and converts it to tem- 
perature. There is a direct relation between the color of 
light emitted by a hot body and its temperature; it is no 
accident that people speak of things as red hot or white 
hot. All surfaces (including animals) emit or reflect 
radiation; the wavelength of the radiation is propor- 
tional to their temperature. Pyrometers essentially 
compare the brightness and color of a reference fila- 
ment to the radiation being emitted or reflected by the 
surface under test. They are excellent devices for non- 
contact measurements. 


A wide variety of devices exist for measuring temper- 
ature; it is up to the user to choose the best thermometer 
for the job. For contact measurements requiring only 
moderate accuracy, a capillary thermometer is appropri- 
ate. Thermocouples measure temperature over a very 
wide range with good precision. A more accurate thermal 
sensor is a thermistor, which boasts the added advan- 
tages of being easy to use and inexpensive. Extremely 
precise contact measurements can be made with a resist- 
ance thermometer, but the devices are costly. Pyrometers 
are useful for non-contact measurements. 


| Thermostat 


A thermostat is a device for automatically con- 
trolling heating and cooling systems by regulating heat 
flow into or out of the system. It consists of a circuit 
controlled by a temperature-sensitive device and con- 
nected to the environmental system. Most thermostats 
use a substance that expands (contracts) when a tem- 
perature increase (decrease) occurs. 


The most common thermostat, such as the one 
seen in homes and offices, is based on a bimetallic 
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strip. As its name suggests, a bimetallic strip consists 
of thin strips of two different metals bonded together. 
One metal of the strip expands significantly with 
changes in temperature, the other metal changes very 
little with temperature increase or decrease. When the 
temperature increases, for example, one side of the 
strip will expand more than the other side, causing 
the strip to bend to one side. When it bends far 
enough, it closes the circuit, which then directs the 
air conditioner to turn on. The thermostat adjustment 
knob varies the distance that the bimetallic strip must 
bend to close the circuit, allowing selection of temper- 
ature level. As the air in the room gets cooler, the metal 
that expanded with heat will now contract, causing the 
bimetallic strip to straighten out until it no longer 
completes the circuit that allows the air conditioner 
to operate. The air conditioner will turn off until the 
air becomes warm enough to cause the strip to deform 
and close the circuit once again. 


A number of thermostats, which are variations on 
this theme, have been developed. Some are based on a 
brass bellows filled with a thermally sensitive vapor. 
When the vapor is heated, it expands, pushing out the 
bellows until it closes the circuit and triggers the 
heater/air conditioner. Another thermostat design is 
the bulb type, which includes a bulb and capillary, 
similar to a thermometer, and a diaphragm. When 
the bulb is heated, the material expands and travels 
down the capillary to the diaphragm. The diaphragm 
in turn moves, moving a lever or spring post and 
eventually controlling the heating and cooling system. 


Electronic (digital) thermostats have become 
increasingly popular, offering the dual benefits of 
low cost and minimal moving parts. The active ele- 
ment is a thermistor, a semiconductor device whose 
resistance to electrical current changes with temper- 
ature. Temperature change is signified by a change in 
measured voltage, which can be used to pass informa- 
tion to the control systems of the heating/cooling 
units. Electronic thermostats normally are also pro- 
grammable, which allows the user to customize it for 
specific needs. Consequently, on average, program- 
mable thermostats provide energy savings over tradi- 
tional, non-programmable ones. 


| Thistle 


Thistle is the common name given to some plants in 
several genera of the Cynareae tribe, family Asteraceae. 
These genera include Cirsium, Carduus, Echinops, 
Onopordum, Silybum, Centaurea, and Cnicus. The name 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Prairie thistle (Cirsium undulatum). (Robert J. Huffman. Field 
Mark Publications.) 


thistle most often refers to the weedy, prickly plants 
belonging to the genera Cirsium and Carduus. Thistles 
are composite flowers, which means their flower is 
actually a group of small flowers that give the appearance 
of one, larger flower. The flowers, which are of the disc 
type, are surrounded by bracts. Many people group 
Carduus and Cirsium together, but a closer look at these 
two genera would reveal a distinct difference. While both 
genera have hairs or bristles mixed with the flowers and a 
hairy pappus, the hairs on Cirsium species are plumose 
(they are feathery—the hairs have branch hairs) and the 
Carduus hairs are not. 


The most notable characteristic of thistles are the 
prickly stems, leaves, and the bracts around the flower 
head. Among the thistle genera, there are various leaf 
shapes and colors. The flowers are most often purple, 
but some species have pink, white, or yellow flowers. 
Thistles can be found in temperate regions, can grow in 
many climates and soils, and their height can range 
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from 1 foot (0.3 m) to 12 ft (3.5 m). Some well known 
Cirsium thistles are C. vulgare or bull thistle, C. arvense 
or Canada thistle, and C. eriophorum or woolly thistle. 
C. nutans or nodding thistle is the best known of the 
Carduus species. Globe thistles of the Echinops genus 
are often grown for ornamental purposes. Onopordum 
acanthium or Scottish thistle is well known for its large 
purple flower. Silybum marianum or milk thistle, 
Centaurea calcitrapa or star thistle, and Cnicus benedic- 
tus or holy thistle, have been used and cultivated for 
medicinal purposes. 


Cynara scolymus or globe artichoke is closely 
related to thistle. What is eaten of the artichoke that 
shows up on our dinner plate is the unopened flower 
head and bracts of the plant. Some plants such as sow 
thistle (genus Sonchus of the Chicory _ tribe- 
Lactuceaea) and Russian thistle (Salsola kali of the 
Goosefoot family), are called thistle because of their 
prickliness but are not true thistles. 


I Thoracic surgery 


Thoracic surgery refers to surgery performed in 
the thorax or chest. According to the Society of 
Thoracic Surgeons, thoracic surgeons, those medical 
professionals performing thoracic surgery, treat 
abnormalities of the heart valves and great vessels; 
birth defects of the chest and heart; diseases of the 
chest and thorax including cancers of the lung, chest 
wall, coronary artery disease, and esophagus; tumors 
in the organs contained in the chest cavity; and trans- 
plantation of the heart and lungs. The anatomy and 
physiology of the thorax require special procedures to 
be carried out for the surgery to be done. 


The thorax is the bony cage consisting of the ribs, 
the spine, and the breastbone or sternum. The floor of 
the thorax is formed by the diaphragm. The chest is the 
region of the body between the neck and the stomach, 
which comprises the ribs and the organs that enclose 
the ribs. 


Within the thorax lie the two lungs and the heart, 
the organs whose function it is to oxygenate and pump 
blood. The lungs are large, relatively cone-shaped, 
spongy organs that lie with their narrow ends at the 
top and the broad ends at the bottom of the thorax. 
Between the paired lungs in an area called the media- 
stinum lies the heart. The inside of the chest cavity is 
lined with a sheet of elastic tissue, the pleura, which 
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also covers each lung. The pleura, on each side of the 
chest, are independent from the other side; that is, the 
lining on the right covers the right lung and the right 
half of the thorax. A fluid called the pleural fluid fills 
the area between the two layers of pleura so that the 
membrane slides easily as the lungs work. 


A constant negative pressure or vacuum is main- 
tained in the chest to keep the lungs inflated. The 
diaphragm controls respiration. In its relaxed state it 
is dome shaped and projects into the chest. When it is 
tensed the diaphragm flattens and pulls air into the 
lungs. Carbon dioxide and oxygen are exchanged in 
the blood circulating through the lungs, the dia- 
phragm relaxes and forces the air out of the thorax, 
and the oxygenated blood is returned to the heart for 
circulation. 


Thoracic surgery may be needed as a result of a 
heart or lung disease, or to correct an abnormality of 
one of the large blood vessels. The heart may have 
a faulty valve that needs replacing, or a partially 
occluded coronary artery for which a bypass graft is 
needed. A hole in the wall separating the right and left 
sides of the heart may require patching. A lung tumor 
or a foreign object may need to be removed. A more 
serious procedure such as a heart transplant or heart- 
lung transplant may be needed. Any lung surgery will 
disrupt the negative pressure in the chest and render 
the lungs inoperable. 


Thoracic surgery did not advance as rapidly as did 
surgery on other areas of the body because the means 
could not be found to maintain lung function during 
surgery and restore it after the surgery is completed. 
Not until early in the twentieth century did German- 
born American physiologist Samuel James Meltzer 
(1851-1920) and American physiologist and pharma- 
cologist John Auer (1875-1948) describe successful 
lung surgery carried out under positive-pressure air 
forced into the lungs. With this method the lungs 
remained inflated and the surgery could be completed 
without the lungs collapsing. Ironically, Andreas 
Vesalius (1514-1564) had described this methodology 
centuries earlier. 


Heart surgery is carried out by placing the 
patient’s heart and lung functions on a heart-lung 
machine, or cardiopulmonary bypass machine. First, 
the thorax is opened by cutting through the superficial 
tissue and using a saw to cut the sternum. A device 
called a retractor spreads the cut sternum to allow the 
surgeon to have full view of the heart. 


The patient is connected to the bypass machine by 
tubes, or cannulas, attached to the large veins return- 
ing blood to the right side of the heart, the superior 
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KEY TERMS 


Coronary arteries—The arteries that supply blood 
to the heart muscle. 


Donor organs—Organs, such as a heart, kidney, or 
lung, removed from a person who has died to be 
implanted in a living person to replace a diseased 
organ. 


Negative pressure—A pressure maintained inside 
the chest that is lower than the air pressure outside 
the body. This allows the lungs to remain inflated. 
Loss of negative pressure may result in a collapsed 
lung. 

Valve—A device that controls the flow of blood 
between the chambers of the heart and blood enter- 
ing and leaving the heart. All the valves are one- 
way, allowing blood to pass in one direction and 
not in the reverse direction. 


and inferior vena cavae. The cannula to return blood 
to the patient is implanted in the aorta, the large blood 
vessel leading from the heart to the body, or to a major 
artery such as the femoral artery in the thigh. When 
the machine is turned on blood is drawn from the vena 
cavae into the machine where it is cooled, oxygenated, 
and filtered to remove any unwanted particles and 
bubbles. The newly oxygenated blood is returned to 
the aorta, which takes it to the body. Cooling the 
blood in turn cools the body temperature of the 
patient, which reduces the amount of oxygen the tis- 
sues need. A third tube gathers blood at the point of 
surgery and shunts it into the machine to reduce blood 
loss. 


With the patient safely on the heart-lung machine, 
the surgeon can stop the heart and lungs and carry out 
whatever procedure is needed. Attempting surgery on 
the beating heart or surgery while the lungs inflate and 
deflate would be difficult. Stopping the heart by cool- 
ing it and stopping lung action by giving a muscle 
relaxant that quiets the diaphragm provides an immo- 
bile field for the procedure. A vein taken from the leg, 
usually, can be grafted in place to bypass one or more 
blocked areas in the coronary arteries. A diseased 
heart valve can be removed from the heart and an 
artificial valve made from plastic and steel, pig valve, 
or monkey valve can be implanted. The entire heart or 
the heart and both lungs can be removed, emptying the 
chest cavity, and replaced with donor organs. 


At the conclusion of the operation the chest is 
closed, the heart-lung machine warms the blood to 
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restore normal body temperature, and the cannulae 
are removed from the vena cavae and aorta. 


See also Heart diseases. 
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Thorium see Actinides 


l Thrips 


Thrips are minute (less than 0.20 in or 5 mm) 
slender-bodied insects of the order Thysanoptera, 
characterized by two pairs of veinless, bristle-fringed 
wings, which are narrow and held over the back when 
at rest. Although thrips have wings, they do not fly. 
There are 4,500 species of thrips worldwide. In North 
America, there are 694 species of thrips in a number of 
families in two suborders, the Terebrantia and the 
Tubulifia. Greenhouse thrips (Heliothrips haemorrhoi- 
dalis) in the suborder Terebrantia deposit their eggs 
into slits made on plant tissues. Black hunter thrips 
(Haplothrips mali) in the suborder Tubulifera lay their 
eggs on protected plant surfaces. Red-banded thrips 
(Heliothrips rubrocinctus) are widespread in North 
America, sucking plant juices and possibly spreading 
plant viruses. 


Several species of predatory thrips feed on mites, 
aphids, and other thrips. The majority of thrips are 
fond of trees and shrubs, roses, onions, and many 
other herbaceous plants. Pale or white flowers are 
most attractive to thrips. Their rough mouthparts 
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break open plant tissues, allowing them to suck up 
plant juices. The most obvious signs of thrip damage 
are tiny black specks of feces, silvering foliage, dis- 
torted flowers and leaves, or buds that fail to open. 
The insects themselves are rarely seen without a hand 
lens. 


In warm weather, thrips eggs hatch in days, 
although cold weather may delay hatching for weeks 
to months. Thrips undergo incomplete metamorpho- 
sis, with eggs hatching into a series of nymphs (which 
resemble adults), which finally metamorphose into 
adult thrips. The wingless thrip nymphs eat their way 
through two larval stages, then find a protected crevice 
(either on the plant or in soil) to complete the transi- 
tion to a winged adult. Female thrips can reproduce 
parthenogenetically—that is, without mating with 
males. This strategy allows rapid population explo- 
sions when conditions are optimal. The complete life 
cycle can occur in as little as two weeks. Adults are 
relatively long-lived. 


Adult thrips are attracted to yellow and blue 
sticky traps hung a few feet above plants. 
Conventional pesticides (such as Malathion) used to 
control aphids and whiteflies also kill thrips. Less toxic 
control can be accomplished by maintaining plant 
health, for water-stressed plants and weedy areas are 
especially attractive to thrips. Treatment of infested 
plants involves removing infested plant tissues and 
mulching with plastic or newspaper to prevent success- 
ful development, followed by surrounding the plant 
stems with aluminum foil to prevent reinfestation. 
Predatory mites (Neoseiulus mackenziei, Amblyseius 
cucumeris) eat thrip eggs and larvae. Larval lacewings 
(Chrysoperta carnea) will also control greenhouse 
thrips as long as aphids, the preferred prey of lacew- 
ings, are not abundant. Predatory nematodes also 
consume larval thrips found in soils. Other control 
measures such as tobacco water spray, garlic/hot pep- 
per spray, pyrethrin, and insecticidal soap sprays can 
be effective in controlling thrips. 


Rosi Dagit 


| Thrombosis 


Thrombosis is the formation of a blood clot 
(thrombus) in a blood vessel. The process is an exag- 
geration of a normal and useful event by which the 
body prevents the loss of blood from veins and arteries 
as a result of an injury. During thrombosis, the blood 
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A scanning electron micrograph (SEM) of a thrombus (clot) 
completely occluding (blocking) a major pulmonary blood 
vessel in a human lung. At center is the blood clot. The thick 
wall of the pulmonary vessel surrounds it. On the outside is 
the fibrous tissue and alveoli of the lung. (Moredun Animal 
Health LTD/National Audubon Society Collection/Photo 
Researchers, Inc.) 


clotting process goes beyond the construction of a 
blockage for a damaged blood vessel and actually 
produces a solid clump (the clot) that reduces or even 
interrupts the flow of blood in the blood vessel. 


Thrombosis most commonly occurs for several 
reasons. First, the blood’s normal clotting system 
may become more active with the result that clots 
within a vein or artery are more likely to form. After 
childbirth, for example, a woman’s clotting mecha- 
nism becomes more active to reduce her loss of 
blood. If the system becomes too efficient, however, 
clots may form within a blood vessel. 


Secondly, a reduction in blood circulation can 
also result in the production of a clot. Primitive clots 
that might otherwise be swept away by the normal 
flow of blood may be left undisturbed on a vessel 
wall, allowing them to develop in size. 


Finally, the normal aging of blood vessels may 
contribute to the formation of clots. The first signs of 
atheroma, or degeneration of blood vessels, can be 
observed as early as childhood. The more advanced 
stage—hardening of the arteries—usually does not 
become a medical problem until old age, however. At 
this state, scarring of the interior walls of veins and 
arteries provides sites on which clots can begin to form. 


A variety of medical problems can result from 
thrombosis depending on the location of the throm- 
bus. When thrombosis occurs in a coronary artery of 
the heart, the result is a myocardial infarction, other- 
wise known as a heart attack. If a thrombus forms in 
the brain, a stroke occurs. Thrombosis in a leg vein, 
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especially the long saphenous vein, causes the condi- 
tion known as venous thrombosis or phlebitis. 


A secondary consideration in thrombosis is the 
possibility that a piece of the thrombus may become 
detached and carried away by the blood. The embolus 
thus formed may lodge in another part of the body, 
such as the lungs, where it may cause further medical 
problems. 


Researchers have identified a number of condi- 
tions that may lead to thrombosis. These include one’s 
genetic make-up, bodily injury, surgery, pregnancy, 
smoking, stress, hypertension, and arteriosclerosis. 


The most suitable form of treatment depends on 
the form of thrombosis that occurs. With phlebitis, for 
example, bed rest and elevation of the limb is recom- 
mended. In some instances, by-pass surgery may be 
required. For many cases of thrombosis, anticoagu- 
lant drugs—drugs that reduce the rate of blood clot- 
ting—can also be effective. 


| Thrushes 


Thrushes are a diverse group of about 300 species 
of common, medium-sized, perching, song birds in the 
family Turdidae, which range from 4.5-13 in (11-33 
cm) in body length. Thrushes occur worldwide in a 
wide range of habitats, but mostly in forests. 


Some species of thrushes are common in parks 
and gardens containing shrubs and trees not inten- 
sively treated with insecticides. Examples of these 
familiar species of thrushes include robins, bluebirds, 
and the European song thrush and blackbird. 


Biology of thrushes 


The generalized body plan of thrushes includes 
relatively short wings with rounded tips, a longish, 
weakly forked or rounded tail, stout legs and feet, 
and a slender beak. Coloration ranges from all black 
through various combinations of brown, blue, red, 
and white. The juveniles of most species have spotted 
breasts, as do the adults of some species. 


Many thrushes are accomplished singers, with 
relatively loud, melodious songs that carry over a 
rather long distance. The rich songs of thrushes pro- 
vide a pleasing component of the ambience of spring 
and early summer in the temperate zones of the world, 
when these migratory birds are actively establishing 
and defending their breeding territories. 
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An American robin (Turdus migratorius) on Oakland 
University campus, Michigan. (Robert J. Huffman. Field Mark 
Publications.) 


Most species of thrushes occur in forested or 
shrubby habitats; others occur in grasslands, tundra, 
and semi-desert. A wide range of food is eaten by 
thrushes. Most species feed upon small invertebrates 
(insects, caterpillars, and earthworms) of diverse types, 
especially when these birds are raising young, which 
require high-protein food. Some species feed on berries 
during at least part of the year. 


Most thrushes, usually the females, build mud- 
lined, cup-shaped nests of twigs, herbaceous stems, or 
leaves. The nests are usually located in relatively pro- 
tected places in trees or shrubs or on the ground. The 
young birds are naked and helpless for the first weeks of 
their life and are fed and tended by both adults. Most 
species of thrushes raise several broods each year; some 
use the same nests each time, while others do not. 


Species of thrushes 


Robins are among the world’s better known 
thrushes. The American robin (Turdus migratorius) is 
probably the native bird with which North Americans 
are most commonly familiar. The American robin has 
a brick-red breast and slate-gray back and is very wide- 
spread, breeding from the northern limit of trees and 
tall shrubs, through to southern Mexico. The American 
robin utilizes a wide range of natural habitats, and it 
also breeds in parks and gardens. As is implied by the 
scientific name of the species, the American robin is 
migratory, spending the non-breeding season in the 
more southern regions of its breeding range, as far 
south as Guatemala. The varied thrush (/xoreus nae- 
vius) is a robin like bird of mature and old-growth 
conifer forests of western North America. 


The European robin (Erithacus rubecula) is the orig- 
inal robin red-breast, after which other, superficially 
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similar species of thrushes were named, such as the 
American robin. The European robin is common in 
much of Europe and western Russia, breeding in open 
forests, shrubby habitats, hedgerows, and parks and 
gardens. 


Another common thrush of Europe and North 
Africa is the European blackbird (Turdus merula). 
This species occurs in a wide range of forest types, 
and also in parks and gardens. 


Bluebirds are a familiar group of thrushes in 
North America. The eastern bluebird (Sialia sialis) 
occurs in open, shrubby habitats of various types in 
eastern and central North America and south to 
Nicaragua. Male eastern bluebirds have a blue back 
and a red breast, while the color of the female is more 
subdued. The western bluebird (S. mexicana) and 
mountain bluebird (S. currucoides) are found in west- 
ern North America. 


Five species of thrushes occur in the forests of 
North America. These thrushes have a basic coloration 
of gray-brown to brown-red backs, with a white, spot- 
ted breast. All of these birds have pleasing, flute like 
songs. These species include the wood thrush 
(Hylocichla mustelina), hermit thrush (H. guttata), 
olive-backed thrush (H. ustulata), gray-cheeked thrush 
(H. minima), and veery (H. fuscescens). Numbers of 
some of the more southern populations of these forest 
thrushes appear to be declining substantially, in part 
because of excessive nest parasitism by the brown- 
headed cowbird (Molothrus ater). The breeding range 
of the cowbird has expanded tremendously because of 
fragmentation of forests by human activities, especially 
the conversion of forests to agricultural and residential 
land-use. The cowbird poses a risk for many species of 
birds, in addition to forest thrushes. 


The wheatear (Oenanthe oenanthe) is an arctic 
species of thrush, breeding as far north as the limits 
of land in both North America and Eurasia. 


Thrushes and people 


Because species of thrushes are among the more 
familiar and well appreciated native birds, they are an 
important component of the aesthetic environment. 
This is true of both natural habitats and managed 
habitats, such as gardens and parks. As such, the 
activities and songs of a number of species of thrushes 
provide people with a meaningful link to the more 
natural aspects of the human experience. 


The European blackbird and European song 
thrush (Turdus philomelos) were introduced to New 
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Zealand and Australia by British colonists. This was 
done as part of a larger attempt to make their new, 
foreign surroundings more familiar in the context of 
west European culture. 


In some places, populations of thrushes have suf- 
fered badly as a result of poisoning caused by their 
exposure to insecticides used in agriculture or for other 
purposes. For example, during the 1950s and 1960s, 
populations of American robins declined greatly in 
places where the insecticide DDT was used to kill the 
beetle vectors that were spreading Dutch elm disease. 
The latter is an introduced pathogen that is still killing 
native elm trees over large areas, including large and 
valuable trees in cities and suburbs. The disappearance 
of robins and their prominent, melodious songs was 
an important component of the so-called “silent 
spring” that became a metaphor for the ecological 
damage associated with some types of pesticide uses. 
As such, the health of robin populations became a very 
important indicator of the broader health of the urban 
and suburban environment. 


Thrushes seen only occasionally in North America 
include 


» White-throated robin (Turdus assimillis). A south- 
western stray. Normally a resident of the tropical 
mountains, this bird has been seen in southern 
Texas during particularly harsh winters. 


Clay-colored robin (Turdus grayi). A southwestern 
stray. Normally resides from eastern Mexico to 
northern Colombia, this bird has become a frequent 
visitor to southern Texas (especially in winter) in 
recent years. 


Redwing (Turdus illacus). An eastern stray. Normally 
residing in Europe and northern Asia, this bird has 
been observed several times in North America 
(mostly in winter). 


Dusky thrush (Turdus naumanni). An Alaskan stray. 
Normally a resident of Asia, this bird has been 
observed in Alaska on several occasions. 


Eyebrowed thrush (Turdus obscurus). An Alaskan 
stray. Native of Asia. Seen as a rare migrant in the 
western Aleutian Islands. Has also been observed on 
the Pribilofs, St. Lawrence Island, and the Alaskan 
mainland. 


Fieldfare (Turdus pilaris). An eastern stray. Common 
in Europe and parts of northern Asia, this bird is 
sometimes seen in eastern Canada and the northeast- 
ern United States. There have also been sightings in 
Alaska. 
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- Red-legged thrush (Turdus plumbeus). A native of the 
West Indies, this bird was once seen in Miami, 
Florida. 


- Rufous-backed robin (Turdus rufopalliatus). A south- 
western stray. A resident of Mexico, this bird occa- 
sionally strays north to southern Arizona. Sightings 
have also occurred in Texas, New Mexico, and 
California. 


Status of North American thrushes 


Eastern bluebird (Sialia sialis) and western bluebird 
(Sialia mexicana). These birds have suffered from the 
felling of dead trees and the removal of dead 
branches, which increases competition with other 
species, such as house sparrows and European star- 
lings, for nesting cavities. Nest boxes are now used to 
maintain populations; this has proven more success- 
ful with the eastern bluebird, but the provision of 
nesting boxes for western bluebirds does not appear 
to have kept pace with the loss of natural sites. In 
recent decades, the numbers of western bluebirds 
have declined over much of this bird’s range. It is 
estimated that at one point, the eastern bluebird 
population had declined by 90% since 1900; today 
the population seems to be increasing. Rarely, cow- 
birds may lay eggs in this bird’s nests, with the result 
that fewer young of their own are hatched. 


- Mountain bluebird (Sialia currucoides). The popula- 
tion of this species has suffered a drastic decline since 
1900. This bird competes with flickers, swallows, 
house sparrows, and starlings for nesting locations. 
Today their numbers appear stable. 


- Townsend’s solitaire (Myadestes townsendi). Rarely, 
cowbirds may parasitize the nests. 


¢ Wood thrush (Hylocichla mustelina). The population 
is declining, but the species is still common in many 
areas. May be losing winter habitat in the tropics. 
Cowbirds may parasitize the nests. 


» Veery (Catharus fuscescens). Brown-headed cowbirds 
may parasitize. Surveys suggest that this bird’s num- 
bers are declining in some areas, but it is still common 
in many other areas. 


« Swainson’s thrush (Catharus ustulatus). This bird no 
longer breeds along the Pacific Coast as it once did, 
although the overall population appears stable. It 
may be vulnerable to loss of breeding grounds. 
Rarely, cowbirds may parasitize. 


« Gray-cheeked thrush (Catharus minimus). The south- 
ern breeding populations may be in decline. 
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« Bicknell’s thrush (Catharus bicknelli). The Bicknell’s 
thrush of the Northeast, which winters mostly on the 
island of Hispaniola in the West Indies, is currently 
being watched by conservationists. Although 
Bicknell’s thrush looks and sounds very much like 
the gray-cheeked thrush, it is now considered to be a 
separate species. Unlike most gray-cheeked thrushes, 
which breed in northern spruce forests and in thick- 
ets of willow and alder on the tundra, Bicknell’s 
thrush breeds in stunted conifers on the tops of 
mountains and in dense second-growth woods con- 
taining many young conifers. 
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Hermit thrush (Catharus guttatus). Numbers appear to 
be stable. Because it winters farther north than other 
brown thrushes, it less threatened by ecological dam- 
age to the tropics. Rarely, cowbirds may parasitize. 


Varied thrush (xoreus naevius). Although still com- 
mon, this bird may be vulnerable to loss of habitat 
due to cutting of forests of the Northwest. 


American robin (Turdus migratorius). Rarely, cow- 
birds may parasitize. Has expanded into Great Plains 
and drier lowlands with the planting of trees and the 
extension of irrigation (creating nesting sites and 
moist grassland for foraging). Although this bird 
was once widely hunted for food, it is today abun- 
dant and widespread. 


Northern wheatear (Oenanthe oenanthe). The popu- 
lation in North America appears stable, but this bird 
may be increasingly seeking out breeding grounds in 
northeastern Canada. 


- Bluethroat (Luscinia svecica). This small Alaskan 
population is probably stable and possibly even 
increasing. Widespread and common in Eurasia. 


See also Blackbirds. 
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Thulium see Lanthanides 


I Thunderstorm 


A thunderstorm, or an electrical storm, is a strong 
disturbance in the atmosphere that brings heavy rain, 
lightning, and thunder to areas from one to hundreds 
of kilometers across. An average thunderstorm may 
release as much energy as 10,000,000 kilowatt-hours— 
a large thunderstorm may release 100 times as much 
energy. 


Thunderstorms are formed when humid air near 
the surface begins rising and cooling. The rising air 
forms clouds. Storms develop when the clouds cool 
enough to bring about the growth of rain droplets or 
ice crystals. Eventually the growing drops or crystals fall 
out of the cloud as precipitation. Strong updrafts and 
downdrafts that are inside a thunderstorm can cause 
static charges to build up in the cloud. Charges of 
opposite sign (electrical polarity) accumulate in different 
parts of the cloud until a spark occurs between them, 
resulting in the jagged bolts of lightning associated with 
thunderstorms. Severe thunderstorms may include hail, 
tornadoes, and damaging straight line winds, making 
these storms among nature’s most destructive. 


Thunderstorm development 


Thunderstorms develop in the same process that 
forms the puffy clouds of summer skies, cumulus 
clouds. These clouds form when humid air (that is, 
air with an abundance of water vapor) near the surface 
is pushed up by being forced over a mountain range, a 
front, strong solar heating of the surface, or some 
other means. As the air rises through the atmosphere, 
it expands and cools. Eventually the rising air cools to 
the point where its water vapor condenses to form 
droplets of liquid water. A huge collection of these 
tiny suspended droplets forms a cloud. At this stage, 
the rising air is visible as a cumulus cloud, called a 
convective cloud since it forms by convection (vertical 
air movement). During fair weather, the convective 
clouds stop their vertical growth at this point and do 
not bring rain. 
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To form a thunderstorm from a convective cloud 
several conditions are necessary. Most importantly the 
atmosphere must be unstable. In an unstable atmos- 
phere the air temperature drops rapidly with height, 
meaning any bubble of air that begins rising and cool- 
ing will remain warmer than its surroundings. At every 
point in its ascent, the rising air acts like a hot air 
balloon: since it is warmer and less dense than the 
surrounding air, it continues to rise. 


A second requirement for a strong thunderstorm 
is plenty of humid air. This condition supports the 
growth of cloud droplets and actually fuels the rising 
air through latent heat. The water vapor in the 
air comes from the evaporation of liquid water some- 
where—most likely the oceans. To evaporate the 
water into vapor, energy is required, just as heat 
must be added to a kettle to make its water boil. This 
energy carried with the water vapor wherever it goes is 
latent or hidden heat. If and when the vapor condenses 
to form liquid water, the latent heat will be released 
back into the environment. Thus, when the water 
vapor in rising air condenses to form water droplets, 
a significant amount of heat is released to the sur- 
rounding air. Heating the air makes it less dense and 
increases the tendency of the air bubble, now a cloud, 
to rise. 


As the air continues to rise and cool, droplets 
within the cloud begin to grow by coalescence (sticking 
together). In the clouds of colder climates, droplets 
may freeze to form ice crystals, which grow as more 
and more water vapor condenses on them. The drop- 
lets or ice crystals, known as precipitation particles, 
only grow as long as they can be supported by the 
updrafts. When they grow too large, they begin to fall 
out of the cloud as drizzle or raindrops. If the updrafts 
in the cloud are vigorous enough, much larger precip- 
itation will be formed. In a thunderstorm the uplift 
process is so strong that the cloud grows to the height 
of the entire lower atmosphere (about 40,000 ft [12 km] 
above the surface) allowing large raindrops and hail- 
stones to form. 


At least two distinct types of thunderstorms can 
be observed. Over warm humid areas such as the Gulf 
of Mexico, the air-mass thunderstorm is the most 
common. These thunderstorms grow from converging 
cumulus clouds that rise and cool as described above. 
As the storm matures, rain begins to fall from the 
upper part of the cloud. The falling precipitation 
causes downdrafts. This downward moving air even- 
tually overwhelms the rising air. The downdrafts effec- 
tively shut off the uplift necessary for the storm to 
grow, so the storm dissipates as the air sinks and no 
more rain is formed. These types of thunderstorms are 
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Lightning over Tamworth, New South Wales, Australia. (Gordon Garrado. Science Photo Library, National Audubon Society 
Collection/Photo Researchers, Inc.) 


common over the Florida peninsula, where they bring 
showers and lightning strikes but rarely any hail or 
damaging winds, unless frontal action is nearby. 


Potentially more severe thunderstorms form in 
temperate regions such as the central and eastern 
United States. Called frontal thunderstorms, these 
storms often form ahead of the advancing edge of a 
cold air mass (a cold front). In the summer months, the 
air ahead of the cold front is usually warm humid air 
that is highly unstable. The denser cold air forces the 
warmer lighter air ahead of it to rise, forming convec- 
tive clouds and, eventually, rain. As in an air mass 
thunderstorm, the falling rain causes downdrafts in 
the cloud. Unlike the air mass storm, a frontal thun- 
derstorm is arranged so that it is intensified by the 
downdrafts. The downdrafts become strong gusts of 
down-flowing air. When they reach the ground, the 
downdrafts spread out and force more warm humid 


air to begin rising into the thunderstorm. This condi- 
tion provides the storm with more latent heat, 
strengthening the cloud’s updrafts, increasing its 
wind speeds, and improving the chances of heavy 
rain and hail. The storm advances into the warm air, 
vacuuming up humid air, and transforming it into a 
very organized system of powerful updrafts and down- 
drafts. After the storm and the front passes, the 
affected area is often affected by the cold air behind 
the front where temperatures and humidities are usu- 
ally much lower. 


Hail, lightning, and tornadoes 


Strong updrafts in a thunderstorm support the 
growth of large rain drops and ice crystals. In a severe 
storm, some of the ice crystals may be dragged down 
by the downdrafts, then swept up again by updrafts. 


Thunderstorm 


A nighttime thunderstorm. (© Keith Kent/Photo Researchers, 
Inc.) 


Ice particles may be circulated several times through 
the storm cloud in this manner, picking up water with 
each cycle. In a process called riming, rainwater 
freezes onto the ice particles and eventually grows to 
be large hailstones. Hailstones continue to be recircu- 
lated through the cloud until they grow large enough 
to fall out under their own weight, falling against the 
strong updrafts. If located in the appropriate part of 
the storm, hailstones can grow to impressive sizes. 
Hail as large as 5.5 in (14 cm) in diameter has been 
recorded. 


Another product of the vigorous up and down 
drafts in the storm cloud is lightning. Lightning is a 
giant spark caused by a buildup of static electrical 
charges, a larger version of the spark one gets by 
touching a metal doorknob after walking across a 
cloth carpet. By processes that still are not understood 
fully, thunderstorm clouds build up a large separation 
of electric charge with positive charges located near 
the top of the cloud and negative charges concentrated 
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KEY TERMS 


Air-mass thunderstorm—A thunderstorm typical of 
tropical areas that may produce heavy rain but 
rarely any hail or tornadoes. 


Convective cloud—A cloud formed from the verti- 
cal uplift (convection) of surface air. 


Frontal thunderstorm—Thunderstorms associated 
with cold fronts moving through warm humid air. 


Latent heat—The heat given off when water vapor 
condenses to form liquid water. 


Precipitation particles—Rain drops or ice crystals 
that have grown heavy enough to fall out, or pre- 
cipitate, out of a storm cloud. 


Riming—The freezing on contact of raindrops as 
they are collected by an ice pellet growing to a 
hailstone. 


Unstable atmosphere—The condition of the 
atmosphere when air temperature drops rapidly 
with height. Such conditions support rising air and 
contribute to strong thunderstorms. 


near the middle. Usually the cloud base has a smaller 
pocket of positive charge. Because the charges are 
separated, huge voltage differences within the cloud 
and between the cloud base and the ground often 
result. The voltage difference is equalized suddenly 
by a bolt of lightning between these areas. The spark 
heats the air in the lightning channel to over 54,000°F 
(30,000°C) causing a rapid expansion. The resulting 
sound is heard as thunder. 


Severe thunderstorms also may form tornadoes, 
columns of air spinning at extremely high wind speeds. 
Tornadoes pack wind speeds of 220 mph (over 100 m/ 
second) in a small area, making them capable of great 
destruction. 


See also Air masses and fronts; Atmospheric cir- 
culation; Tornado. 
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Ticks see Arachnids 
Tidal energy see Alternative energy sources 


Tidal waves see Tsunami 


| Tides 


Tides are deformations in the shape of a body 
caused by the gravitational force of one or more 
other bodies. All bodies in the universe exert tidal 
forces on each other, although the effects are generally 
too small to observe. As far as Earth is concerned, the 
most important tidal phenomena are the ocean and 
ground tides that occur as a result of the moon’s and 
the sun’s gravity. 


History 


One of the earliest careful observers of ocean tides 
was the Greek geographer Pytheas of Massalia. In 
about the third century BC, Pytheas traveled outside 
the Straits of Gibraltar and observed tidal action in the 
Atlantic Ocean. (Tides were essentially absent from 
the Mediterranean Sea, which was more familiar to 
the Greeks.) Pytheas proposed an explanation for 
tidal action: the pull of the moon on Earth’s oceans, 
he said, caused the tides. This explanation is now 
known to be basically correct, although it was not 
widely accepted by scientists until the eighteenth cen- 
tury. English physicist Sir Isaac Newton (1642-1727) 
first succeeded in mathematically describing the tides 
in what is known as the equilibrium tidal theory. 
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Low tide at Big Pine Key, Florida. (ULM Visuals.) 


High tide at Big Pine Key, Florida. (ULM Visuals.) 


Theories of tidal action 


The side of Earth that faces the moon experiences 
a larger gravitational pull, due to the moon’s closer 
proximity, than other parts of Earth. This force causes 
Earth itself to bulge slightly toward the moon. This 
bulge is termed an Earth tide. Since water is free to 
move horizontally, the oceans tend to flow over 
Earth’s surface and collect in a secondary bulge on 
top of the Earth tide; this water bulge is termed an 
ocean tide. 


At the same time, an Earth tide and an ocean tide 
form on the opposite side of Earth, directly away from 
the moon. This second bulge forms as follows (focus- 
ing on the ocean tide alone, for clarity): the moon and 
Earth, like all pairs of bodies orbiting each other in 
space, actually orbit around their common center of 
mass (that is, the point where, if their individual cen- 
ters were attached to opposite ends of a rigid stick, the 
stick could be suspended from a string and remain in 
balance). 
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In the case of the Earth-moon system, the common 
center of mass happens to be inside Earth, about 1,068 
miles (663 km) beneath the surface along a line connect- 
ing the center of Earth to the center of the moon. As 
Earth and moon revolve around this point like dancers 
spinning with linked hands, all points on both bodies 
experience a centrifugal force. This centrifugal force has 
the same magnitude and direction at every point on and 
in Earth (i.e., away from the moon parallel to a line 
connecting the center of Earth to the center of the 
moon). Where Earth’s surface is at any angle other 
than 90° to the line connecting the center of Earth to 
the center of the moon, water experiences a horizontal 
component of this centrifugal force. On the half of 
Earth’s surface facing away from the moon, this hori- 
zontal force overcomes the pull of the moon’s gravity 
and causes water to flow over Earth’s surface to a point 
on the side of Earth directly opposite the moon-facing 
tidal bulge. A second tidal bulge thus forms on the side of 
Earth facing directly away from the moon. This bulge is 
slightly smaller than the moon-facing bulge because the 
imbalance between the moon’s gravitation and centrifu- 
gal force is smaller at this point. (The moon is closer to 
the moon-facing bulge, making its gravitation stronger 
there, whereas the centrifugal force considered here is the 
same everywhere on Earth.) The larger, moon-facing 
tide is termed the direct tide; the tide on the opposite 
side of Earth is termed the opposite tide. 


These two tidal bulges—one moon-facing or 
direct, the other on the opposite side of Earth—are 
the high tides. Because Earth is spherical, these bulges 
are actually arcs, meeting at the poles to form a globe- 
girdling ring or belt of high tide aligned with the moon. 
(Centrifugal force and the moon’s gravity cancel 
exactly at the poles, so the high tide is, in this simpli- 
fied model, highest at the equator and diminishes to 
zero toward the poles.) Movement of water to this 
high-tide belt causes a complementary belt of low 
water to form around Earth at 90° to the line connect- 
ing the centers of Earth and moon. This belt produces 
the phenomenon known as low tide. 


The high-tide belt always lies along the line con- 
necting the centers of Earth and moon; however, as 
Earth rotates daily on its axis, land areas approach this 
belt, pass through it, and leave it behind. Thus, from 
the point of view of an observer fixed to the surface of 
the rotating Earth, the ocean tides are continually 
sloshing up against some coastlines and draining 
away from others. As a result, most coastal areas 
experience two high tides and two low tides each day. 
One high tide corresponds to the high-tide arc facing 
the moon, and the other to the high-tide arc facing 
away from moon. 
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The sun forms similar tidal bulges in Earth and its 
oceans, one set due to gravitation and the other to 
centrifugal force. However, sun’s tidal effect is slightly 
less than one half that of the moon. (It is both more 
massive than the moon and more distant; distance 
wins.) As the moon orbits Earth every 28 days, it 
twice comes into alignment with Earth and the 
sun—once when it is directly between Earth and the 
sun (i.e., when observers on Earth see the shadowed 
side of the moon) and once when Earth is directly 
between itself and the the sun (i.e., when observers 
on Earth see the illuminated or “full” side of the 
moon). When the moon and the sun are aligned, 
their tidal forces add up to produce a maximum tidal 
change. These maximal tides are termed spring tides 
because the waters of the ocean “spring up” higher 
(and sink lower) at these times. When the moon and 
the sun are at right angles to each other (1.e., when the 
moon is half-illuminated as seen from Earth), the solar 
and lunar tidal bulges do not add, and the least dra- 
matic tides of the month are observed. These are 
termed neap tides. 


Variables affecting tidal forces 


Physicists have derived precise mathematical 
expressions to describe the gravitational effects of the 
moon and the sun on Earth. In theory, therefore, it 
should be possible to make precise predictions of the 
timing and sizes of all of ocean tides. In fact, absolutely 
precise predictions are not possible because a large 
number of factors contribute to the tides at a particular 
location. Primary among these is that the shape of ocean 
basins is so irregular that the water in them cannot 
behave in a simple way. Other variables also complicate 
the situation. These include variations in Earth’s axial 
rotation and variations in Earth-moon-sun positioning, 
including variations in orbital distance and inclination. 
Estimates of tidal behavior are therefore still based 
primarily on previous tidal observations, continuous 
monitoring of coastal water levels, and astronomical 
tables. (Comparison of predicted with measured tides 
along United States coasts can be checked at <http:// 
tidesonline.nos.noaa.gov/>, a Website maintained by 
the U.S. government.) 


Tide tables 


Data about tidal patterns accumulated in various 
parts of the world are used to produce tide tables. Tide 
tables are constructed by examining records to find 
out, for any given location, the times at which high and 
low tides have occurred in the past and the levels that 
those tides have reached. These records are then used 
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to predict the most likely times and levels expected for 
tides at various times in the future for the same loca- 
tions. Because of differences in ocean bottoms, coast- 
line shape, and other factors, unique tide tables must 
be constructed for each specific coastline in the world. 


Semidiurnal and diurnal tides 


In most places, tides are semidiurnal (twice-daily), 
meaning that there are two tidal cycles (with one high 
tide and one low apiece) each day. In other words, 
during a typical day the tides reach their highest 
point along the shore and their lowest point twice 
each day. The high-water level reached during one of 
the high tide stages is usually higher than the other 
high point, and the low water level reached during one 
of the low tide stages is usually lower than the other 
low tide point. This difference is called the diurnal 
inequality of the tides. 


In a few locations, tides occur only once a day, 
with a single high tide and a single low tide. Such tidal 
cycles are known as diurnal (daily) tides. In both 
diurnal and semidiurnal settings, a rising tide is termed 
a flood tide and a falling tide is termed an ebb tide. The 
moment when the water reaches its highest point at 
high tide (or its lowest point at low tide) is called the 
slack tide, since the water level is then static, neither 
rising nor falling, at least for a short time. 


Effect of the Moon’s motion around Earth 


As Earth spins on its axis, completing one turn 
every 24 hours, the moon orbits around Earth, com- 
pleting one orbit every 28 days. Consequently, during 
the time Earth rotates once (24 hours), the moon has 
moved across about 1/28th of the sky. Earth, conse- 
quently, must rotate one day plus 1/28th of a day 
(about 50 minutes) to bring the moon into the same 
position overhead. This time period—24 hours, 50 
minutes—is termed a lunar day. Since tides are caused 
by the moon, they recur on a lunar-daily schedule, 
rather than a 24-hour schedule, and consequently 
shift their times of occurrence with respect to the 24- 
hour clock. As a result, on a coast with diurnal tides, 
each day the high tide (or low tide) will occur 50 
minutes later than the day before; on a semidiurnal 
coast, each high tide (or low tide) will occur 12 hours, 
25 minutes later than the previous high tide. 


Tidal currents 


Any movement of ocean water caused by tidal 
action is known as a tidal current. In open water, tidal 
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currents are relatively weak and tend to change direc- 
tion slowly and regularly throughout the day. They 
form a kind of rotary pattern that sweeps around the 
ocean like the minute hand on a clock. Closer to land, 
however, tidal currents tend to change direction rather 
quickly, flowing toward land during high tide and away 
from land during low tide. In many cases, this onshore 
and offshore tidal current flows up the mouth of a river 
or some other narrow opening. The tidal current may 
then attain velocities as great as 9 mi (15 km) an hour 
with crests as high as 10 ft (3 m) or more. 


All coastal locations (as well as very large lakes) 
experience some variation in tidal range during each 
lunar cycle, due to the affects of neap versus spring 
tides. Most tides attain less than 10 ft (3 m) in size; 3— 
10 ft (1-3 m) is common. In some places, however, the 
tides may be much greater. These locations are charac- 
terized by ocean bottoms that act as funnels through 
which ocean waters rush upward towards or downward 
away from the shore. In the Bay of Fundy, Canada 
for example, the tidal range may be as great as 46 ft 
(14 m). At the opposite extreme, the Mediterranean, 
Baltic, and Caribbean Seas have tides of less than a 
foot (0.3 m). 


Deep-ocean tidal currents also occur. In fact, it 
has recently been discovered that about half of the 
energy input by Earth-moon-sun system as it drags 
tides around Earth is dissipated in deep-ocean cur- 
rents, and the rest in shallow-ocean currents. Some 
3 x 10! watts of energy are dissipated through friction 
in deep-ocean circulation alone, with profound long- 
term effects on Earth’s climate. 


Some side effects of the tides 


(1) Because Earth’s comparatively rapid rotation 
is continually dragging the tidal bulges away from 
their ideal locations, the moon-facing bulge is always 
slightly ahead of the moon in the direction of its orbit. 
(The moon orbits in the same sense as Earth spins.) 
The gravitational pull of the bulge thus tends to accel- 
erate the moon slightly, which causes it to orbit 
slightly higher above Earth. The moon thus moves 
about 1.2 inches (3 cm) farther from Earth every 
year. As it moves away, the magnitude of the tides 
slowly decreases. (2) Tidal friction is slowing Earth’s 
axial spin. During the Jurassic period, for example, 
approximately 180 million years ago, the day was less 
than 23 hours long; when life first appeared on Earth, 
it was only about 20 hours long. Tidal friction long 
ago caused the moon to slow its own axial spin to the 
point where it now always keeps the same side facing 
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Earth. This is a common effect in bodies orbiting more 
massive ones, as for example the inner moons of 
Saturn and Jupiter. (3) Stresses in Earth’s crust caused 
by the tides tend to trigger earthquakes. Frequency 
analysis of all recorded earthquakes shows that they 
have a strong tendency to occur on a semidiurnal 
basis, in accord with tidal stress. 


Tidal power plants 


Engineers have long recognized that the move- 
ment of tidal currents might be an inexpensive, effi- 
cient, and environmentally safe source of power for 
human use. In general, the plan would be to construct 
a dam across the entrance of an estuary through which 
tidal currents flow with significant speed. Then, as 
tidal currents flow into and out of the estuary 
twice each day, they could be used to drive turbines 
which, in turn, could be used to operate electrical 
generators. 


One of the few commercial tidal power stations in 
operation is located at the mouth of the La Rance 
River in France. Tides at this location reach a max- 
imum of 44 ft (13.5 m). Each time the tide comes in, a 
dam at the La Rance station holds water back until it 
reaches its maximum depth. At that point, gates in the 
dam are opened and water is forced to flow into the La 
Rance River, driving a turbine and generator in the 
process. Gates in the dam are then closed, trapping the 
water inside the dam. At low tide, the gates open once 
again, allowing water to flow out of the river, back 
into the ocean. Again the power of moving water is 
used to drive a turbine and generator. 


The plant is able to produce electricity only four 
times each day, during each of two high tides and each 
of two low tides. It generates a modest 250 megawatts 
in this way with an efficiency about equal to that of a 
fossil-fuel plant, 25%. With present technology, few 
other sites exist where tidal power generation is cur- 
rently considered economically feasible. 


See also Alternative energy sources; Gravity and 
gravitation. 
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KEY TERMS 


Diurnal—Occurring once per day. 


Ebb tide—The period when the water level is 
falling; the period after high tide and before low 
tide. 


Flood tide—The period when the water level is 
rising; the period after low tide and before high 
tide. 


High tide—The event corresponding to the largest 
increase in water level in an area that is induced by 
tidal forces. 


Low tide—The event corresponding to the largest 
decrease in water level in an area that is induced by 
tidal forces. 


Neap tides—Period of minimum tidal range that 
occurs about every two weeks when moon and 
sun are at 90° to each other, that is, at the first and 
third quarter moons. 


Period—tThe interval of time between two recur- 
ring events, such as the high tides in an area. 


Semidiurnal—Occuring twice per day. 


Slack tide—Period during which the water level is 
neither rising nor falling. 


Spring tides—Period of maximum tidal range; 
occurs about every two weeks, when Moon and 
sun are in line with each other, i.e., at the new and 
full moons. 


Tidal current—Horizontal movement of water due 
to tidal forces. 


Tidal range—Vertical distance between high tide 
and low tide during a single tidal cycle. 
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| Time 


Time is a measurement to determine the duration 
of an event, or to determine when an event occurred. 
The Latin word tempus came from the Greek word 
temnein, which means to cut. Time has different incre- 
mental scales (year, day, second, etc.), and it has dif- 
ferent ways by which it is reported (Greenwich Mean 
Time, Universal Time, Ephemeris Time, etc.). 


Time measurement systems 


The time scale is based upon the movement of the 
sun. Since the sun appears to move from east to west in 
the sky, when it is twelve noon in New Jersey, people in 
Seattle, Washington, say that the sun has not yet 
reached its apex, or noontime position. In fact, if one 
say that the sun has attained its noontime position, 
someone who is west of that position by one degree of 
longitude will not see the sun in its noontime position 
for approximately four minutes. 


In October 1884, an international agreement div- 
ided the planet Earth into 24 time zones (longitudinally 
into 15° segments), allowing humans to standardize 
time keeping. The starting point, or zero meridian, was 
the longitude that ran through the Royal Observatory in 
Greenwich, England. This is the common position from 
which people measure time and is generally referred to 
as Greenwich Mean Time (GMT). 


As one moves westward from Greenwich, one 
hour is added for every 15° meridian that is crossed. 
As one moves eastward from Greenwich, subtract one 
hour for every 15° meridian that is crossed. (On land 
the time zones are not always straight lines; this is 
sometimes done to keep countries, states, cities, etc., 
all within the same time zone.) It should also be noted 
that these time zones are also listed by letters of the 
alphabet as well as 15° increments: Greenwich is des- 
ignated Z for this purpose, the zones to the East are 
designated A through M, omitting the letter J, and the 
zones to the West are N through Y. 


In North America, most people measure time 
based upon two 12-hour intervals. To distinguish the 
first 12 hours from the second, time is labeled. The first 
twelve hours are denoted by the letters “a.m.” (for the 
Latin ante meridiem, meaning before noon—before the 
sun has reached its highest point in the sky). The 
second 12 hours is denoted by “p.m.” (for post mer- 
idiem, which means after noon). 


The International Date Line is near the 180° lon- 
gitude in the Pacific Ocean. When one crosses it going 
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A sundial in Death Valley, California. Sundials were the first 
devices used to measure time. (JLM Visuals.) 


west, 24 hours (one day) are added, and when one 
crosses it going east 24 hours (one day) are subtracted. 


If one asks someone from Europe, or someone in 
the armed services, what time it is, he or she will 
answer using a 24-hour system. Their time starts at 
midnight of every day, which they call 0000 hours (or 
2400 hours of the previous day). Their time then pro- 
ceeds forward for 24 hours, at which point it starts 
again. If someone states it is 0255 Zulu time, it means 
that it is 2:55 a.m. in Greenwich, England. This type of 
time reckoning is extremely important to synchroniz- 
ing clocks for navigation, etc. 


Astronomers found GMT to be awkward to work 
with in their calculations, because its measurements 
were based upon the sun’s actual motion and period 
between successive occurrences at its noontime posi- 
tion. Therefore, in 1972 they defined a Universal 
Time, which starts at midnight. They also realized 
that the solar day, the time from noon to noon, is not 
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necessarily constant because of the irregular motion of 
Earth. To compensate for this, they have adopted a 
mean (average) solar day, time from noon to noon, 
upon which to base their measurements. 


Both GMT and Universal Time are solar-based 
time systems, which means that they are based upon 
the apparent movement of the sun. This method is not 
accurate enough for all scientific measurements 
because Earth’s orbit around the sun is not circular 
(it is an ellipse), Earth’s rotation rate (how fast it spins 
on its axis) is not constant, and its rotation axis is 
nutating (wobbling). Astronomers compensate for 
these imperfections by using a Sidereal Time measure- 
ment, a measurement system based upon the repetitive 
motion of the stars. This motion is, in fact, due to 
Earth’s motion. Ephemeris time is a Sidereal Time 
based on the apparent repetitious motion of the 
moon and the planets. 


During World War II (1939-1945) a war time was 
instituted to save electricity. Later, this became day- 
light saving time. However, some states and cities no 
longer use daylight saving time because they see it as a 
needless complication. 


German-American physicist Albert Einstein’s 
(1879-1955) theory of relativity prompted scientists 
to revise the idea of time as an absolute. For example, 
German mathematician Hermann Minkowski (1864— 
1909) described time as the fourth dimension of space, 
postulating a space-time continuum, which scientists, 
including Einstein, accepted. Essentially, time cannot 
be a basis for absolute measurement. Because people 
are all in motion, in one form or another, time meas- 
urements are dependent upon how humans are mov- 
ing. Relativistic time measurements depend upon who 
is measuring it, how fast the person is moving, and 
whether or not they are undergoing an acceleration. 


Time-measuring devices 


Humans measure time, in general, with a clock. 
However, not all clocks are based on the same time 
scale. Measurement systems and types of time differ 
widely. People have just seen that clocks in different 
places are calibrated to different schemes, and so are 
likely to tell different times. 


The first clock was natural—the motion of the sun 
through the sky. This led to the invention of the sun- 
dial to measure time, as well as the evening version 
using the moon’s position. Later came the hourglass, 
candles, and clocks which burned wax, or oil, at a 
specified rate, and water clocks, which allowed water 
to flow at a specified rate. Early clocks of greater 
accuracy used a pendulum arrangement invented in 


4374 


1656 by Dutch astronomer Christiaan Huygens 
(1629-1695). Balance wheels then replaced pendulums 
in some clocks, which allowed clocks to become port- 
able. In recent times, coupled pendulum clocks were 
used to keep extremely accurate times. 


Most of today’s clocks and watches use a quartz 
crystal to keep the time. The specially manufactured 
quartz crystal, with a specific frequency voltage pass- 
ing through it, will vibrate at a constant (character- 
istic) frequency. This frequency, when amplified, 
drives an electric motor, which makes the hands of 
the clock turn, or makes the digital display change 
accordingly. 


Atomic clocks are the most accurate clocks, and 
are used by the U.S. Naval Observatory. They vibrate 
at a constant sustainable frequency. The process is 
analogous to setting a pendulum in motion, or a 
quartz crystal vibrating, except the atoms vibrate 
between two different energies. This vibration between 
energy levels is associated with a specific frequency, 
just like the oscillating quartz crystal. This atomic 
frequency is what drives the clock. The current stand- 
ard for atomic clocks is one that uses an isotope of 
cesium, '**Cs. In 1967, the second was redefined to 
allow for this accuracy. The second is now defined as 
9,192,631,770 times one period, the time for one com- 
plete oscillation, of '*°Cs. 


Research continues into ion clocks such as the 
hydrogen masterclock. This type of clock is more 
accurate than a '*°Cs clock; however, after several 
days its accuracy drops to, or below, that of a '**Cs 
clock. 


Time reversal 


Humans perceive time as always proceeding for- 
ward into the future; there is no known way for 
humans to travel into the past (except through memo- 
ries). Time reversal refers to the attempt to understand 
whether a process is moving forward or backward in 
time. For example, if one watches a movie of two 
isolated billiard balls colliding on a billiard table, can 
one tell if the movie is being shown forward or back- 
ward? If the two balls are exactly the same and the 
balls have not been seen being hit to start the process, 
probably not. If one were to film the process of an 
egg being dropped and hitting the ground, and then 
show the film, one could definitely determine in which 
direction the process continued. The ability to distin- 
guish between forward and backward processes, 
between past and future on all scales, is crucial for 
scientific research. 
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KEY TERMS 


Ephemeris time—This time scale is based on the 
apparent repetitious motion of the moon and plan- 
ets due to the motion of Earth. It is corrected for, 
and based on, the mean solar motion. 


Greenwich Mean Time—The location of the Royal 
Observatory in Greenwich, England, where the 
zero time scales corresponding to time zones 
have their origin. To synchronize clocks world- 
wide, all comparisons are made to this scale. It is 
the period between successive noontime transits of 
the sun. 


Time reversal—The attempts to discover if humans 
can tell if a process is moving forward or backward 
in time. 


Universal Time—On January 1, 1972, this time 
scale replaced Greenwich Mean Time as the refer- 
ence for scientific work. It is based upon an atomic 
clock, which keeps time from midnight to midnight. 


To see if there really is an arrow of time, or pre- 
ferred direction in which time flows, researchers have 
been conducting many different types of experiments 
for over 50 years. According to theory, one should be 
able to tell forward time processes from backward 
time processes. Experimental verifications of this 
theory delineate how difficult some experiments are 
to design and perform. The latest are designed to 
observe atomic particles as they undergo different 
processes. If the processes are then run backward; 
any differences that show up mean that humans can 
tell a forward process from a backward running 
process. 


See also Relativity, special. 
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[| Tinamous 


Tinamous are about 45-50 species of ground- 
dwelling birds that comprise the family Tinamidae, 
the only family of the order Tinamiformes. Tinamous 
have a plump, partridge like body, but they are not 
related to the “true” partridges, which are species in the 
pheasant family (Phasianidae). The evolutionary rela- 
tionships of tinamous are not well understood, but 
their closest living relatives may be the rheas, which 
are large, flightless South American birds of the family 
Rheidae. 


Tinamous occur from Mexico in Central America 
to Patagonia in South America. Species of tinamous 
breed in a wide range of habitats, from lush tropical 
rainforest to savanna, grassland, and alpine tundra. 
Tinamous are resident in their habitats—they do not 
migrate. 


Tinamous range in body length from 8-20 in (20- 
53 cm). These birds have a stout body, short, rounded 
wings, and a short tail. The legs of tinamous are short 
but robust, and the strong feet have three or four toes. 
The sternum, or breastbone, is strongly keeled for the 
attachment of the large flight muscles. The small head 
is placed at the end of a rather long neck, and the beak 
is downward-curved, hooked at the end, and generally 
fowl-like in appearance. 


Tinamous are brown colored, with streaky, 
barred, or mottled patterns. This coloration is highly 
cryptic, and helps tinamous to blend in well with 
their surroundings, thereby avoiding predators to 
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some degree. The sexes are colored similarly, but 
females of some species are slightly larger than males. 


Tinamous are running, terrestrial birds. They 
have sonorous, whistling calls, which may function 
to proclaim their territory. Tinamous can fly rapidly, 
but they tire quickly and can only fly over a short 
distance. They often prostrate themselves in thick veg- 
etation to hide from predators. Tinamous eat roots, 
seeds, fruits, buds, and other plant materials, and 
insects when available. 


Tinamou eggs are brightly colored in glossy, solid 
hues, and are considered to be among the most beau- 
tiful of all birds’ eggs. Depending on the species, the 
egg color can be brown, purple, black, gray, olive, or 
green. The clutch size is highly variable among species, 
ranging from one to 12, although the larger numbers 
may represent the output of several females. 


Tinamous nest on the ground. Only the male 
incubates the eggs, and only he cares for the brood of 
young birds. This is, of course, a reversal of the usual 
role of the sexes in most groups of birds, in which 
females play a more prominent role. Newly hatched 
tinamous are highly precocious, and can leave the nest 
and run well within a few days of hatching. Soon after 
birth, the chicks follow their male parent about, feed- 
ing themselves. 


Species of tinamous 


Tinamous are obviously different from all other 
living birds, and this is the reason why they are assigned 
to their own order, the Tinamiformes. Although some 
avian systematists believe the Tinamiformes order is 
most closely related to the order Rheiformes, there are 
important differences between these groups, especially 
the presence of a keeled sternum in tinamous. Rheas 
and other ratites, such as ostriches, emus, and cassowa- 
ries, are characterized by a non-keeled sternum and are 
incapable of flight. 


While they may be different from all other birds, 
the various species of tinamous are all rather similar to 
each other in their color, size, and shape. The entire 
group is believed to be composed of rather closely 
related taxa, and consequently, the taxonomy of tin- 
amous is not well established. Although 45-50 species 
are named, further study may result in some of these 
taxa being joined together as subspecies of the same 
bird, while other species may be split into several. 


Two of the more common species are the varie- 
gated tinamou (Crypturellus variegatus) and the mar- 
tineta or crested tinamou (Eudromia elegans). Both of 
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these are birds of open grasslands of South America, 
known as pampas. The crested tinamou is one of the 
few social tinamous, occurring in flocks with as many 
as one-hundred individuals. 


The rufescent tinamou (Nothocercus julius) occurs 
in Venezuela, Ecuador, and Colombia. The thicket 
tinamou (Crypturellus cinnamomeus) breeds in brushy 
habitats from Mexico to Colombia and Venezuela. 


The Chilean tinamou (Nothoprocta perdicaria) is 
native to tundra-like habitats of southern South 
America. This species was introduced to Easter Island 
in the South Pacific in the late nineteenth century, and 
it still breeds there. 


Wherever they are abundant, tinamous are 
hunted as a source of wild meat or for sport. 
Excessive hunting, coupled with habitat loss, has 
resulted in several species being threatened with 
extinction. The IUCN considers 10 species of tina- 
mous to be threatened. 
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| Tissue 


A tissue is a collection of similar cells grouped to 
perform a common function. Different tissues are 
made of their own specialized cells that are adapted 
for a given function. 


All animal cells are basically similar. Each cell has a 
cell wall or plasmamembrane that surrounds the cell and 
contains various receptors that interact with the outside 
area. A nucleus, Golgi apparatus, mitochondria, and 
other structures are contained in each cell. Beyond that, 
cells are specialized in structure for a given function. 


The study of tissues is called histology. Studying the 
structure of tissue is done by staining a thin specimen of 
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the tissue and placing it under a microscope. An experi- 
enced histologist can look at a specimen and immediately 
determine from which organ it was taken. A histologist 
can also see and diagnose a disease if it is present in the 
tissue. The study of disease processes is called pathology. 


Tissues are divided by function into a number of 
categories. Muscle tissue, for example, makes up the 
muscles of the body. A muscle belongs to one of three 
categories-voluntary muscle which can be controlled 
for movement or lifting, involuntary muscle which is 
not under conscious control (such as the muscle tissue 
in the digestive organs), and cardiac muscle which 
forms the heart. 


Connective tissues compose the bones, tendons, 
and ligaments that make up the support of the body. 
The body also consists of adipose tissue or fat. 


Nervous tissue forms the brain, spinal cord, and 
the nerves that extend through the body. Digestive 
tissue is found in the digestive system including the 
stomach, intestines, liver, pancreas, and other organs 
involved in digestion. Vascular tissue comprises the 
blood-forming portion of the bone marrow and the 
blood cells themselves. Epithelial tissue forms sheets 
that cover or line other tissues. The skin and the lining 
of the stomach are both examples of epithelial tissue. 
Various reproductive tissues form the ovaries, testes 
and the resulting gametes (ova and sperm). 


Combined, these tissues form the human body 
and carry out its functions. 


Tit family 


The tit family, Paridae, consists of more than 50 
species of small birds, variously known as tits, titmice, 
and chickadees. These are all song birds, in the order 
Passeriformes. All are rather small birds, ranging in 
body length from about 4-8 in (1 1—20 cm), and mostly 
occurring in forests, shrubby woodlands, and in urban 
and suburban habitats. This family of birds is wide- 
spread, and its representatives are found in North 
America, Africa, and Eurasia. 


Tits are all active feeders, constantly searching foliage 
and gleaning bark and branches for insects, spiders, and 
other arthropods. These birds are highly acrobatic when 
feeding, often hanging upside down from small twigs to 
gain access to their prey. During winter, when arthropods 
are scarce, these birds will eat seeds, and they may be 
among the most common species at bird feeders. 
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Tits actively defend territories, proclaiming their 
ownership by a series of loud whistles and songs. They 
nest in cavities in trees, either naturally occurring or a hole 
excavated by the tits in soft, rotted wood. Sometimes, tits 
will utilize a cavity that has previously been excavated and 
used by smaller species of woodpeckers, and some species 
of tits will use nest boxes. The clutch size is large, with 
sometimes more than ten eggs laid at one time. Once the 
young are fledged, the family of tits stays together during 
autumn and winter, and often joins with other families to 
form large foraging flocks, sometimes mixed with other 
species of similar sized birds. 


There are seven species of chickadees in North 
America. These are rather tame and familiar birds, with 
a dark cap, and a bib on the throat, a whitish breast, and 
a brownish or gray back. The most widespread species is 
the black-capped chickadee (Parus atricapillus), occur- 
ring throughout the southern boreal and northern tem- 
perate forests. The territorial song of this species is a 
loudly whistled teea-deee, but more familiar to most 
people is the alarm call, chicka-dee-dee-dee, given when 
potentially dangerous intruders are near. The Carolina 
chickadee (P. carolinensis) occurs in southeastern North 
America. The boreal chickadee (P. hudsonicus) is com- 
mon in northern coniferous forests. The mountain chick- 
adee (P. gambeli) occurs in montane coniferous forests of 
western North America. The chestnut-backed chickadee 
(P. rufescens) is abundant in forests of the Pacific coast. 


There are four species of titmice in North America. 
These birds have small crests on the top of their head, and 
are slightly larger than chickadees, with which they often 
flock during the non-breeding season. The most wide- 
spread species is the tufted titmouse (Parus bicolor) of 
southeastern North America. The most common species 
in the Southwest is the plain titmouse (P. inornatus). 


Tits, titmice, and chickadees are all familiar and 
friendly birds, and many species can be successfully 
attracted to the vicinity of homes using a well-main- 
tained feeder. Some species will quickly learn to feed 
directly at a steadily held hand, lured by crushed pea- 
nuts or sunflower seeds. 


Bill Freedman 


| Titanium 


Titanium is a transition metal, one of the elements 
found in Rows 4, 5, and 6 of the periodic table. It has 
an atomic number of 22, an atomic mass of 47.88, and 
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a chemical symbol of Ti. It is an element that does not 
react with the human body, so is often used in artificial 
replacement parts. 


Properties 


Titanium exists in two allotropic forms, one of 
which is a dark gray, shiny metal. The other allotrope 
is a dark gray amorphous powder. The metal has a 
melting point of 3,051°F (1,677°C), a boiling point of 
5,931°F (3,277°C), and a density of 4.6 g/cm*. At 
room temperature, titanium tends to be brittle, 
although it becomes malleable and ductile at higher 
temperatures. Chemically, titanium is relatively inac- 
tive. At moderate temperatures, it resists attack by 
oxygen, most acids, chlorine, and other corrosive 
agents. 


Occurrence and extraction 


Titanium is the ninth most abundant element in 
the Earth’s crust, with an abundance estimated at 
between 0.57 and 0.63%. Its estimated crustal abun- 
dance is 9.04 x 10°* ounces per pound (5.65 x 10° 
milligrams per kilogram) and its estimated oceanic 
abundance is 1 x 107’ ounces per gallon (1 x 10° milli- 
grams per liter). The most common sources of titanium 
are ilmenite, rutile, and titanite. The metal is often 
obtained commercially as a byproduct of the refining 
of iron ore. It can be produced from its ores by electro- 
lyzing molten titanium chloride (TiCl4): TiCl, —elec- 
tric current > Ti + 2Cl, or by treating hot titanium 
chloride with magnesium metal: 2Mg + TiCl,— Ti + 
2MgCh. 


Discovery and naming 


Titanium was discovered in 1791 by English cler- 
gyman William Gregor (1761-1817). Gregor was not 
a professional scientist, but studied minerals as a 
hobby. On one occasion, he attempted a chemical 
analysis of the mineral ilmenite and found a portion 
that he was unable to classify as one of the existing 
elements. He wrote a report on his work, suggesting 
that the unidentified material was a new element. 
However, he went no further with his own research. 
It was not until four years later that German chemist 
Martin Heinrich Klaproth (1743-1817) returned to 
an investigation of ilmenite and isolated the new 
element. He suggested the name of titanium for the 
element in honor of the Titans, mythical giants who 
ruled the Earth until they were overthrown by the 
Greek gods. In 1910, pure titanium was first 
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produced by Australian-born American metallurgist 
Matthew A. Hunter (1878-1961). 


Uses 


By far the most important use of titanium is in 
making alloys. It is the element most commonly added 
to steel, because it increases the strength and resistance 
to corrosion of steel. Titanium provides another 
desirable property to alloys: lightness. Its density is 
less than half that of steel, so a titanium-steel alloy 
weighs less than pure steel and is more durable and 
stronger. 


These properties make titanium-steel alloys partic- 
ularly useful in spacecraft and aircraft applications, 
which account for about 65% of all titanium sold. An 
average commercial jet aircraft uses between 700 and 
2,500 pounds (320 and 1,130 kilograms) of titanium 
within its housing, blades, and other such materials. 
The Mercury, Gemini, and Apollo capsules of the U.S. 
space program of the 1960s and 1970s were largely 
made of titanium. These alloys are used in airframes 
and engines and in a host of other applications, includ- 
ing armored vehicles, armored vests and helmets; in 
jewelry and eyeglasses; in bicycles, golf clubs, and 
other sports equipment; in specialized dental implants; 
in power-generating plants and other types of factories; 
and in roofs, faces, columns, walls, ceilings and other 
parts of buildings. Titanium alloys have also become 
popular in body implants, such as artificial hips and 
knees, because the implants are light, strong, long-last- 
ing, and compatible with body tissues and fluids. 


The most important compound of titanium com- 
mercially is titantum dioxide (TiO), the primary appli- 
cation of which is in the manufacture of white paint. 
About half the titanium dioxide made in the United 
States annually goes to this application. Another 40% 
of all titanium dioxide produced is used in the manufac- 
ture of various types of paper and plastic materials. The 
compound gives body to paper and makes it opaque. 
Other uses for the compound are in floor coverings, 
fabrics and textiles, ceramics, ink, roofing materials, 
and catalysts used in industrial operations. 


Yet another titanium compound of interest is tita- 
nium tetrachloride (TiCl4), a clear colorless liquid 
when kept in a sealed container. When the compound 
is exposed to air, it combines with water vapor to form 
a dense white cloud. This property makes it useful for 
skywriting, in the production of smokescreens, and in 
motion picture and television programs for which 
smoke effects are needed. 
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[ Toadfish 


Toadfish are a poorly known group of marine 
fishes, the vast majority of which live close to the 
shoreline but remain close to the sea bed. Unlike 
most fish, these animals are extremely vocal, with 
some authorities even reporting that their loud calls 
can be heard out of water. One North American 
genus, Porichthys, is more commonly known as the 
singing midshipman. The calls are produced by mus- 
cular contractions of the swimming bladder; the inten- 
sity of the sound is related to the degree of stimulation 
by the muscles. Toadfish are renowned for their terri- 
torial behavior, and it is likely that these loud calls 
have developed to warn off potential rivals through a 
series of grunts and postures. As an additional deter- 
rent to potential attackers, toadfish have a number of 
venomous spines which can inflict an irritating, if not 
lethal, injection of toxins to a would-be predator. 


Another peculiar adaptation of toadfish is the 
large number of light-emitting cells, or photophores, 
that are scattered around the body. A toadfish can 
have as many as 700 of these specialized glands. They 
are thought to contain large numbers of luminescent 
bacteria, but their purpose is not yet fully understood. 
In some species these lights, which may flash on and 
off, serve to attract prey or mates. In contrast to the 
habitat of most toadfish, similar light-emitting organs 
are most often found in deep sea fishes and often those 
that inhabit the deepest and darkest reaches of the 
oceans. 


| Toads 


The true toads are amphibians in the order Anura, 
family Bufonidae. There are more than 340 species of 
toads in 33 genera. The largest group is the genus Bufo, 
which includes more than 200 species. 


Toads are characterized by thick, dry, warty skin, 
with large poison glands on the side of the head and a 
relatively terrestrial habit as adults. In contrast, adult 
frogs have a smooth, slimy skin, and a more aquatic 
habitat. 

Toads have a wide natural distribution, occurring 
on all major land masses except Australasia, 
Madagascar, and Antarctica. In some regions toads 
range as far north as the boreal forest, but most species 
occur in temperate or tropical climatic regimes. 
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An American toad, Bufo americanus, perched in the grass. 
(Kenneth H. Thomas. The National Audubon Society Collection/ 
Photo Researchers, Inc.) 


The largest toads are from Central and South 
America, and include Bufo marinus, which can reach 
a body length (excluding the outstretched legs) of 11 in 
(29 cm), and B. blombergi at 10 in (25 cm). The small- 
est species of toad is a species of Opeophrynella, with a 
body length of only 0.75 in (20 mm). 


Biology of toads 


Toads are amphibious animals, breeding in water, 
but able to use terrestrial habitats as adults. As adults, 
toads potentially can live a long time. One of the 
longest-lived toads was a European common toad 
(Bufo bufo), which survived for 36 years in captivity. 


Toads have a complex life cycle, similar to that of 
frogs. Toads lay their eggs in water, typically inside of 
long, intertwined strings of a gelatinous material (toad 
spawn). The eggs hatch into small, dark-colored 
aquatic larvae (called tadpoles) which have a large 
head that is not distinctly separated from the rest of 
the body, internal gills, and a large, flattened tail 
which undulates sideways to achieve locomotion. 
Toad larvae are herbivores that feed on algae, bacte- 
ria, and other materials occurring on the surface of 
vegetation, stones, and sediment. 


The larval stage ends with a metamorphosis into 
the adult life form. Adult toads are characterized by 
internal lungs used for the exchange of respiratory 
gases, a tailless body, a pelvis that is fused with many 
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of the vertebra to form a bulky structure known as the 
urostyle, large hind legs adapted for hopping and 
walking, and small forelegs used to achieve stability, 
and to help with eating by feeding certain types of 
prey, such as long earthworms, into the mouth. 
Adult toads also have a relatively thick, dry skin that 
is heavily cornified with the protein keratin, and pro- 
vides these terrestrial animals with some degree of 
protection against dehydration and abrasion. Adult 
toads are exclusively carnivorous, feeding on a wide 
range of invertebrates and other small animals. 


During the breeding season, toads congregate in 
their breeding ponds, sometimes in large numbers. The 
males have species-specific songs that are used to attract 
females. The vocalizations range from long, trilling 
songs, to shorter, barking sounds. Singing is enhanced 
by the inflatable vocal sac of male toads, which ampli- 
fies their sounds by serving as a resonance chamber. 
Mating involves the male sitting atop the female in 
amplexus, gripping tightly using his forelegs, and fertil- 
izing the ova as they are laid by the female. Once laid, 
the eggs are abandoned to develop by themselves. 


Toads are very fertile. As many as 30,000 eggs 
may be laid by the cane toad (Bufo marinus), and 
even the much smaller American toad (B. americanus) 
may lay as many as 25,000 eggs. 


The skin of all amphibians contains glands that 
secrete toxic chemicals, used to deter predators. These 
glands are quite large and well developed in the warty 
skin of adult toads, especially in the paired structures at 
the sides of the head, known as the parotoid glands. In 
large toads, such as the cane toad, the quantity and tox- 
icity of the contained poison is sufficient to kill a naive, 
large predator that foolishly takes a toad into its mouth. 


Although toads are relatively resistant to dehy- 
dration, they are by no means immune to this stress. 
Adult toads tend to stay in a cool, moist, secluded 
place during the day, emerging to feed at night when 
the risk of dehydration is less. When the opportunity 
arises, toads will sit in a pool of water to rehydrate 
their body. 


Adult toads use their tongues when feeding. The 
tongue is attached near the front of the mouth, and 
can be flipped forward to use its sticky surface to catch 
a prey animal, which is then retrieved into the mouth. 
This method of feeding is known as the “lingual flip,” 
a maneuver that can be executed in less than 0.2 sec- 
onds, and is especially useful for capturing relative 
small, flying prey, such as insects. 


Toads will attempt to eat any moving object of the 
right size. However, some prey are considered distaste- 
ful by toads, and are spat out. 
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Toads of North America 


The only genus of true toads in North America is 
Bufo, of which 17 species occur north of Mexico. One 
of the most widespread species is the American toad 
(Bufo americanus), an abundant animal in eastern 
North America. The common or Woodhouse toad 
(B. woodhousei) is most abundant in the eastern and 
central United States, but occurs as far west as 
California. The Great Plains toad (B. cognatus) occurs 
in moist places throughout the prairie region. The west- 
ern toad (B. boreas) is a widespread, western species. 


Some other toad like animals also bear mention- 
ing, even though they are not “true” toads, that is, they 
are not in the family Bufonidae. 


There are three species of narrow-mouthed toads 
(family Microhylidae) in southern North America. 
These are burrowing, nocturnal amphibians that spe- 
cialize in eating ants, and are rarely seen outside of 
their breeding season. The eastern narrow-mouthed 
toad (Gastrophryne carolinensis) occurs in the south- 
eastern states, while the western narrow-mouthed toad 
(G. olivacea) has a southwestern distribution. 


The narrow-toed toads (family Leptodactylidae) 
lack webbing between their toes. These animals lay 
their eggs on land, with the tadpole developing within 
the egg, and a small toad hatching directly from the 
egg. The only exception is the white-lipped toad 
(Leptodactylus labialis) of Mexico, which lays its eggs 
near water, into which the tadpoles wriggle as soon as 
they hatch. All of the seven North American species of 
narrow-toed toads have restricted distributions. The 
greenhouse toad (Eleutherodactylus _ planirostris) 
occurs over much of peninsular Florida, while the 
barking toad (Hylactophryne augusti) occurs locally 
in Texas. 


There is one species of bell toad (family 
Leiopelmatidae), the tailed toad (Ascaphus truei) of 
the northwestern states and adjacent Canada. The 
“tail” of the males is actually a copulatory organ, 
used to achieve the unusual, internal fertilization of 
this species. 


There are five species of spadefoot toads (family 
Pelobatidae) in North America. These are nocturnal 
animals of relatively dry habitats, which breed oppor- 
tunistically in the springtime if recent rains have pro- 
vided them with appropriate, temporary ponds. The 
eastern spadefoot (Scaphiopus holbrooki) occurs in the 
southeast of the continent, while the plains spadefoot 
(Spea bombifrons) 1s widespread in the shortgrass prai- 
rie of the interior, and the western spadefoot (Spea 
hammondi) occurs in the southwest. 
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KEY TERMS 


Complex life cycle—A life marked by several rad- 
ical transformations in anatomy, physiology, and 
ecology. 


Metamorphosis—A marked anatomical and phys- 
iological transformation occurring during the life of 
an individual organism. This term is used to 
describe the changes occurring when a larval 
amphibian transforms into the adult form. 


Toads and humans 


Like most creatures of wetlands and other rela- 
tively specialized habitats, some species of toads have 
suffered large population declines through losses of 
their natural habitats. This has been an especially 
important problem for species whose original distri- 
bution was quite restricted, for example, the rare and 
endangered Houston toad (Bufo houstonensis). 


One species of toad has become an important pest 
in some parts of the world. The cane or marine toad 
(Bufo marinus) is a large species, reaching a body 
length of 11.5 in (29 cm) and weighing as much as 2 
Ib (1 kg). The cane toad is native to parts of Central 
America, but it has been introduced to many other 
subtropical and tropical regions in misguided attempts 
to achieve a measure of biological control over some 
insects that are agricultural pests. 


The cane toad now occurs in Australia, New 
Guinea, Florida, and many other places, especially 
tropical islands. Cane toads have become serious 
pests in many of their introduced habitats, in part 
because of great damages that are caused to the breed- 
ing populations of large species of birds, lizards, and 
other predators, including domestic cats and dogs. 
These animals are often naive to the dangers of 
attempting to eat the poisonous cane toad, and they 
can therefore be killed in large numbers. The parotoid 
glands of the cane toad can emit a large quantity of a 
frothy substance containing noxious chemicals that 
block neurotransmission, and can lead to death by 
paralysis. 


In small doses, the cane toad secretions can cause 
a hallucinogenic effect in humans, and people are 
known to lick the parotoid glands of cane toads in 
order to achieve this effect. However, it is easy to 
receive too large a dose of this chemical, and people 
have been made significantly sick, and have even died, 
while trying to get high in this manner. 
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Bill Freedman 


Tobacco plant see Nightshade 


[ Tomato family (Solanaceae) 


The tomato, or nightshade family (Solanaceae), 
contains about 85 genera and 2,300 species. Most of 
the species are tropical or subtropical in distribution, 
and a few are of great economic importance. The 
region of greatest species richness is Central and 
South America, but representatives occur on all the 
habitable continents. 


Plants in the Solanaceae family can be herbaceous 
annuals or perennials, shrubs, lianas (vines), or trees. 
They have alternate, simple leaves. The flowers are 
bisexual, meaning they contain both male (stamens) 
and female (pistil) organs. The flowers of most species 
have radial symmetry, and are pentamerous, meaning 
their flower parts occur in groups of five: there are 
normally five petals, sepals, pistils, and stamens. The 
individual flowers are aggregated into an inflorescence 
known as a cyme (a somewhat flat-topped cluster, in 
which the top-most flowers on the axis bloom first). 
The fruit is a many-seeded berry or a capsule. 


Several species of Solanaceae are economically 
important food crops. The potato (Solanum tuberosum) 
is indigenous to the high plateau of the Andes region of 
South America, where it has been cultivated for at least 
2,500 years. Wild potatoes have small, rounded, 
starchy, underground rhizomes known as_ tubers; 
these can weigh as much as several pounds (1 kg) in 
some domesticated varieties. Potatoes are a basic, car- 
bohydrate-rich food, and are important in the diet of 
many people around the world. Another important 
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Tongue worms 


Tomatoes in the field. (Robert J. Huffman. Field Mark 
Publications.) 


cultivated species is the tomato (Lycopersicum esculen- 
tum), native to Central America and prized for its red, 
fleshy, vitamin-rich fruits (botanically, these are a 
berry). Less commonly eaten is the aubergine or egg- 
plant (Solanum melongena), whose large, purplish, edi- 
ble berry is usually eaten cooked. The numerous 
varieties of chili, or red pepper (Capsicum annuum), 
used to give a hot, spicy flavor to many foods, are 
also part of the Solanaceae family. 


Other species of Solanaceae are used as medicinals 
and recreational drugs. Various species of thorn-apple 
(Datura species, including Datura stramonium of 
Europe and North America) are used to manufacture 
the alkaloid drugs scopolamine and hyoscine. The 
deadly nightshade (Atropa belladonna) provides simi- 
lar alkaloids. The seeds and leaves of these plants are 
very poisonous if eaten. Tobacco (Nicotiana tabacum) 
is a widely used recreational drug, containing the 
extremely addictive alkaloid, nicotine. 


4382 


Many species from the tomato family are used as 
ornamental plants because of their beautiful, colorful 
flowers. The most commonly cultivated plants are 
petunia hybrids (Petunia x hybrida). Also grown are 
the apple-of-Peru (Nicandra physalodes) and flowering 
tobacco (various species of Nicotiana). 


Bill Freedman 


[ Tongue worms 


Tongue worms are bloodsucking endoparasites 
with a flattened, tongue like body, and are in the phy- 
lum Linguatulida. The final host of these parasites is a 
predaceous vertebrate, usually a reptile, but sometimes 
a mammal or a bird. The intermediate host (in which 
the parasite lives as a larva) can be any of a number of 
animals, including insects, fish, amphibians, reptiles, 
and mammals. The 70 species of tongue worms are 
primarily tropical and subtropical in distribution. 


Adult tongue worms live in the lungs or nasal pas- 
sages of the host. Mature females reach a length of up to 
15 cm (6 in) and a width of 0.4 in (1 cm), while males are 
0.8-1.6 in (2-4 cm) long and 3-4 mm wide. The mouth is 
sited at the anterior end of the worm, and has a set of 
hooks for attachment to the tissues of the host. In most 
species of the tongue worm, the body has superficial ring- 
like markings, giving it the appearance of segmentation. 
The only internal body structures are the digestive and 
reproductive organs, and certain glands. Respiratory, cir- 
culatory, and excretory organs are absent. 


An typical life cycle of a tongue worm is that of 
Porocephalus crotali, whose adult stage lives and 
reproduces in the lungs of the rattlesnake, and whose 
larval stage is found in the muskrat and other hosts 
which constitute the rattlesnake’s food. Following 
copulation, the female tongue worm releases her eggs 
into the host’s lungs. The eggs leave the host’s body in 
its respiratory secretions, and might be accidentally 
ingested by the intermediate host. In the digestive 
tract of the intermediate host, the eggs hatch to pro- 
duce four-legged larvae which superficially resemble 
the immature stage of a mite. The larva penetrates the 
wall of the host’s digestive tract, migrates to another 
tissue such as the liver, and encysts. If the intermediate 
host is now eaten by a rattlesnake, the parasite is 
transferred to the snake’s digestive tract. Here it 
emerges from the cyst and migrates up the host’s 
esophagus and into its lungs, where it eventually 
matures. Armillifer and Linguatula are two other well 
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known genera of tongue worms, each with different 
final and intermediate hosts, but with an essentially 
similar life cycle. 


Zoologists consider linguatulids to be closely 
related to the arthropoda, and in some classifications 
the tongue worms are included in that phylum. 


I Tonsillitis 


Tonsillitis is an inflammation or infection of the 
tonsils, caused by either bacteria or viruses. Tonsils, 
which function to prevent infections in the body, are 
oval-shaped masses of lymph gland tissue located on 
both sides of the back of the throat. They act like filters 
to trap bacteria and viruses entering the body through 
the mouth and sinuses. When tonsillitis occurs, the 
tonsils usually become swollen and very painful, mak- 
ing swallowing difficult. Sometimes the tonsils have 
spots of exudates (usually leukocytes) or pus on the 
surface. The surface of the tonsils is covered by recesses 
or crypts (cryptae tonsillares) that may branch and 
extend deep into the tonsil. The crypts often hold a 
variety of bacteria, some of which can cause tonsillitis. 
Anyone of any age can have tonsillitis; however, it is 
most common in children between the ages of 5 and 10. 


Tonsils 


The tonsils are conglomerations of lymphoid 
nodules, covered by a mucous membrane. They help 
to provide immune responses by, for example, provid- 
ing lymphocytes and antibodies. There are three types 
of onsils. They form an irregular, circular band 
(Waldeyer’s ring) around the throat, at the very back 
of the mouth. Tonsils are strategically located, guard- 
ing the opening to the digestive and respiratory tracts. 
The pharyngeal tonsils (adenoids) are embedded in 
the posterior wall of the pharynx. The lingual tonsils 
are located at the base of the tongue, and the palatine 
tonsils are the oval shaped masses situated on both 
sides of the throat. 


It is usually the prominent, palatine tonsils that 
become infected or inflamed, and these are the tonsils 
that are removed surgically (tonsillectomy) when medi- 
cally indicated, to treat chronic tonsillitis or repeated 
episodes of acute tonsillitis. Occasionally the pharyngeal 
tonsils or adenoids are also removed surgically (adeno- 
tonsillectomy) if they cause ear infections, or block the 
eustachian tubes or nasal passages. Adenoviruses (upper 
respiratory infection or common cold) are the most 
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common cause of viral tonsillitis. The Epstein-Barr 
virus (infectious mononucleosis) can also cause tonsilli- 
tis. The most common bacteria to cause tonsillitis are any 
of the group A streptococcus bacteria (Streptococcus 
pyogenes). Bacterial tonsillitis is treated with antibiotics. 
However, antibiotics are ineffective with viral tonsillitis. 
Symptoms can be relieved with aspirin (or other anti- 
inflammatories), gargling with saltwater, and rest. 


Symptoms 


A mild or severe sore throat is one of the first 
symptoms of tonsillitis. Symptoms can also include 
fever, chills, tiredness, muscle aches, earache, pain or 
discomfort when swallowing, and swollen glands in the 
neck. Very young children may be fussy and stop eating. 
When a doctor or nurse looks into the mouth with a 
flashlight, the tonsils may appear swollen and red. 
Sometimes, the tonsils will have white or yellow spots 
or flecks or a thin coating. The doctor will also examine 
the eyes, ears, nose, and throat, looking at the tonsils for 
signs of swelling, redness, or a discharge. A careful 
examination of the throat is necessary to rule out diph- 
theria and other conditions that may cause a sore 
throat. Since most sore throats in children are caused 
by viruses rather than bacteria, the doctor may take a 
throat culture in order to test for the presence of strep- 
tococcal bacteria, verify the results, and wait for the 
laboratory report before prescribing antibiotics. A 
blood test may also be done to rule out a more serious 
infection or condition and to check the white blood cell 
count to see if the body is responding to the infection. In 
some cases, the doctor may order blood tests for mono- 
nucleosis, since about a third of patients with mononu- 
cleosis develop streptococcal infections of the tonsils. 


Treatment 


Treatment of tonsillitis also involves keeping the 
patient comfortable while the illness runs its course. 
This supportive care includes bed rest, drinking extra 
fluids, gargling with warm salt water, and taking pain 
relievers—usually NSAIDs (non-steroidal  anti- 
inflammatory drugs)—to reduce fever. Frozen juice 
bars and cold fruit drinks can bring some temporary 
relief of sore throat pain; drinking warm tea or broth 
can be soothing. If the patient has several episodes of 
severe tonsillitis or does not respond to antibiotics, the 
doctor may recommend a tonsillectomy, which is the 
surgical removal of the tonsils. 


Strengthening the immune system is important 
whether tonsillitis is caused by bacteria or viruses. 
Naturopaths often recommend dietary supplements of 
vitamin C, bioflavonoids, and beta-carotenes—found 
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The palatine, lingual, and pharyngeal tonsils. (Hans & Cassidy. Courtesy of Gale Group.) 


naturally in fruits and vegetables—to ease inflammation 
and fight infection. A variety of herbal remedies also may 
be helpful in treating tonsillitis. As with any condition, 
the treatment and dosage should be appropriate for the 
particular symptoms and age of the patient. 


Tonsillitis usually resolves within a few days with 
rest and supportive care. Treating the symptoms of 
sore throat and fever will make the patient more com- 
fortable. If fever persists for more than 48 hours, how- 
ever, or is higher than 102°F (38.9°C), the patient 
should be seen by a doctor. If antibiotics are prescribed 
to treat an infection, they should be taken as directed 
for the complete course of treatment, even if the patient 
starts to feel better in a few days. Prolonged symptoms 
may indicate that the patient has other upper respira- 
tory infections, most commonly in the ears or sinuses. 
An abscess behind the tonsil (a peritonsillar abscess) 
may also occur, along with abscesses in other parts 
of the throat. In rare cases, a persistent sore throat 
may point to serious conditions such as rheumatic 
fever or pneumonia. Other possible complications 
include bacterial and viral pharyngitis, dehydration, 
kidney failure, and post-streptococcal glomeruloneph- 
ritis (a disorder of the kidneys). 
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Precautions 


The bacteria and viruses that cause tonsillitis are 
easily spread from person to person. It is common for 
an entire family or several students in the same class- 
room to come down with similar symptoms, especially 
if S. pyogenes is the cause. The risk of transmission can 
be lowered by avoiding exposure to anyone who 
already has tonsillitis or a sore throat. Drinking 
glasses and eating utensils should not be shared and 
should be washed in hot, soapy water before reuse. 
Old toothbrushes should be replaced to prevent re- 
infection. People who are caring for someone with 
tonsillitis should wash their hands frequently, to pre- 
vent spreading the infection to others and themselves. 


I Topology 


Topology, which is often described as “rubber- 
sheet geometry,” is a branch of geometry that focuses 
on distortion. Topology describes mathematically the 
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Figure 1. Topologically equivalent shapes. (/l/ustration by Hans & Cassidy. Courtesy of Gale Group.) 


features of a geometric shape that do not change when 
the shape is twisted, stretched, or squeezed. Tearing, 
cutting, and combining shapes do not apply to top- 
ology. Topology helps to solve problems about deter- 
mining the number of colors necessary to illustrate 
maps, about distinguishing the characteristics of 
knots, and about understanding the structure and 
behavior of DNA molecules. 


Topological equivalency 


The crucial problem in topology is deciding when 
two shapes are equivalent. Unlike Euclidean geome- 
try, which focuses on the measurement of distances 
between points on a shape, topology focuses on the 
similarity and continuity of certain features of geo- 
metrical shapes. For example, in Figure 1, each of the 
two shapes has five points: a through e. The sequence 
of the points does not change from shape | to shape 2, 
even though the distance between the points, for 
example, between points b and d, changes signifi- 
cantly because shape 2 has been stretched. Thus the 
two shapes in Figure | are topologically equivalent, 
even if their measurements are different. 


Similarly, in Figure 2, each of the closed shapes is 
curved, but shape 3 is more circular, and shape 4 is a 
flattened circle, or ellipse. However, every point on 
shape 3 can be mapped or transposed onto shape 4. 


Shapes | and 2 are both topologically equivalent 
to each other, as are shapes 3 and 4. That is, if each 
were a rubber band, it could be stretched or twisted 
into the same shape as the other without connecting or 
disconnecting any of its points. However, if either of 
the shapes in each pair is torn or cut, or if any of the 
points in each pair join together, then the shapes are 
not topologically equivalent. In Figure 3, neither of 
the shapes is topologically equivalent to any of the 
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Figure 2. Topologically inequivalent shapes. (I//ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


shapes in Figures 1 or 2, nor are shapes 5 and 6 
equivalent to each other. The circles in shape 5 are 
fused; and the triangle in shape 6 has a broken line 
hanging from its apex. 


Famous topologists 


Topological ideas can be traced back to Gottfried 
Wilhelm Leibniz (1646-1716), but three of the most 
famous figures in the development of topology are 
Mobius, Riemann, and Klein. 


Augustus Ferdinand Mobius (1790-1868) is best 
known for his invention of the Mobius strip, which is a 
simple strip of paper that is twisted and connected so 
that it has only one side (Figure 4). Normally, cutting a 
strip of paper into a long, narrow rectangle and con- 
necting the ends will result in a belt-like loop with two 
sides. A person cannot draw a single line with a pencil 
on both sides of the belt-like loop without crossing an 
edge. In constructing the Mobius strip, however, the 
strip of paper is twisted as it is looped, and the result is 
a one-sided object. 
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Figure 3. Topologically inequivalent shapes. (I//ustration by 
Hans & Cassidy. Courtesy of Gale Group.) 


Figure 4. A Mobius strip. (//lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


At first, this one-sided construction seems impos- 
sible, but if a person draws a straight, continuous line 
on the M6ébius strip, the line will cover the entire length 
of both sides of the strip without ever crossing an edge, 
and it will return to its starting point in one long stroke. 


Georg Friedrich Bernhard Riemann (1826-1866) 
developed some of the most important topological 
ideas about the stretching, bending, and twisting of 
surfaces, but he died prematurely at the age of 39 
before he could expand significantly upon his ideas. 


Felix Klein (1849-1925) is best known for the 
paradoxical figure which was named after him: the 
Klein bottle. 


The Klein bottle is a one-sided object that has no 
edge. It is a tapered tube whose neck is bent around to 
enter the side of the bottle. The neck continues into the 
base of the bottle where it flares out and rounds off to 
form the outer surface of the bottle (Figure 5). Like 
the Mobius strip, any two points on the bottle can be 
joined by a continuous line without crossing an edge, 
which gives the impression that the inside and outside 
of the Klein bottle are continuous. 


Classifications 
Topological shapes are classified according to 


how many holes they have. Shapes with no holes at 
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all-spheres, eggs, and convex or concave shapes like 
bowls—are regarded as genus (or type) 0 shapes. 


Genus | shapes have one hole in them: a donut (or 
torus), a wedding band, a pipe, or anything with a 
looped handle (a teacup). Genus 2 shapes have two 
holes in them, for example, a figure eight. Genus 3 
shapes (most pretzels) have three holes in them. And 
so on. 


The determining feature in classifying the topo- 
logical genus of a shape is deciding if every point in one 
shape can be transposed or mapped onto a point in the 
other. Sometimes this process is easy, as in the case of a 
wedding ring and a donut, which are genus | topolog- 
ical shapes. But with complex genus shapes of 4 and 
above, the determination can be difficult. 


Current research 


Topology has a number of interesting applications, 
including molecular biology and synthesizing new chem- 
ical compounds to help in gene therapy. For example, 
strands of DNA (deoxyribonucleic acid, which contains 
the genetic code that defines life) often become knotted. 
Researchers need to know if the knotted mass of DNA is 
just one strand of DNA that has wound back upon itself, 
or if it is several strands of DNA which have become 
entangled. Topology, especially knot theory, helps 
molecular biologists solve such problems of equivalency. 


Topology also has applications in synthesizing 
new molecules, called dendrimers, which may be 
used in gene therapy. Dendrimers are branching, 
tree like polymers (strings of smaller molecules) syn- 
thesized in laboratories by chemically attaching the 
polymers to a core molecule. Dendrimers are approx- 
imately the same size as many naturally occurring 
molecules, including DNA and proteins. In gene ther- 
apy, new genetic material needs to be transported to 
the nucleus of a cell to replace damaged or defective 
genes in human cells. Then the repaired cells can 
reproduce more healthy cells. However, there must 
be a way to transport the healthy DNA into cells, 
which is where dendrimers come in. Normally, DNA 
wraps itself around clusters of proteins called histones. 
Gene therapists can fool the immune system of the 
human body by substituting dendrimers for naturally 
occurring clusters of histones and thus transport 
healthy DNA into damaged cells. Topology is useful 
in this process, because its purpose is to decide math- 
ematically which shapes are equivalent. The closer 
that synthetic dendrimers mimic the naturally-occur- 
ring histones, then the greater are the chances that the 
DNA will be transported to create healthy cells. 


See also Polymer. 
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Figure 5. A Klein bottle. (//iustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


KEY TERMS 


Dendrimer molecules—Branching, treelike poly- 
mers synthesized in laboratories by attaching the 
polymers to a core molecule. 


DNA—Deoxyribonucleic acid, a thin, ladderlike 
molecular structure which contains the genetic 
code that defines life. 


Euclidean geometry—Geometry based upon the 
postulates of the Greek educator, Euclid who 
lived roughly 300 BC Euclid’s parallel postulate 
that only one line may be drawn through a given 
point such that it is parallel to another line, was 
overthrown in the nineteenth century and gave way 
to the nonEuclidean geometries created by Gauss 
and Riemann. 


Geometry—The area of mathematics that deals 
with deductions concerning the measurements 
and relationships between points, lines, angles, 
and figures in physical space. 


Polymers—Strings of smaller molecules. 
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Torino scale see NEAR-Earth Object Hazard 
Index 
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| Tornado 


A tornado is a rapidly spinning column of air 
formed in severe thunderstorms. The rotating column, 
or vortex, forms inside the storm cloud then grows 
downward until it touches the ground. Although a 
tornado is not as large as its parent thunderstorm, it 
can cause extreme damage because it packs very high 
wind speeds into a compact area. Tornadoes have been 
known to shatter buildings, drive straws through solid 
wood, lift locomotives from their tracks, and pull the 
water out of small streams. Because of a combination 
of geography and meteorology, the United States expe- 
riences most of the world’s tornadoes. An average of 
800 tornadoes strike the United States each year. Based 
on statistics kept since 1953, Texas, Oklahoma, and 
Kansas are the top three tornado states. Tornadoes 
are responsible for about 80 deaths, 1,500 injuries, 
and many millions of dollars in property damage annu- 
ally. Although it is still impossible to predict exactly 
when and where tornadoes will strike, progress has 
been made in predicting tornado development and 
detecting tornadoes with Doppler radar. 


Tornado formation 


Most tornadoes form in the northern hemisphere 
during the months of March through June. These are 
months when conditions are right for the development 
of severe thunderstorms. To understand why torna- 
does form, consider the formation and growth of a 
thunderstorm. Thunderstorms are most likely to 
develop when the atmosphere is unstable; that is 
when atmospheric temperature drops rapidly with 
height. Under unstable conditions, air near the surface 
that begins rising will expand and cool, but remains 
warmer (and less dense) than its surroundings. The 
rising air acts like a hot air balloon. Because it is less 
dense than the surrounding air, it continues to rise. At 
some point the rising air is cooled to the dew point, at 
which the water vapor in the air condenses to form 
liquid water droplets. The rising column of air is nowa 
visible cloud. If the rising air, or updraft, is sustained 
long enough, water droplets will begin to fall out of the 
rising air column, transforming it into a rain cloud. 


The cloud will become a severe storm capable of 
producing tornadoes only under certain circumstan- 
ces. Severe storms are often associated with a very 
unstable atmosphere and moving low-pressure sys- 
tems that bring cold air into contact with warmer, 
more humid air masses. Such weather situations com- 
monly occur in the eastern and midwestern United 
States during the spring and summer months. Large 


4387 


opeuio] 


Tornado 


An approaching tornado with its distinctive funnel visible. (Howard Bluestein. Photo Researchers, Inc.) 


scale weather systems often sweep moist warm air 
from the Gulf of Mexico over these regions in a layer 
1.2-1.9 mi (2-3 km) deep. At the same time winds aloft 
(above about 2.5 mi [4 km] in altitude) from the south- 
west bring cool dry air over the region. Cool air over- 
lying humid air creates very unstable atmospheric 
conditions and sets the stage for the growth of strong 
thunderstorms. 


The warm surface air is separated from colder air 
lying farther north by a sharp temperature boundary 
called a front. A low-pressure center near Earth’s sur- 
face causes the cold air to advance into the warmer air. 
The edge of the advancing cold air, called a cold front, 
forces the warmer air ahead of the front to rise and 
cool. Since the atmosphere is so unstable, the dis- 
placed air keeps rising and a cloud quickly forms. 
Rain that begins to fall from the cloud causes down- 
drafts (sinking air) in the rear of the cloud. Meanwhile 
the advancing edge of the storm has strong updrafts, 
and humid air is pulled into the storm. The water 
vapor in this air condenses to form more water drop- 
lets as it rises and cools. When water vapor condenses, 
it releases latent heat. This warms the air and forces it 
to rise more vigorously, strengthening the storm. 
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The exact mechanism of tornado formation inside 
severe thunderstorms is still a matter of debate, but it 
appears that tornadoes grow in a similar fashion to the 
small vortices that form in draining bathtubs. 


Tornadoes appear to be upside down versions of 
the bathtub vortex phenomenon. As updrafts in a 
severe thunderstorm cloud get stronger, more air is 
pulled into the base of the cloud to replace the rising 
air. Some of this air may be rotating slightly because 
the air around the base of a thunderstorm usually 
contains some rotation, or vorticity. As the air con- 
verges into a smaller area, it begins to rotate faster due 
to a law of physics known as the conservation of 
angular momentum. This effect can be seen when an 
ice skater begins spinning with arms outstretched. As 
the skater brings his or her arms inward, his or her 
rotational speed increases. In the same way, air mov- 
ing into a severe storm begins in a tighter column and 
increases its rotational speed. A wide vortex, called a 
mesocyclone, is created. The mesocyclone begins to 
build vertically, extending itself upward throughout 
the entire height of the cloud. The rapid air movement 
causes the surrounding air pressure to drop, pulling 
more air into growing vortex. The lowered pressure 
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causes the incoming air to cool quickly and form cloud 
droplets before they rise to the cloud base. This forms 
the wall cloud, a curtain-shaped cloud that is often 
seen before a tornado forms. The mesocyclone contin- 
ues to contract while growing from the base of the 
storm cloud all the way up to 6.2 mi (10 km) above 
the surface. When the mesocyclone dips below the wall 
cloud, it is called a funnel cloud because of its distinc- 
tive funnel shape. This storm is on its way to produc- 
ing a tornado. 


Tornado characteristics 


A funnel cloud may form in a severe storm and 
never reach the ground. If and when it does, the funnel 
officially becomes a tornado. The central vortex of a 
tornado is typically about 300 ft (100 m) in diameter. 
Wind speeds in the vortex have been measured at 
greater than 300 mph (482 km/h). These high winds 
can be very destructive and also cause the air pressure 
in the tornado to drop below normal atmospheric 
pressure by over 100 millibars (the normal day-to- 
day pressure variations are about 15 millibars). The 
air around the vortex is pulled into this low-pressure 
zone where it expands and cools rapidly. This causes 
water droplets to condense from the air, making the 
outlines of the vortex visible as the characteristic fun- 
nel-shaped cloud. The low pressure inside the vortex 
picks up debris such as soil particles, which may give 
the tornado an ominous dark color. A tornado can act 
as a giant vacuum cleaner sweeping over anything 
unlucky enough to be in its path. The damage path 
of a tornado may range from 900 ft (375 m) to over 0.6 
mi (1 km) wide. 


Tornadoes move with the thunderstorm with 
which they are associated, traveling at average speeds 
of about 10-30 mph (15-48 km/h), although some 
tornadoes have been seen to stand still and others 
have been clocked at 60 mph (97 km/h). Because a 
typical tornado has a lifetime of about 5 to 10 minutes, 
it may stay on the ground for 5-10 mi (8-16 km). 
Occasionally, a severe tornado may cut a path of 
destruction over 200 mi (320 km) long. Witnesses to 
an approaching tornado often describe a loud roaring 
noise made by the storm similar to jet engines at take- 
off. There is no generally accepted explanation for this 
phenomenon although it has been suggested that 
supersonic winds inside the vortex cause it. 


The destructive path of tornadoes appears ran- 
dom. One house may be flattened while its neighbor 
remains untouched. This has been explained by the 
tornado skipping—lifting up off the surface briefly 
then descending again to resume its destructive path. 
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Studies made of these destructive paths after the storm 
suggest another possible explanation: tornadoes may 
have two to three smaller tornado like vortices circling 
around the main vortex like horses on a merry-go- 
round. According to this theory, these suction vortices 
may be responsible for much of the actual damage 
associated with tornadoes. As they rotate around the 
main tornado core, they may hit or miss objects 
directly in the tornado’s path depending on their posi- 
tion. Thus, if two houses were in the tornado path, one 
may be destroyed by a suction vortex. Yet, if the 
vortex had moved into a different position (and the 
next vortex had not yet taken its place), the neighbor- 
ing house may escape damage. The tornado’s skipping 
behavior is still not completely understood. 


When houses or other structures are destroyed by 
a tornado, they are not simply blown down by the high 
wind. Instead, they appear to explode. For many years 
it was believed that the low pressure of the tornado 
vortex caused such explosions. According to this 
theory, if the pressure outside a building drops very 
quickly, the air inside may not escape fast enough 
(through cracks, holes, and the like) to equalize the 
pressure difference. The higher pressure inside the 
building then pushes out windows or whole walls, 
and the structure looks like it has exploded. Studies 
of tornado damage have shown that buildings do not 
actually explode in this manner. Instead, high wind 
passing over a house roof acts like the air moving over 
an airplane wing: it gives the roof an upward force or 
lift that tends to raise the roof vertically off the house. 
Winds also enter the building through broken win- 
dows or doors, pressurizing the house as one would 
blow up a balloon. The combination of these forces 
tends to blow the walls and roof off the structure from 
the inside out, giving the appearance of an explosion. 


Tornado strength is classified by the Fujita scale, 
which uses a scale of one to six to denote tornado wind 
speed. Because direct measurements of the vortex are 
not possible, the observed destruction of the storm is 
used to estimate its “F scale” rating. 


Tornado history 


Prior to 2003, the single-most violent tornado in 
U.S. history was the tri-state tornado on March 18, 
1925. Beginning in Missouri, the tornado stayed on 
the ground for over 220 mi (354 km), crossing Illinois, 
moving into Indiana, and leaving a trail of damage 
over | mile (1.6 km) wide in places. Tornado damage 
often is limited because they usually strike unpopu- 
lated areas, but the tri-state tornado struck nine towns 
and destroyed thousands of homes. When the storm 
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was over, 689 people had lost their lives and over 2,000 
were injured, making the tri-state the deadliest tor- 
nado on record. 


On May 3, 1999, a storm started in southwestern 
Oklahoma near the town of Lawton. By late in the day, 
it had grown into a violent storm system with 76 
reported tornadoes. As the storm system tore across 
central Oklahoma and into Kansas, over 43 people 
were killed, over 500 people were injured, and more 
than 1,500 buildings were destroyed. One of the torna- 
does, classed as an F5, was as much as | mile (1.6 km) 
wide at times and stayed on the ground for over 4 hours. 


Another historic storm was the severe tornado 
outbreak of April 3-4, 1974. As a strong low-pressure 
system moved over the Midwest, an advancing cold 
front ran into warm Gulf air over the southern states. 
The resulting storm triggered 148 tornadoes across 13 
states in the subsequent 24 hours, some reaching F4 
and FS in strength. As severe as this outbreak was, the 
death toll was less than half of that from the tri-state 
tornado because of advances in tornado forecasting 
and warnings. 


Prediction and tracking of tornadoes 


The precise tracking and prediction of tornadoes 
is not yet a reality. Meteorologists can identify con- 
ditions that are likely to lead to severe storms. They 
can issue warnings when atmospheric conditions are 
right for the development of tornadoes. They can use 
radar to track the path of thunderstorms that might 
produce tornadoes. It is still not possible, however, to 
detect a funnel cloud by radar and predict its path, 
touchdown point, and other important details. Much 
progress has recently been made in the detection of 
tornadoes using Doppler radar. 


Doppler radar can measure both the distance to 
an object and its velocity by using the Doppler effect. 
If an object is moving toward an observer, radar waves 
bounced off the object will have a higher frequency 
than if the object were moving away. This effect can be 
demonstrated with sound waves. If a car is approach- 
ing with its horn sounding, the pitch of the horn (that 
is, the frequency of the sound waves) seems to rise. It 
reaches a peak just as the car passes, then falls as the 
car speeds away from the listener. 


Doppler radar is used to detect the motion of 
raindrops and hail in a thunderstorm, which gives an 
indication of the motion of the winds. As of 2007, it is 
possible to detect the overall storm circulation and 
even a developing mesocyclone. The relatively small 
size of a tornado makes direct detection very difficult 
with the current generation of Doppler radar, 
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Dew point—The temperature at which water vapor 
in the air condenses to form liquid water droplets. 


Doppler radar—A type of radar that measures both 
the position and the velocity of an object. 


Front—A fairly sharp temperature boundary in the 
lower atmosphere. 


Fujita scale—A scale of one to six which rates 
tornado wind speed based upon the observed 
destruction of the storm. 


Funnel cloud—A fully developed tornado vortex 
before it has touched the ground. 


Latent heat—The heat released when water vapor 
condenses to form liquid water. 


Skipping—The tendency of tornado damage to be 
random as if the tornado skips along in its path. 


Suction vortices—Secondary vortices that are the- 
orized to be part of a tornado vortex. They may be 
responsible for the “skipping” behavior of 
tornadoes. 


Unstable atmosphere—The condition of the 
atmosphere when air temperature drops rapidly 
with height. Such conditions support rising air and 
contribute to strong thunderstorms. 


Vortex—A rotating column of a fluid such as air or 
water. 


Vorticity—The tendency of an air mass to rotate. 


Wall cloud—tThe characteristic cloud that forms at the 
base of a thunderstorm before a funnel cloud appears. 


however. In addition any radar is limited by the cur- 
vature of Earth. Radar waves go in straight lines, 
which means distant storms that are “below the hori- 
zon” from the radar cannot be probed with this 
technique. 


Tornadoes, which have long fascinated people 
with their sudden appearance and awesome destruc- 
tive power, are still subjects of intense scientific study. 
Research continues on the formation life history and 
detection of these most impressive storms. 


See also Cyclone and anticyclone; Tropical cyclone. 
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Torque 


According to English physicist and mathemati- 
cian Sir Isaac Newton (1642-1727), an object at rest 
will remain at rest, and an object will remain in motion 
unless acted upon by an outside force. A force, there- 
fore, is what causes any object to move. Any force that 
causes an object to rotate, turn, or twist is called a 
torque. In physics, torque is often described as a rota- 
tional force. Torque is equal to the amount of force (F) 
being exerted on the object times the object’s rotation 
point to the location where the force is being applied 
on the object (r). 


Thus, torque (t) is described by the equation: t = r x 
F, where r is the position vector of the object, F is the 
force vector acting on the object and “X” is the cross 
product of the two vectors. The SI (International System 
of Units) unit for torque is newton meters (N-m). Other 
units for torque include foot pounds-force (ft-lbf) and 
inch pounds-force (in-Ibf). Tau (t) is the Greek letter for 
torque. Torque, which is also called momentum, is con- 
sidered to have been first used when ancient Greek math- 
ematician Archimedes (287-212 BC) was working with 
levers. 


Seesaws are a good example of torque. Many peo- 
ple have had the experience of someone sitting on one 
end of the seesaw and another person sitting on the 
other end; and one person is heavier than the other. If 
the larger person is sitting closer to the pivot point of 
the seesaw, the smaller person can lift them with little or 
no problem. The reason this is possible comes from the 
difference in torque experienced by each person. Even 
though the smaller person exerts a smaller force, their 
distance from the pivot point (lever arm) is longer, 
hence a large torque. The larger person exerts a larger 
force; however, because he/she is closer to the pivot 
point their lever arm is shorter, hence a smaller torque. 


Wrenches also work by torque. (Some wrenches 
are even calibrated to display the amount of torque the 
user is applying to a nut; they are called torque 
wrenches.) The nut (or bolt) is the point of rotation 
because the user wants to tighten or loosen it by having 
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it turn. The force is being exerted by the hand and arm. 
Since users try to pull or push (exert a force) at right 
angles on the wrench’s handle, the lever arm is then the 
length of the wrench’s handle. To increase the torque 
on the nut, the user must either increase how hard the 
lever arm is pulled or pushed; or, increase the length of 
the lever arm by placing, for example, a pipe over the 
end of the wrench. 


I Torus 


A torus, in geometry, is a doughnut-shaped, three- 
dimensional figure formed when a circle is rotated 
through 360° about a line in its plane, but not passing 
through the circle itself. The word torus is derived 
from a Latin word meaning bulge. The plural of 
torus is tori. Another common example of a torus is 
the inner tube of a tire. Imagine, for example, that the 
circle lies in space such that its diameter is parallel to a 
straight line. The figure that is formed is a hollow, 
circular tube, a torus. A torus is sometimes referred 
to as an anchor ring. 


The surface area and volume of a torus can be 
calculated if one knows the radius of the circle and the 
radius of the torus itself; that is, the distance from the 
furthest part of the circle from the line about which it is 
rotated. If the former dimension is represented by the 
letter r, and the latter dimension by R, then the surface 
area of the torus is given by 4n°Rr, and the volume is 
given by 2n°Rr>, where n (pi) is the constant approx- 
imately equal to 3.14. 


Problems involving the torus were well known to 
and studied by the ancient Greeks. For example, the 
formula for determining the surface area and volume 
of the torus came about as the result of the work of 
Greek mathematician Pappus of Alexandria, who lived 
around the third century AD. The Pappus’ theorem for 
surfaces of revolution is stated: area equals the circum- 
ference of the path taken by the center of mass of the 
figure as it revolves, multiplied by its outer perimeter. 
The Pappus’ theorem for solids of revolution is stated: 
volume equals the circumference of the path taken by 
the center of mass of the figure as it revolves, multiplied 
by its area. Today, problems involving the torus are of 
special interest to topologists; that is, mathematicians 
with special interests in topology, the study of the prop- 
erties of geometric figures and solids that remain con- 
stant when stretched or bent. 


See also Topology. 
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| Total solar irradiance 


Total solar irradiance is defined as the amount of 
radiant energy emitted by the sun over all wavelengths 
that fall each second on 11 sq ft (1 sq m) outside 
Earth’s atmosphere. 


By way of further definition, irradiance is defined 
as the amount of electromagnetic energy incident on a 
surface per unit time per unit area. Solar refers to 
electromagnetic radiation in the spectral range of 
approximately | to 9 ft (0.30 to 3 m), where the shortest 
wavelengths are in the ultraviolet region of the spec- 
trum, the intermediate wavelengths in the visible region, 
and the longer wavelengths are in the near infrared. 
Total means that the solar flux has been integrated 
over all wavelengths to include the contributions from 
ultraviolet, visible, and infrared radiation. 


By convention, the surface features of the sun are 
classified into three regions: the photosphere, the 
chromosphere, and the corona. The photosphere cor- 
responds to the bright region normally visible from 
Earth by the naked eye. About 3,100 mi (5,000 km) 
above the photosphere lies the chromosphere, from 
which short-lived, needlelike projections (called prom- 
inences) may extend upward for several thousands of 
kilometers. The corona is the outermost layer of the 
sun; this region extends into the region of the planets 
as the solar wind. Most of the surface features of the 
sun lie within the photosphere, though a few extend 
into the chromosphere or even the corona. 


The average amount of energy from the sun per 
unit area that reaches the upper regions of Earth’s 
atmosphere is known as the solar constant; its value 
is approximately 1,367 watts per square meter. As 
Earth-based measurements of this quantity are of 
doubtful accuracy due to variations in Earth’s atmos- 
phere, scientists have come to rely on satellites to make 
these measurements. 


Although referred to as the solar constant, this 
quantity actually has been found to vary since careful 
measurements started being made in 1978. In 1980, a 
satellite-based measurement yielded the value of 
1,368.2 watts per square meter. Over the next few 
years, the value was found to decrease by about 
0.04% per year. Such variations have now been linked 
to several physical processes known to occur in the 
sun’s interior, as will be described below. 


From Earth, it is only possible to observe the 
radiant energy emitted by the sun in the direction of 
the planet; this quantity is referred to as the solar 
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irradiance. This radiant solar energy is known to influ- 
ence the Earth’s weather and climate, although the 
exact relationships between solar irradiance and 
long-term climatological changes, such as global 
warming, are not well understood. 


The total radiant energy emitted from the sun in 
all directions is a quantity known as solar luminosity. 
The luminosity of the sun has been estimated to be 
3.8478 x 10°° watts. Some scientists believe that long- 
term variations in the solar luminosity may be a better 
correlate to environmental conditions on Earth than 
solar irradiance, including global warming. Variations 
in solar luminosity are also of interest to scientists who 
wish to gain a better understanding of stellar rotation, 
convection, and magnetism. 


Because short-term variations of certain regions 
of the solar spectrum may not accurately reflect 
changes in the true luminosity of the sun, measure- 
ments of total solar irradiance, which by definition 
take into account the solar flux contributions over all 
wavelengths, provide a better representation of the 
total luminosity of the sun. 


Short-term variations in solar irradiation vary sig- 
nificantly with the position of the observer, so such 
variations may not provide a very accurate picture of 
changes in the solar luminosity. But the total solar 
irradiance at any given position gives a better represen- 
tation because it includes contributions over the spec- 
trum of wavelengths represented in the solar radiation. 


Variations in the solar irradiance are at a level that 
can be detected by ground-based astronomical measure- 
ments of light. Such variations have been found to be 
about 0.1% of the average solar irradiance. Starting in 
1978, space-based instruments aboard Nimbus 7, Solar 
Maximum Mission (SolarMax), and other satellites 
began making the sort of measurements (reproducible 
to within a few parts per million each year) that allowed 
scientists to acquire a better understanding of variations 
in the total solar irradiance. Other data came from the 
Upper Atmosphere Research Satellite (1991-2001) and 
ACRIMSAT (2000-). Future satellites to be launched 
for studies of the Sun include the Solar Orbiter by the 
European Space Agency (ESA). It is expected to be 
launched in 2015 in order to make observations of the 
sun within 45 solar radii. 


Variations in solar irradiance have been attrib- 
uted to the following solar phenomena: oscillations, 
granulation, sunspots, faculae, and solar cycle. 


Oscillations, which cause variations in the solar 
irradiance lasting about five minutes, arise from the 
action of resonant waves trapped in the sun’s interior. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


At any given time, there are tens of millions of fre- 
quencies represented by the resonant waves, but only 
certain oscillations contribute to variations in the solar 
constant. 


Granulation, which produces solar irradiance var- 
iations lasting about ten minutes, is closely related to 
the convective energy flow in the outer part of the 
sun’s interior. To the observer on Earth, the surface 
of the sun appears to be made up of finely divided 
regions known as granules, each from 311 to 1,864 mi 
(500 to 3000 km) across, separated by dark regions. 
Each of these granules makes its appearance for about 
ten minutes and then disappears. Granulation appa- 
rently results from convection effects that appear to 
cease several hundred kilometers below the visible sur- 
face, but in fact extend out into the photosphere, 1.e., 
the region of the sun visible to the naked eye. These 
granules are believed to be the centers of rising con- 
vection cells. 


Sunspots give rise to variations that may last for 
several days, and sometimes as long as 200 days. They 
actually correspond to regions of intense magnetic 
activity where the solar atmosphere is slightly cooler 
than the surroundings. Sunspots appear as dark 
regions on the sun’s surface to observers on Earth. 
They are formed when the magnetic field lines just 
below the sun’s surface become twisted, and then 
poke though the solar photosphere. Solar irradiance 
measurements have also shown that the presence of 
large groups of sunspots on the sun’s surface produce 
dips ranging in amplitude from 0.10 to 0.25% of the 
solar constant. This reduction in the total solar irradi- 
ance has been attributed both to the presence of these 
sunspots and to the temporary storage of solar energy 
over times longer than the sunspot’s lifetime. Another 
key observation has been that the largest decreases in 
total solar irradiance frequently coincide with the for- 
mation of newly formed active regions associated with 
large sunspots, or with rapidly evolving, complex sun- 
spots. Sunspots are especially noteworthy for their 11- 
year activity cycle. 


Faculae, producing variations that may last for 
tens of days, are bright regions in the photosphere 
where high-temperature interior regions of the sun 
radiate energy. They tend to congregate in bright 
regions near sunspots, forming solar active regions. 
Faculae, which have sizes on the order of 620 mi 
(1,000 km) or less, appear to be tube like regions 
defined by magnetic field lines. These regions are less 
dense than surrounding areas. Because radiation from 
hotter layers below the photosphere can leak through 
the walls of the faculae, an atmosphere is produced 
that appears hotter, and brighter, than others. 
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The solar cycle is responsible for variations in the 
solar irradiance that have a period of about 11 years. 
This 11-year activity cycle of sunspot frequency is 
actually half of a 22-year magnetic cycle, which arises 
from the reversal of the poles of the sun’s magnetic 
field. From one activity cycle to the next, the north 
magnetic pole becomes the south magnetic pole, and 
vice versa. Solar luminosity has been found to achieve 
amaximum value at the very time that sunspot activity 
is highest during the 11-year sunspot cycle. Scientists 
have confirmed the length of the solar cycle by exam- 
ining tree rings for variations in deuterium-to-hydro- 
gen ratios. This ratio is temperature-dependent 
because deuterium molecules, which are a heavy 
form of the hydrogenmolecule, are less mobile than 
the lighter hydrogen molecules, and therefore less 
responsive to thermal motion induced by increases in 
the solar irradiance. 


Surprisingly, the sun’s rotation, with a rotational 
period of about 27 days, does not give rise to signifi- 
cant variations in the total solar irradiance. This is 
because its effects are overridden by the contributions 
of sunspots and faculae. 


Global warming 


Scientists have speculated that long-term solar 
irradiance variations might contribute to global 
warming over decades or hundreds of years. More 
recently, there has been speculation that changes in 
total solar irradiation have amplified the greenhouse 
effect, i.e., the retention of solar radiation and gradual 
warming of Earth’s atmosphere. Some of these 
changes, particularly small shifts in the length of the 
activity cycle, seem to correlate rather closely with 
climatic conditions in pre- and post-industrial times. 
Whether variations in solar irradiance can account for 
a substantial fraction of global warming over the past 
150 years, however, remains a highly controversial 
point of scientific discussion. 


Some researchers are convinced solar irradiance 
has increased between 1986 and 2006 (the years of the 
twentieth century’s last two solar minima and the year 
of the twenty-first century’s first solar minima, respec- 
tively) and this increase is consistent with the conclu- 
sion that long term solar irradiance changes are 
occurring. However, other scientists disagree, citing 
data inconsistent with such a conclusion. In particular, 
they have reported that solar irradiance was at similar 
levels in the years 1986 and 1996, but the global sur- 
face temperature of Earth had increased by about 0.2 
degrees Celsius during the same decade. Although 
researchers disagree about whether recent changes in 
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Near infrared radiation—Electromagnetic radiation 
typically produced by molecules that have been 
excited with low levels of energy. Near infrared radia- 
tion has a range of wavelengths about 2.50 to 0.75 
uum. Such radiation can be detected by photoelectric 
cells. 


Pyranometer—Instrument used to measure the com- 
bined intensity of incident direct solar radiation and 
diffuse sky radiation. It operates by comparing the 
heat produced by the radiation on blackened metal 
strips with that produced by a known electric current. 


Pyrgeometer—Instrument that measures radiation 
from the Earth’s surface transmitted into space. 


Pyrheliometer—Instrument that measures the total 
intensity of direct solar radiation received by the 
Earth. 


Radiometer—Instrument that measures radiant 
energy. An example is the bolometer, which measures 
the energy of electromagnetic radiation at certain 
wavelengths by measuring the change in electrical 


the total solar irradiance can account for global warm- 
ing between 1986 and 2006, most agree that long-term 
solar irradiance measurements will help elucidate the 
role the sun actually plays in driving global climate 
changes. 


Measuring solar irradiance 


Measurements of solar irradiance can be charac- 
terized by the range of wavelengths (or frequencies) 
they are sensitive to. The three types of measurements 
are broadband, wideband, and narrowband. 


Broadband measurements 


Broadband measurements typically record the 
complete solar spectrum. Quantities typically 
obtained in these types of measurements include: 


- Direct solar irradiance, defined as the solar radiation 
that passes directly though the atmosphere from the 
sun without being scattered or absorbed by the 
atmosphere. Scientists usually use pyrheliometers to 
measure this quantity, though more accurate meas- 
urements can be obtained using absolute cavity 
radiometers. 


- Diffuse sky solar irradiance is the solar irradiance 
that reaches the ground after being scattered by 
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resistance of a thin conductor due to heat accompany- 
ing the radiation. 


Sunphotometer—A type of photometer used to 
observe a narrow range of solar wavelengths. Most 
instruments produce an output signal proportional to 
the solar irradiance within the range of wavelengths. 
Some instruments determine spectral atmospheric 
transmission, which allows the contributions of var- 
ious atmospheric constituents, e.g., aerosols, water 
vapor, and ozone, to be calculated. 


Ultraviolet radiation—Radiation similar to visible 
light but of shorter wavelength, and thus higher 
energy. 


Visible radiation—Also known as light, visible radi- 
ation, like all radiation, is produced by acceleration 
of charged particles, often by excited electrons in 
atoms or molecules as they lose energy in the process 
of returning to their normal, or unexcited, state. 
Range of wavelengths in solar radiation: approxi- 
mately 0.78 to 0.40 um. 


particles in the atmosphere, including air molecules, 
dust, or cloud particles. To measure this quantity, 
scientists use a pyranometer that does not register the 
effects of the direct solar irradiance. 


Downward total solar irradiance is the total amount 
of solar irradiance that reaches an upward-facing 
horizontal surface. It is the sum of the vertical com- 
ponent of the direct solar irradiance and the diffuse 
sky irradiance. It is measured either with a pyranom- 
eter, or alternatively by summing the direct and dif- 
fuse horizontal irradiance. 


Upward solar irradiance is the solar irradiance that 
reaches a downward-facing surface. The source of 
this quantity is the downward solar irradiance that 
is reflected off Earth’s surface. This quantity is meas- 
ured with an inverted pyranometer. 


Downward longwave irradiance is thermal irradiance 
emitted in all directions by the atmosphere, e.g., 
gases, aerosols, and clouds, as received by an hori- 
zontal upward facing surface. It is measured with a 
pyrgeometer. 


Upward longwave irradiance is the thermal irradiance 
emitted from Earth’s surface that passes through 
a horizontal surface at a representative distance 
above the ground. It is measured with an inverted 
pyrgeometer. 
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Wideband measurements 


Wideband measurements typically focus on a 
region of the solar spectrum on the order of 10% 
that seen in broadband studies. 


- Direct solar irradiance can be measured with a pyr- 
heliometer equipped with suitable filters. 


« Downward solar irradiance can be measured with a 
pyranometer equipped with an appropriate filter. 


Narrowband measurements 


Narrowband measurements cover a very narrow 
range of the solar spectrum. 


- Direct, diffuse, and total solar irradiance measure- 
ments can be made using a radiometer. 


- Direct solar irradiance measurements can be made 
using a sun photometer. 


See also Global climate; Solar flare. 
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| Toucans 


Toucans are 41 species of familiar, brilliantly 
colored arboreal birds that make up the family 
Ramphastidae. Toucans are in the order Piciformes, 
which also includes the woodpeckers. 


Toucans range from southern Mexico to northern 
Argentina and Paraguay. Their usual habitat is tropical 
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Chestnut-mandibled toucans (Ramphastos swainsonii) in 
Panama. (Art Wolfe. Photo Researchers, Inc.) 


and subtropical forests and woodlands, and sometimes 
more open savanna with clumps of trees. Most species 
occur in lowlands, but some live in higher elevation 
forests. Toucans are not migratory, although some spe- 
cies may undertake local movements in search of food. 


Toucans are relatively large birds, with a body length 
of 12-24 in (30-61 cm). Their wings are short and rounded, 
the tail is long and wide, and the legs and feet are stout and 
strong, with the toes arranged in a zygodactyl pattern (i.e., 
two facing forward, and two backward). 


The most distinctive feature of toucans is their 
tremendous, seemingly oversized, laterally compressed 
bill, which in some species is as long as the body. The 
bill is stout but well-chambered with air-containing 
cavities, and therefore surprisingly lightweight. The 
bill curves slightly downward, and often has a serrated 
inner margin. There is a small hook at the tip of the 
upper mandible, and the nostrils are placed at the base 
of the bill, near the head. 
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Touch 


The function of the unusually enormous bill of 
toucans has not been conclusively determined. It may 
be helpful in plucking fruits that are far away from 
branches large enough for a toucan to perch on. 
Alternatively, the large bill may be used to frighten 
away potential predators, or to intimidate the parents 
of nestlings or eggs that toucans are preying upon. The 
bill may also have important social functions, for 
example, in courtship displays. 


The body plumage of toucans is soft, and usually 
black or dark green, with conspicuous patches of 
white, yellow, orange, red, or blue. Toucans have 
bare, brightly colored skin around the eye. The large 
bill of toucans is brightly colored in most species, and 
is likely important in species recognition. The sexes of 
most species do not differ in size or coloration. 


Toucans live in small, harshly noisy, often family 
related groups. They feed together, with an attentive 
sentry posted to warn against possible intrusions by 
predators. Toucans mostly eat fruits, insects, and 
sometimes the eggs or nestlings of other species of 
birds. They can manipulate their foods quite dexter- 
ously, in spite of their huge bill. 


Toucans have a repertoire of harsh croaks, yelps, 
mews, rattles, and other sounds. Some of the larger 
species give a series of almost musical renditions at 
dawn, which may function as territorial songs. 


Toucans roost and nest in cavities in trees, com- 
monly using abandoned holes excavated by wood- 
peckers, although these may be further enlarged by 
the toucans. During roosting, several birds may crowd 
into the same cavity, and when doing this they com- 
monly fold their tail up over the back to save space. 
Toucans lay two to four eggs in an unlined nesting 
cavity as high up a tree as possible. The eggs are 
incubated by both parents, who also share the chick- 
rearing duties, which takes about 40-50 days until 
fledging occurs. 


Species of toucans 


The largest toucans are those in the genus 
Ramphastos, which live in lowland, tropical forests. The 
toco toucan (R. toco) occurs in tropical Amazonian for- 
ests, while the chestnut-mandibled toucan (R. swainsonii) 
occurs from Honduras to Venezuela. 


Species of aracari toucans (Pteroglossus spp.) are 
smaller and relatively gregarious. The green aracari 
(Pteroglossus viridis) occurs in tropical forests from 
Venezuela through Brazil. 


4396 


KEY TERMS 


Zygodactyl—The specific arrangement of toes of 
certain birds, in which two toes point forward, 
and two backward. This is the characteristic 
arrangement in the Piciformes, including the 
toucans. 


The toucanets are even smaller. The spot-billed 
toucanet (Selenidera maculirostris) occurs in forests 
from Venezuela and Guyana to northern Argentina. 


Most species of toucans are less abundant today 
than they used to be, mostly because of loss of habitat 
through deforestation. The World Conservation 
Union (IUCN) considers two toucan species to be 
near threatened and one species to be endangered. 
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| Touch 


Touch is one of the five senses (the others being 
smell, taste, vision, and hearing) through which ani- 
mals and people interpret the world around them. 
While the other senses are localized primarily in a 
single area (such as vision in the eyes or taste in the 
tongue), the sensation of touch (or contact with the 
outside world) can be experienced anywhere on 
the body, from the top of the head to the tip of the 
toe. Touch is based on nerve receptors in the skin 
which send electrical messages through the central 
nervous system to the cerebral cortex in the brain, 
which interprets these electrical codes. For the most 
part, the touch receptors specialize in experiencing 
either hot, cold, pain, or pressure. Arguably, touch is 
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the most important of all the senses; without it animals 
would not be able to recognize pain (such as scalding 
water), which would greatly decrease their chances for 
survival. Research has also shown that touch has tre- 
mendous psychological ramifications in areas like 
child development, persuasion, healing, and reducing 
anxiety and tension. 


How we feel the outside world 


Our sense of touch is based primarily in the outer 
layer of skin called the epidermis. Nerve endings that 
lie in or just below the epidermis cells respond to 
various outside stimuli, which are categorized into 
four basic stimuli: pressure, pain, hot, and cold. 
Animals experience one or a combination of these 
sensations through a complex neural network that 
sends electrical impulses through the spinal cord to 
the cerebral cortex in the brain. The cerebral cortex, 
in turn, contains brain cells (neurons) arranged in 
columns that specialize in interpreting specific types 
of stimuli on certain parts of the body. 


The sensation of touch begins with various recep- 
tors in the skin. Although these receptors appear to 
specialize in reacting to certain sensations, there is 
some debate concerning this specificity since most 
touch stimuli are a combination of some or all of the 
four major categories. 


Scientists have identified several types of touch 
receptors. Free nerve ending receptors, located 
throughout the body at the bases of hair, are associ- 
ated primarily with light pressure (such as wind) and 
pain. Meissner corpuscles are nerve endings contained 
in tiny capsules and are found primarily in the finger- 
tips and areas especially sensitive to touch (in the form 
of low-frequency vibrations), like the soles of the feet 
and the tongue. The Pacinian corpuscles look like the 
cross section of an onion and are found in deep tissues 
in the joints, the genitals, and the mammary glands. 
They are extremely sensitive to pressure and are also 
stimulated by rapid movement of the tissues and 
vibrating sensations. Ruffini endings, which are also 
located in the deeper layers of the skin, respond to 
continuous stimulation, like steady pressure or tension 
within the skin. Merkel disks, are found near the base 
of the epidermis and also respond to continuous stim- 
ulation or pressure. The skin also contains specific 
thermoreceptors for sensing hot and cold and nocicep- 
tors that identify high intensity stimulation in the form 
of pain. 


Most, if not all of these receptors, are designed to 
adapt or become accustomed to the specific stimula- 
tion they interpret. In other words, the receptor does 
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not continue to register a constant “feeling” with the 
same intensity as when it first begins and may even 
shut off the tactile experience. Imagine, for example, 
putting on a wool sweater over bare skin. The initial 
prickly sensation eventually abates, allowing the 
wearer to become accustomed to the feeling. Other 
examples include wearing jewelry such as rings, 
necklaces, and watches. 


These receptors are also found in greater numbers 
on different parts of the body. For example, peoples’ 
backs are the least sensitive to touch, while their lips, 
tongue, and fingertips are most sensitive to tactile 
activity. Most receptors for cold are found on the sur- 
face of the face while thermoreceptors for warmth 
usually lie deeper in the skin and are fewer in number. 
A light breeze on the arm or head is felt because there 
tend to be more sense receptors at the base of the hairs 
than anywhere else. 


Touch and health 


Touch has a tremendous impact on most animals’ 
physical and psychological well being. Numerous 
studies of humans and other animals have shown 
that touch greatly impacts how we develop physically 
and respond to the world mentally. For example, 
premature babies that receive regular massages will 
gain weight more rapidly and develop faster mentally 
than those who do not receive the same attention. 
When baby rats are separated from their mothers for 
only 45 minutes, they undergo physiological or bio- 
chemical changes, specifically a reduction in a growth 
hormone. Touching of premature babies can also 
stimulate growth hormones (such as the hormone 
needed to absorb food) that occur naturally in healthy 
babies. 


A baby does not have to be premature or sickly to 
benefit from touch. Even healthy babies show benefits 
from touch in terms of emotional stability. Difficult 
children often have a history of abuse and neglect. The 
reason is that touch serves as a type of reassurance to 
infants that they are loved and safe, which translates 
into emotional well being. In general, babies who are 
held and touched more tend to develop better alertness 
and cognitive abilities over the long run. 


Touch continues to have a great psychological 
impact throughout peoples’ lives. Even adults who 
are hospitalized or sick at home seem to have less 
anxiety and tension headaches when they are regularly 
touched or caressed by caretakers or loved ones. 
Numerous studies have shown that touch also has a 
healing power. Researchers have found that touch 
reduces rapid heart beats and irregular heart beats 
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KEY TERMS 


Biochemical—The _ biological or 
chemicals of living organisms. 


physiological 


Central nervous system—The brain and spinal cord 
components of the nervous system, which controls 
activities of internal organs, movements, percep- 
tions, thoughts, and emotions. 


Cerebral cortex—The external gray matter sur- 
rounding the brain and made up of layers of nerve 
cells and fibers, thought to process sensory informa- 
tion and impulses. 


Epidermis—The outer layer of the skin consisting of 
dead cells. It is the primary protective barrier against 
sunlight, chemicals, and other possible harmful 
agents. The epidermal cells are constantly being 
shed and replenished. 


(arrhythmias). Another study showed that baby rats 
who are touched often during infancy develop more 
receptors to control the production of biochemicals 
called glucocorticoids, which are known as stress 
chemicals because of their ability to cause muscle 
shrinkage, high blood pressure, elevated cholesterol, 
and more. 


Touch’s psychological impact goes beyond phys- 
ical and mental health. Researchers have shown that 
touch is a powerful persuasive force. For example, 
studies have shown that touch can have a big impact 
in marketing and sales. Salespeople often use touch to 
establish a camaraderie and friendship that can result 
in better sales. In general, people are more likely to 
respond positively to a request if it is accompanied by 
a slight touch on the arm or hand. Ina study of waiters 
and waitresses, for example, those that lightly touched 
a patron often received better tips. 


See also Perception. 
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Free nerve endings—Touch receptors in the skin that 
detect light pressure. 


Glucocorticoids—A steroid or hormone like com- 
pound that affects metabolism and can have an 
anti-inflammatory effect. 


Meissner corpuscles—Touch receptors in the skin 
that are sensitive to touch. Named after German 
histologist Georg Meissner. 


Neurons—Nervous system unit that includes the 
nerve cell, dendrites, and axons. 


Pacinian corpuscles—Touch receptors in the skin 
that sense pressure and rapid or vibrating movement 
of the tissues, named after Italian anatomist Filippo 
Pacini. 


[ Towers of Hanoi 


The towers of Hanoi is an ancient mathematical 
puzzle likely to have originated in India. It consists of 
three poles, in which one is surrounded by a certain 
number of discs with a decreasing diameter. The object 
of the puzzle is to move all of the discs from one pole 
onto another pole. The movement of any disc is 
restricted by two rules. First, discs can only be 
moved one at a time. Second, a larger disc can not be 
placed on top of a smaller disc. 


I Toxic shock syndrome 


Toxic shock syndrome (TSS) is a serious, life-threat- 
ening disease caused by bacteria called Staphylococcus 
aureus and less typically, Streptococcus pyrogenes. 
Common causes of skin and mucous membrane infec- 
tions, some strains of Staph. aureus and Strep. pyrogenes 
secrete toxins that initiate a cascade of immune reac- 
tions. These immune reactions lead to overproduction of 
immune proteins, and the abnormally high production 
of these proteins leads to TSS. As its name implies, the 
most prominent symptom of TSS is shock. During 
shock, the bloodpressure drops to dangerously low lev- 
els. If TSS is not quickly diagnosed and treated with 
antibiotics, it can be fatal. 
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Toxic shock syndrome toxins 


A toxin is a chemical that acts as a poison within 
the body. TSS is caused by toxins released from certain 
strains of Staph. aureus and Strep. pyrogenes. Not all 
strains of these bacteria release these toxins. About 
30% of Staph. aureus strains and less than 10% of 
Strep. pyrogenes strains are TSS-toxin-producing. 


Toxins that cause TSS are called superantigens 
because of their effects on the immune system. An 
antigen is the protein on a bacterial cell or viral coat 
that certain immune cells, called helper T cells, identify 
as foreign. Helper T cells recognize antigens by bind- 
ing to them. When this recognition occurs, the 
immune system swings into action against the invader 
and makes specific proteins, called antibodies, which 
tag the invader for destruction by other immune cells. 
The TSS toxins are superantigens because the immune 
reaction they incite is nonspecific and aggressive. 
Helper T cells binds to the toxins, but instead of acti- 
vating one small part of the immune system—the anti- 
body production mechanism—the helper T cells-toxin 
binding “turns on” all of the immune system. 


This nonspecific activation of the immune system 
has devastating effects on the body. Asa result of TSS- 
toxins binding to helper T cells, several immune pro- 
teins are overproduced. Monokines and lymphokines, 
proteins that promote the further proliferation of 
helper T cells, are produced in large quantities. 
Histamine, a protein that functions in allergic reac- 
tions and the inflammatory response, is released from 
immune cells. These proteins, in turn, exert several 
physiological effects. Histamine causes blood vessels 
to dilate, increasing blood circulation. Monokines and 
lymphokines contribute to the body’s fever response, 
in which the internal temperature of the body increases 
in response to an immune signal. The combination of 
all these effects leads to TSS. 


Symptoms of toxic shock syndrome 


A syndrome is a group of different symptoms and 
conditions that are traced to one specific cause. 
acquired immune deficiency syndrome (AIDS), for 
example, is a cluster of different diseases that stem 
from infection of helper T cells with human immuno- 
deficiency virus (HIV). Similarly, TSS is a spectrum of 
symptoms caused by infection with toxin-producing 
strains of Staph. aureus and Strep. pyrogenes. 


The early stage of TSS is characterized by flu-like 
symptoms such as sudden fever, fatigue, diarrhea, and 
dizziness. In a matter of a few hours or days, the blood 
pressure drops dangerously and a sunburn-like rash 
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forms on the body. The drastic drop in blood pressure 
is potentially fatal. Circulatory problems develop as a 
result of low blood pressure, and some extremities— 
such as the fingers and toes—are deprived of blood as 
the body tries to shunt blood to vital organs. If the 
syndrome is severe enough, fingers and toes may 
become gangrenous due to lack of circulation. TSS 
can be treated with antibiotics, but these drugs kill 
only the bacteria that release the toxins: they do not 
neutralize the toxin that is already in the bloodstream. 
For treatment to be effective, antibiotics must be given 
early in the illness, before a large amount of toxin has 
built up in the bloodstream. 


Risk factors for toxic shock syndrome 


In 1980, several women in the United States were 
diagnosed with TSS; a few of these women died. When 
researchers investigated these cases, they found that all 
the women had been menstruating and using high- 
absorbency tampons. Since that time, toxic shock 
has been associated with the use of tampons in men- 
struating women, who comprise about 50% of the 
cases of TSS per year. Researchers speculate that tam- 
pons provide a suitable environment for bacteria such 
as S. aureus to grow. After some types of synthetic 
fiber added to tampons in order to increase absorb- 
ency were found to amplify toxins produced in TSS, 
manufacturers removed the. Today’s tampons are 
mostly composed of cotton and rayon, and carry a 
mandated warning about TSS on the outside 
packaging. 


To reduce the risk of TSS, experts recommend 
that women who use tampons change them frequently 
(about every two to four hours) and use the lowest- 
absorbency tampon that is practical. To avoid all 
tampon-associated risk of TSS, avoid using tampons 
altogether. Since instituting these guidelines, the inci- 
dence of toxic shock has fallen significantly over the 
past ten years. Currently, the incidence of toxic shock 
syndrome in menstruating women is between one and 
17 cases per 100,000. However, some cases of TSS in 
women have been associated with the use of contra- 
ceptive sponges and diaphragms. Like tampons, these 
devices should be worn for the shortest time recom- 
mended on the package directions, and for no longer 
than eight hours. 


Cases of TSS are also found in people with pre- 
existing skin infections, such as boils and wound infec- 
tions. Prompt treatment of these conditions can usu- 
ally prevent TSS. Researchers are also investigating 
the possibility of genetic predisposition to the disease. 
In 2002, scientists found a particular combination of 
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Toxicology 


KEY TERMS 


Antigen—A molecule, usually a protein, that the 
body identifies as foreign and toward which it 
directs an immune response. 


Helper T cell—The “lynch pin” of specific immune 
responses; helper T cells bind to APCs (antigen- 
presenting cells), activating both the antibody and 
cell-mediated immune responses. 


Syndrome—A set of diseases or symptoms that are 
traced to one specific cause; examples include 
acquired immune deficiency syndrome (AIDS) 
and toxic shock syndrome (TSS). 


Toxin—A poisonous substance. 


HLA genes in some people that results in greater 
susceptibility to serious streptococcal infections, 
while another combination of HLA genes in others 
offers protection against the severe consequences of 
infection. 
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l Toxicology 


Toxicology is the scientific study of poisons (tox- 
ins). Major topics in toxicology include the detection 
and chemical analysis of poisons, the study of the met- 
abolic effects of these substances on organisms, and the 
investigation of methods for treatment of poisoning. 


Physiology is the study how organisms function, 
and the disruption of biochemical pathways by poi- 
sons is a key aspect of toxicology. Poisons affect nor- 
mal physiology in many ways, but some of the more 
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common mechanisms involve the disabling of enzyme 
systems, induction of cancers, interference with the 
regulation of bloodchemistry, and disruption of 
genetic processes. 


Organisms vary greatly in their tolerance of expo- 
sure to chemicals, and even within populations of the 
same species there can be great variations in sensitiv- 
ity. In rare cases, some individuals may be extremely 
sensitive to particular chemicals or groups of similar 
chemicals, a phenomenon known as hypersensitivity. 


Organisms are often exposed to a wide variety of 
potentially toxic chemicals through medicine, food, 
water, and the atmosphere. Humans are exposed to 
complex mixtures of chemicals, many of which are 
synthetic and have been either deliberately or acciden- 
tally released into the environment. 


In some cases, people actively expose themselves 
to chemicals that are known to be toxic, such as when 
smoking cigarettes, drinking alcohol, or taking recrea- 
tional drugs. Voluntary exposure to chemicals also 
occurs when people take medicines to deal with illness, 
or when they choose to work in an occupation that 
involves routinely dealing with dangerous chemicals. 
However, most exposures to potentially toxic chem- 
icals are inadvertent, and involve living in an environ- 
ment that is contaminated with small concentrations 
of pollutants, for example, those associated with pes- 
ticide residues in food, lead from gasoline combustion, 
or sulfur dioxide and ozone in the urban atmosphere. 
Exposure to toxin-harboring microorganisms can also 
be detrimental to people. As one example, drinking 
water contaminated with a_ bacterium called 
Escherichia coli O157:H7 can be a serious, even life- 
threatening, concern, as the bacterium produces a 
potent toxin that can damage the intestinal tract and 
the liver. 


Traditionally, the discipline of toxicology has 
only dealt with the direct effects of poisonous chem- 
icals on organisms, and particularly on humans. 
Recently, however, ecologists have broadened the 
scope of toxicological investigations to include the 
indirect effects of chemicals in the environment, a 
field known as ecotoxicology. Ecotoxicology could 
be defined as the study of the ecological effects of 
toxic chemicals, including the direct effects, but also 
the indirect consequences caused by changes in the 
structure of habitats, or in the abundance of food. 
A herbicide used in forestry may not cause direct, 
toxic effects to animals at the doses given during the 
pesticide application, but the pesticide may change the 
vegetation, and thereby change the ecological condi- 
tions upon which animals depend. 
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Toxicology in practice 


The toxicologist employs the tools and methods of 
science to better understand the consequences of expo- 
sure to toxic chemicals. Toxicologists typically assess 
the relationship between toxic chemicals and environ- 
mental health by evaluating a number of factors. 


To assess the risk associated with exposure to a 
toxic substance, the toxicologist first measures the 
exposure characteristics and then computes the doses 
that enter the human body. He or she then compares 
these numbers to derive an estimate of risk, sometimes 
based on animal studies. In cases where human data 
exist for a toxic substance, such as benzene, more 
straightforward correlations with the humans risk of 
illness or death are possible. 


Given recommendations from toxicologists, gov- 
ermment agencies sometimes decide to regulate a 
chemical based on limited evidence from animal and 
human epidemiological studies that the chemical is 
toxic. Such decisions may have both ethical and polit- 
ical ramifications. For example, to fail to issue warn- 
ings about a “suspect” chemical could leave vulnerable 
members of the population at risk of contracting an 
avoidable illness; on the other hand, any restrictions 
placed on the use of the chemical could place burden- 
some cleanup costs on private industry. 


Toxicologists devise new techniques and develop 
new applications of existing methods to monitor 
changes in the health of individuals exposed to toxic 
substances. 


Another way to understand the environmental 
factors contributing to human illness is to study large 
populations that have been exposed to substances sus- 
pected of being toxic. Scientists then attempt to tie 
these observations to clinical data. Ecologic studies 
seek to correlate exposure patterns with a specific out- 
come. Case-control studies compare groups of persons 
with a particular illness with similar healthy groups, 
and such studies seek to identify the degree of expo- 
sure required to bring about the illness. Other studies 
may refine the scope of environmental factor studies, 
or examine a small group of individuals in which there 
is a high incidence of a rare disease and a history of 
exposure to a particular chemical. 


When a chemical is nonbiodegradable, it may 
accumulate in biosystems. The result could be that 
very high concentrations may accumulate in animals 
at the top of food chains. Chlorinated pesticides such 
as dieldrin and DDT, for example, have been found in 
fish in much greater concentrations than in the water 
in which they swim. 
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Arsenic is a common toxin, which is encountered 
mainly in the workplace, near hazardous waste sites, 
or in areas with high natural levels of the substance. At 
high levels of exposure, arsenic can cause death or 
illness. Lead is another toxin. Toxic exposure usually 
results from breathing workplace air or dust, or from 
eating contaminated foods. In the past, when lead- 
based paints were still used, a common source of lead 
poisoning was the ingestion of lead-based paint chips 
by infants. Another chemical toxin is mercury. Toxic 
exposure results from breathing contaminated air, 
ingesting contaminated water and food, and possibly 
having dental and medical treatments. At high levels, 
mercury damages the brain, kidneys, and developing 
fetuses. Other chemical toxins exist. 


Biological toxins also exist. Bacteria, fungi, and 
algal species can produce toxins that cause illness and 
even death. 


Bill Freedman 
Randall Frost 


| Trace elements 


Trace elements, also sometimes called micromin- 
erals, are chemicals that are required by organisms in 
very small quantities for proper physiological and bio- 
chemical functioning. Trace elements commonly occur 
in organisms in concentrations smaller than about 
0.001% of the dry weight (less than 10 parts per mil- 
lion, or ppm). Thus, these dietary minerals are needed 
by the human body in very small amounts, which is 
why they are called microminerals as opposed to mac- 
rominerals, which are needed in larger amounts. 


Listed in alphabetical order, the most commonly 
required trace elements for healthy animal or plant 
nutrition are: boron (B), chlorine (Cl), chromium 
(Cr), cobalt (Co), copper (Cu), fluorine (F), iodine 
(1), iron (Fe), manganese (Mn), molybdenum (Mo), 
selenium (Se), silicon (Si), tin (Sn), vanadium (V), and 
zinc (Zn). Some organisms also appear to require 
aluminum (Al) and nickel (Ni). 


All of the 92 naturally occurring elements occur 
ubiquitously in the environment, in at least trace concen- 
trations. In other words, there is a universal contamina- 
tion of soil, water, air, and biota with all of the natural 
elements. As long as the methodology of analytical chem- 
istry has detection limits that are small enough, this con- 
tamination will always be demonstrable. However, the 
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Tragopans 


mere presence of an element in organisms does not mean 
that it is indispensable for healthy biological functioning. 
To be considered an essential element, three criteria must 
be satisfied: (1) the element must be demonstrated as 
essential to normal development and physiology in sev- 
eral species; (2) the element must not be replaceable in 
this role by another element; and (3) the beneficial func- 
tion of the element must be through a direct physiological 
role, and not related to correction of a deficiency of some 
other element or indirect correction of a toxic condition. 


Research into the physiological roles of trace ele- 
ments is difficult, because it involves growing plants or 
animals under conditions in which the chemical concen- 
trations of food and water are regulated within extremely 
strict standards, particularly for the trace element in 
question. In such research, even the slightest contamina- 
tion of food with the trace element being examined could 
invalidate the studies. Because of the difficulties of this 
sort of research, the specific physiological functions of 
some trace elements are not known. However, it has been 
demonstrated that most trace elements are required for 
the synthesis of particular enzymes, or as co-factors that 
allow the proper functioning of specific enzyme systems. 


A principle of toxicology is that all chemicals are 
potentially toxic. All that is required to cause toxicity is 
that organisms are exposed to a sufficiently large dose. 
The physiological effect of any particular dose of a 
chemical is related to the specific susceptibility of an 
organism or species, as well as to environmental con- 
ditions that influence toxicity. This principle suggests 
that, although trace elements are essential micronu- 
trients, which benefit organisms that are exposed 
within certain therapeutic ranges, at larger doses they 
may cause biological damages. There are many cases of 
biological and ecological damages being caused by 
both naturally occurring and human-caused pollutions 
with trace elements. Such occurrences may involve the 
natural, surface occurrences or metal-rich minerals 
such as ore bodies, or emissions associated with certain 
industries, such as metal smelting or refining. 


See also Element, chemical; Nutrients; Toxicology. 


| Tragopans 


Tragopans are members of the attractive bird 
family Phasianidae, which also includes pheasants, 
peafowl, partridges, guineafowl, and turkeys. 


There are various species of tragopans in 
Afghanistan, eastward as far as Tibet, and in the 
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Himalayas, in the same area as /thaginus cruentus, a 
related short-tailed species. Tragopans, however, are 
more colorful. Tragopans spend much of their time in 
the crowns of trees where they find most of their food. 
Their diet consists primarily of insects, leaves, fruits, 
and seeds. 


The satyr tragopan, Tragopan satyra, of the 
Himalayas, is a deep cherry red, varied with white 
and brown. The male bird has large areas of bare 
blue skin on its cheeks and two finger like wattles of 
the same color behind the eyes. During courting these 
areas become very noticeable as they swell up with 
blood. 


Sophie Jakowska 


| Trains and railroads 


Trains are the series of connected railroad cars 
that are pushed or pulled by one or more locomotives. 
Railroads are the systems of locomotives, passenger 
and freight cars, land, buildings, and equipment used 
to transport goods and customers throughout an area 
with the use of pairs of parallel metal rails. Railroads 
have been built and currently operate extensively 
around the world, on every continent except 
Antarctica. In August 2005, the Qingzang railroad 
became the highest line operating in the world when 
it began operations through the Tanggula Mountain 
Pass at a maximum elevation of 16,640 ft (5,072 m). 


Trains were developed during the Industrial 
Revolution (which began in England in the eighteenth 
century) and were arguably that period’s most impor- 
tant product. In many ways, railroads made the 
Industrial Revolution possible. Factories could not 
run without a constant supply of raw materials, or 
without a method of moving goods to market. More 
than anything, the progress of the railroads depended 
on the development of motive power, which was, in 
turn, being driven by technology. If the story of the 
Industrial Revolution is the story of the railroads, 
then, the story of the railroads is the story of 
technology. 


Like so much else in western culture, railroads had 
their roots in ancient Greece. Farmers and merchants 
transporting goods realized that their wagons could 
travel more quickly on a smooth, hard surface with its 
reduced friction than on soft dirt roads. Where possi- 
ble, they cut ruts into the rock to guide the wagon 
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A steam locomotive. (JLM Visuals.) 


wheels. These rutways were limited to areas where the 
rock was near the surface, but the efficiency of the 
approach was demonstrated. 


The rutway technology was submerged in the 
full-width Roman roads and lost in the eventual fall 
of the empire. In the late Middle Ages, however, a 
variation of the idea surfaced. In sixteenth and sev- 
enteenth century Germany and England, primitive 
railway systems were developed in which wood- 
wheeled carts ran on wooden rails. These early lines 
were developed primarily for heavy industry such as 
coalmining, to make large volume transport viable. 
The ascents were made using horsepower and the 
descents were made with the benefit of gravity and 
brakes. The reduced friction of the wagonways 
allowed horses to haul several times the load they 
could manage on a normal road, and the rails guided 
the wagons along. 


These wooden rail systems had a number of dis- 
advantages. When wet they were extremely slippery, 
causing the carts to slide out of control on grades. 
They were not particularly strong or durable. In par- 
ticular, carts with iron wheels quickly wore out the 
soft wooden tracks. In 1767, Richard Reynolds of 
Coalbrookdale, England, fabricated the first iron 
rails. The metal rails reduced the rolling friction of 
the wheels while lasting longer than the wooden alter- 
natives. The way was clear for motive power. 


The steam locomotive 


In its simplest form, a steam locomotive consists 
of a firebox, a boiler, a cylinder or cylinders, and 
wheels, all of which are mounted on a rigid frame. 
The flames in the firebox heatwater in the boiler to 
create steam. The steam is directed into a cylinder 
where its force is used to push a plunger attached by 
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a connector rod or gears to the driving wheel of the 
engine. These connecting elements force the wheels to 
turn, which moves the engine along the track. 


Wheels are classified as drive wheels, which pro- 
vide motive power, and carrying wheels, which distrib- 
ute the weight of the engine and add stability. Carrying 
wheels are further divided into leading wheels; 1.e., 
those ahead of the drivers, and trailing wheels, or 
those behind the drivers. A common classification 
scheme for steam locomotives gives the number of 
leading wheels, the number of driving wheels, and 
the number of trailing wheels. The locomotive-style 
engines of the American West, for instance, would be 
classified as a 4-4-0: four leading wheels, four drivers, 
and no trailing wheels. 


The first locomotives 


The first self-propelled steam vehicle was built by 
Frenchman Nicolas-Joseph Cugnot (1725-1804) in 
1769, followed by Scottish engineer and inventor 
William Murdoch’s (1754-1839) model experimental 
locomotive in 1784. In 1802, British engineer and 
inventor Richard Trevithick (1771-1833) built the 
first full-size locomotive to run on rails, thus winning 
a wager for his employer. A horizontal cylinder sat in 
the boiler and drove a piston, which drove a connect- 
ing rod that connected to a crank/flywheel. A set of 
gears transferred energy from the crankshaft to the 
drive wheels that moved the engine. To meet the 
terms of the bet, the locomotive successfully pulled a 
series of cars loaded with ten tons of iron and 70 
people. 


Trevithick used an artificial draft through the fire- 
box to fan the flames of the coals, an important inno- 
vation. This increased the heat of the fire, generating 
larger amounts of high pressure steam. He dispensed 
with any additional traction mechanism to keep the 
engine from slipping, convinced that the friction 
between the iron rails and the wheels was enough to 
drive the vehicle forward. His invention worked 
admirably. At several tons in weight, however, it was 
far too heavy for the brittle iron plateway and left a 
string of broken rails in its wake. 


Traction, or wheel-to-rail adhesion, is fundamental 
to the operation of a locomotive. In order to move a 
string of cars, the locomotive drive wheels must grip the 
track. If traction is insufficient, the wheels simply spin 
without pulling the train forward, just as car wheels can 
spin uselessly in mud or on ice. This was a special 
concern for early locomotive designers who, unlike 
Trevithick, were not convinced that wheel-to-rail adhe- 
sion was sufficient to move the train down the track. 
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Because frictional force between wheels and rail is pro- 
portional to the downward force or weight on the driv- 
ing wheels, lighter engines were more likely to 
encounter adhesion problems. Heavier engines had bet- 
ter adhesion but their weight tended to break or split 
the brittle cast iron tracks, and locomotive builders 
were under continual pressure to reduce engine weight. 


A variety of solutions that balanced the issues 
were proposed and built. In 1812, British mining engi- 
neer and inventor John Blenkinsop (1783-1831) built 
a substantially lighter engine than Trevithick’s, com- 
pensating for any loss of adhesion by using a rack and 
pinion drive. The drive wheels were cogged and rails 
were toothed on the outside face. The teeth on the 
drive wheels meshed with the teeth on the rails, driving 
the locomotive forward with no chance for slippage. 
Costly and complicated, the rack and pinion drive 
soon proved to be unnecessary for conventional rail- 
roads and never became popular. Other high traction 
methods such as chain drive or external pushing legs 
were simply impractical, and most of the locomotives 
that followed reverted to adhesion drive. 


A second Blenkinsop innovation became a stand- 
ard feature of almost all subsequent steam locomo- 
tives. Blenkinsop designed a two-cylinder engine, with 
a cylinder to power the drive wheel on each side. This 
eliminated the use of an overhead flywheel to transfer 
mechanical energy from the cylinder to the drive 
wheels. Unlike Trevithick’s design, however, the cyl- 
inders on Blenkinsop’s engine were vertical. At high 
speeds, the rapid bounce of the pistons added a great 
deal of chop to the engine movement, exacerbated by 
the fact that the engine had no springs to absorb the 
motion. Given the weight of the engines, the chop 
placed a significant amount of stress on the rails, 
resulting in more splits and fractures. 


The next groundbreaking design was an adhesion 
drive, two cylinder locomotive called the Puffing Billy. 
It was the first steam locomotive to feature cylinders 
outside of the boiler where they were easily accessible. 
Designed by British engineer William Hedley (1773- 
1843), the Puffing Billy distributed its weight over 
eight drive wheels, putting less concentrated load on 
the track and causing less wear. 


One of the major locomotive companies during 
the nineteenth centuries was run by the father-son 
team of George and Robert Stephenson. The 
Stephensons were responsible for some of the most 
important technical innovations in locomotive opera- 
tion. George Stephenson replaced the cylinder-to- 
wheel gear interface by coupling and connecting 
rods, streamlining the design and bringing it closer to 
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the modern style of locomotive. He also introduced 
the locomotive steam spring, which cushioned the 
action of the engine. The spring consisted of a vertical, 
cylinder with a piston that carried the engine weight. 
Steam forced the piston to the upper end of the cylin- 
der, applying upward force to counter the downward 
force of the weight of the engine. As a result of the 
shock-absorbing effect of the spring, the heavy engine 
rode more easily on its wheels and caused fewer cracks 
in the iron rails. 


Locomotive wheels also cracked frequently, 
requiring costly replacements and engine down-time. 
English civil engineer Robert Stephenson (1803-1859) 
and British mechanical engineer Timothy Hackworth 
(1786-1850) replaced the solid cast-iron wheels of 
early engines with a combination design that featured 
durable, replaceable wrought-iron tires mounted on 
cast-iron hubs. In his 1827 locomotive the Rocket, 
Robert Stephenson also introduced the multitube 
boiler. Frenchman Marc Seguin developed a similar 
design at around the same time. In the multitube 
boiler, hot gases from the firebox move through 
tubes that run the length of the boiler. Heat is 
exchanged over a much greater surface area, making 
the design far more efficient than the single chamber 
type. Around this same time, locomotive designers 
abandoned the vertical cylinder for the smoother hor- 
izontally mounted type, though the cylinders on the 
Rocket compromised with a slanted orientation. 


The American standard 


Steam locomotives were introduced in the United 
States in 1829. British builders initially supplied them, 
but the development of American locomotives moved 
in a different direction from British and European 
locomotives almost immediately. Britain was a pros- 
perous, settled country and British tracks were sturdy 
and well-built, with flat roadbeds and low grades. The 
Americans, on the other hand, were still pushing the 
frontier west across a vast landscape. Railroad com- 
panies were minimally financed, while striving to web 
the country with rails. Consequently, American tracks 
were built hastily, with minimal roadbed preparation. 
Often they consisted of just flat-topped rails spiked 
onto rough-cut ties. Curves were tighter, grades were 
steeper, and because the roadbeds were poorly graded 
if at all, the tracks were uneven. The high performance 
British locomotives with their fixed, four-wheel sus- 
pension did not fare well on U.S. tracks, derailing and 
breaking axles on the twisting, uneven rails. 


The Experiment, a 4-2-0 engine built by American 
civil engineer John Bloomfield Jervis (1795-1885) in 
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1831, was the first locomotive designed specifically for 
use on the American railroads. To modify the British 
fixed-wheel suspension, Jervis added a four-wheeled 
truck mounted on a center pivot to the front of the 
Experiment. Like the front wheels of a car, this truck 
could shift and turn with the track, compensating for 
sharp curves and unevenness. The two drive wheels 
were at the back of the engine, and the Experiment also 
boasted the novelty of an enclosed cab. 


The design was a success and notion of a leading 
four-wheel truck was widely adopted in the United 
States. In 1836, Henry R. Campbell patented the 4-4-0 
locomotive. Robust and economical, locomotives of 
this design could soon be ordered from a number of 
manufacturers. A cowcatcher was added to sweep 
away livestock from tracks running through open 
prairie, and a spark-suppressing smokestack kept 
glowing cinders from flying out to start fires. With 
these addition, the United States had the American 
Standard, a rugged, powerful locomotive that was 
ubiquitous in the nineteenth century United States. 


Additional accoutrements were added to these 
engines. American locomotive manufacturer Matthias 
Baldwin (1795-1866) was the first to equip a locomo- 
tive with warning bells, and American railroad engi- 
neer George Washington Whistler (1800-1849) added 
the first steam whistle. Night travel was at first accom- 
plished by maintaining a fire on a small car hooked to 
the front of the engine, but was soon superceded by a 
headlamp. 


Meanwhile, the focus in Britain was on speed. 
Whereas the average speed of the American Standard 
was around 25 mph (40 km/h), British engines were 
routinely clocking speeds of 60 mph (97 km/h) as 
early as 1860. The tracks were flat and smooth with 
few curves and low grades, and the swift engines were 
designed with compact, rigid frames and enormous 
driving wheels. In 1832, Robert Stephenson built the 
Patentee, a 2-2-0 engine whose design was to dominate 
in Britain and Europe for many years to come. 


Further improvements in steam locomotive tech- 
nology led to increases in speed and power. To max- 
imize efficiency, double cylinders were constructed in 
which the steam from the first cylinder was let into a 
second cylinder to completely exhaust its pushing 
capabilities. More complete combustion was achieved 
by installing a firebrick arch in the firebox that routed 
air around prior to introducing it to the boiler. To 
improve power, multiwheel behemoths were built. 
Locomotives with six and eight wheels were commis- 
sioned, as well as the less common 10-12 wheelers. 
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Superheated steam was another method of increas- 
ing efficiency. In most early locomotives, steam included 
a significant portion of what was merely hot water. It 
was unable to do useful work and took up space in 
the cylinder where steam could normally expand to 
do useful work. To address this issue, engineers in 
Germany and Belgium developed the method of super- 
heated steam. Steam headed toward the cylinders was 
heated a second time to dry it out, minimizing liquid 
water content. In tandem with improved cylinder valve 
gearing, the use of superheated steam increased engine 
efficiency so much that compound cylinders were even- 
tually phased out as unnecessary. 


Steam locomotives reached their peak in the mid- 
dle of the twentieth century. 4-8-4s and 4-6-4s capable 
of speeds as high as 95 mph (153 km/h) were built in the 
mid-1940s, when rail travel dominated overland pas- 
senger travel. Even as these streamliners were capturing 
the imagination of the public, however, diesel and elec- 
tric locomotives were beginning to take over rail trans- 
portation. By the mid-1950s, the numbers of steam 
locomotives were dwindling rapidly, and today they 
exist only as sentimental reminders of a bygone era. 


Diesel and electric locomotives 


Diesel engines are internal combustion engines in 
which fuel oil is injected directly into the cylinder head 
and ignited by pressure. They power the wheels by 
direct gearing rather than the connecting rods of the 
steam locomotive, providing continual power. Railway 
diesels have been designed with electric, hydraulic, 
mechanical, and pneumatic transmissions; today the 
diesel-electric engine is most common. 


When they were introduced early in the twentieth 
century, diesels offered unprecedented efficiency and 
performance over steam locomotives. Diesel engines 
could be operated round the clock, without timeouts 
to take on water for the boiler or clean out ashes from 
the firebox. They could carry enough fuel for a day or 
two of continuous operation, and running them was 
almost absurdly simple. Crews for the first diesel loco- 
motive in the United States, for example, were trained 
to operate it in just 15 minutes. Initial capital outlay 
was high, but operating costs were only a fraction of 
the cost of steam locomotives. 


Electric trains are the other major type of motive 
rail power. Particularly in Europe, passenger traffic is 
dominated by electric power. 


Electric trains run on both direct and alternating 
current, with voltage in the 50-100 kV range. The 
choice of current type is driven as much by economics 
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as by performance, involving as it does a tradeoff of 
cost and efficiency. Alternating current (AC) offers an 
economical current supply at the expense of motor 
complexity. Motors for the more expensive direct cur- 
rent (DC) supplies are very simple. Current is fed to 
the motors from overhead wires, as with trolleys, or 
from an electrified third rail along the ground, com- 
monly seen in subways. 


Track 


From the beginning of railroad development, 
British and European line surveyors were extremely 
careful to lay flat, even track, along with minimizing 
curves and grades. A track set down by George 
Stephenson, for instance, was laid on stone blocks 
with very compact foundations. By contrast, most 
early American tracks were laid hastily on wooden 
ties. The flimsy rails were easily deformed by the 
repeated weight of trains, sagging where not sup- 
ported by the ties. Eventually the ends of the rails 
would rise up due to this sagging action. When they 
rose high enough, these so-called snake heads would 
be pushed up in front of the wheels and either derail 
the train or punch through the floorboards, impaling 
those unlucky enough to be sitting above them. To 
avoid this, American railroads began placing the ties 
very close to one another, a practice still followed 
today. 


The early wood rails were followed by brittle cast- 
iron rails. It was only later that more ductile wrought 
iron was used. Steel rail came into play in the 1870s, as 
a byproduct of the Bessemer process, a method for 
economical mass production of steel. The steel rail was 
more durable, capable of supporting harder wheels 
and heavier loads. In recent years, rails have become 
heavier, weighing as much as 100 Ib (45 kg) per yard. 
Much of it is continuously welded rail. To simplify 
maintenance over miles of rail, special machines have 
been built that detect flaws in track, raise and align 
track, or clean and resettle track ballast. 


Track gauge, or the width between the rails, varied 
tremendously in the early years of railroading. Gauges 
ranged from 3 ft (0.9 m) called narrow gauge lines to 
6 ft (1.8 m) called wide gauge lines. Wide gauges were 
first believed to be more stable than narrow gauges, 
able to support broader cars without tipping over on 
curves. In mountainous areas or the highly populated 
urban regions of Britain, however, there was not suf- 
ficient room for wide gauge tracks, and rails were laid 
closer together. When it came time for the tracks of 
different railroads to merge into one enormous net, 
gauge discrepancies were a major problem. 
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The standard gauge was a 4 ft 8.5 in (1.7 m) 
spacing. Common in Britain, it was quickly passed 
along to other countries. In the United States, stand- 
ard gauge became the official gauge of the American 
Railway Association toward the end of the nineteenth 
century. This led to changes in the rail spacing of 
narrow and wide gauge railroads, necessitating mas- 
sively coordinated efforts in which the gauge of entire 
railway lines, as much as from 500 to 600 mi (804-965 
km), would be changed in a single day. 


Brakes and couplers 


Early cars were coupled together using a link- 
and-pin system. Given that the pins had to be put 
into place and removed manually while the cars were 
moved by a distant engine, coupling cars was a dan- 
gerous job that all too often led to the loss of fingers 
and hands. Alternate coupler designs were proposed, 
and in 1887 the Master Car Builders’ Association 
approved a coupler designed by American inventor 
Eli Hamilton Janney (1831-1912). Resembling the 
curled fingers of two hands, Janney’s coupler allowed 
cars to hook together without the use of pins. 


Brakes, too, were a problem with early trains. 
They had to be applied on each car by hand, a time- 
consuming process. Brakemen on freight trains had 
the added difficulty of applying the brakes from a 
precarious perch on the top of the car while hoping 
that the train did not go under any low bridges. In 
1869, American engineer and entrepreneur George 
Westinghouse (1846-1914) patented an air brake that 
used compressed air to force the brake shoes against 
the wheels. Each car had a reservoir of high-pressure 
air (70-100 Ib [32-45 kg]/sq in). A control pipe filled 
with compressed air ran the length of the train. If the 
pressure in the control pipe dropped, the compressed 
air in the reservoir applied the brakes. This could 
occur when the brakes were applied or when a car 
became detached from the train—an added safety 
measure. 


When diesel and electric locomotives came into 
use, a different approach to braking was possible. 
Both types of motors can be reversed such that the 
motor is working against the motion of the train. This 
dynamic braking system allows minimal use of air 
brakes, with longer wear on the brake shoes. Some 
high-speed trains have computerized braking systems. 
If the engineer exceeds permitted speed on a section of 
line, the brakes are automatically applied. 


Locomotive brakes took much longer to catch on 
than railcar brakes. Robert Stephenson’s 1833 Patentee 
design included specifications for a steam brake, but the 
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earliest recorded use of a brake on the driving wheels of 
an American locomotive was in 1848. Development and 
implementation was sporadic throughout the 1860s and 
1870s but, by 1889, about one-half of all American 
locomotives were equipped with driving wheel brakes. 
By the end of the nineteenth century, locomotives were 
routinely equipped with brakes, a necessity given the 
increased power and speeds of the twentieth century 
engines. 


Switches and signals 


In the early days of railroading, switches were set 
by hand and signal systems consisted of flags during 
the day and lamps at night. In 1856, an interlocking 
signal was designed to prevent signalmen from setting 
signals and switches in conflict with one another. In 
1865, Ashbel Welch of the Camden and Amboy 
Railroad developed a new type of signal known as 
the manual block-signal. Trains were spaced apart by 
a prescribed distance, or block, and new trains could 
not enter this block until the first train left. The electric 
telegraph was used to pass the word that track was 
clear and the train ahead had reached the station. 


Switch and train location information was con- 
veyed to engineers by stationary signals such as flags, 
patterned disks that rotated between full view and 
edge view, or fixtures with semaphore arms. In 1871, 
electrical control of block-signals was introduced. In 
1890, a compressed air switch with electronic control 
was installed on the Pennsylvania-Baltimore & Ohio 
railroad crossing. Fully automated switches soon fol- 
lowed in which the train wheels and axels made a 
complete conducting circuit, operating relays that 
ran the signals. The colored electronic lights used 
today are modern versions of these early signals. 


Modern switching yards are largely automated. 
Car speeds are computer controlled and switching is 
automatic. Meanwhile, sensors and detectors check 
for loose wheels, damaged flanges, or other faulty 
equipment. 


Ultrafast trains, the modern travel 
alternative 


In 1964, the Japanese inaugurated the Shinkansen 
train, initially capable of going an unprecedented 100 
mph (161 km/h). They have since built a net of high- 
speed railroads across Japan. These trains run on 
special tracks and have had no fatalities since the 
opening of the system. Several derailments, however, 
have occurred at or above 170 mph (270 km/h). When 
these trains have run on traditional tracks, however, 
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several fatalities have occurred, especially at line cross- 
ings. Europe has a number of high-speed trains, from 
the Swedish X2000, capable of running at 136 mph 
(219 km/h) average speed, to the German Intercity 
Express. The French, however, are the kings of high- 
speed rail transport. France, as of 2005, has about 745 
mi (1,200 km) of LGV tracks, with four more lines 
currently proposed or under construction. The TGV 
trains run regularly over the countryside at nearly 200 
mph (322 km/h). A special TGV train running over 
new track has reached an astounding 319 mph (514 
km/h). Some TGV technology outside of France 
include the AVE in Spain, KTX in South Korea, 
Acela in the United States (which is run by Amtrak 
between Boston, New York City, Philadelphia, and 
Washington, D.C.). 


At such speeds, the technology of railroads must 
be re-thought. Locomotive and passenger car suspen- 
sion must be redesigned, and most trains must run on 
specially graded and built track. Engineers require in- 
cab signaling, as with average speeds ranging between 
150 and 200 mph (241 and 322 km/h), there is not 
enough time to read the external signals. Brakes must 
be reconsidered. A train running at 155 mph (249 km/ 
h) requires about 3 mi (4.8 km) to stop fully after the 
brakes are first applied. 


A high speed option that is the topic of hot 
research is a non-contact, magnetically levitated 
(Maglev) train. Strong magnetic forces hold the train 
above the track. Such a train has virtually no rolling 
resistance or friction because there is no wheels and 
nothing rolling. The only impedance is that of air, 
making it extremely efficient. 


Research and development of maglev trains has 
been vigorously continued in a number of nations, 
including Japan, Great Britain, Germany, South 
Korea, and France. All of these nations have devel- 
oped a number of prototype vehicles that are moving 
into commercial operation. For example, Japanese 
engineers have designed a 27-mi (43.5 km) test line 
through the Yamanashi Prefecture that would carry 
up to 10,000 passengers per hour in 14-car trains trav- 
eling at 310 mi (499 km) per hour. Some German 
models have used a somewhat different form of mag- 
netic levitation. The German’s Transrapid has non- 
superconducting magnets attached to the vehicle body 
and suspended beneath the guide rail. The magnets are 
attracted (rather than repelled) upward to the rail, 
lifting the train to within an inch of the guide rail. On 
December 31, 2002, the German Transrapid Maglev 
Train had its first commercially operated route in 
China from Shanghai’s Long Yang Road to the 
Pudong International Airport. It transports people 
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KEY TERMS 


Adhesion—Frictional contact that makes the 
wheels of an engine grip the rails. 


Boiler—A single tube or multi-tube vessel in which 
water is heated to steam. 


Cylinder—A cylindrical tank into which steam is 
introduced to push a piston head back and forth, 
creating mechanical motion to drive the locomo- 
tive wheels. 


Maglev—A non-contact (frictionless) method of 
train suspension in which strong magnetic forces 
are used to levitate the train above the track. 


Rolling stock—Railroad cars. Rolling stock can 
contain such specialized cars as tank cars, refriger- 
ator cars, and piggyback cars. 


18.5 mi (30 km) in seven minutes, 20 seconds, at a top 
speed of 268 mph (431 km/h), with an average speed of 
150 mph (250 km/h). The world’s first commercial 
automated Maglev system, called Linimo, began oper- 
ations in March 2005 in Aichi, Japan. 


As Maglev systems are constructed more fre- 
quently in the world, the costs to develop and maintain 
them will decrease. For example, the Shanghai Maglev 
train cost 1.2 billion dollars to completely build, which 
is about six dollars per passenger. However, as of 
October 2006, the use of Maglev trains in the world 
is limited to only a few sites. Most Maglev trains are 
still in the experimental and developmental stages. 


Rail travel continues to be a safe way to travel 
when compared to automobiles. Annual death rates in 
the United States are regularly over 40,000, while rail 
fatalities are at about 1,000. However, regular rail 
service of passengers in the U.S. is relatively rare out- 
side of the northeastern section of the country. Most 
public transit passenger rail service resides in New 
York City (New York), Chicago (Illinois), Boston 
(Massachusetts), Washington, D.C., Philadelphia 
(Pennsylvania), and Cleveland (Ohio). Amtrak oper- 
ates the only passenger rail system in the United 
States. On the other hand, passenger rail service is 
very popular throughout the countries of Asia and 
Europe. 


Railroads were a significant factor in the develop- 
ment of industry and are still a significant mode of 
transportation for goods and passengers. In terms of 
efficiency, they cannot be rivaled. While a diesel truck 
can haul a single or tandem tractor-trailer, a diesel 
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locomotive can haul a string of loaded boxcars. As 
humans become more concerned about the environ- 
ment and internal combustion engines are phased out, 
railroads are poised to assume an even larger role in 
transportation. 


See also Mass transportation. 
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l Tranquilizers 


The medical use of drugs to reduce or relieve anxi- 
ety has given rise to a group of medications called 
antianxiety agents. These agents include anxiolytics, 
tranquilizers, and sedatives. The first tranquilizer 
(chlordiazepoxide hydrochloride [Librium®]) was 
approved by the U.S. Food and Drug Administration 
(FDA) in 1960. 


In pharmacology, tranquilizers were formerly 
grouped as either minor tranquilizers or major tran- 
quilizers. The word major stands for major psychiatric 
illness, not heavily sedating or tranquilizing. Today, 
major tranquilizers are more often referred to as 


GALE ENCYCLOPEDIA OF SCIENCE 4 


neuroleptics or antipsychotic agents and they are used 
in the treatment of schizophrenia, depression, and 
bipolar illness. Examples of antipsychotic agents are 
chlorpromazine (Thorazine®), synthesized in France 
in 1950, and the phenothiazines. 


Presently, the common use of the term tranquil- 
izer refers to the minor tranquilizers mainly of the 
benzodiazepine family. This newer group of anti-anxi- 
ety agents has tended to replace the use of barbiturates 
and meprobamate and certain antihistamines that 
were used as sedatives and anti-anxiety agents. It is 
these drugs that are prescribed as tranquilizers in the 
non-psychiatric setting of general medicine that treats 
anxiety brought on by stress rather than some disorder 
in the central nervous system. 


Anxiety 


While anxiety is usually an accompanying state of 
mind of most psychiatric disorders, it is also a special 
disorder of its own. Anxiety disorder or reaction is 
characterized by a chronic state of anxiety that does 
not have an immediate or visible basis. That is, the 
individual feels alarmed or uneasy but cannot point to 
any outside or realistic basis for the fear. There is a 
general state of unease that may become expressed by 
acute attacks of anxiety or panic, called panic 
disorder. 


The emotional stress of anxiety may be triggered 
by impulses and mental images that in turn lead to a 
number of complex physiological responses. The auto- 
nomic nervous system may react to signals from the 
emotional side of the mind that call forth defense 
reactions of either fight or flight. An excess of adrena- 
lin may be released that cannot be adequately dis- 
charged, thus leading to the symptoms of anxiety. 


The psychology of anxiety often entails the 
repression of certain drives and needs. Sexual feel- 
ings, aggression at work, in school, in the family, and 
dependency on a spouse or other social relationship 
that is being threatened, or that the anxious person 
feels apprehensive toward are all examples of the 
circumstances that can unleash a chronic state of 
anxiety. The loss of a job or the sudden onslaught 
of an illness may, likewise, be responsible for anxiety 
states as the individual attempts to cope with these 
new conditions. 


Acute anxiety 


Acute anxiety panic attacks have been described 
as one of the most painful of life experiences. The 
condition can last for a few minutes to one or two 
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hours. The individual is cast into a state of terror by 
some nameless imminent catastrophe. All rational 
thought processes cease during this time. 


There are a number of cardiovascular responses to 
this state such as palpitations, tachycardia (elevated 
heartrate), arrhythmias of the heart, and sharp chest 
pain. Breathing becomes very difficult, almost impos- 
sible. The term given for this condition is hyperventi- 
lation. The extremities (hands and feet) feel cold, 
numb, and tingle with a feeling of pins and needles 
being present in the skin which may turn blue in 
places. 


Other symptoms include fine trembling of the 
hands when they are stretched out, a feeling of (so- 
called) butterflies in the stomach, sweating, a general 
sense of weakness, dizziness, nausea, and sometimes 
diarrhea. People and the environment and surround- 
ing objects seem remote and unreal. All these symp- 
toms reinforce the anxious patient’s belief that either 
loss of consciousness or death are nearby. 


Chronic anxiety 


Many of the symptoms of chronic anxiety are 
similar to acute anxiety, but they are less intense and 
more prolonged. They can last for days, weeks, or 
months. There is a considerable amount of tension 
and expectation of conflict. There is fear about the 
future and an inability to deal effectively with other 
people, especially at home, school, and work. The 
condition is also characterized by chronic fatigue, 
insomnia, and headaches along with difficulty in con- 
centration. With chronic anxiety the individual is still 
able to function on some level, but the ability to deal 
with life situations is substantially compromised. 


Treatment for anxiety 


Treatment for anxiety can include psychotherapy 
for those who are responsive for unearthing uncon- 
scious conflicts. Supportive psychotherapy is given by 
physicians, social workers, and therapists to reassure 
the individual. Relaxation techniques, meditation, and 
hypnosis also help to alleviate the condition. 


Tranquilizers play a role in the pharmacologic 
treatment of anxiety. Medications, however, are usu- 
ally not sufficient to deal with the root causes of 
anxiety, and it is not certain to what extent they play 
a placebo role in alleviating feelings of anxiety. The 
attitude of the taker of the medication along with the 
belief in the medical authority figure administering the 
drug are further factors in determining the effective- 
ness of pharmacologic intervention. 
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Tranquilizers 


Benzodiazepines 


There are about 20 tranquilizers in the benzodiaze- 
pine family of tranquilizers. Some of the popular ones 
are diazepam (Valium®), Fluorazepam (Dalmane®), 
oxazepam (Serax®), and chlordiazepoxide (Librium®). 
In addition to being prescribed for anxiety, they are also 
used as muscle relaxants, sedatives, anesthetics, and as 
supportive medication for withdrawal from alcohol. 
These drugs were introduced in the 1960s, and they 
quickly replaced other drugs that were then being 
used as tranquilizers. Their popularity seems to be 
now in decline, partly due to the more cautious attitude 
physicians have in prescribing them. 


The amount of adverse effects is low. There is only a 
slight depression in respiratory rate and the amount 
needed for an overdose is very high, at a ratio of 200 
(excess) to 1. Used in suicide attempts the results lead 
more to confusion and drowsiness without damage of a 
permanent nature. Librium® (chlordiazepoxide) has 
some record of causing coma when taken in high dosages. 
Some people may react to benzodiazepines by losing 
inhibitions and expressing hostile or aggressive behavior 
that is not characteristic of their personalities, especially if 
they have been experiencing a high rate of frustration. 


Since benzodiazepines produce less euphoria than 
other types of tranquilizers there is less chance of a 
dependency reaction that leads to abuse. Minor tranquil- 
izers are generally not sought after by the illegal drug 
abuse market, nor are any of the other neuroleptic med- 
ications used to treat such mental illnesses as schizophre- 
nia, manic depression, or depression. Some withdrawal 
symptoms can develop with benzodiazepines if they are 
used for an extended period of time, such as a month or 
more. While there may be such symptoms as increased 
anxiety, sensitivity to bright lights, twitching of the 
muscles, nausea, and even convulsions, there is not a 
craving for the drug itself. Symptoms can be reduced by 
withdrawing from the drug gradually and phenytoin 
sodium (Dilantin®) can be used for convulsions. 


Action 


Tranquilizers act as anti-anxiety agents by depress- 
ing the central nervous system without leading to seda- 
tion. Barbiturates are seldom used now for managing 
anxiety or dysphoria because of their addictive poten- 
tial. The molecules of barbiturate drugs pass through 
the membranes of the cells in the brain. They are then 
able to block nerve signals that pass from cell to cell, 
thus inhibiting the stimulation and conduction of chem- 
ical neurotransmitters between the cells. In addition, 
barbiturates are able to reduce the effect of abnormal 
electrical activity in the brain which cause seizures, such 
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as in the case of epilepsy. Phenobarbital is a barbiturate 
that performs this function exceptionally well, therefore 
it is still useful as an anticonvulsant drug. 


Depressant drugs, like alcohol and barbiturates, 
just as stimulant drugs, like cocaine and amphetamines, 
all appear to have the ability to stimulate the brain’s 
reward circuit. The behavioral effect of this action is to 
increase the need for more of the drug, usually to get the 
same effect (drug tolerance). If it is being taken for its 
effect as a euphoric, more of the drug is needed each 
time it is taken to produce a high or for sleep if it is being 
used as a sedative. Drugs that stimulate the brain 
reward centers also have the effect of excluding other 
types of reward sensations like those from food or sex. 


Drugs that stimulate the brain reward centers 
seem to enhance the presence of a chemical found in 
the brain called gamma aminobutyric acid (GABA). 
GABA has the effect of quieting the neurons where the 
GABA receptors are found. 


The newer benzodiazepine tranquilizers reduce 
neuron sensitivity only for cells that do have the 
GABA receptor sites, but the barbiturates are able to 
work the sedating effect elsewhere as well, wherever 
there are chloride channels. That difference in action 
may account for the higher degree of sedation afforded 
by the barbiturates over the benzodiazepines. Both 
types of drugs are able to affect the brain’s reward center 
by increasing the amount of dopamine released into the 
limbic system, the part of the brain that regulates certain 
biological functions such as sleep and the emotions. 


Choice of tranquilizers 


Tranquilizers are the most commonly used pre- 
scription drugs in the United States. The three major 
groups of tranquilizers are the benzodiazepines with the 
brand names of Valium®, Librium®, and Alprazolam®. 
The second major group are the dephenylmethanes 
prescribed under the brand names of Vistaril® and 
Atarax®. The third group are the older alcohol-like 
propanediols that came out in the 1950s, such as tyba- 
mate and meprobamate under the brand names of 
Equanil® and Miltown®. 


The physician chooses among the various tran- 
quilizers the one that will best serve the patient’s 
need. Stress is a normal part of daily living for most 
people and it will produce in each individual a certain 
range of anxiety. Tranquilizers are prescribed on a 
non-psychiatric basis by the physician in general prac- 
tice when the level of anxiety experienced by the indi- 
vidual interferes with the ability to cope with everyday 
stressful events or when anxiety symptoms have 
reached clinical proportions. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Arrhythmia—Any abnormal rhythm of the heart, 
which can be too rapid, too slow, or irregular in 
pace; one of the symptoms of anxiety disorder. 
Autonomic nervous system—The part of the nervous 
system that controls involuntary processes, such as 
heart beat, digestion, and breathing. 

Chronic anxiety—A prolonged period of an abnor- 
mal level of anxiety symptoms. 

Euphoria—A feeling of intense well being; the oppo- 
site of dysphoria. 

Gamma aminobutyric acid (GABA)—A chemical in 
the brain that quiets neuronal activity. 
Hyperventilation—An autonomic reaction to anxiety 
which increases the breathing rate, thereby altering 


Panic attacks respond well with the treatment of 
alprazolam. Certain antidepressant drugs have also 
been found useful in treating panic disorder. Other 
symptoms, such as rapid heart rate, palpitations, 
involuntary motor reactions, insomnia or other sleep 
disorders, diarrhea, band-like headaches, increased 
urination rate, and gastric discomfort can be tempo- 
rarily relieved by the use of other tranquilizers. 


It is, however, necessary for the physician to point 
out to the patient that the tranquilizers are covering up 
the symptoms rather than curing them. The hazard in 
such palliative treatment is that the underlying con- 
dition may get worse without the conflict resolution 
necessary for the nervous system to readjust itself to 
the demands of reality. 


Tranquilizers are not suited for long term use and 
over a period of time higher dosages may be needed, 
especially for the mild euphoria that some of them pro- 
duce. While they do not pose the degree of dependency of 
other psychoactive drugs, some have been limited for 
general use because of the potential of overdependence. 
Valium® is an example of a benzodiazepine that now is 
prescribed more cautiously. 


Buspirone (BuSpar®) appears to avoid the prob- 
lem of possible dependency as well as that of drowsi- 
ness. This drug appeared in the mid-1980s. It is 
reported to be a true tranquilizer in that it does not 
produce either the slight euphoria of other tranquil- 
izers or the drowsiness which is also characteristic of 
the sedative effect of other tranquilizers. 
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the ratio of the exchange of gases in the lung. That 
change makes the act of breathing difficult to perform. 


Minor tranquilizers—As opposed to major tranquil- 
izers generally used to treat psychoses, minor tran- 
quilizers are used to treat anxiety, irritability, and 
tension. 


Panic disorder—An acute anxiety attack that can last 
for several minutes to several hours. 


Psychotherapy—A broad term that usually refers to 
interpersonal verbal treatment of disease or disorder 
that addresses psychological and social factors. 


Tachycardia—An elevated heart rate due to exercise 
or some other physiological response to a particular 
condition such as an anxiety attack. 
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I Transcendental numbers 


Transcendental numbers, named after the Latin 
expression meaning to climb beyond, are complex 
numbers that exist beyond the realm of algebraic num- 
bers. Mathematicians have defined algebraic numbers 
as those that can function as a solution to polynomial 
equations consisting of x and powers of x. Two well- 
known examples of transcendental numbers are the 
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mathematical constants a (pi, which approximately 
equals 3.14) and e (sometimes called Euler’s number 
or Napier’s constant, which approximately equals 
2.718). In 1844, French mathematician Joseph 
Liouville (1809-82) was the first person to prove the 
existence of transcendental numbers. 


Much earlier, German mathematician Gottfried 
Wilhelm Leibniz (1646-1716) was probably the first 
mathematician to consider the existence of numbers 
that do not satisfy the solutions to polynomial equa- 
tions. Then, in 1744, the Swiss mathematician 
Leonhard Euler (1707-83) established that a large 
variety of numbers (for example, whole numbers, 
fractions, imaginary numbers, irrational numbers, 
negative numbers, etc.) can function as a solution 
to a polynomial equation, thereby earning the attrib- 
ute algebraic. However, Euler pointed to the exis- 
tence of certain irrational numbers that cannot be 
defined as algebraic. Thus, /2, n, and e are all irra- 
tionals, but they are nevertheless divided into two 
fundamentally different classes. The first number is 
algebraic, which means that it can be a solution to a 
polynomial equation. For example, V2 is the solution 
of x*-2 = 0. 

However, m and e cannot solve a polynomial equa- 
tion, and are therefore defined as transcendental. 
While x, which represents the ratio of the circumfer- 
ence of a circle to its diameter, had been known since 
antiquity, its transcendence took many centuries to 
prove: In 1882 German mathematician Carl Louis 
Ferdinand von Lindemann (1852-1939) finally solved 
the problem of squaring the circle by establishing 
that there was no solution. There are infinitely many 
transcendental numbers, as there are infinitely many 
algebraic numbers. However, in 1874, German math- 
ematician Georg Ferdinand Ludwig Philipp Cantor 
(1845-1918) showed that the former are more numer- 
ous than the latter, suggesting that there is more than 
one kind of infinity. 


See also e (number); Irrational number; Pi; 
Polynomials. 


| Transducer 


A transducer is an electronic device that converts 
one form of energy to another energy form for such 
purposes as measurements and information transfers. 
Typically, one of these forms is electrical while the 
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other is usually mechanical, optical (light), or thermal 
(heat). Transducers are usually classified as either 
input or output devices, depending on the direction 
in which they transfer energy or information. Input 
transducers convert some property or effect into an 
electrical signal, while output transducers start with 
electricity and generate a mechanical or other effect. 
Everyday use examples of transducers are micro- 
phones, antennae, thermometers, photocells, and 
light bulbs. 


Transducers are generally classified within the 
following divisions (along with an example of each): 
electroacoustic (such as a microphone); electrochem- 
ical (such as a pH probe); electromagnetic (such as a 
light bulb); electromechanical (such as a strain gauge); 
electrostatic (such as a liquid crystal display [LCD]); 
photoelectric (such as a light-emitting diode [LED]); 
and thermoelectric (such as a thermocouple). 


The efficiency of a transducer is important in its 
function. Thus, transducer efficiency is defined as the 
ratio of its power output to the total power input. This 
statement can be mathematically written in equation 
form as: E = Q/P, where E is efficiency, Q is power 
output, and P is total power input. To convert this 
number to a ratio between 0 and 1, multiply the answer 
E by 100; thus Eo, = 100Q/P. 


Transducers play such fundamental roles in 
modern technology that examples of them abound. 
In virtually every electronic device or instrument, 
transducers act as translators between electron flow 
and the physical world. Loudspeakers are perhaps 
the most well-known transducers, as they are used 
in nearly every audio system to convert electrical 
signals into acoustic ones. Like loudspeakers, audio 
microphones are transducers. Both devices have a 
small diaphragm that is free to move in either a 
magnetic or electric field. In speakers, electricity 
pushes this diaphragm in order to generate sounds. 
In microphones, the opposite happens, and sound 
pushes the diaphragm to generate an electric signal. 
Another common transducer in audio systems is the 
photodetector; in a compact disc (CD) player this 
input device combines with a photoemitter to opti- 
cally sense encoded information on the disc and con- 
vert it to music. 


A tremendous collection of natural transducers 
can be found in the human body. The senses convert 
complex sights, sounds, smells, and other experiences 
to electrical signals, which are then sent to the brain 
for interpretation. 


See also Amplifier; Electronics. 
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Electrical distribution yard. (© Lester Lefkowitz/Corbis.) 


| Transformer 


A transformer is an electrical device that changes, 
or transforms, an alternating current (AC) signal from 
one level to another. The device typically consists of 
two sets of insulated wire, coiled around a common 
iron core. Electrical power is applied to one of these 
coils, called the primary coil, and is then magnetically 
transferred to the other coil, called the secondary. This 
magnetic coupling of electrical power occurs without 
any direct electrical contact, and allows transformers 
to change AC voltage level and to completely isolate 
two electrical circuits from one another. 


There are two types of transformers based on the 
relationship between the primary and secondary coils. 
A voltage in the secondary coil that is greater than the 
voltage in the primary coil is called a step-up trans- 
former. The reverse situation is called a step-down 
transformer. The power in a transformer is constant 
in each set of coils; that is, the product of current (I) 
and voltage (V), or power (P) is constant. For exam- 
ple, in a step-up transformer, an increase in voltage in 
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the secondary coil results in a corresponding decrease 
in the current. 


When a voltage is applied to a coil of wire, an 
electrical current flows (just as water flows through a 
pipe when pressure is applied.) The flowing electrical 
current, however, creates a magnetic field about the 
coil. This principle can be demonstrated by simply 
wrapping insulated wire around a nail, and attaching 
a battery to the ends of that wire. A sufficient number 
of loops and ample electrical power will enable this 
electromagnet to lift small metal objects, just as an 
ordinary magnet can attract metals. If, however, the 
battery is replaced by a varying power source such as 
AC, the magnetic field also varies. This changing mag- 
netic field is essential for the operation of a 
transformer. 


Because the two coils of a transformer are very 
close to each other, an electric current through the 
primary coil generates a magnetic field that is also 
around the secondary coil. When this magnetic field 
varies with time (as it does when AC is applied), it 
combines with the secondary coil to form a type of 
generator. (Recall that a generator produces electrical 
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power by moving coils of wire through a stationary 
magnetic field, the converse of the transformer situa- 
tion.) At any rate, electrical power in the primary coil 
is converted into a magnetic field which then generates 
electrical power in the secondary coil. 


The main point of a transformer is that, although 
the power is neither increased nor decreased in this 
transfer (except for minor losses), the voltage level can 
be changed through the conversion. The ratio of the 
voltages between the two coils is equal to the ratio of 
number of loops in the two coils. Changing the num- 
ber of windings allows a transformer to step-up or 
step-down voltages easily. This is extremely useful as 
the voltage level is converted many times between a 
power station, through transmission lines, into a 
home, and then into a household appliance. 


l Transgenics 


The term transgenics refers to the process of trans- 
ferring genetic information from one organism to 
another. By introducing new genetic material into a 
cell or individual, a transgenic organism is created that 
has new characteristics it did not have before the trans- 
formation. The genes transferred from one organism 
or cell to another are called transgenes. The develop- 
ment of biotechnological techniques has led to the 
creation of transgenic bacteria, plants, and animals 
that have great advantages over their natural counter- 
parts and sometimes act as living machines to create 
therapeutics for the treatment of disease. Despite the 
advantages of transgenics, some people have great 
concern regarding the use of transgenic plants as 
food, and with the possibility of transgenic organisms 
escaping into the environment where they may upset 
ecosystem balance. 


All of the cells of every living thing on the Earth 
contain DNA (deoxyribonucleic acid). DNA is a com- 
plex and long molecule composed of a sequence of 
smaller molecules, called nucleotides, linked together. 
Nucleotides are nitrogen-containing molecules, called 
bases that are combined with sugar and phosphate. 
There are four different kinds of nucleotides in DNA. 
Each nucleotide has a unique base component. The 
sequence of nucleotides, and therefore of bases, within 
an organism’s DNA is unique. In other words, no two 
organisms have exactly the same sequence of nucleo- 
tides in their DNA, even if they belong to the same 
species or are related. DNA holds within its nucleotide 
sequence information that directs the activities of the 
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cell. Groups, or sets of nucleotide sequences that 
instruct a single function are called genes. 


Much of the genetic material, or DNA, of organ- 
isms is coiled into compact forms called chromosomes. 
Chromosomes are highly organized compilations of 
DNA and protein that make the long molecules of 
DNA more manageable during cell division. In many 
organisms, including human beings, chromosomes are 
found within the nucleus of a cell. The nucleus is the 
central compartment of the cell that houses genetic 
information and acts as a control center for the cell. 
In other organisms, such as bacteria, DNA is not 
found within a nucleus. Instead, the DNA (usually in 
the form of a circular chromosome) is free within the 
cell. Additionally, many cells have extrachromosomal 
DNA that is not found within chromosomes. The 
mitochondria of cells, and the chloroplasts of plant 
cells have extrachromosomal DNA that help direct the 
activities of these organelles independent from the 
activities of the nucleus where the chromosomes are 
found. Plasmids are circular pieces of extrachromoso- 
mal DNA found in bacteria that are extensively used 
in transgenics. 


DNA, whether in chromosomes or in extrachro- 
mosomal molecules, uses the same code to direct cell 
activities. The genetic code is the sequence of nucleo- 
tides in genes that is defined by sets of three nucleo- 
tides. The genetic code itself is universal, meaning it is 
interpreted the same way in all living things. 
Therefore, all cells use the same code to store informa- 
tion in DNA, but have different amounts and kinds of 
information. The entire set of DNA found within a cell 
(and all of the identical cells of a multicellular organ- 
ism) is called the genome of that cell or organism. 


The DNA of chromosomes within the cellular 
genome is responsible for the production of proteins. 
Proteins have many varied and important functions, 
and in fact help determine the major characteristics of 
cells and whole organisms. As enzymes, proteins carry 
out thousands of kinds of chemical reactions that 
make life possible. Proteins also act as cell receptors 
and signal molecules, which enable cells to communi- 
cate with one another, to coordinate growth and other 
activities important for wound healing and develop- 
ment. Thus, many of the vital activities and character- 
istics that define a cell are really the result of the 
proteins that are present. The proteins, in turn, are 
determined by the genome of the organism. 


Because the genetic code is universal (same for all 
known organisms), and because genes determine char- 
acteristics of organisms, the characteristics of one kind 
of organism can be transferred to another. If genes 
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from an insect, for example, are placed into a plant in 
such a way that they are functional, the plant will gain 
characteristics of the insect. The insect’s DNA pro- 
vides information on how to make insect proteins 
within the plant because the genetic code is interpreted 
in the same way. That is, the insect genes give new 
characteristics to the plant. This very process has 
already been performed with firefly genes and tobacco 
plants. Firefly genes were transferred into tobacco 
plants, which created new tobacco plants that could 
glow in the dark. This amazing artificial genetic mix- 
ing, called recombinant biotechnology, is the crux of 
transgenics. The organisms that are created from mix- 
ing genes from different sources are transgenic. The 
glow-in-the-dark tobacco plants in the previous exam- 
ple, then, are transgenic tobacco plants. 


DNA transfer 


One of the major obstacles in the creation of trans- 
genic organisms is the problem of physically transfer- 
ring DNA from one organism or cell into another. It 
was observed early on that bacteria resistant to anti- 
biotics transferred the resistance characteristic to other 
nearby bacterial cells that were not previously resistant. 
It was eventually discovered that the resistant bacterial 
cells were actually exchanging plasmid DNA carrying 
resistance genes. The plasmids traveled between resist- 
ant and susceptible cells. In this way, susceptible bacte- 
rial cells were transformed into resistant cells. 


The permanent modification of a genome by the 
external application of DNA from a cell of a different 
genotype is called transformation (in bacteria) or 
transfection (in plant or animal cells). Transformed 
cells can pass on the new characteristics to new cells 
when they reproduce because copies of the foreign 
transgenes are replicated during cell division. 
Transformation can be either naturally occurring or 
the result of transgenic technology. Scientists mimic 
the natural uptake of plasmids by bacterial cells for 
use in creating transgenic cells. Chemical, physical, 
and biological methods are used to introduce DNA 
into the cells. 


Cells can be pre-treated with chemicals in order to 
more willingly take-up genetically engineered plas- 
mids. Also, DNA can be mixed with chemicals such 
as liposomes to introduce transgenes into cells. 
Liposomes are microscopic spheres filled with DNA 
that fuse to cells. When liposomes merge with host 
cells, they deliver the transgenes to the new cell. 
Liposomes are composed of lipids very similar to the 
lipids that make up cell membranes, which gives them 
the ability to fuse with cells. 
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Physical methods for DNA transfer include elec- 
troporation (bacterial and animal cells), microinjec- 
tion of DNA and gene gun. Electroporation is a 
process where cells are induced by an electric current 
to take up pieces of foreign DNA. DNA can also be 
introduced into cells by microinjection using micro- 
scopic needles. Plant tissues are difficult to penetrate 
due to the presence of a cell wall so a gene gun shoot- 
ing pellets covered with DNA is used to transfer DNA 
to plants. 


Biological methods used in gene transfer include 
viruses, fungi, and bacteria that have been genetically 
modified. Viruses that infect bacterial cells are used to 
inject the foreign pieces of DNA. 


Use of transgenics 


The use of transgenics depends on the type of 
organism being modified. Transgenic bacteria are 
used to produce antibiotics on an industrial scale, 
new protein drugs and to metabolize petroleum prod- 
ucts, or plastics for cleaning up the environment. 


By creating transgenic plants, food crops have 
enhanced productivity and quality. Transgenic corn, 
wheat, and soy with herbicide resistance, for example, 
are able to grow in areas treated with herbicide that 
kills weeds. In 2000, a list of 52 transgenic plants were 
approved for field trials in the United States alone, 
and plants included fruits (cranberries or papayas), 
vegetables (potatoes or carrots), industrial plants (cot- 
ton or wheat), and ornamental plants. Although the 
majority of the improvements remain confidential, it is 
known that scientists try to improve sugar metabo- 
lism, resistance to drought or cold, and yields by mod- 
ifying photosynthetic abilities of plants. Additionally, 
tests are on the way to establish feasibility of edible 
vaccines using lettuce, corn, tomatoes and potatoes. 
More recent studies suggests that plants can also be 
used to produce other pharmaceuticals, for example 
growth hormone, erythropoietin or interferons, how- 
ever, the amounts produced are too low to be of 
commercial value as yet. 


Transgenic animals are useful in basic research for 
determining gene function. They are also important for 
creating disease models and in searching for therapeu- 
tics. Recent developments in transgenic technology 
allow researchers to study the effects of gene deletion, 
over-expression, and inhibition in specific tissues. Such 
studies can allow identification of the drug targets in 
individual tissues or evaluate other gene therapy only in 
tissues of interest. Commercially transgenic animals are 
used for production of monoclonal antibodies, pharma- 
ceuticals, xenotransplantation and meat production. 
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KEY TERMS 


Electroporation—The induction of transient pores 
in the plasmalemma by pulses of high voltage elec- 
tricity, in order to incorporate transgenes from an 
external source. 


Genome—All of the genetic information for a cell 
or organism. 


Liposomes—Lipid bubbles used to deliver trans- 
genes to host cells. Liposomes fuse with the lipids 
of cell membranes, passing transgenes to the inside 
of host cells in the process. 


Photosynthesis—The process in which plants com- 
bine water and carbon dioxide to build carbohy- 
drates using light energy. 


Plasmids—Circular pieces of extrachromosomal 
DNA in bacteria that are engineered and used by 
scientists to hold transgenes. 


Transfection—The transgenic infection of host 
cells using viruses that infect bacterial cells. 


Transgenes—Genes transferred from one organism 
to another in transgenic experiments. Transgenes 
are often engineered by scientists to possess certain 
desirable characteristics. 


Transgenics—The process of transferring genetic 
material from one organism to another, or one 
cell to another. 


Xenotransplantation—Transplantation of tissue or 
an organ from one species to another, for example 
from pig to human. 


New areas in large animal transgenics is expression of a 
bacterial enzyme phytase in pigs allowing reduction of 
phosphorus excreted into the environment. In general, 
by using transgenics scientists can accomplish the 
results similar as with selective breeding. 


Despite their incredible utility, there are concerns 
regarding transgenics. The Human Genome Project 
(HGP) is a large collaborative effort among scientists 
worldwide that announced the determination of the 
sequence of the entire human genome in 2000. In 
doing this, the creation of transgenic humans could 
become more of a reality, which could lead to serious 
ramifications. Also, transgenic plants, used as genet- 
ically modified food, are a topic of debate. For a 
variety of reasons, not all scientifically based, some 
people argue that transgenic food is a consumer safety 
issue because not all of the effects of transgenic foods 
have been fully explored. Also of great debate are the 
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environmental protection issues as the transgenic 
plants can cross-pollinate with wild varieties, which 
in turn can lead to unforeseen consequences. In April 
2003, the HGP officials announced that the complete 
genome had basically been sequenced. Then, in May 
2006, the announcement was made that the sequence 
of the last chromosome had been completed. 


See also Clone and cloning; Photosynthesis. 
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Terry Watkins 


l Transistor 


A transistor is a small, solid device capable of 
amplifying electrical signals or switching them on and 
off. Most transistors are made using the unique semi- 
conducting properties of silicon or germanium (most 
often silicon). To make a transistor, a semiconducting 
crystal is selectively contaminated with other elements, 
such as arsenic, phosophorus, boron, or gallium. 


A transistor is controlled by voltages communi- 
cated to it through three or more metallic contacts. 
Transistors are active devices, meaning that they must 
be supplied with power to function. Virtually all elec- 
tronic devices contain transistors, from a handful to 
hundreds of millions. To the extent that our civilization 
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has come to depend on computers and electronic com- 
munications, therefore, it depends on the transistor. 
The term transistor is a shortening of TRANSfer 
ResISTOR. 


A transistor can perform a variety of useful elec- 
trical tasks because its resistance (the ease with which 
an electrical current flows through it) can be adjusted 
using a low-power control signal applied to one of a 
transistor’s three metallic terminals. The resulting 
change in resistance between the other two terminals 
of the transistor—through one of which current enters 
the transistor, leaving through the other—changes the 
current passed through the transistor. This current can 
in turn be converted into a voltage by passing it 
through a resistor (a passive or unpowered circuit 
device that simply dissipates energy); the change in 
voltage across this “load” resistor can be many times 
greater than the change in voltage that was used to 
alter the resistance of the transistor itself. This increase 
in amplitude or strength is called amplification, one of 
the most basic processes in electronics. 


Transistor amplification can be compared to con- 
trolling a powerful flow of water through a pipe by 
turning a valve: in this analogy, the force applied to the 
valve represents the transistor’s control voltage, while 
the water flowing through the pipe represents its out- 
put current. A small, varying force applied to the 
valve—a back-and-forth wiggle—causes matched var- 
iations in the greater force carried by the water passing 
through the pipe; a small signal thus generates another 
that varies identically in time but is larger in ampli- 
tude. Vacuum tubes, which were developed before 
transistors but perform the same functions, are termed 
“valves” in British usage in reference to this analogy. 


When a transistor acts as an amplifier it does not 
create the additional energy appearing in its output 
signal, just as a valve does not create water it dis- 
penses. Rather, a transistor modulates the energy 
flowing from a battery or power supply in a way that 
is similar to a valve adjusting the flow rate from a 
source of pressurized water. 


It is also clear from the valve analogy that instead 
of wiggling the valve one might choose instead to 
operate it in only two positions, open and shut, avoid- 
ing partial settings completely. Vacuum tubes and 
transistors can also be operated in this way, switching 
an electrical current on and off in response to a two- 
valued control signal. The on-off signals generated by 
this technique, switching, are the basis of digital elec- 
tronics; the constantly-varying signals involved in 
amplification are the basis of analog electronics. Both 
rely on transistors, which are cheaper, smaller, and 
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more reliable than other devices that can perform 
these functions. 


The history of the transistor 


Discovery of the transistor was publicly 
announced in 1948. Before this time, electronics had 
depended almost exclusively upon vacuum tubes for 
amplification and switching actions. Vacuum tubes 
are relatively bulky, short-lived, and wasteful of 
power; transistors are small—from peanut-size to 
only a few molecules across—long-lived, and dissipate 
far less power. Transistors are also resistant to 
mechanical shocks and can be manufactured by the 
millions on tiny semiconductor crystals (chips) using 
optical techniques. Transistors and related solid-state 
(i.e., entirely solid) devices have replaced vacuum 
tubes except for specialized applications, especially 
those involving high power. 


Silicon and germanium 


The first transistors were made from germanium, 
but now most transistors are made from silicon. Silicon 
(Si) and germanium (Ge) form similar crystal structures 
with similar physical properties, but silicon is preferred 
over germanium because of silicon’s superior thermal 
characteristics. Crystals of Si and Ge are neither good 
electrical insulators nor good electrical conductors, but 
conduct electricity at a level midway between metallic 
conductors (which have very low resistance to electric 
current) and nonmetallic insulators such as glass (which 
have a very high resistance to electric current). 
Transistor action is made possible by semiconduction. 


Each atom in a silicon or germanium crystal lattice 
has four atoms as close neighbors. That is, each atom is 
held in its place in the crystal’s orderly structure because 
each atom shares its four outermost electrons with the 
outermost electrons of four nearby atoms. This sharing 
holds the atoms together by the process termed covalent 
bonding. Covalent bonding also prevents these outer- 
most electrons from moving through the crystal (.e., 
flowing as an electric current) as easily as do the conduc- 
tion electrons in metals. They are not bound too tightly to 
break loose if given a small amount of extra energy, but 
cannot wander easily through the crystal. Heat, light, or 
ionizing radiation may all increase the semiconductor’s 
electrical conductivity by liberating these electrons to 
support current. Usually these effects are unwanted, 
because one does not want the properties of a circuit to 
vary with temperature. Ionizing radiation, furthermore, 
may cause transistors to fail by permanently altering the 
crystal structure. The first active communications satel- 
lite placed in orbit by the United States, Telstar (1962), 
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failed when its transistors were exposed to unexpected 
levels of ionizing radiation. (Early satellites such as Echo 
had been passive radio reflectors, containing no amplify- 
ing transistor circuits to be affected by radiation.) 


Doping 


A pure or “intrinsic” silicon crystal contains 
about one non-silicon impurity atom for every 100 
million or so silicon atoms. These impurity atoms are 
implanted in the crystal by a process termed doping. 
They are located in the crystal lattice as if they were 
themselves silicon atoms, but change the properties of 
the lattice radically because of their distinct properties. 


When doping adds impurity atoms with five elec- 
trons in their outermost (valence) orbit, the result is 
termed an n -type semiconductor. Arsenic, for example, 
has five valence electrons and is often used to produce n- 
type semiconductor. Pentavalent impurity atoms share 
only four of their five valance electrons with their four 
closest silicon neighbors; the fifth is free to move through 
the crystal in response to any electric field that may be 
present, almost like a conduction electron in an ordinary 
metal. An n-type semiconductor thus conducts electricity 
more easily than an intrinsic semiconductor. 


If an impurity with only three valence electrons (e.g., 
boron, aluminum, gallium, and indium) is used, p-type 
semiconductor results. These atoms are short one of the 
electrons needed to establish a covalent bond with all four 
of its silicon neighbors and so introduce a defect into the 
crystal lattice, a positively-charged location where a neg- 
atively-charged electron would be found if a silicon atom 
had not been displaced by the impurity atom. This defect, 
termed a hole, can move when a neighboring electron slips 
into the hole, leaving a new hole behind. The hole will have 
moved from one location to another within the crystal, 
behaving much like a positive counterpart of an electron. 


Holes travel somewhat more slowly than electrons 
within a an electrical field of given strength, but this 
difference in speed is usually not important in practice. 
Both the excess electrons donated in n-type semiconduc- 
tor by pentavalent impurity atoms and the holes created 
in p-type semiconductor by trivalent impurity atoms 
increase the conductivity of the semiconductor; for exam- 
ple, at 86°F (30°C) the conductivity of n-type silicon with 
one pentavalent impurity atom per 100 million silicon 
atoms is 24,100 times greater than that of intrinsic silicon. 


p-n junction diodes 


A useful electrical property results at a boundary 
where p-type material abuts on n-type material in the 
same semiconductor crystal. The result is termed a p-n 
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junction diode (or simply junction diode). A junction 
diode may be thought of as a one-way valve for elec- 
tricity; it will carry current in one direction much more 
easily than in the opposite direction. Understanding of 
the transistor—especially that type termed the bipolar 
junction transistor or BJT—begins with knowledge of 
the p-n junction diode. A BJT is, in effect, a back-to- 
back pair of p-n diodes within a single crystal. 


In either p-type or n-type semiconductors, there 
are two types of charge carriers that carry current: 
majority carriers and minority carriers. Electrons are 
the majority carriers in n-type material, due to the 
extra electrons donated by pentavalent impurity 
atoms, and holes are the majority carriers in p-type 
semiconductors. The minority carriers are the rela- 
tively few, oppositely charged carriers, electrons in 
p-type and holes in n-type semiconductor, which can- 
not be eliminated entirely. Heat, ionizing radiation, 
and unintended impurities in the original intrinsic 
crystal produce minority carriers. Practical diodes do 
not behave ideally because minority carriers allow a 
small reverse current, that is, a trickle of charges leak- 
ing backward through a diode, whereas an ideal diode 
would present a total block to current in that direc- 
tion. Leakage current occurs in transistors as well as 
diodes, and these currents can have important conse- 
quences for circuit performance. 


If voltage is applied across a p-n junction diode 
with polarity that causes the p region of the diode to be 
more positive than the n region, the majority carriers 
in both p and 7 regions will be pushed toward each 
other, meeting at the boundary. A diode polarized in 
this way is said to be forward biased. A forward-biased 
diode conducts quite well. If the voltage polarity is 
reversed causing the n-type material to be more pos- 
itive than the p-type material, the two types of major- 
ity carriers will be pulled away from each other. This 
condition is called reverse bias or back bias. The small 
current leak through a back-biased diode is the result 
of minority carriers moving in the opposite direction 
compared to majority carriers. 


There is a very thin volume at the boundary where 
n-type semiconductor materials interfaces with p-type 
material, termed the depletion region. In the depletion 
region electrons tend to fill adjacent holes, depleting 
the crystal of carriers. When majority carriers from 
each region are pushed toward each other, hole- 
electron pairs continually annihilate each other. As 
each hole is filled by an electron, a new hole and a 
new electron will be injected into the crystal at the 
ohmic connections to the crystal (i.e., those places 
where metal contacts are applied). In this way current 
can continue to flow through the diode as long as the 
circuit is energized. 
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If the reverse-biasing voltage across a diode 
increases above a critical threshold the diode will sud- 
denly break into heavy conduction when the electric 
field in the depletion region between the 7 and p mate- 
rials is so strong that electrons are torn from their 
bonding roles. This condition is called Zener break- 
down. Usually transistors are operated at voltages low 
enough so that this type of breakdown doesn’t take 
place. Unless the breakdown current is limited by the 
external circuitry the transistor or diode may easily 
destroyed when excess voltages or voltages with the 
wrong polarity are applied. 


Bipolar junction transistors 


If the same crystal is doped so that each end is n 
-type and the very thin slice in the center is p -type, the 
resulting sandwich forms a bipolar junction transistor 
or n-p-n transistor. In an n-p-n transistor one of the n 
-type regions is termed the collector, the other n -type 
region is termed the emitter. (The emitter emits major- 
ity charge carriers, and the collector collects them.) 
The very thin slice of p-type material in the center is 
termed the base of the transistor. In a p-n-p transistor 
the collector and emitter regions are made from p-type 
semiconductor and the base has the characteristics of 
n-type material. Both n-p-n and p-n-p transistors are in 
common use but these two transistor types are not 
directly interchangeable since they require different 
power-supply polarities. Many circuits employ both 
n-p-n and p-n-p transistors, but the circuitry must 
supply the correct voltages. It is common to connect 
the two types of transistors together in an arrangement 
that is called complementary symmetry. 


Transistor action 


Transistors are able to amplify signals because 
their design permits the supply of charge carriers to 
be adjusted electrically. A transistor will have a high 
electrical resistance when it is starved for charge car- 
riers but it will conduct quite well when a control 
signal injects extra carriers that can be used to support 
increased current. 


Common base, common emitter, and 
common-collector configurations 


There are three ways to connect a bipolar junction 
transistor into a working circuit, depending upon 
which of the three transistor elements is chosen as 
the common reference for the other two elements. 
These variations, called common base, common emit- 
ter, and common collector, produce different circuit 
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actions each with unique characteristics. An n-p-n 
transistor configured as a common-emitter amplifier, 
where both the base and the collector circuits are 
referenced to the emitter, is normally connected with 
a positive voltage on the collector, as referenced to the 
emitter. The collector-base diode and the base-emitter 
diode appear to be in series, connected back-to-back. 
The collector-base diode is reverse biased so that 
almost no current will flow unless the base-emitter 
diode is forward biased. The very small current in the 
collector circuit under these conditions is because the 
p-type material in the base is starved for the n-type 
majority carriers that the collector circuit requires if it 
is to conduct a significant current. When the base- 
emitter junction is forward biased, the carriers needed 
for current in the collector circuit find their way into 
the collector. 


The base-emitter diode in the transistor offers a 
very low resistance to current flow when it is forward 
biased. It is therefore very easy to cause current in the 
transistor’s input circuit. Since the base region is made 
very thin, most of the majority carriers that flow from 
the emitter will be caught by the strong electric field in 
the collector base junction before they can exit 
through the base connection. It takes only a small 
amount of power to cause current in the transistor’s 
forward-biased base-emitter input circuit yet almost 
all this easily forced input current appears in the col- 
lector circuit. A low-powered signal becomes a higher- 
powered signal when the input current caused by a low 
voltage appears almost undiminished in the collector 
circuit, but at a higher voltage. 


Field-effect transistors (FETs) 


Field-effect transistors (FETs) are solid-state 
active devices based on a different principle than 
BJTs but producing much the same result. FETs are 
three-terminal devices, just as are BJTs. The input 
terminal of an FET is termed its gate and constitutes 
one of the electrodes of a reverse-biased diode. FETs 
achieve current control by channeling current through 
a narrow n-type or p-type pathway whose conductivity 
is adjusted by the input signal. The output current 
controlled by an FET passes between the two remain- 
ing terminals called a source and a drain. The current 
through an FET must find its way through a narrow 
channel formed by the input-diode junction. Since this 
input diode is reverse biased, this channel tends to 
have few charge carriers. The input signal to the FET 
can deplete or enhance the number of available charge 
carriers in this channel, regulating the current in the 
drain circuit. Because the input diode is reverse biased, 
the FET demands almost no current from the signal 
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source, therefore almost no power must be supplied. 
The power gain commonly achieved in an FET ampli- 
fier is very high. 


A particular type of FET called a MOSFET 
(metal oxide semiconductor field-effect Transistor) 
can have an input resistance as high as 10'* ohms. 
Because of their very high input resistance, FETs are 
instantly destroyed if they receive even a small static- 
electric charge from careless handling. Sliding across a 
plastic chair may impart enough charge to a techni- 
cian’s body to destroy a field-effect transistor’s input 
diode at the first touch. FETs must be handled only by 
persons who ground themselves before touching these 
devices to first dissipate static charges. 


FETs are particularly useful as amplifiers of very 
weak signals such as those produced by high-quality 
microphones. FETs have more desirable overload 
characteristics than BJTs, so that FETs are able to 
handle many signals simultaneously, some strong and 
some weak, without suffering troublesome distortion. 
Before FETs were used in automobile receivers, these 
radios were easily overloaded by strong signals; the 
introduction of FETs made a tremendous improve- 
ment in automobile-radio receiver performance. 


Integrated circuits 


One of technology’s most significant breakthroughs 
has been the discovery that many interconnected transis- 
tors can be created simultaneously on a single, small chip 
of semiconductor material. The techniques used to create 
individual transistors could also connect these devices to 
form microscopic circuits that are unified or integrated 
into a single solid object. The first integrated circuits 
(ICs) were primitive arrangements utilizing just a few 
transistors or diodes, but now it is common for single 
chips to contain millions of transistors. 


Application-specific integrated circuits 


Special integrated circuits are developed as appli- 
cation-specific integrated circuits, or ASICs, which are 
single chips performing a specific set of tasks, useful 
for only one job. For example, almost all the circuitry 
needed for an AM-FM radio receiver is routinely 
produced on a single ASIC chip that replaces the 
hundreds of individual components. TV receivers 
have also become increasingly dependent upon 
ASICs. ICs may also take the form of generalized 
modules that were intended to be used in a broad 
range of applications. Many of the first generalized 
ICs were designed as operational amplifiers, a general- 
purpose amplifier made from many transistors. 
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KEY TERMS 


Capacitor—Passive circuit component used to 
introduce capacitance. 


Covalent bond—A _ chemical bond formed 
when two atoms share a pair of electrons with 
each other. 


Crystal—Ordered three dimensional array atoms. 


Dopant—A chemical impurity which is added to a 
pure substance in minute quantities in order to alter 
its properties. 

Doping—Adding impurities to change semicon- 
ductor properties. 

Inductor—A component designed to introduce 
inductance. 


Intrinsic—Semiconductor material containing very 
few impurities. 

Pentavalent—An element with five valence 
electrons. 


Photoconducive—A better conductor of electricity 
when illuminated. 


Resistor—An_ electric circuit component that 
opposes the flow of current. 


Tetravalent—Element — with four valence 


electrons. 
Trivalent—Element with four valence electrons. 


Valence electrons—The electrons in the outermost 
shell of an atom that determine an element’s chem- 
ical properties. 


Complementary metal-oxide 
semiconductors 


Complementary metal-oxide semiconductors or 
CMOS devices are coupled complementary MOSFETS 
in series, configured so that either MOSFET will conduct 
when the other is turned off. CMOS devices are fre- 
quently used as on-off switches in computer logic and 
memory circuits. CMOS devices use so little power that 
they allow electronic watches to operate for five years 
without battery replacement. CMOS devices only require 
a significant current when the two complementary FETs 
in series change their conduction state, i.e., a quick pulse 
of current flows only during each switching action. 
CMOS chips are commonly used in computer and cal- 
culator circuits, and CMOS is equally as common in 
consumer-type entertainment equipment. 
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The significance and future 
of the transistor 


Perhaps the principal contribution of transistors 
has been the feasibility of highly complex yet miniature 
electronic equipment; they have made it possible to 
hold more electronics in one’s hand than could be 
contained in a large building in the days when vacuum 
tubes were the only active devices available. This in 
turn has made it possible to pack complex functionality 
into packages of manageable size—computers, cell 
phones, automobile engine controllers, and a host of 
other tools. Transistors continue to be intensively 
researched around the world, for decreasing the size 
and power consumption of the individual transistor on 
a chip offers immediate profits. Researchers have 
already demonstrated, in the laboratory, extremely 
small transistors made out of only a few molecules— 
even a transistor employing only a single electron. They 
have also demonstrated the practicality of transistors 
made out of plastic, which could be even cheaper 
and more shock-resistant than conventional devices. 
However, it may be years before such exotic develop- 
ments see commercial application. In the near future, 
increased transistor densities on chips are likely to be 
achieved by improving fabrication techniques for tradi- 
tional semiconductor devices. 
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Transition metals see Periodic table 
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| Transitive 


In mathematics (and especially within logic), the 
transitive property denotes a relationship between three 
elements in which: if the relationship is valid between the 
first and second elements and is valid between the second 
and third elements, then the same relationship must be 
valid between the first and third elements. Equal num- 
bers are said to be transitive, as will be shown soon. The 
concept of transitivity goes back at least 2,300 years. In 
the Elements, Greek mathematician Euclid of Alexandra 
(c. 325-c. 265 BC) includes it as one of his ‘common 
notions.’ He says, “Things which are equal to the same 
thing are also equal to one another.” As Euclid puts it, if 
a = bandc = b, then a = c, which is equivalent to the 
modern version, which has b = c rather than c = b. 


Transitivity is a property of any relation between 
numbers, geometric figures, or other mathematical 
elements. A relation R is said to be transitive if a R b 
and b Rcimply that a Rc. For example, 6/4 = 3/2 and 
3/2 = 1.5, therefore 6/4 = 1.5. 


Of course, one would not be likely to make use of 
the transitive property to establish such an obvious 
fact, but there are cases where the transitive property is 
very useful. If one were given the two equations 


y=x 
xXx=zt+1 


one could use transitivity (after squaring both 
sides of the second equation) to eliminate x. 


y=z7+2z+1 


Transitivity is one of three properties that 
together make up an equivalence relation. 


IfaRbandbRc, thenaRc 
aRa 
IfaRb, thanbRa 


Transitive law 
Reflexive law 
Symmetric law 


To be an equivalence relation R must obey all 
three laws. 


A particularly interesting relation is ‘wins over’ in 
the game scissors-paper-rock. If a player chooses 
paper, he or she wins over rock; and if the player 
chooses rock, which wins over scissors; but paper 
does not win over scissors. In fact, it loses. Although 
the various choices are placed in a winning-losing 
order, it is a non-transitive game. If it were transitive, 
of course, no one would play it. 
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KEY TERMS 


Reflexive—A relation R is reflexive if for all ele- 
ments a,aRa. 

Symmetric—A relation R is symmetric if for all 
elements a and b, a R b implies that b R a. 
Transitive—A relation R is transitive if for all ele- 
ments a, b, andc,aRbandb Rc implies that a R c. 


In Wheels, Life, and Other Mathematical Amuse- 
ments, Martin Gardner describes a set of non-transitive 
dice. Die A has its faces marked 0, 0, 4, 4, 4, and 4. Each 
face of die B is marked with a 3. Die C is marked 2, 2, 2, 2, 
6, and 6. Die D is marked 1, 1, 1, 5, 5, and 5. Each player 
chooses a die and rolls it. The player with the higher 
number wins. The probability that A will win over B is 
2/3. The probability that B will win over C or that C will 
win over D is also 2/3. And, paradoxically, the proba- 
bility that D will win over A is also 2/3. Regardless of the 
die that the first player chooses, the second player can 
choose one that gives him/her a better chance of winning. 
He/she need only pick the next die in the unending 
sequence... < A<B<C<D<A<B<.... 


There are many relations in life that are theoret- 
ically transitive, but that in practice are not. One such 
is the relation ‘like better than.’ One can like apples 
better than bananas because they are juicier, pome- 
granates better than apples because they have more 
flavor, and still like bananas better than pomegran- 
ates. They are, after all, a lot easier to eat. Transitivity, 
reflexivity, and symmetry are properties of very sim- 
ple, one-dimensional relations such as one finds in 
mathematics but not in much of ordinary life. 
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| Translations 


In Euclidean geometry, a translation is the act of 
moving all points within a group in a constant distance 
and in a specified direction. It is one of the three trans- 
formations that move a figure in the plane without chang- 
ing its size or shape. (The other two are rotations and 
reflections.) In a translation, the figure is moved in a single 
direction without turning it or flipping it over (Figure 1). 


A translation can, of course, be combined with the 
two other rigid motions (as transformations that pre- 
serve a figure’s size and shape are called), and it can, in 
particular, be combined with another translation. The 
product of two translations is also a translation, as 
illustrated in Figure 2. 


Ifa set of points is drawn on a coordinate plane, it 
is a simple matter to write equations that will connect a 
point (x,y) with its translated image (x',y'). If a point 
has been moved a units to the right or left and b units 
up or down, a will be added to its x-coordinate and b 
to its y-coordinate (Figure 3). (Ifa < 0, the motion will 
be to the left; and if b < 0, down.) Therefore, 


x =xta 


y=ytb 


x=x'-a 


yay —b 


or 


In these equations, the axes are fixed and the 
points are moved. If one wishes, the points can be 
kept fixed and the axes moved. This is called a trans- 
lation of axes. If the axes are moved so that the new 
origin is at the former point (a,b), then the new coor- 
dinates, (x!,y') of a point (x,y) will be (x - a, y - b). 


If one has two translations: 
x'=x+3 y'=y-6 
va = y' +1 


x= x'-2 


they can be combined into a single transformation. 
By substitution, one has 


xt=x+1 yl=y-5, 


which is another translation. This arrangement 
illustrates that the product of two translations is itself 
a translation, as claimed earlier. 


If one has two translations 


The idea of a translation is a very common one in 
the practical world. Many machines are translational 
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Figure 1. (Illustration by Hans & Cassidy. Courtesy of Gale 


an 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


(x y') = (x +a, y +b) 


Figure 3. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 
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in their operation. A machinist that cranks the cutting- 
tool holder up and down the bed of the lathe, is trans- 
lating it. The piston of an automobile engine is trans- 
lated up and down in its cylinder. The chain of a 
bicycle is translated from one sprocket wheel to 
another as the cyclist pedals, and so on. 


The bicycle chain is not only translated, it works 
because it has translational symmetry. After a trans- 
lation of one link, it looks exactly as it did before. 
Because of this symmetry, it continues to fit over the 
teeth of the sprocket wheel (which itself has rotational 
symmetry) and to turn it. 


One important use of translations is to simplify an 
equation that represents a set of points. The equation 
xy - 2x + 3y-13 = 0 can be written in factored form 
(x + 3)(y-2) = 7. Then, lettingx' = x + 3andy! =y 
- 2, the equation is simply x'y! = 7, which is a much 
simpler and more easily recognized form. 


Such transformations are useful in drawing 
graphs where many points have to be plotted. The 
graph of x'y' = 7 is a hyperbola whose branches lie 
entirely in the first and third quadrants with the axes as 
asymptotes. It is readily sketched. The graph of the 
original equation is also a hyperbola, but that fact may 
not be immediately apparent, and it will have points in 
all four quadrants. Many points may have to be plot- 
ted before the shape takes form. 


If one has an equation of the form ax* + by? + ex + 
dy + e = 0, it is always possible to find a translation 
that will simplify it to an equation of the form ax” + 
by? +E=0. 


For example, the transformation x = x! -2 and 
y = y' + 1 will transform x* + 3y* + 4x-6y-2 =0 
into: x° + 3y? - 9 = 0, which is recognizable as an 
ellipse with its center at the origin. 


Transformations are particularly helpful in inte- 
grating functions such as integral (x + 5)* dx because 
integral x* dx is very easy to integrate, while the orig- 
inal is not. After the translated integral has been 
figured out, the result can be translated back, substi- 
tuting x + 5 for x. 


Translational symmetry is sometimes the result of 
the way in which things are made; it is sometimes the 
goal. Newspapers, coming off a web press, have trans- 
lational symmetry because the press prints the same 
page over and over again. Picket fences have transla- 
tional symmetry because they are made from pickets 
all cut in the same shape. Ornamental borders, how- 
ever, have translational symmetry because such sym- 
metry adds to their attractiveness. The gardener could 
as easily space the plants irregularly, or use random 
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Transpiration 


KEY TERMS 


Rigid motion—A transformation of a plane figure 
that does not alter the size or shape of the figure. 


varieties, as to make the border symmetric, but a 
symmetric border is often viewed as aesthetically 
pleasing. 


See also Rotation. 
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l Transpiration 


Transpiration refers to the evaporation of water 
from a biological surface, such as leaves, skin, or 
lungs. In its most common usage, however, transpira- 
tion refers to the loss of water from plant foliage (such 
as stems, fruits, and flowers), occurring through 
microscopic pores known as stomata. Transpiration 
is a component of a larger process known as evapo- 
transpiration, which is the evaporation of water from 
a landscape, including both inorganic surfaces such as 
soil and bodies of water, and biological surfaces such 
as foliage. 
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Why do organisms transpire water? 


Most transpiration by plants involves water that 
evaporates from the moist membranes of a tissue 
known as spongy mesophyll, which occur in the 
minute cavities beneath the tiny leaf pores called sto- 
mata. Stomata can be closed tightly using bordering 
cells known as guard cells. However, in most plants, 
stomata are kept open much of the time. This is done 
so that carbon dioxide, which is needed for photosyn- 
thesis, can diffuse into the leaf, and oxygen, a waste 
product, can diffuse out. Therefore, transpiration by 
plants can be viewed as an unavoidable consequence 
of having moist mesophyll membranes exposed to the 
atmosphere. It is important to understand that, in 
general, any area of vegetation with a multilayered 
canopy of foliage will evaporate much larger quanti- 
ties of water than can an equivalent non-foliated area, 
such as the surface of a lake or moist soil. 


A similar explanation can be developed for ani- 
mals, who must also maintain moist respiratory sur- 
faces open to the atmosphere; for example, in the 
lungs, from which water can freely evaporate. 
Transpiration can be an important problem for both 
plants and animals, because it may be difficult to 
replenish their water losses in relatively dry environ- 
ments, so that dehydration can occur. If severe, dehy- 
dration can kill plants and animals. In some respects, 
then, transpiration can be regarded as a necessary evil 
that organisms must endure in order to exchange oxy- 
gen and carbon dioxide with the atmosphere. 


However, there can sometimes be important bene- 
fits of transpiration. It takes about 540 calories of ther- 
mal energy to evaporate 1 gal (3.8 1) of water at an 
ambient temperature of 68°F (20°C). This is a rather 
large amount of energy, and asa result transpiration can 
be an important way by which some animals and plants 
cool themselves. For example, when humans are hot, 
they sweat to distribute water onto their exposed skin, 
which is then cooled by the subsequent evaporation. 


Transpiration as an ecological process 


Transpiration is an ecologically important proc- 
ess. In areas where forests are common, evapotranspi- 
ration almost entirely occurs as transpiration, and this 
process can account for a substantial part of the man- 
ner by which the landscape deals with water inputs 
through rain and snow. For example, in typical for- 
ested landscapes of northeastern North America, 
evapotranspiration accounts for about 15 to 40% of 
the annual inputs of water with precipitation, the 
remainder draining to groundwater, or flushing from 
the system as stream flow. 
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In any regions with a seasonal climate, rates of 
evapotranspiration vary greatly during the year. 
Consider, for example, the case of a landscape in a 
temperate climate, covered with a seasonally decidu- 
ous, angiosperm forest. During winter, very little tran- 
spiration occurs because plant tissues are frozen. 
However, there can still be some physical evaporation 
of water from the surface of snow and ice, occurring by 
the direct vaporization of solid water, a process known 
as sublimation. During the springtime, unfrozen water 
is abundant, but the trees do not yet have foliage and 
this greatly reduces the rates of transpiration. During 
the growing season, air temperatures are warm and the 
trees are fully foliated, so transpiration occurs in large 
rates. A mature tree, on average, may lose hundreds of 
gallons of water through its leaves on a hot, dry 
summer day. During this time of the year, so much 
water is pumped into the atmosphere through foliage 
that the rate of evapotranspiration typically exceeds 
water inputs by rainfall. As a result, the soil is dried by 
the demands of plant roots for water, to the extent that 
streams may cease to flow by late summer. Once the 
trees drop their leaves in the autumn, transpiration 
rates decrease greatly, the water-depleted soil becomes 
recharged by rainfall, and streams again flow. 


Effects of human activities on transpiration 


The influence of an intact forest on evapotranspira- 
tion is affected by ecological disturbances, such as clear- 
cutting and wildfires. In general, these sorts of stand-level 
disturbances greatly reduce the transpiration component 
of evapotranspiration for several years, a change that 
influences other hydrological processes, such as the tim- 
ing and amounts of stream flow, which may then have 
effects on flooding and erosion. In addition, on sites that 
do not drain well, substantial decreases in transpiration 
can increase the height of the water table. 


Anecological study done at Hubbard Brook, New 
Hampshire, involved the clear-cutting of all trees on a 
39.5-acre (16-hectare) watershed, which was then kept 
clear of regenerating plants for two additional years. 
The subsequent disruption of transpiration increased 
the amount of stream-water flow by an average of 
31% over the three-year period. Many other studies 
of forestry have come to similar conclusions—clear- 
cutting increases stream flow by decreasing transpira- 
tion. However, because disturbed forests regenerate 
quickly through ecological succession, the amount of 
foliage on the site quickly recovers, and the effect of 
disturbance on stream flow tends to be rather short 
lived. In general, the pre-cutting stream flow volumes 
are substantially re-attained after three to five years of 
revegetation has occurred, because of the recovery of 
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KEY TERMS 


Evapotranspiration—The evaporation of water 
from both inorganic and biological surfaces on a 
landscape. 


Stomata—Pores in plant leaves that function in 
exchange of carbon dioxide, oxygen, and water 
during photosynthesis. 


Watershed—The expanse of terrain from which 
water flows into a wetland, waterbody, or stream. 


the transpirational surface area of plant foliage. (Of 
course, the regenerated foliage occurs on relatively 
short grasses, herbs, and shrubs, rather than on taller 
trees as in the initial forest.) The largest increases in 
stream flow usually occur in the first year after the 
forest is harvested, with progressively smaller effects 
afterward. 
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l Transplant, surgical 


A surgical transplant involves the removal of 
body parts, organs, or tissues from one person, 
either living or recently deceased, and implanting 
them into the body of another person. Transplants 
involve thoracic organs (heart and lung), abdominal 
organs (kidney, liver, pancreas, small intestine, and 
combinations of these organs), other organs (cor- 
nea, hand, skin-graft, and penis), and tissues, cells, 
and fluids (blood transfusions, blood vessels, bone, 
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Transplant, surgical 


A comparison of the old and new hearts of Dylan Stork, the smallest heart transplant recipient in the world. Dylan weighed 5.5 Ib 
(2.5 kg) at the time of the operation. (Alexander Tsiaras. National Audubon Society Collection/Photo Researchers, Inc.) 


bone marrow, Islets of Langerhans, heart valve, and 
skin). The first transplant within a human was a 
cornea transplant in 1905. 


Although the idea of transplantation to cure dis- 
ease dates back several centuries, transplantation has 
been considered a viable therapy for only a few deca- 
des. The relatively recent growth in transplantation 
stems primarily from expanding knowledge about 
the body’s immune system and the ability to suppress 
its natural response to attack foreign tissue. Another 
advance has been the ability to preserve organs out 
of the body for longer periods of time until they can 
be transplanted. Although most transplants involve 
the transference of tissues or organs between two 
humans, research is rapidly advancing toward using 
animal organs for transplantation into humans. 
Unfortunately donor organs are scarce, which has 
led to ethical questions concerning what patients 
would most benefit from receiving a transplant. For 
example, some believe that alcoholics suffering from 
cirrhosis of the liver should not receive a liver trans- 
plant that they may eventually destroy again because 
of alcohol abuse. 
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The history of transplants 


The idea of transplanting animal or human parts 
dates back for many centuries. The mythical Chimera, 
animals made up of different animal parts, was 
believed to be the work of the gods. Perhaps the 
most famous chimera is the Sphinx in Egypt, which 
has the head of a man and the body of a lion. 


The first viable transplantation occurred in the 
sixteenth century when a technique was developed 
for replacing noses lost during battle or due to syphilis. 
The technique involved using skin from the upper 
inner arm and then grafting and shaping it onto the 
nose area. In the eighteenth century, Scottish surgeon 
John Hunter (1728-1793) successfully transplanted a 
cock’s claw to the animal’s comb. Corneal transplants 
between two gazelles were also successfully performed 
in the latter part of the century. 


During the nineteenth century, advances in surgery 
(like the development of antiseptic surgery to prevent 
infection and anesthetics to the lessen the pain) increased 
the success rates of most surgical procedures. However, 
transplantation of organs languished as surgeons had no 
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knowledge of how to reconnect the organ to the new 
body. It was not until techniques for vascular anasto- 
mosis, or the ability to reconnect blood vessels, was 
developed near the twentieth century that transplant 
surgery began to move ahead. The first long-lasting 
renal transplant was performed in Germany in 1902, 
when a dog kidney was transplanted into another dog 
by using tube stents (a slender tube used to support the 
structural integrity of the artery during an operation) 
and ligatures (wires used to tie off the blood vessels) to 
make the vascular connections. 


The next major advance in transplantation would 
not occur for more than 40 years. Although renal and 
kidney transplants were attempted, the transplant 
recipient’s body always rejected the organ. In 1944, 
Brazilian-born English scientist Sir Peter Medawar 
(1915-1987) showed that the rejection was due to the 
immune system, which attacked the foreign tissues or 
organs as foreign invaders, much the same way it 
works to ward of viruses and other disease. Although 
short-term successful renal transplants from donor to 
recipient were achieved in the early 1950s, these trans- 
plants usually were rejected by the patient’s immune 
system. Asa result, scientists began to focus on manip- 
ulating the immune system so it would accept the 
transplant. In 1954, the first successful kidney trans- 
plant was performed by Joseph Murray in Boston, 
Massachusetts. 


By the early 1960s radiation and drugs were being 
used to suppress the immune system, in effect, shutting 
it down to prevent rejection. As a result, that decade 
saw the first bone marrow transplant, and kidney/pan- 
creas transplant. In 1967, Christiaan Barnard (1922— 
2001), a South African cardiac surgeon, received world 
wide notoriety for achieving the first successful heart 
transplant. 


The next major advance came in 1978 with the 
development of the extremely effective antirejection 
(also called inmunosuppressant) drug cyclosporin. The 
first successful heart/lung transplant was performed by 
Bruce Reitz (in Stanford, California) in 1981; lung lobe 
transplant by Joel Cooper (in Toronto, Canada) in 1983; 
and whole lung transplant by Joel Cooper (in St. Louis, 
Missouri) in 1987. Continued research on how to selec- 
tively control the immune system has grown to the point 
that transplantation is now a relatively common oper- 
ation with more than 35,000 surgical transplants per- 
formed in medical centers throughout the world each 
year. In 2005, the first successful partial face transplant 
was performed in France and, in 2006, the first success- 
ful penis transplant was performed in China. 
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Transplantation and the immune system 


Once surgeons acquired the ability to sever and 
reconnect arteries, the ability to control the immune 
system has been the primary concern in transplant 
surgery. The immune system is a complex biological 
network intricately linked to cells found in the blood. 
Many individuals share similar antigens, (small molec- 
ular proteins found on the surface of tissues that can 
stimulate an immune response,) and one of the first 
goals is to match antigens between organ donors and 
the recipients. The idea is to increase the likelihood 
that the patient’s immune system will not attack 
because it recognizes a foreign antigen in the donor 
tissue. 


Scientists have identified six primary types of 
antigens, called histocompatibility-locus antigens. 
Transplantation between people whose tissues and 
organs share all of these antigens generally is success- 
ful. For example, family members, particularly identi- 
cal twins, usually have the same antigens. In fact, the 
first successful kidney transplant was performed in 
1955 when a young man received one of the kidneys 
of his twin brother. As a result of such transplants, 
relatives are often the source of donor tissues for 
patients who need kidneys and bone marrow trans- 
plants because one kidney or some bone marrow can 
be donated without causing harm to the donor. 


As the number of matching antigens between 
donor and recipient decreases, the need to suppress 
the immune system with drugs becomes increasingly 
important. Unfortunately, many of these drugs have 
side effects and can suppress the immune system to the 
point that the patient becomes susceptible to other 
infections and diseases, which can cause the transplant 
to be rejected and lead to the patient’s death. The 
advantage of cyclosporin is that it can be targeted 
somewhat to work in specific tissues and organs of 
the body, thus keeping the patient from becoming 
entirely immunocompromised, which can lead to 
death from any number of diseases and infections 
not directly related to the transplanted organ’s 
functioning. 


The immune responses 


Although there are probably many types of 
immune responses, scientists have only identified a 
few associated with organ rejection. Hyperacute rejec- 
tion occurs when the patient’s body has already 
produced a large number of antibodies (proteins man- 
ufactured by the immune system to battle disease and 
infection) that immediately recognize the antigens 
from the donor organ. This type of rejection, which 
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Transplant, surgical 


usually occurs because of incompatible blood types, is 
often instantaneous, sometimes causing the patient to 
die even before the surgery is completed. 


Acute rejection usually takes several days to occur 
because the immune system’s white blood cells called 
lymphocytes, which are integral to its functioning 
because they initiate the production of antibodies, are 
lying dormant until the patient receives the organ. As 
the immune system initiates a response to the antigens 
in the donor organ, specific immune cells in the blood 
begin to attack. Acute rejection is combated by the use 
of immunosuppressive drugs. The longer the patient 
survives without a immune response attacking the 
organ, the greater the chances for keeping the immune 
system under control and for long-term survival. 


However, chronic rejection can occur several 
months or years later. Although this type of rejection 
is rare, when it occurs, the donor organ slowly deteri- 
orates despite all efforts at immunosuppression. 
Scientists do not fully understand why the immune 
response may kick in months or years after an organ 
has been successfully transplanted. 


Types of transplants 


There are many types of transplant surgeries, 
from specific cell and tissue transplants to entire 
organs. Cornea tissue transplants for the eye were 
one of the first successful transplants routinely per- 
formed. A thin transparent membrane found in front 
of the eye, the cornea can cause blindness or clouded 
vision if it is scarred by injury or infection. The trans- 
plant procedure involves cutting out part of the dam- 
aged cornea and replacing it with cornea from a 
donated eye. Cornea transplants are relatively simple 
procedures because they require no reconnection of 
blood supplying arteries, thus removing the danger of 
an adverse immune response. These procedures are 
successful 90% of the time. 


The transplantation of bone tissue was first per- 
formed in the 1890s and involved replacing diseased or 
injured bone with pieces of bone from donors. The 
modern procedure involves using donor bone as a type 
of scaffolding built over metal nails that immobilizes 
and connects the patient’s remaining bone sections. 


Unlike bones and the cornea, most other trans- 
plants are more difficult to achieve because they 
involve circulating blood and the immune system. 
Skin grafts for burn patients, for example, are often 
achieved using autografts (meaning from the self); in 
this case, segments of skin from other areas of the 
patient’s own body. A flap graft begins with the partial 
separation of skin from its original site until adequate 
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blood circulation is achieved, then it is completely 
severed and grafted onto the transplant site. This 
technique has a high success rate for curing scars or 
deformities. A full thickness autograft entails remov- 
ing small pieces of all the layers of skin for transplan- 
tation; these types of skin grafts are particularly 
suitable for the face to achieve the least amount of 
scarring. A split-thickness autograft removes tissue- 
thin layers of skin that heal easily when transplanted. 
The one drawback to this type of skin graft is that the 
transplanted tissue usually appears reddish, which 
makes them more noticeable. Some skin grafts come 
from the skin of human donors or other animals, like 
pigs, and are used when large areas must be covered. 
Unlike the cosmetic goals of other grafts, these grafts 
are used primarily to stop the patient from losing 
fluids through the burned area and to prevent infec- 
tion. Research is also underway to grow skin for graft- 
ing from a few donated skin cells. 


Bone marrow transplants are often used to treat 
patients with blood diseases, like leukemia. The trans- 
plant procedure involves taking the tissue from the 
center of bones through a needle, a technique called 
bone marrow aspiration. The marrow may be an auto- 
graft taken from a patient while the disease is in remis- 
sion and stored until they need the healthy blood cells. 
Bone marrow taken from other donors of the same 
species are called allografts. Unlike most immune 
responses in transplantation in which the donor’s 
body rejects the transplant, in bone marrow allografts 
it is often the transplanted marrow that reacts against 
the host. This is known as graft-versus-host disease. 


Organ transplants 


By far, organ transplantation has received the most 
attention in the popular press. People who would be 
severely debilitated or die because of failing organs are 
the recipients of organ transplants. The primary organ 
transplants are heart, liver, pancreas, lung, and kidney 
transplants. Under certain circumstances, a patient may 
receive more than one transplant, the most common 
multiple transplant procedure is the dual heart/lung 
transplant. 


Kidney transplants are designed to treat patients 
whose kidneys are failing, making them unable to 
process body waste products. These transplants have 
approached a 90% success rate. If the transplant fails, 
the patient may be put on dialysis until a new donor 
kidney can be found. Dialysis uses a machine to arti- 
ficially remove blood from the body, clean the waste 
products by filtering the blood, and then return the 
blood to the body. 
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Other transplantable organs include the liver, the 
heart, and the lungs. With the development of immu- 
nosuppressive drugs, liver transplants have been grow- 
ing in their success rates, although many patients still 
die because of organ rejection or from infections. 
Heart and lung transplants are often performed simul- 
taneously since they share an interrelated vascular 
system and survival rates are higher for lung trans- 
plant patients when they also receive a new heart. 


Organ transplants are delicate and complex pro- 
cedures that require a well trained staff and usually 
take several hours or much longer to perform. As the 
surgeon removes the organ, sutures (wire or some 
other material) are used to close or tie off arteries 
and other connections to the organ. The new organ is 
then placed in position and the painstaking task of 
reconnecting the organ begins. Although the techni- 
ques, like vascular anastomosis, for making these con- 
nections are well established, they can be difficult 
procedures. For example, many of the connections to 
the liver lie underneath the liver and out of the sur- 
geons’ immediate view. 


Organ preservation 


Unlike tissues or cells, which can be maintained in 
functioning condition by placing them in life sustain- 
ing cultures (specially prepared nourishing fluids pla- 
ces in a dish or a bowl), organs that have been donated 
for transplantation require a more complex approach 
for their preservation. Perfusion is the process of using 
a pump or other mechanical device to circulate specific 
electrolyte solutions through the organ’s vascular 
system. 


These solutions may support the organ’s meta- 
bolic (or chemical and physical) functioning. Some 
solutions are used, in effect, to freeze the organ. For 
instance, in cornea, skin, kidney, liver, heart, and pan- 
creas transplants, some solutions are designed to cause 
hypothermia (subnormal body temperatures) in the 
organ. Organ tissues maintain their ability to function 
ten or more times longer when kept at a temperature of 
32 to 39°F (0 to 4°C), and kidneys have been preserved 
for more than 50 hours using this approach. 


Donor organ and tissue networks 


Most organs and tissues used for transplantation 
come from nationwide networks designed to provide 
quick access to organs when they become available. 
For example, the United Network for Organ Sharing 
(UNOS) provides access to organs and _ tissues 
throughout North America. The more than 70 organ 
procurement agencies in the United States are crucial 
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to the success of transplants since they facilitate access 
to and transportation of organs and tissues that 
remain viable for transplanting for only a limited 
amount of time after they are removed from the 
donor’s body. 


The procurement begins when a hospital notifies a 
local organ bank that a seriously ill or dying patient 
(who is willing to donate his or her organ or whose 
family has given permission) is under their care. Organ 
bank staff will go to the hospital to assess the patient to 
determine whether their organs are healthy enough for 
transplantation. For example, most donor organs are 
harvested from people under age 65 years, and organs 
from someone who was an intravenous drug user may 
also be precluded from use since the organs may be 
infected with AIDS (acquired immunodeficiency syn- 
drome) or hepatitis. Once the patient is pronounced 
dead, a team of surgeons begin to remove the eyes, 
heart, liver, and kidneys. The next step is to determine 
who receives the organ. This is usually done on a geo- 
graphic basis with those patients in the same general 
geographic area as the donor receiving first considera- 
tion to receive the organ. 


However, since these organs are a precious com- 
modity, a nationwide computer list of potential trans- 
plant recipients is also maintained. The National 
Organ Procurement and Transplantation Network 
was established by the National Organ Transplant 
Act of 1984. Potential donor recipients are prioritized 
to receive organs according to the length of time they 
have been on the UNOS list and on the compatibility 
to the donor organ in terms of blood types, body sizes, 
and genetic similarities. 


The future of transplantation 


Although many transplants, especially organ trans- 
plants, would not be needed if people took better care of 
their bodies by exercising and not smoking or drinking 
alcohol, the number of organ transplants performed each 
year is likely to continue to grow as long as donor organs 
can be obtained. In addition, new kinds of transplants are 
being pioneered. 


One of the more exciting advances is the trans- 
plantation of tissues and cells from the central nervous 
system (CNS). These cells have been transplanted into 
the brains of people suffering from neurological (or 
nervous system) diseases, like Parkinson disease. CNS 
cells and tissues have the unique ability to regenerate, 
or grow back. In the case of Parkinson patients, the 
substantia nigra area of the brain can no longer pro- 
duce the neurotransmitter (chemical messenger) dop- 
amine, which usually results in the progressive loss of 
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Transplant, surgical 


many motor skills to the point where patients can no 
longer walk or feed themselves. One of the surgical 
treatments under investigation is to transplant adrenal 
medullary tissue in hopes that the transplanted tissue 
will permanently regenerate new cells in the brain. 


Artificial organs and xenografts 


Due to the lack of available organs for transplan- 
tation, researchers are constantly experimenting with 
developing new sources of organs and tissues for trans- 
plantation. Artificial organs, for example, are being 
developed. These include electronic devices to make 
the heart beat and pumps implanted into the body 
that can supply necessary substances like insulin. 
Many of these devices are used as bridges to transplan- 
tation. In other words, they are temporary therapies to 
keep the patient alive while a suitable donor organ can 
be found. Artificial skin is also under development as 
are mechanical implants to help cure deafness. 


Although current transplantation deals primarily 
in allografts, or transplantation within the same spe- 
cies, transplantation between species, called xeno- 
grafts, is also a rapidly advancing area of study. The 
first partially successful xenografts were performed 
over a quarter of a century ago when surgeons trans- 
planted organs from chimpanzees to humans. 


But since the use of primates, which are closer to 
humans in nature, raises certain ethical questions, recent 
research has focused on non-primate animals. Pigs, for 
example, are relatively easy to breed and have large 
litters. They also share with humans many similar ana- 
tomical structures, like the heart, that function in similar 
ways in the body. Although pig organ transplants have, 
to date, been unsuccessful, advances in the development 
of immunosuppressive drugs have led some transplant 
scientists to think that success in this area can be 
achieved. Another advance in medical science, the ability 
to manipulate genes (hereditary components found in 
cells), has led to genetic engineering. This process 
involves manipulating and combining specific genetic 
components to achieve desirable traits or effects. In the 
case of pig organs, the goal is to make them more com- 
patible to humans. However, the primary obstacle to 
xenografts remains rejection by the host’s immune sys- 
tem. Even using immunosuppressant drugs does not 
guarantee the immune system will not eventually recog- 
nize and destroy the non-human organ. 


A transplant technology that is still in the develop- 
mental stage is biorubber, also called poly(glycerol seba- 
cate). It is a new type of polymer that is classified as an 
elastomer, a polymer with stretchy properties. Biorubber 
is also biodegradable (meaning that is degrades quickly 
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KEY TERMS 


Allografts—Tissues and organs used for transplan- 
tation that come from donors of the same species. 


Autografts—Tissues and organs used for transplan- 
tation that come from the patients themselves. 


Bone marrow—A spongy tissue located in the hol- 
low centers of certain bones, such as the skull and 
hip bones. Bone marrow is the site of blood cell 
generation. 


Graft—Bone, skin, or other tissue that is taken from 
one place on the body (or, in some cases, from 
another body), and then transplanted to another 
place where it begins to grow again. 


Immunocompromised—A condition in which the 
immune system suppressed so that it is not func- 
tioning completely. 
Immunosuppressant—Something used to reduce 
the immune system’s ability to function, like certain 
drugs or radiation. 


Lymphocytes—White blood cells that play a role in 
the functioning of the immune system. 


Vascular anastomosis—A technique for reconnect- 
ing blood vessels. 


Xenografts—Tissues and organs used for transplan- 
tation that come from different animal species, like 
pigs or baboons. 


and safely) and biocompatible (safe for use inside the 
body). Its two main ingredients are glycerol, a syrupy 
liquid found in fats and oils, and sebacic acid, a white 
acid that helps to oxidize fatty acids. The property that 
makes biorubber different from other polymers is its abil- 
ity to stretch back like rubber bands. 


Most materials used before biorubber were hard 
and breakable. These characteristics made them diffi- 
cult to use in medicine because most tissues and organs 
are flexible. Biorubber meets those features, especially 
for use in tissue engineering. Some of the many uses 
for biorubber include the making of bioengineered 
blood vessels, bones, cartilage, heart tissue, heart 
valves, lungs, and various other tissues. Eventually, 
complete organs needed for transplantation, like 
hearts and lungs, could be made with biorubber. 


Ethical issues surrounding transplantation 
The primary ethical issue associated with trans- 


planted is the extreme shortage of available donors. 
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Nearly 20,000 people die in the United States each 
year who would have been suitable organ donors. 
But only about 3,000 of these organs are ever donated 
and harvested. Questions surrounding the limited sup- 
ply of donor organs include who should get the donor. 
For example, should the organ go to someone who is 
poor and on welfare or someone who can afford to pay 
for the operation. There is also concern over buying 
organs from people before they have died or from their 
families after the person has died. Some organs, like 
kidneys, corneas, bones, and bone marrow could even 
be bought and removed before death since they would 
not fatally harm the donor if removed. 


Another ethical issue surrounding transplantation 
is the high costs associated with obtaining and trans- 
planting an organ. Some transplant procedures can 
cost more than $200,000. Since most people cannot 
afford such operations, the burden falls on society in 
the form of higher insurance premiums and govern- 
ment subsidies. Even after the surgery is over, it can 
cost tens of thousands of dollars each year to keep the 
person alive because of the high cost of anti-rejection 
drugs. 


Despite the difficulty of obtaining organs, the 
high costs, and the many ethical concerns, transplan- 
tation will continue to thrive since it is the only hope 
for many terminally ill patients. Society’s mandate is 
to develop ethical regulations to ensure that growing 
demands are met fairly and humanely. 


See also Antibody and antigen; Cyclosporine. 
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tl Trapezoid 


A trapezoid, in plane geometry, is a four-sided, 
two-dimensional polygon with two parallel sides 
(bases) of unequal length. A polygon is any geometric 
figure in two-dimensions that is formed by three or 
more straight sides. The perpendicular distance between 
the bases is called its altitude (or height). The non- 
parallel sides are called legs. The medium is a line 
from the midpoint of one leg to the midpoint of the 
other leg. The area of a trapezoid is computed by multi- 
plying the altitude by the medium. 


With four sides, a trapezoid is a quadrilateral, just 
as a square or rectangle or parallelogram. Unlike those 
forms, however, a trapezoid does not necessarily have 
parallel sides. In other words, all rectangles are trape- 
zoids, but not all trapezoids are rectangles. 


A trapezium is a subset of trapezoids in which at 
least two sides are parallel; a parallelogram is one 
example of a trapezium. The most common image of 
a trapezium, often confused with a trapezoid, is a 
figure with two parallel faces, one longer than the 
other. The two parallel sides of the trapezium are 
called the base lines, with the longer of the two called 
the base. If the two non-parallel sides are the same 
length, the trapezium is known as an isosceles tra- 
pezium (Figure 1). 

One important mathematical use of the trapezoid 
is in the discipline of calculus. At its most fundamen- 
tal, calculus can be used to determine the area under a 
curve. Mathematicians can approximate this area by a 
series of trapezia—one side along the x -axis, two sides 
rising parallel to the y -axis, and the final side slanted 
to approximate the slope of the curve. As the trapezia 
get more and more narrow, the approximation grows 
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Figure 1. (I/lustration by Hans & Cassidy. Courtesy of Gale 
Group.) 


KEY TERMS 


Parallelogram—A quadrilateral in which opposite 
sides are parallel. 


Trapezium—A trapezoid in which two opposite 
sides are parallel. 


more accurate. The calculus integral assumes that the 
trapezia have become increasingly narrow so as to 
yield the exact area under the curve. 


Kristin Lewotsky 


I Tree 


A tree is a woody plant which has three principle 
characteristics: (a) the potential to grow to 20 ft (6.1 m) 
or more in height; (b) the formation of one or more 
trunks arising from the ground; and (c) the ability to 
stand on its own without support. Trees provide many 
products which are important to humans, such as tim- 
ber, fruits, and nuts. They are also the dominant plants 
in the world’s forests, and thus provide critical habitats 
for the other species which live there. 


Tree taxonomy 


Taxonomy is the identification and classification of 
organisms. Dendrology is the identification and classi- 
fication of trees, shrubs, and vines, and is a subdisci- 
pline of taxonomy. Shrubs and vines are also woody 
plants. Shrubs are shorter than trees and have multiple 
stems arising from the ground. Vines generally rely 
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upon another plant or other structure for physical 
support. 


Some plant families consist entirely of trees and 
other types of woody plants. Other plant families have 
some species that are woody, and some that are herba- 
ceous. This indicates that arborescence, the character of 
being tree-like, is not a reliable character for distinguish- 
ing families and higher taxonomic groups of plants. 


History of taxonomy 


Carl von Linné of Sweden began the modern study 
of taxonomy in the mid-1700s. He classified trees and 
other plants according to the morphology of their 
reproductive structures, such as the flowers and fruits 
of Angiosperms, and the cones of Gymnosperms. 
Many religious leaders of his time considered it 
immoral to study the reproductive structures of plants. 
However, modern taxonomists still rely upon plants’ 
reproductive structures for conclusive identification of 
species. 


Carl Von Linné also advocated that all scientists 
refer to trees and other organisms by a Latinized name. 
He even Latinized his own name to Carolus Linneaus. 
Modern biologists continue to follow this convention. 
Thus, the tree which Americans call the white pine is 
known to biologists throughout the world as Pinus stro- 
bus, where “Pinus” is the pine genus and “strobus” is the 
specific epithet. There are about 90 other species of pine 
in the world, including red pine (Pinus resinosa), sugar 
pine (P. lambertiana), and pitch pine (P. rigida). Charles 
Darwin’s studies of evolution in the mid-1800s led tax- 
onomists to group organisms hierarchically, according to 
their evolutionary relationships. For example, the pines 
(genus, Pinus), spruces (genus, Picea), and about seven 
other genera are grouped together in the family Pinaceae, 
because they are evolutionarily related. In turn, the 
Pineaceae and about six other families are grouped 
together in the order Coniferales (the conifers, or cone- 
bearing plants) because they are evolutionarily related. 


Modern taxonomy 


Traditionally, plant taxonomists have relied upon 
the morphology of plants’ reproductive structures to 
determine their evolutionary relationships. More 
recently, they have also used biochemical characteristics, 
DNA sequences, and additional features. Occasionally, 
there are disagreements about the relationships of differ- 
ent plant species. These disagreements are important in 
stimulating further research. 


In identifying a tree in nature, dendrologists do not 
always rely upon its reproductive structures, because 
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these are often only available for a brief time of the year. 
In practice, they typically rely upon features of a tree’s 
leaves, twigs, bark, wood, habit (general shape and 
appearance), and habitat as clues for identification. 


Secondary growth 


Most trees increase in thickness due to cell divi- 
sion in two special layers of undifferentiated tissues 
near the outside of their stems. This is known as sec- 
ondary growth. The two tissues are referred to as the 
vascular cambium and the cork cambium. In contrast, 
herbs do not have secondary growth, and they stop 
growing once their primary tissues have matured. 


Cell layers in a tree trunk 


In a typical, sawed-off sector of a tree trunk, one 
encounters layers of different cells and a series of con- 
centric, annual growth rings going from the outside 
toward the inside. 


The cork of bark is on the external surface of the 
trunk, and consists of dead cells which are impreg- 
nated with suberin, a waxy substance which inhibits 
evaporation of water through the bark. The cork 
cambium lies just inside the cork. It produces cork 
cells on its outside face and secondary cortex on its 
inside face. Growth and division of the cork cambium 
differs among tree species, and this gives the bark of 
each species its own characteristic appearance. 


Phloem cells lie just inside the secondary cortex. 
Phloem cells are elongated cells specialized for the trans- 
port of plant nutrients, such as the carbohydrates made 
during photosynthesis. The vascular cambium lies just 
inside the phloem cells. It produces phloem cells on its 
outside face, and xylem cells on its inside surface. Xylem 
cells are elongated cells specialized for transport of 
water and dissolved ions throughout the tree. Trees 
growing in places with a strongly seasonal climate typ- 
ically contain thick layers of xylem cells with readily 
apparent, concentric growth rings. This thick layer of 
functional xylem cells is referred to as the sapwood. 


Finally, the heartwood is in the center of the tree. 
This layer is typically darker than the sapwood and 
consists of dead cells that are very stiff and serve to 
strengthen the tree. The heartwood may also have 
readily apparent growth rings. 


Growth rings 


In most trees growing in a strongly seasonal climate, 
the vascular cambium produces wide, thin-walled cells in 
the spring, narrow thick-walled cells in the summer, and 
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few or no cells in the autumn and winter. This seasonal 
regularity of cell production results in the formation of 
annual growth rings. The bristle-cone pine (Pinus aristata) 
is the world’s longest-lived tree species, and one specimen 
of this species has about 5,000 growth rings, indicating it is 
at least 5,000 years old. 


Within a given growth ring, the large cells of 
springwood and the small cells of summerwood are 
often readily discernible with the naked eye. Light, 
temperature, soil moisture and other environmental 
factors affect the growth of trees, and therefore the 
width of their growth rings. 


Evolution 


Most botanists believe that the first land plants 
were herbaceous. The first woody plants were probably 
Lycopsids, free-sporing plants which had narrow, tub- 
ular grass like leaves. Numerous Lycopsid fossils have 
been dated to the middle of the Upper Devonian 
period, more than 370 million years ago. The first 
known plant with a vascular cambium which exhibited 
true secondary growth was a species of Protopteridium, 
a free-sporing plant dated to about 370 million 
years ago. 


Very few modern, free-sporing plants are arbor- 
escent. The only living relatives of the Lycopsids are 
the club mosses (Lycopodophyta), a group of simple, 
herbaceous, free-sporing plants. 


Forests 


Trees are the dominant organisms of forests. Climate 
and other factors determine which tree species grow in a 
forest. Forest ecologists have classified the forests of the 
world according to the species of trees that grow there. 
One classification scheme is described below. 


Coniferous forests are characteristic of the boreal 
forests of cold regions of the northern hemisphere. The 
boreal forest is found in Canada, southern Alaska, 
northwestern America, northern Europe, and north- 
ern Russia. The dominant trees are conifers (cone- 
bearing plants) such as pines, spruces, firs, and larches. 
Many of these trees are important sources of wood 
used in construction, and of pulp for paper. 


Broad-leaf forests are characteristic of temperate 
zones of central and eastern North America, central and 
southern Europe, and central Asia. Its dominant trees 
have broad leaves and are deciduous, in that they shed 
their leaves once a year. Oaks, hickories, maples, and 
sycamores are some of the trees commonly found in this 
forest type. Many broad-leaf trees are hardwoods, and are 
used for making some of our finest furniture. 
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Mediterranean forests are characteristic of regions 
with hot, dry summers and warm, humid winters. This 
forest type is found in southern California, northwestern 
Mexico, southern Europe, northern Africa, and south- 
ern Australia. The trees which grown in Mediterranean 
forests are adapted to minimizing water loss. Evergreen 
oaks and pines are well-known trees of this forest type. 
In Australia, about 600 different species of Eucalyptus 
grow in the Mediterranean forest type along the south- 
ern coast. 


Savannas are characteristic of tropical regions 
with a very seasonal rainfall. The trees in a savanna 
are sparsely distributed and are specially adapted to 
minimize water loss. Savannas are found in northern 
Mexico, equatorial Asia, central Africa, and northern 
Australia. Acacias, Dracaenas, and the Baobab are 
well-known savanna trees. 


Tropical rainforests are characteristic of regions 
with a relatively warm climate and a great deal of 
rainfall. This forest type is found in Central America, 
northern and central South America, central and west- 
ern Africa, and the south Pacific region. Tropical rain- 
forests have a great diversity of plant and animal 
species. The tropical rainforests of the world are cur- 
rently threatened by people who are cutting down 
their trees at an increasing rate. At the same time, 
conservationists and tropical ecologists devote much 
effort to the preservation of tropical rainforests with 
their rich diversity of species. 


Ascent of sap 


It is vitally important for a tree to transport water 
from the soil to its upper-most leaves. This process has 
long fascinated plant physiologists, and has been 
studied for centuries. How does water move from the 
roots to the uppermost leaves of tall trees? The signifi- 
cance of this problem is best appreciated by consider- 
ing the height of some of the world’s tallest trees. The 
world’s tallest tree was a Eucalyptus regnans of 
Australia, which was measured at 470 ft (143 m) in 
1880. The tallest living tree is a coastal redwood 
(Sequoia sempervirens) of California, which is about 
365 ft (111.3 m) in height. Its relative, the giant sequoia 
(Sequoidendron giganteum), is not quite as tall, but is 
the world’s most massive tree species. 


Cohesion-tension theory 


Most plant physiologists now accept the “cohe- 
sion-tension theory” as an explanation for the ascent 
of sap. According to this theory, water moves up the 
trunk of a tree in narrow, elongated cells near the 
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periphery of the trunk, referred to as the xylem, and 
does not require the expenditure of metabolic energy. 
The movement of water only depends upon three 
important physical-chemical properties of water. 


The first important property of water is that it 
always moves from a region with a more positive 
water potential, to a region with a more negative 
potential. Water potential is a measure of the energy 
available in a solution of water. Thus, water moves out 
of the leaves and into the air because the water poten- 
tial of the air is more negative; water moves out of the 
tree trunk and into the leaves because the water poten- 
tial of the leaves is more negative; water moves out of 
the roots and into the trunk because the water poten- 
tial of the trunk is more negative; and water moves out 
of the soil and into the roots because the water poten- 
tial of the roots is more negative. 


The second important physical-chemical property 
of water is that it is a cohesive molecule. In other 
words, water molecules tend to bind to one another 
through the formation of hydrogen bonds. The cohe- 
siveness of water molecules gives the thin water col- 
umns in a tree trunk a very great tensile strength. This 
prevents breakage of the water column when great 
longitudinal stresses are placed upon it as it is pulled 
out of the leaves and into the air. 


The third important property of water is that it 
adheres very tightly to the walls of xylem cells in the 
tree’s transport pathway. Adhesion of water to these 
cell walls maintains the full hydration of the pathway 
for water transport. This prevents breakage of the 
water column, and allows water transport even when 
a tree is water-stressed in a dry environment. 


Economic significance 


Trees have great economic significance to humans 
as a source of food, building materials, and paper. 
Almond, coconut, cherry, prune, peach, pear, and 
many other tree species are grown in orchards for 
their fruits and nuts. The apple tree is the orchard 
tree of greatest economic significance, and there are 
several hundred different varieties of apples. (Many of 
North America’s best apples grow in New York state 
and Washington state.) Many trees are also useful for 
the wood they produce. Wood is used as a construc- 
tion material and to make furniture. Wood is a val- 
uable construction material because it is relatively 
inexpensive, easy to cut, and very strong relative to 
its weight. Many species of pines and other conifers 
are important sources of softwoods, and many broad- 
leaf trees are important sources of hardwoods. 
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KEY TERMS 


Adhesion—Physical attraction between different 
types of molecules. 


Cohesion—Physical attraction between molecules 
of the same type. 


Cork cambium—Undifferentiated plant tissue 
which gives rise to cork cells and secondary 
cortex. 


Dendrology—ldentification and classification of 
woody plants. 


Phloem—Plant tissue consisting of elongated cells 
which function in the transport of carbohydrates 
and other nutrients. 


Vascular cambium—Undifferentiated plant tissue 
which gives rise to phloem and xylem. 


Xylem—Plant tissue that transports water and min- 
erals upward from the roots. 


There are frequent conflicts between conserva- 
tionists and loggers. In the United States, the 
coniferous rainforest of the Pacific northwest has 
been the site of one such conflict. In this region, log- 
gers want to harvest coniferous trees from the forest 
just as they have done for many years, whereas con- 
servationists seek to preserve the forest because it 
provides a habitat for the northern spotted owl, an 
endangered species. 


See also Basswood; Citrus trees; Conifer; Defor- 
estation; Dogwood tree; Ebony; Forestry; Horse 
chestnut; Magnolia; Mahogany; Mangrove tree; Nux 
vomica tree; Palms; Sapodilla tree; Screwpines; 
Spruce; Walnut family; Yew. 
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Tree-ring dating see Dating techniques 
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| Tree shrews 


The tree shrews (order Scandentia, family 
Tupatidae) comprise a small number of species that 
are only found in south and Southeast Asia. Five 
genera (19 species) are recognized. All occur in for- 
ested areas, ranging from India and southwest China 
eastward through Malaysia, Indonesia (west of 
Wallace’s Line), and the Philippines. Three genera 
and 10 species occur on the island of Borneo alone. 


In appearance, tree shrews resemble long-snouted 
squirrels (the Malay word tupai means squirrel). All 
tree shrews are of a slender build; adults generally 
weigh 2.5-3.5 oz (70-100 g.) The length of the head 
and body ranges from 3.9-8.6 in (100-220 mm), while 
tail length varies from 3.5-8.8 in (90-225 mm). 
Generally a russet-brown color, they have a long, 
pointed muzzle with 38 sharp teeth. One unusual spe- 
cies, the pen-tailed tree shrew (Ptilocercus lowii), can 
be identified by its tail, which is naked except for a 
whitish feather-shaped arrangement of the hairs near 
the end. In all species, the fur consists of long, straight 
guard hairs and shorter, softer underfur. Some forms 
have pale shoulder stripes and others have facial 
markings. The ears are squirrel-like; that is, they are 
comparatively small and cartilaginous, except in the 
pen-tailed tree shrew in which they are larger and more 
membranous. The feet of tree shrews are naked 
beneath; the soles are adorned with tubercle like pads 
which assist with climbing. The long and supple digits 
bear sharp, moderately curved claws. Tree shrews 
have well developed senses of vision, hearing, and 
smell. 


In addition to their external resemblance to squir- 
rels, tree shrews, like squirrels, are mostly diurnal, and 
some of their actions and movements are similar. 
Ptilocercus differs in being mainly nocturnal and, 
when on the ground, progresses in a series of hops. 
Other tree shrews are swift runners. All tupaiids are 
capable climbers, seeking their food in trees as well as 
on the ground. Their diet consists mainly of insects 
and fruit but occasionally includes other animal food 
and various types of plant matter. They are generally 
fond of water for both drinking and bathing. Most 
species nest in holes in tree trunks or branches 65.7- 
98.4 ft (20-30 m) high, the nest consisting of a simple 
structure of dried leaves, twigs, and fibers of soft 
wood. 


Few other mammalian families have proved as 
difficult to classify as the tree shrews. Historically, the 
Tupaiidae have been grouped with the Macroscelididae 
(elephant shrews), Insectivora (insectivores), and even 
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the primates. More recent studies of their behavior and 
reproduction, however, has led to them being placed in 
a distinct order, Scandentia. 


Tree shrews display a wide range of social behav- 
iors. The common tree shrew Tupaia glis, for example, 
lives in permanent pairs, with males occupying an 
average home range of 12,168 sq yd (10,174 sq m) 
and females a smaller area of about 1,052 sq yd (880 
sq m). Although they basically share the same range, 
they remain largely solitary and defend the area from 
possible intruders. In contrast, the pen-tailed tree 
shrew generally moves about in pairs, but as many as 
four animals have been found together in a single nest. 
Field observations also suggest that many species exist 
at relatively low densities: data for 7. glis show a 
varied pattern of one to two per acre (two to five per 
hectare) in Malaysia or two to five per acre (five to 13 
per hectare) in Thailand, while T. palawanensis occurs 
at a local density of 0.5 to one per acre (1.5—2.5 per 
hectare). 


Scent marking plays an important role in commu- 
nications among tree shrews, all of which have speci- 
alized glands that secrete a wide array of chemical 
compounds, many of which are unique to the individ- 
ual animal. The different compounds in these secre- 
tions covey a range of messages about the animal, 
particularly information on its sex, age, and breeding 
status. Such information is thought to play an impor- 
tant role in defending individual territories. Tree 
shrews seem to be creatures of habit and regularly 
use the same paths along the ground or on branches 
to reach their favorite feeding or resting areas. As they 
move around their ranges, their scent is liberally 
deposited, usually at strategic places where other ani- 
mals have a chance of finding it. In this way, an 
intruding animal will be able to determine that the 
area is already occupied and defended by a resident 
tree shrew and should be able to withdraw without 
further conflict. If the intruder is a male, hoping to 
mate or take over the territory of a neighboring ani- 
mal, it may move further into the territory, but on 
doing so risks attack and possible injury from the 
resident animals. 


The reproductive behavior of most species is still 
poorly known. Most species apparently breed 
throughout the year. Following a gestation period of 
about 45-50 days, females give birth to one to four 
young. Some species, such as Urogale everetti, are 
receptive to breeding again shortly after giving birth. 


Surprisingly, in view of their large size and diurnal 
habits, tree shrews have attracted relatively little bio- 
logical attention. As a result there has been little study 
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of their ecology or behavior in the wild. All tree shrews 
are forest-dwelling species, occupying a wide range of 
niches within different forest habitats. Many species 
seem capable of adapting to living in secondary forest 
and some even occur in rural gardens and well-estab- 
lished plantations. 


Tropical forests are, however, their preferred 
domain, and because of their dependence on forest 
habitat, many of these species are susceptible to exces- 
sive levels of habitat destruction and disturbance. 
Some species, particularly Tupaia nicobarica and 
T. longipes, are thought to be endangered, but other 
species with restricted ranges, particularly those on 
islands or where agricultural encroachment and/or 
logging is a major activity, are also seriously threat- 
ened. The most urgent among these are the golden- 
bellied (Tupaia chrysogaster), Palawan (T. palawensis), 
Philippine (Urogale everetti), and Madras (Anathana 
elliotti) tree shrews. Although loss of habitat is the 
main threat to these species, additional pressures 
such as hunting for food and sport can add to the 
pressure on these and other native endemic species. 
Habitat conservation is therefore vital to preserving 
tree shrews. 


The forests that are important to tree shrews are 
also known to be of great importance to a wide range 
of plants, mammals, birds, and invertebrates, many of 
which are endemic. By developing and implementing 
conservation strategies which include tree shrew con- 
servation requirements in these forests, the overall 
biological diversity of these unique ecosystems could 
be far better protected. These same forests also fulfill 
many other essential roles that benefit humans, partic- 
ularly through watershed protection and as an impor- 
tant source of fruit, medicinal and herbal plants, and a 
wide range of timber products of economic 
importance. 


In view of the many uncertainties surrounding the 
ecological status, distribution, and ability of these 
species to adapt to secondary habitats, there is an 
urgent need to promote further action for a large 
number of these species. Particular aspects which 
need attention include details of the basic ecology, 
home range size, feeding priorities, habitat preferen- 
ces, breeding behavior, and population density of 
most species. 


See also Shrews. 
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l Trichinosis 


Trichinosis is a disease caused by the roundworm 
(nematode) called Trichinella spiralis (T. spiralis). It is 
readily avoided by proper handling and cooking of 
certain meats, particularly pork products. 


Life cycle of T. spiralis 


The life cycle of 7. spiralis includes several differ- 
ent stages. The adult worm lives in the intestinal lining 
of such carnivorous animals as swine, bears, walrus, 
and rodents. After mating, the male worm dies, while 
the female worm goes on to develop the offspring. 


The embryonic stage, a stage often occurring after 
birth in many nematode species, occurs within the 
uterus of the female 7. spiralis, so that the offspring 
that are ultimately discharged from the female are in 
the larval second stage of life. These larvae (about 
1,500 from each female worm) travel through the cir- 
culatory system, to the heart, then through the blood 
vessels leading to striated muscle (the muscle of the 
skeletal system and the heart). Any larvae not arriving 
in striated muscle will die. 


Those larvae that reach striated muscle will grow 
to a length of about one millimeter, coil, and enclose 
themselves within a protective wall called a cyst. These 
cysts continue to live for up to 10 years in this form. 


T. spiralis in humans 


A pig that has been infected with T. spiralis may 
have thousands of cysts waiting dormant within its 
muscles—the very muscles that humans look forward 
to dining on in the form of pork chops, ham, bar- 
becued ribs, etc. Eating an undercooked, T. spiralis - 
infected pig dinner can lead to the ingestion of living 
(viable) 7. spiralis cysts. The cyst walls are broken 
down by the usual process of food digestion in the 
stomach, allowing the larvae to continue on to the 
new host’s intestine, where the larvae mature to 
become adult worms, capable of reproducing a new 
crop of larvae. When these new larvae are born, they 
begin their migration throughout the human host’s 


GALE ENCYCLOPEDIA OF SCIENCE 4 


bloodstream to the human host’s muscles, where they 
live for a short while before encysting. 


Symptoms of trichinosis 


A person who eats T. spiralis infected meat may 
experience symptoms to a varying degree. If the meat 
ingested has only a few cysts, then they may only dis- 
play mild symptoms, if any at all. More severe symp- 
toms include fever, diarrhea, abdominal pain, and 
perhaps vomiting. These symptoms begin about one 
to two days after eating the offending meat, and may 
last for a week or so. 


When larvae begin their migration through the 
blood vessels, the host will begin to experience sys- 
temic symptoms (affecting the whole body), such as 
fever, swelling of the face and the area around the eyes, 
rash, bleeding into the nail beds, retina, and whites of 
the eyes, and cough. In very severe cases, inflamma- 
tion of the heart muscle (myocarditis), lungs (pneumo- 
nitis), or brain (encephalitis) may occur, which can 
lead to the few deaths attributable to trichinosis. 


The larvae begin to burrow into the host’s muscles 
and form cysts within about two to three weeks of the 
initial infection. This produces signs of muscle inflam- 
mation (myositis), including swelling of the affected 
muscle groups, pain, and weakness. 


The most frequently affected muscles are the 
muscles outside of the eye, which control eye move- 
ments (extraocular muscles), as well as the muscles of 
the jaw, neck, upper arm (biceps muscle), lower back 
(lumbar region), and diaphragm (the muscle which 
separates the abdominal and chest cavities and aids 
in inspiration). 


Symptoms are at their most severe at about three 
weeks after infection and decrease very slowly in their 
severity. Recovery is extremely gradual, and symp- 
toms may be present for as long as three months. 
Fatigue and myalgia (muscle pain) may take several 
more months to subside. 


An initial diagnosis of trichinosis relies heavily on 
the presence of the most classic symptoms of trichino- 
sis (including swelling around the eyes, muscle inflam- 
mation, fever, and high levels of the blood cells called 
eosinophils), coupled with the patient’s report of hav- 
ing eaten undercooked meat of a species known to 
potentially carry trichinosis. 


The most common food culprit in the United 
States has been pork sausage, while outbreaks in 
Europe have been attributed to wild boar and horse 
meat. Outbreaks in Asia and Africa have been due to 
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dog meat, and outbreaks in Northern Canada have 
occurred due to consumption of walrus and bear meat. 


Treatment of trichinosis is primarily aimed at 
decreasing the severity of the symptomatology—bed 
rest and medications to relieve fever and muscle pain 
(aspirin, acetaminophen, or ibuprofen). Steroids (such 
as prednisone) are reserved for the most severe cases of 
muscle inflammation, or for complicated cases that 
include myocarditis. 


Two related anti-worm medications (mebenda- 
zole and thiabendazole) have been reported to work 
against intestinal larvae, but not against larvae 
encysted in the muscles. In particular, thiabendazole 
has been effective when given to patients who knew 
within 24 hours that they had eaten infected meat. 


Prevention of trichinosis is simple. Swine should 
be fed only grain or cooked garbage; uncooked gar- 
bage may contain contaminated pork scraps. Pork 
should be cooked thoroughly, so that no pink is 
present. Freezing at an adequately low temperature 
5°F (-15°C) for one week or 0°F (-18°C) for three 
weeks can kill most encysted larvae, except those spe- 
cies that infect arctic mammals such as walrus or bear. 
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[ Triggerfish 


Triggerfishes are members of the family Balistidae 
of the order Tetradontiformes. They derive their name 
from a unique feature of their dorsal fin. The trigger- 
fish can lock the large dorsal spine in an upright posi- 
tion by supporting it with its smaller secondary spine. 
This protects the fish from predation by larger fish 
because the erect spine makes the fish hard to swallow 
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or extract from small crevices. The locked dorsal spine 
can be “unlocked” by depressing the third spine or 
“trigger” which is connected to the second spine. 


A distinctive characteristic of triggerfish is simi- 
larity in size and shape of the second dorsal (back) and 
anal fins. The belly in front of the anal fin is the widest 
circumference of the fish. The body of the triggerfish is 
protected by bony plates. 


Triggerfishes are moderately large fish generally 
found on coral reefs widely distributed throughout the 
world, in all about 37 species. The gray triggerfish, 
Balistes capriscus, averages under | ft (0.3 m) in length 
but may grow to 2 ft (0.6 m) with a weight of 3 Ib (1.4 
kg). It is found in the warm waters of the Gulf of 
Mexico and the Mediterranean. These grayish fish 
often appear spotted or splotchy when swimming in 
among seaweeds. 


Among the largest in the family is the ocean trig- 
gerfish, Canthidermis sufflamen, which grows to 2 ft 
(0.6 m) and weighs about 10 Ib (4.5 kg). It ranges in 
distribution from the coast of Florida to the 
Caribbean. The ocean triggerfish is capable of making 
sounds like some of its relatives. One of the ways it 
makes sound is by vibrating some muscles that are 
attached to its swim bladder. 


Several species, such as the redtail triggerfish, are 
found in the western Pacific. The redtail Xanthichthys 
mento is a 10 in (25 cm) fish with a purplish blue color 
and a red tail. In contrast to the redtail triggerfish, 
Abalistes stellaris may grow to 24 in (60 cm) in length. 


l Triglycerides 


Fats exist in foods—and are usually stored in the 
body—as triglycerides. Recent research relating levels 
of triglycerides in the blood stream to heart attacks in 
human presents a sometime confusing picture but a 
mounting level evidence suggests that, along with 
other indicators, triglyceride levels can be used to pre- 
dict heart attack risk, especially in women and diabetics. 


Although the exact mechanisms are not fully 
known, elevated triglycerides allow increased blood 
clot formation and may slow the natural deterioration 
of clots once formed. 


Fat molecules are generally made up of four parts: a 
molecule of glycerol and three molecules of fatty acids. 
Each fatty acid consists of a hydrocarbon chain with a 
carboxyl group at one end. The glycerol molecule has 
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three hydroxyl groups, each able to interact with the 
carboxyl group of a fatty acid. Removal of a water mol- 
ecule at each of the three positions forms a triglyceride. 
The three fatty acids in a single fat molecule may be all 
alike or they may be different. They may contain as few as 
four carbonatoms or as many as 24. Because fatty acids 
are synthesized from fragments containing two carbon 
atoms, the number of carbon atoms in the chain is almost 
always an even number. In animal fats, 16-carbon, for 
example, palmitic acid and 18-carbon, for example, stearic 
acid fatty acids are the most common. 


Some fatty acids comprising a given triglyceride 
have one or more double bonds between their carbon 
atoms. They are then said to be unsaturated because 
they can hold more hydrogen atoms than they do. 
Mono-unsaturated fats have a single double bond in 
their fatty acids while polyunsaturated fats, such as 
trilinolein, have two or more. Additionally, there are 
trans-fats, which are only partially hydrogenated hav- 
ing fewer double bonds in a trans (as opposed to the 
usual cis) chemical configuration, and also omega-3 
fats, which have at least one double bond, three car- 
bon atoms in from the end of the fatty acid molecule. 
Linolenic acid is an example and fish oils are generally 
a rich source of omega-3 fatty acids. 


Double bonds are rigid and those in natural fats 
introduce a kink into the molecule. This prevents the 
fatty acids from packing close together and as a result, 
unsaturated fats have a lower melting point than saturated 
fats. Because most of them are liquid at room temper- 
ature, they are called oils. Corn oil, canola oil, cottonseed 
oil, peanut oil, and olive oil are common examples. As this 
list suggests, plant fats tend to be unsaturated while fats 
from such animals as cattle tend to be saturated. 


Ingested fats provide the precursors from which 
fat as well as cholesterol and various phospholipids 
are created (synthesized). In humans, fat provides the 
concentrated form of energy. The energy content of fat 
(9 kcal/gram) is more than twice as great as carbohy- 
drates and proteins (4 kcal/gram). 


Humans can synthesize fat from carbohydrates. 
However, there are two essential fatty acids that cannot 
be synthesized this way and must be incorporated into 
the diet. These are linoleic acid (an omega-6 fat, with the 
endmost double bond six carbons from the methyl end) 
and alpha-linolenic acid (an omega-3 fat, with the end- 
most double bond three carbons from the methyl end). 
Many studies have examined the relationship between 
fat in the diet and cardiovascular disease. There is still 
no consensus, but the evidence seems to indicate that a 
diet high in fat is harmful and that mono- and poly- 
unsaturated fats are less harmful than saturated fats, 
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Polyunsaturated fat—A fat missing two or more 
hydrogen atoms from the maximum number of 
hydrogen atoms that can be bonded to each carbon 
in the carbon chain of the compound. These fats 
can remain liquid at room temperatures. 


Saturated fats—Fats containing the maximum 
number of hydrogen atoms that can be bonded to 
each carbon in the carbon chain of the compound. 


Triglycerides—A molecule containing three fatty 
acids chemically bonded to a glycol molecule. 


with the exception of trans unsaturated fats which, 
according to some, are more harmful than saturated 
fats. It is also been suggested that ingestion of omega-3 
unsaturated fats may be protective for the human body. 


See also Biochemistry; Compound, chemical; 
Heart diseases; Heat. 
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l Trigonometry 


Trigonometry is a branch of applied mathematics 
concerned with the relationship between angles and 
their sides and the calculations based on them. First 
developed as a branch of geometry focusing on 
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triangles during the third century BC, trigonometry 
was used extensively for astronomical measurements. 
The major trigonometric functions, including sine, 
cosine, and tangent, were first defined as ratios of 
sides in a right triangle. Since trigonometric functions 
are intrinsically related, they can be used to determine 
the dimensions of any triangle given limited informa- 
tion. In the eighteenth century, the definitions of trig- 
onometric functions were broadened by being defined 
as points on a unit circle. This definition for the devel- 
opment of graphs of functions related to the angles 
they represent, which were periodic. Today, using the 
periodic nature of trigonometric functions, mathema- 
ticians and scientists have developed mathematical 
models to predict many natural periodic phenomena. 


Historic development of trigonometry 


The word trigonometry stems from the Greek 
words trigonon, which means triangle, and metrein, 
which means to measure. It began as a branch of 
geometry and was utilized extensively by early Greek 
mathematicians to determine unknown distances. The 
most notable examples are the use by Aristarchus of 
Samos (310-230 BC) to determine the distance to the 
moon and the sun, and by Eratosthenes Of Cyrene 
(276-194 BC) to calculate Earth’s circumference. The 
general principles of trigonometry were formulated by 
Greek astronomer, Hipparchus of Nicaea (c. 166-125 
BC), who is generally credited as the founder of trig- 
onometry. His ideas were worked out by Greek math- 
ematician and astronomer Claudius Ptolemy of 
Alexandria (AD c. 90-168), who used them to develop 
the influential Ptolemaic theory of astronomy. Much 
of the information scientists know about the work of 
Hipparchus and Ptolemy comes from Ptolemy’s com- 
pendium, The Almagest, written around 150. 


Trigonometry was initially considered a field of 
the science of astronomy. It was later established as a 
separate branch of mathematics—largely through the 
work of Swiss mathematicians Johann Bernoulli 
(1667-1748) and Leonhard Euler (1707-1783). 


Angles 


Central to the study of trigonometry is the concept 
of an angle. An angle is defined as a geometric figure 
created by two lines drawn from the same point, known 
as the vertex. The lines are called the sides of an angle 
and their length is one defining characteristic of an 
angle. Another characteristic of an angle is its measure- 
ment or magnitude, which is determined by the amount 
of rotation, around the vertex, required to transpose 
one side on top of the other. If one side is rotated 
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completely around the point, the distance traveled is 
known as a revolution and the path it traces is a circle. 


Angle measurements are typically given in units of 
degrees or radians. The unit of degrees, invented by 
the ancient Babylonians, divides one revolution into 
360° (degrees). Angles that are greater than 360° rep- 
resent a magnitude greater than one revolution. 
Radian units, which relate angle size to the radius of 
the circle formed by one revolution, divide a revolu- 
tion into 27 units. For most theoretical trigonometric 
work, the radian is the primary unit of angle 
measurement. 


Triangles and their properties 


The principles of trigonometry were originally 
developed around the relationship between the sides 
of a triangle and its angles. The idea was that the 
unknown length of a side or size of an angle could be 
determined if the length or magnitude of some of the 
other sides or angles were known. Recall that a trian- 
gle is a geometric figure made up of three sides and 
three angles, whose sum is equal to 180°. The three 
points of a triangle, known as its vertices, are usually 
denoted by capital letters. 


Triangles can be classified by the lengths of their 
sides or magnitude of their angles. Isosceles triangles 
have two equal sides and two congruent (equal) 
angles. Equilateral, or equiangular, triangles have 
three equal sides and angles. If no sides are equal, the 
triangle is a scalene triangle. All of the angles in an 
acute triangle are less than 90° and at least one of the 
angles in an obtuse triangle is greater than 90°. 
Triangles, such as these, which do not contain a 90° 
angle, are generally known as oblique triangles. Right 
triangles, the most important ones to trigonometry, 
are those which contain one 90°angle. 


Triangles, which have proportional sides and con- 
gruent angles, are called similar triangles. The concept 
of similar triangles, one of the basic insights in trigon- 
ometry, allows mathematicians to determine the 
length of a side of one triangle if they know the length 
of certain sides of the other triangle. For example, if 
one wanted to know the height of a tree, use the idea of 
similar triangles to find it without actually having to 
measure it. For example, suppose a person is 6 ft (183 
cm) tall and casts an 8 ft (2.44 m) long shadow. The 
tree, whose height is unknown, casts a shadow that is 
20 ft (6.1 m) long. The triangles that could be drawn 
using the shadows and objects as sides are similar. 
Since the sides of similar triangles are proportional, 
the height of the tree is determined by setting up the 
mathematical equality 
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height of tree 
length of 
tree shadow 


height of person — x 6 
length of 20 8 
person shadow 


By solving this equation, the height of the tree is 
found to be 15 ft (4.57 m). 


Right triangles and trigonometric functions 


The triangles used in the previous example were 
right triangles. During the development of trigonom- 
etry, the parts of a right triangle were given certain 
names. The longest side of the triangle, which is 
directly across from the right angle, is known as the 
hypotenuse. The sides that form the right angle, 
denoted by a box in the diagram, are the legs of the 
triangle. For either acute angle in the triangle, the leg 
that forms the angle with the hypotenuse is known as 
the adjacent side. The side across from this angle is 
known as the opposite side. Typically, the length of 
each side is denoted by a lower case letter. In the 
diagram of triangle ABC, the length of the hypotenuse 
is indicated by c, the adjacent side is represented by b, 
and the opposite side by a. The angle of interest is 
usually represented by 0. 


The ratios of the sides of a right triangle to each 
other are dependent on the magnitude of its acute 
angles. In mathematics, whenever one value depends 
on some other value, the relationship is known as a 
function. Therefore, the ratios in a right triangle are 
trigonometric functions of its acute angles. Since these 
relationships are of most importance in trigonometry, 
they are given special names. The ratio or number 
obtained by dividing the length of the opposite side 
by the hypotenuse is known as the sine of the angle 8 
(abbreviated sin 0). The ratio of the adjacent side to 
the hypotenuse is called the cosine of the angle 0 
(abbreviated cos 0). Finally, the ratio of the opposite 
side to the adjacent side is called the tangent of 0 or tan 
9. In the triangle ABC, the trigonometric functions are 
represented by the following equations. 


a sind 
tan@=F 


b 
sin@=— cos 8 = — 
c C 


These ratios represent the fundamental functions 
of trigonometry. Many mnemonic devices have been 
developed to help people remember the names of the 
functions and the ratios they represent. One of the 
easiest is the phrase SOH-CAH-TOA. This means: 
sine is the opposite over the hypotenuse, cosine is 
adjacent over hypotenuse, and tangent is opposite 
over adjacent. 
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In addition to the three fundamental functions, 
three reciprocal functions are also defined. The inverse 
of sin 9, or 1/sin 8, is known as the secant of the angle 
or sec 9. The inverse of the cos 0 is the cosecant or csc 
8. Finally, the inverse of the tangent is called the 
cotangent of cot 8. These functions are typically used 
in special instances. 


The values of the trigonometric functions can be 
found in various ways. They can often be looked up in 
trigonometric tables, which have been compiled over 
the years. They can also be determined by using infin- 
ite series formulas. Conveniently, most calculators 
and computers have the values of trigonometric func- 
tions preprogrammed inside their memory banks. 


Application of the trigonometric functions 


One immediate application for trigonometric func- 
tions is the simple determination of the dimensions of a 
right triangle, also known as the solution of a triangle, 
when only a few are known. For example, if the sides of 
a right triangle are known, then the magnitude of both 
acute angles can be found. Suppose mathematicians 
have a right triangle whose sides are 2 in (5 cm) and 
4.7 in (12 cm), and whose hypotenuse is 5.1 in (13 cm). 
The unknown angles could be found by using any trig- 
onometric function. Since the sine of one of the angles is 
equal to the length of the opposite side divided by the 
hypotenuse, this angle can be determined. The sine of 
one angle is 5/13, or 0.385. With the help of a trigono- 
metric function table or calculator, it will be found that 
the angle which has a sine of 0.385 is 22.6°. Using the 
fact that the sum of the angles in a triangle is 180°, 
one can establish that the other angle is 180° - 90° - 
22.6° = 67.4°. 


In addition to solving a right triangle, trigonomet- 
ric functions can also be used in the determination of 
the area when given only limited information. The 
standard method of finding the area of a triangle is 
by using the formula, area = 1/2b (base) x h (alti- 
tude). Often, the altitude of a triangle is not known, 
but the sides and an angle are known. Using the side- 
angle-side (SAS) theorem, the formula for the area of a 
triangle then becomes, area = 1/2 (one side) x 
(another side) x (sine of the included angle). For a 
triangle with sides of 5 cm and 3 cm, respectively, and 
an included angle of 60°, the area of the triangle would 
be equal to 1/2 x 5 x 3 x sin 60° = 13 cm”. 


The formula for the area of a triangle leads to an 
important concept in trigonometry known as the Law 
of Sines, which says that for any triangle, the sine of 
each angle is proportional to its opposite side, sym- 
bolically written in triangle ABC as, 
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sin C 
Cc 


in triangle ABC, sn A = m8 


Using the Law of Sines, one can solve any triangle 
if the length of one side and magnitude of two angles, 
or two sides and one angle, is known. Suppose one has 
a triangle with angles of 45° and 70°, and an included 
side of 15.7 in (40 cm). The third angle is found to be 
180° - 45° - 70° = 65°. The unknown sides, x and y, are 
found with the Law of Sines because 


sin 45 sin 70 sin 65 
x y 40 


The lengths of the unknown sides are then x = 
12.29 in (31.2 cm) and y = 16.35 in (41.5 cm). 


The Law of Sines cannot be used to solve a tri- 
angle unless at least one angle is known. However, a 
triangle can be solved if only the sides are known by 
using the Law of Cosines, which is stated in triangle 
ABC, c? = a? + b*- 2ab cos C, or can be written 


cu bh SC" 
C=. 


which is more convenient when using only the 
sides to solve a triangle. As an example, consider a 
triangle with sides equal to 2 in, 3.5 in, and 3.9 in (S cm, 
9 cm, and 10 cm). The cosine of one angle would be 
equal to (5° + 9° - 107)/(2 x 59) = 0.067, which 
corresponds to the angle 86.2°. Similarly, the other 
two angles are found to be 29.9°and 63.9°. 


Relationships between trigonometric 
functions 


In addition to the reciprocal relationships of 
certain trigonometric functions, two other types of 
relationships exist. These relationships, known as trig- 
onometric identities, include co-functional relation- 
ships and Pythagorean relationships. Co-functional 
relationships relate functions by their complementary 
angles. Pythagorean relationships relate functions by 
application of the Pythagorean theorem. 


The sine and cosine of an angle are considered co- 
functions, as are the secant and cosecant, and the 
tangent and cotangent. 


The Pythagorean theorem states that the sum of 
the squares of the sides of a right triangle is equal to the 
square of the hypotenuse. For a triangle with sides of x 
and y and a hypotenuse of z, the equation for the 
Pythagorean Theorem is x*+ y* = z*. Applying this 
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theorem to the trigonometric functions of an angle, one 
finds that sin* @ + cos* @ = 1. Similarly, 1 + tan? @ = 
sec? @ and 1 + cot” @ = csc @. The terms such as sin? 0 
or tan” @ traditionally have meant (sin 0) x (sin @) or 
(tan 8) x (tan 6). 


In some instances, it is desirable to know the 
trigonometric function of the sum or difference of 
two angles. If one has two unknown angles, 0 and 9, 
then sin (8 + ¢) is equal to sin 8 cos + cos @ sin . In 
a similar manner, their difference, sin(0 - +) is sin 8 cos 
o - cos § sin d. Equations for determining the sum or 
differences of the cosine and tangent also exist and can 
be stated as follows: 


cos(0 + d) = cos Ocos > + sin 8 sin b tan (0 + b) = 
(tan 0 + tan ¢)/(1 + tan 0 tan 6). 


These relationships can be used to develop formu- 
las for double angles and half angles. Therefore, the 
sin 20 = 2sin 0 cos 0 and cos 20 = 2cos* 0 - 1, which 
could also be written cos 62 = 1 - 2sin* 0. 


Trigonometry using circles 


For hundreds of years, trigonometry was only 
considered useful for determining sides and angles of 
a triangle. However, when mathematicians developed 
more general definitions for sine, cosine, and tangent, 
trigonometry became much more important in math- 
ematics and science alike. The general definitions for 
the trigonometric functions were developed by consid- 
ering these values as points on a unit circle. 


A unit circle is one that has a radius of one unit, 
which means x* + y~ = 1. If one considers the circle to 
represent the rotation of a side of an angle, then the 
trigonometric functions can be defined by the x and y 
coordinates of the point of rotation. For example, 
coordinates of point P(x,y) can be used to define a 
right triangle with a hypotenuse of length r. The trig- 
onometric functions could then be represented by the 
following equations. 


=< 


: X 
sin®8 = —; cos§8=~—; tane =~; 
r x 


With the trigonometric functions defined as such, 
a graph of each can be developed by plotting its value 
versus the magnitude of the angle it represents. 


Since the value for x and y can never be greater 
than one on a unit circle, the range for the sine and 
cosine graphs is between | and -1. The magnitude of an 
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KEY TERMS 


Adjacent side—The side of a right triangle that forms 
one side of the angle in question. 


Amplitude—A characteristic of a periodic graph rep- 
resented by half the distance between its maximum 
and minimum. 


Angle—A geometric figure created by two lines 
drawn from the same point. 


Cosine—A trigonometric function that relates the 
ratio of the adjacent side of a right triangle to its 
hypotenuse, or the x coordinate of a point on a unit 
circle. 


Degree—A unit of measurement used to describe the 
amount of revolution of an angle denoted by the 
symbol °. There are 360° in a complete revolution. 


Hypotenuse—The longest side of a right triangle that 
is opposite the right angle. 


Law of cosines—A relationship between the cosine 
of an angle of a triangle and its sides that can be used 
to determine the dimensions of a triangle. 


Law of sines—A relationship between the sine of an 
angle of a triangle and its side that can be used to 
determine the dimensions of a triangle. 


Opposite side—The side of a right triangle which is 
opposite the angle in question. 


angle can be any real number, so the domain of the 
graphs is all real numbers. (Angles that are greater 
than 360° or 27 radians represent an angle with more 
than one revolution of rotation). The sine and cosine 
graphs are periodic because they repeat their values, or 
have a period, every 360° or 27 radians. They also have 
an amplitude of one that is defined as half the differ- 
ence between the maximum (1) and minimum (-1) 
values. 


Graphs of the other trigonometric functions are 
possible. Of these, the most important is the graph of 
the tangent function. Like the sine and cosine graphs, 
the tangent function is periodic, but it has a period of 
180° or m radians. Since the tangent is equal to y/x, its 
range is -co to co and its amplitude is oo. 


The periodicity of trigonometric functions is more 
important to modern trigonometry than the ratios 
they represent. Mathematicians and scientists are 
now able to describe many types of natural phenom- 
ena that reoccur periodically with trigonometric func- 
tions. For example, the times of sunsets, sunrises, and 
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Period—A value at which a periodic function begins 
to repeat. 

Pythagorean theorem—An idea suggesting that the 
sum of the squares of the sides of a right triangle is 
equal to the square of the hypotenuse. It is used to 
find the distance between two points. 


Radian—A unit of angular measurement that relates 
the radius of a circle to the amount of rotation of an 
angle. One complete revolution is equal to 22 
radians. 


Right triangle—A triangle that contains a 90° or right 
angle 

Similar triangles—Triangles that have congruent 
angles and proportional sides. 


Sine—A trigonometric function that represents the 
ratio of the opposite side of a right triangle to its 
hypotenuse, or the y coordinate of a point on a unit 
circle. 


Tangent—A trigonometric function that represents 
the ratio of the opposite side of right triangle to its 
adjacent side. 


Trigonometric functions—Angular functions that 
can be described as ratios of the sides of a right 
triangle to each other. 


comets can all be calculated thanks to trigonometric 
functions. Also, they can be used to describe seasonal 
temperature changes, the movement of waves in the 
ocean, and even the quality of a musical sound. 
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Triple bond see Chemical bond 
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| Tritium 


Tritium is an isotope of the chemical element 
hydrogen (H). It has not only a single proton but 
also two neutrons in the nucleus of its atoms. 
Although technically it is still the element hydrogen, 
it has its own chemical symbol, T, although it can also 
be represented as ,H?. 


Historically, Walter Russell (1871-1963) pre- 
dicted tritium in the late 1920s. Then, in the early 
1930s, New Zealand-British nuclear physicist Ernest 
Rutherford (1871-1937), the First Baron Rutherford 
of Nelson, produced tritium from deuterium, another 
isotope of hydrogen. Then, Spanish-American phys- 
icist Luis Walter Alverez (1911-88) isolated tritium, 
and found that it was radioactive. American chemist 
Willard Frank Libby (1908-80) discovered that it 
could be used to determine the age of water. 


Chemically, tritium reacts in exactly the same man- 
ner as hydrogen, although slightly slower because of its 
greater atomic weight. A tritium atom has almost three 
times the mass of a regular hydrogen atom: the atomic 
weight of tritium is 3.016 whereas the atomic weight of 
hydrogen is 1.008. Tritium is radioactive, with a half- 
life of 12.26 years. Its nucleus emits a low-energy beta 
particle, leaving behind an isotope of helium, helium-3, 
that has a single neutron in its atomic nucleus. (The 
common isotope of helium, helium-4, contains two 
neutrons in its atomic nucleus.) No gamma rays, 
which are high-energy electromagnetic radiation, are 
emitted in the decay of tritium, so the radioactive 
decay of tritium is of little hazard to humans. 


The heavier atomic weight of tritium has an effect 
on the physical properties of this hydrogen isotope. 
For example, tritium has a boiling point of 25K 
(-415°F; -248°C), compared with ordinary hydrogen’s 
boiling point of 20.4K (-423°F; -252.8°C). Molecules 
containing tritium show similar variances. For exam- 
ple, water made with tritium and having the formula 
T,O has a melting point of 40°F (4.5°C), compared 
with 32°F (0°C) for normal water. 


Tritium was present in nature at very low levels, 
about one atom every 10'* atoms of hydrogen, before 
atmospheric nuclear bomb testing. It is produced in 
the upper atmosphere, as highly energetic neutrons in 
cosmic rays bombard nitrogen atoms, making a tri- 
tium atom and an atom of carbon-12: 


N + neutron — T + C. 


Industrially, tritium is prepared by bombarding 
deuterium with other deuterium atoms to make a 
trittum atom and a regular hydrogen atom: 
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KEY TERMS 


Beta particle—One type of radioactive decay par- 
ticle emitted from radioactive atomic nuclei. A beta 
particle is the same thing as an electron. 


D+D—-T++H. 


The resulting two types of hydrogen can be sepa- 
rated by distillation. Another way to make tritium is to 
bombard lithium-6 atoms (the less-abundant isotope 
of lithium) with neutrons, which produces a helium 
atom and a tritium atom: 


Li + neutron — T + He. 


Due to the testing of nuclear weapons in the 
atmosphere (before such testing was banned), the tri- 
tium content of the atmosphere rose to approximately 
500 atoms per 10’, declining steadily even since the 
ban due to radioactive decay. 


Tritium is used in nuclear fusion processes because 
it is easier to fuse tritium nuclei than either of the other 
isotopes of hydrogen. However, because of its scarcity, 
it is commonly used with deuterium in fusion reactions: 


T + D— He + neutron + energy. 


This is the nuclear reaction that occurs in fusion 
bombs, or hydrogen bombs. Such weapons must be 
recharged periodically due to the radioactive decay of 
the tritium. Fusion reactions are also being used in exper- 
imental fusion reactors as scientists and engineers try to 
develop controllable nuclear fusion for peaceful power. 


Tritium is used as a tracer because it is relatively 
easy to detect due to its radioactivity. In groundwater 
studies, tritium-labeled water can be released into the 
ground at one point, and the amount of tritium- 
labeled water that appears at other points can be 
monitored. In this way, the flow of water through the 
ground can be mapped. Such information is important 
when drilling oil fields, for example. Tritium can also 
be substituted for ordinary hydrogen in organic com- 
pounds, and it is used to study biological reactions. 
Because of its radioactivity, it is easy to follow the 
tritium as it participates in biochemical reactions. In 
this way, specific metabolic processes at the cellular 
level can be monitored. Tritium is also used to make 
glow-in-the-dark objects by mixing tritium-containing 
compounds with compounds like zinc sulfide, which 
emit light when struck by alpha or beta particles from 
nuclear decay. 


See also Radioactive tracers. 
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l Trogons 


Trogons are about 37 species of beautiful arboreal 
birds that constitute the family Trogonidae. Trogons 
have a number of peculiar features in their morphol- 
ogy, and are not thought to be closely related to any 
other groups of living birds. This is why their family is 
the only one in the order Trogoniformes. 


Species of trogons occur throughout the tropical 
and subtropical parts of the world, a biogeographic 
distribution known as pan-tropical. Most species of 
trogons occur in Central and especially South 
America, with three species in Africa, and 11 species 
in Asia. Most trogons live in dense forests and wood- 
lands, and are unobtrusive birds that tend to sit and fly 
quietly and are not often seen. Trogons do not under- 
take long-distance migrations, although some species 
may make local, seasonal movements. 


Trogons range in body length from 9-14 in (23-36 
cm). The bill of trogons is short and wide, and the 
upper mandible is hooked at the tip. These birds have 
short, rounded wings, and a long, broad, square- 
ended tail. Their legs and feet are small and weak, 
and are used only for perching. The toe arrangement 
of trogons is of an unusual and distinctive pattern 
known as heterodactylous. The first and second digits 
point backward, and the third and fourth forward. 
This arrangement of the toes occurs in no other 
group of birds. 
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Trogons are colorful birds, with bold patterns of 
bright red, green, blue, yellow, black, or white. There 
is bare, brightly colored skin around the eye. The tail 
has two rows of large white spots underneath. The 
sexes are dimorphic in most species, having differing 
plumage. Female trogons are beautiful birds, but 
somewhat less so than the males. 


Trogons feed largely on insects and _ spiders, 
although species of the Americas also eat large quan- 
tities of fruits. Some species also eat snails, small liz- 
ards, and frogs. Trogons spend much of their time 
perched in a stiffly erect stance on mid-canopy 
branches, making occasional sallies to catch insects 
or pluck fruits, often using a hovering flight. 


Trogons are solitary birds. They defend a breed- 
ing territory, which is proclaimed by simple calls. 
Their nests are located in a cavity excavated in rotten 
wood in a tree, or dug into a termite nest or paper- 
wasp nest. Trogons lay two to four pale-colored, 
unspotted eggs that are incubated by both parents. 
The nestlings are born naked and almost helpless, 
and are fed with insects regurgitated by the parents. 
Both sexes share in the care and feeding of the young. 


Species of trogons 


Most species of trogons are tropical in their distri- 
bution. One species, however, breeds as far north as the 
United States. This is the coppery-tailed or elegant tro- 
gon (Trogon elegans), which breeds in mountain forests 
of southern Arizona, and south into Central America. 
One of the best known of the Central American trogons 
is the resplendent quetzal (Pharomachrus mocinno), 
which ranges from Mexico to Nicaragua. This species is 
brilliantly colored, with the male having greenish hues on 
the back, breast, tail, and crested head, a vivid red belly, 
black around the eyes and wings, and yellow bill and feet. 
The tail of the resplendent quetzal is extended by 24-inch- 
long (60 cm) plumes, several times longer than the body. 
This impressive tail is the origin of an alternative com- 
mon name, the train-bearer. 


The resplendent quetzal was sacred to the Maya 
and Aztecs, and represented the god Quetzalcoatl. This 
bird is still a culturally important symbol within its 
range. Stylized renditions of quetzals are prominent in 
much of the folk art in Central America, particularly in 
Guatemala, where it is the national bird. However, the 
quetzal has become extremely rare over much of its 
range, because of deforestation and hunting. 


The red-headed trogon (Harpactes erythrocephalus) 
is a relatively widespread Asian species, occurring from 
Nepal and south China through Indochina to Sumatra in 
Indonesia. The male has a bright red head and breast, a 
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Dimorphic—This refers to species in which the 
sexes differ in size, shape, or coloration. 


Heterodactyly—An arrangement of the toes, in 
which the first two point backward, and the third 
and fourth forward. This only occurs in the trogons. 


cinnamon back and tail, and black wings, while the female 
lacks the red in its head. The Narina trogon (Apaloderma 
narina) occurs over much of sub-Saharan Africa. The 
blue-crowned trogon (Trogon curucui) is a widespread 
species of South American tropical forests, breeding 
from Colombia to northern Argentina. 


The Cuban trogon (Priotelus temnurus) only 
occurs on that island, while the Hispaniolan trogon 
(Temnotrogon roseigaster) only occurs on Hispaniola 
(Haiti and the Dominican Republic). These are both 
monotypic genera, each containing only one species, 
both of which are threatened, mostly because of habitat 
loss. Other threatened species include the eared quetzal 
(Euptilotis neoxenus) of Mexico and the nearby United 
States; Baird’s trogon (Trogon bairdii) of Panama and 
Costa Rica; and a number of Southeast Asian species 
including the Javan trogon (Apalharpactes reinwardtii), 
Diard’s trogon (Harpactes diardii), Ward’s trogon 
(H. wardi), the scarlet-rumped trogon (H. duvaucelii), 
the red-naped trogon (H. kasumba), the cinnamon- 
rumped trogon (H. orrhophaeus), and Whitehead’s tro- 
gon (H. whiteheadi). 
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l Trophic levels 


Trophic levels are used to categorize organisms’ 
locations in food chains. The terms describe an organ- 
isms source of energy. Examples of trophic levels, all 
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of which will be described below, are primary pro- 
ducers, primary consumers or herbivores, and secon- 
dary and higher-level consumers. 


Food webs are based on the productivity of auto- 
trophic organisms, such as chemoautotrophic bacte- 
ria, algae, and plants. These organisms are capable of 
converting inorganic materials into organic com- 
pounds. Most autotrophs are photosynthetic, fixing 
the diffuse energy of solar radiation into carbohy- 
drates. This fixed energy can then be utilized by the 
primary consumers to support the growth of these 
organisms. 


The energy fixed by photosynthesis or chemosyn- 
thesis is the energetic base that all heterotrophic 
organisms utilize to achieve their own productivity. 
Heterotrophic organisms include any animals and 
microorganisms that feed on the living or dead bio- 
mass of other organisms. Heterotrophs include herbi- 
vores that feed directly on autotrophs, carnivores that 
feed on other animals, detritivores that feed on dead 
biomass, and omnivores that feed on any or all of the 
above. 


Primary producers 


Primary producers are autotrophic organisms 
that are capable of fixing solar radiation or chemical 
energy into biochemical energy, through the process of 
photosynthesis or chemosynthesis. Photosynthesis is 
the better-known form of autotrophy. It is comprised 
of a series of enzyme-mediated chemical reactions 
which result in the combination of carbon dioxide 
and water into glucose, a simple sugar. This chemical 
reaction requires an input of energy, and this energy is 
provided by red and blue wavelengths of solar radia- 
tion, which are captured by the photosynthetic pig- 
ment chlorophyll. The fixed-energy of glucose can 
then be utilized to drive a great diversity of other 
metabolic reactions, which are used to synthesize var- 
ious biochemicals found in the tissues of primary pro- 
ducers including green plants, algae, and blue-green 
bacteria. If the rate of photosynthesis by these organ- 
isms exceeds their metabolic requirements, then they 
are able to grow, and their biomass increases. 


Primary consumers 


The accumulating biomass of primary producers 
is a source of fixed energy that can be utilized by 
heterotrophic organisms by directly feeding on the 
autotrophic biomass. The primary consumers of pho- 
tosynthetic autotrophs are also known as herbivores 
and include the tiny crustacean zooplankton that filter 
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microscopic algal cells out of the surface waters of 
lakes, ponds, and oceans, as well as much larger, 
mammalian herbivores, such as mice, deer, cows, and 
elephants. Herbivores utilize the fixed energy and 
nutrients in their food to drive their own metabolic 
processes and to achieve their own growth. 


Secondary and higher-order consumers 


Herbivores may be fed upon by other hetero- 
trophs, known as secondary consumers. If the secon- 
dary consumer kills the primary consumer before 
it is eaten, the secondary consumer is a predator. 
However, if the the secondary consumer does not kill 
the primary consumer, it is a parasite. Predators of the 
tiny zooplankton described in the previous section 
include somewhat larger, carnivorous zooplankton, 
as well as small fish. In terrestrial ecosystems, herbiv- 
orous mice may be fed upon by predatory weasels and 
hawks, while deer are killed and eaten by coyotes and 
cougars. 


If the resource base of the ecosystem is large 
enough, the secondary consumers may be killed and 
eaten by higher-order consumers, which will generally 
be the top predators in the system. For example, 
mature lake trout may be at the top of the food web 
of a temperate-lake ecosystem, in which the trophic 
structure is organized as: algae—herbivorous zoo- 
plankton—predatory zooplankton and small fish— 
and the largest predatory fish, such as lake trout. If 
bald eagles or humans subsequently consume the lake 
trout, they are the top predators in the system as well 
as a trophic linkage to the terrestrial part of the larger 
ecosystem. 


Detritivores 


All organisms eventually die, and detritivores are 
the trophic level that feed on their dead bodies. 
Detritivores themselves make up a somewhat separate 
food web, based on recycling organic nutrients into 
inorganic nutrients. In this sense, primary detritivores 
feed directly on the dead biomass, while secondary 
detritivores feed on these direct consumers of detritus. 


Omnivores 


Omnivores are animals that feed at various places 
within the food web and are therefore difficult to 
classify in terms of a single trophic level. For example, 
grizzly bears are highly opportunistic animals that 
feed quite widely, on sedges and berries, small mam- 
mals, fish, and dead animals (or carrion). Of course, 
humans are one of the most omnivorous of all species 
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KEY TERMS 


Autotroph—Organisms that can synthesize their 
biochemical constituents using inorganic precur- 
sors and an external source of energy. 


Heterotrophic—Refering to an organism that 
requires food from the environment since it is 
unable to synthesize nutrients from inorganic raw 
materials. 


Trophic—Pertaining to the means of nutrition. 


(eating just about anything that is not poisonous), and 
in turn are not eaten by many other creatures, except, 
eventually, by detritivores. 


See also Autotroph; Carnivore; Food chain/web; 
Omnivore. 
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I Tropic birds 


Tropic birds are three species of pan-tropical sea- 
birds that make up the family Phaethontidae, in the 
order Pelecaniformes, which also includes the peli- 
cans, anhingas, cormorants, gannets, and boobies. 


Tropic birds are medium-sized seabirds, weighing 
about 0.9 lb (0.4 kg), and having a body length of 16- 
18.9 in (41-48 cm). This length does not include their 
greatly elongated tail feathers, which are shaped as 
streamers that themselves can be 21 in (53 cm) long. 
The wings of tropic birds are short, stout, and pointed, 
and their legs are short and their feet small, with the 
toes completely webbed. Their beak is stout, pointed, 
and slightly down-curved, with serrated edges to help 
hold on to their slippery prey of fish or squid. 


The usual coloration of the body is white, with 
black markings on the head and wings. The bill is col- 
ored either bright red or yellow, and the tail-streamer 
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is still prized by various Polynesian cultures. These 
streamers are either white or red, depending on the 
species. The sexes are alike in size and coloration. 


Tropic birds have a loud, shrill, piercing scream, 
which is the origin of one of the common names of these 
birds, the bosun bird. (Bosuns or boatswains are ship 
petty officers, responsible for maintenance of the ship 
and its gear, and equipped with a loud, shrill whistle, 
used to catch the attention of sailors.) Tropic birds are 
strong and graceful fliers, typically exhibiting bouts of 
fluttering, pigeon like wing-strokes, punctuated by 
short, straight glides and soaring flights. Tropic birds 
do not swim well, and they float with their tail held in a 
cocked, erect position. These birds are extremely awk- 
ward on land and can barely walk. 


Tropic birds feed using partially closed-winged, 
aerial plunge-dives to catch their food of small fish 
or squid near the surface. They can even catch flying 
fish, while the fish are in the air. Tropic birds generally 
occur as solitary birds in off-shore, pelagic waters out- 
side of their breeding season. They may, however, mix 
with large, feeding flocks of other species, such as 
shearwaters and terns. 


The courtship of tropic birds involves the poten- 
tial pair engaging in graceful, aerial wheelings and 
glides, with loud cries. Occasionally one bird will 
hover over the other, touching it with the tip of its 
tail-streamer. Tropic birds lay their single egg in a 
simple scrape in a hidden cavity on a rocky, near- 
shore cliff, or sometimes under a bush. Both sexes 
incubate the egg, and they share in guarding and feed- 
ing their white-downy, young chick. Juvenile birds 
leave their birth island as soon as they can fly, and 
return when they reach sexual maturity. Tropic birds 
may breed throughout the year. 


Species of tropic birds 


The red-billed tropic bird (Phaethon aethereus) 
occurs in the tropical Caribbean, Atlantic, eastern 
Pacific, and Indian Oceans. The tail-streamer of this 
species is white, and the upper parts of its body are 
barred with white and brown. 


The red-tailed tropic bird (P. rubricauda) occurs in 
the tropical Indian and Pacific Oceans, but in different 
regions of those oceans than the red-billed tropic bird. 
The red-tailed tropic bird has a bright-white body and 
a red streamer. 


The white-tailed or yellow-billed tropic bird 
(P. lepturus) occurs in all of the tropical oceans. This 
smallest tropic bird has a white body, with black 
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patches on its wings and back, a relatively small, yel- 
low beak, and a white streamer. 


None of the tropic birds breed in North America. 
However, all species are rare visitors to coastal waters 
of the southern United States, especially after a heavy 
wind-storm. The red-billed tropic bird is a regular but 
rare bird off southern California, while the white- 
tailed tropic bird occurs off the southeastern states in 
the warm Atlantic, Gulf of Mexico, and Caribbean. 
The red-tailed tropic bird is a very rare visitor to 
southern California. 
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[ Tropical cyclone 


Tropical cyclones are large circulating storm sys- 
tems consisting of multiple bands of intense showers 
and thunderstorms and high winds. These storm sys- 
tems develop over warm ocean waters in the tropical 
regions that lie within about 25° latitude of the equa- 
tor. Tropical cyclones may begin as isolated thunder- 
storms. If conditions are right, they grow and intensify 
to form the storm systems known as hurricanes 
in the Americas, typhoons in East Asia, willy-willy 
in Australia, cyclones in Australia and India, and 
baguios in the Philippines. A fully developed tropical 
cyclone is a circular complex of thunderstorms about 
400 mi (645 km) in diameter and more than 7.5 mi (12 
km) high. Winds near the core of the cyclone can 
exceed 110 mph (177 km/h). At the center of the 
storm is a region about 9-12.5 mi (15-20 km) across 
called the eye, where the winds are light and skies are 
often clear. After forming and reaching peak strength 
over tropical seas, tropical cyclones may blow inshore 
causing significant damage and loss of life. The storm 
destruction occurs by very high winds and forcing 
rapid rises in sea level that flood low-lying coastal 
areas. Better forecasting and emergency planning has 
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Overhead view of the eye of a tropical cyclone. (National Oceanic and Atmospheric Administration [NOAA].) 


lowered the death tolls in recent years from these 
extremely powerful storms. 


Tropical cyclone geography and season 
t } 5 5 t ] 


Several ocean areas adjacent to the equator pos- 
sess all the necessary conditions for forming tropical 
cyclones. These spots are: the West Indies/Caribbean 
Sea where most hurricanes develop between August 
and November; the Pacific Ocean off the west coast of 
Mexico with a peak hurricane season of June through 
October; the western Pacific/South China Sea where 
most typhoons, baguios, and cyclones form between 
June and December; and south of the equator in the 
southern Indian Ocean and the south Pacific near 
Australia where the peak cyclone months are 
January to March. Note that in each area the peak 
season is during late summer (in the southern hemi- 
sphere summer runs from December to March). 
Tropical cyclones require warm surface waters at 
least 80°F (27°C). During the late summer months, 
the sea surface temperatures reach their highest levels 
and provide tropical cyclones with the energy they 
need to develop into major storms. 
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The annual number of tropical cyclones reported 
varies widely between regions and from year to year. 
The West Indies recorded 658 tropical cyclones 
between 1886 and 1966, an average of about eight 
per year. Of these, 389, or about five per year, grew 
to be of hurricane strength. The Atlantic hurricane 
basin has a 50-year average of ten tropical storms 
and six hurricanes annually. 


In the United States, the National Weather 
Service names hurricanes from an alphabetic list of 
alternating male and female first names. New lists 
are drawn up each year to name the hurricanes of 
western Pacific and the West Indies. Other naming 
systems are used for the typhoons and cyclones of 
the eastern Pacific and Indian oceans. 


Structure and behavior 


In some ways tropical cyclones are similar to the 
low-pressure systems that cause weather changes at 
higher latitudes in places like the United States and 
Europe. These systems are called extratropical cyclo- 
nes and are marked with an “L” on weather maps. 
These weather systems are large masses of air 
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A computer enhanced image of Hurricane Diana at its strongest on September 11, 1984. The hurricane was just off the coast of 
South and North Carolina at the time, and winds within it were 130 mph (209 km/h). (U.S. National Aeronautics and Space 
Administration [NASA].) 


circulating cyclonically (counterclockwise in the 
northern hemisphere and clockwise in the southern 
hemisphere). Cyclonic circulation is caused by two 
forces acting on the air: the pressure gradient and the 
Coriolis force. 


In both cyclone types, air rises at the center, creat- 
ing a region of lower air (barometric) pressure. 
Because air is a fluid, it will flow in from elsewhere to 
fill the void left by air that is rising off the surface. The 
effect is the same as when a plug is pulled out of a full 
bathtub: water going down the drain is replaced by 
water rushing in from other parts of the tub. This is 
called the pressure gradient force because air moves 
from regions of high pressure to lower pressure. 
Pressure gradient forces are responsible for most of 
the day-to-day winds. As the air moves toward low 
pressure, the Coriolis force turns the air to the right of 


its straight line motion (when viewed from above). In 
the southern hemisphere the reverse is true: the 
Coriolis force pushes the moving air to the left. The 
air, formerly going straight toward a low-pressure 
region, is forced to turn away from it. The two forces 
are in balance when the air circles around the low 
pressure zone with a constant radius creating a stable 
cyclone rotating counterclockwise in the northern 
hemisphere and clockwise in the southern hemisphere. 


All large scale air movements such as hurricanes, 
typhoons, extratropical cyclones, and large thunder- 
storms tend to set up a cyclonic circulation in this 
manner. (Smaller scale circulations such as the vortex 
that forms in a bathtub drain are not cyclonic because 
the Coriolis force is overwhelmed by other forces. One 
can make a bathtub drain vortex rotate clockwise or 
counterclockwise simply by stirring the water the right 


way. The larger a system is, the more likely that the 
Coriolis force will prevail and the rotation will be 
cyclonic.) The Coriolis force is a consequence of the 
rotation of Earth. Moving air masses, like any other 
physical body, tend to move in a straight line. 
However, they are observed moving over Earth’s sur- 
face, which is rotating underneath the moving air. 
From the perspective of an observer on Earth’s sur- 
face, the air appears to be turning even though it is 
actually going in a straight line, and it is the observer 
that is moving. 


The Coriolis effect can be demonstrated by two 
people riding across from each other on a merry-go- 
round. If one person throws a ball straight at his 
friend, she will rotate out of position while the ball is 
moving and will be unable to catch it. To the two 
observers, the ball seemed to curve away from the 
catcher as if some force pushed it. Of course the ball 
actually went perfectly straight but the observer’s 
rotating frame of reference made it appear that a 
force was at work. On the surface of the rotating 
Earth this apparent force—the Coriolis force— 
makes moving air masses curve with respect to the 
surface and sets up cyclonic circulation. 


In both tropical and extratropical cyclones, the 
rising air at the cyclone center causes clouds and pre- 
cipitation to form. A fully developed hurricane con- 
sists of bands of thunderstorms that grow larger and 
more intense as they move closer to the cyclone center. 
The area of strongest updrafts can be found along the 
inner wall of the hurricane. Inside this inner wall lies 
the eye, a region where air is descending. Descending 
air is associated with clearing skies, therefore, in the 
eye the torrential rain of the hurricane ends, the skies 
clear, and winds drop to nearly calm. To someone in 
the eye of a hurricane, the eye wall clouds appear as 
just that: towering vertical walls of thunderstorm 
clouds, stretching up to 7.5 mi (12 km) in height, and 
usually completely surrounding the eye. Hurricanes 
and other tropical cyclones move at the speed of the 
prevailing winds, typically 10-20 mph (16-32 km/h) in 
the tropics. A hurricane eye passes over an observer in 
less than an hour, replaced by the high winds and 
heavy rain of the intense inner thunderstorms. 


Life history of a tropical cyclone 


Several conditions are necessary to create a trop- 
ical cyclone. Warm sea surface temperatures, which 
reach a peak in late summer, are required to create and 
maintain the warm, humid air mass in which tropical 
cyclones grow. This provides energy for storm devel- 
opment through the heat stored in humid air called 
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latent heat. It takes energy to change water into vapor; 
that is why one must add heat to boil a kettle of water. 
The reverse is also true: when vapor condenses back to 
form liquid water, heat is released that may heat up the 
surrounding air. In a storm such as a hurricane, many 
hundreds of tons of humid air are forced to rise and 
cool, condensing out tons of water droplets and liber- 
ating a vast quantity of heat. This warms the sur- 
rounding air causing it to expand and become even 
more buoyant, that is, more like a hot air balloon. 
More air begins rising, causing even more humid air 
to be drawn into the cyclone. This process feeds on 
itself until it forms a cyclonic storm of huge propor- 
tions. The more humid air available to a tropical 
cyclone, the greater its upward growth will be and 
the more intense it will become. 


For storm growth to begin, air needs to begin 
rising. Because tropical air masses are so uniformly 
warm and humid, the atmosphere over much of the 
tropics is fairly stable; that is, it does not support rising 
air and the development of storms. Thunderstorms 
occasionally develop but tend to be short-lived and 
small in scale, unlike the severe thunderstorms in the 
middle latitudes. During the late summer this peaceful 
picture changes. Tropical disturbances begin to 
appear. These can take the form of a cluster of partic- 
ularly strong thunderstorms or perhaps a storm sys- 
tem moving westward off of the African continent and 
out to sea. Tropical disturbances are regions of lower 
pressure at the surface. This can lead to air rushing 
into the low-pressure zone and setting up a vortex, or 
rotating air column, with rising air at its core. 


An additional element is needed for tropical 
cyclone development: a constant wind direction with 
height throughout the lower atmosphere. This allows 
the growing vortex to stretch upward throughout the 
atmosphere without being sheared apart. Even with all 
these elements present, only a few of the many tropical 
disturbances observed each year become hurricanes or 
typhoons. Some sort of extra kick is necessary to start 
the growth of a hurricane. This often comes when a 
tropical disturbance near the surface encounters a sim- 
ilar disturbance in the airflow at higher levels such as a 
region of low pressure at about the 3 mi (5 km) level 
(called an upper low). These upper lows sometimes 
wander toward the equator from higher latitudes 
where they were part of a decaying weather system. 


Once a tropical disturbance has begun to inten- 
sify, a chain reaction occurs. The disturbance draws in 
humid air and begins rising. Eventually it condenses to 
form water droplets. This releases latent heat, which 
warms the air, making it less dense and more buoyant. 
The air rises more quickly off of the surface. As a 
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result, the pressure in the disturbance drops and more 
humid air moves toward the storm. Meanwhile, the 
disturbance starts its cyclonic rotation and surface 
winds begin to increase. Soon the tropical disturbance 
forms a circular ring of low air pressure and becomes 
known as a tropical depression. As more heat energy is 
liberated and updrafts increase inside the vortex, the 
internal barometric pressure continues to drop and the 
incoming winds increase. When wind speeds increase 
beyond 37 mph (60 km/h), the depression is upgraded 
to a tropical storm. If the winds reach 75 mph (120 km/ 
h), the tropical storm is officially classified as a hurri- 
cane (or typhoon, cyclone, etc., depending on loca- 
tion). The chain reaction driving this storm growth is 
very efficient. About 50-70% of tropical storms inten- 
sify to hurricanes. 


A mature tropical cyclone is a large low pressure 
system pulling in humid air, releasing its heat, and 
transforming it into powerful winds. The storm can 
range in diameter from 60-600 mi (100-1000 km) with 
wind speeds greater than 200 mph (320 km/h). The 
central barometric pressure of the hurricane drops 60 
millibars (mb) below the normal sea level pressure of 
1,013 mb. By comparison, the passage of a strong 
storm front in the middle latitudes may cause a drop 
of about 20-30 mb. The size and strength of the storm 
is limited only by the air’s humidity, which is deter- 
mined by ocean temperature. It is estimated that for 
every 1.8°F (1°C) increase in sea surface temperature, 
the central pressure of a tropical cyclone can drop 12 
mb. With such low central pressure, winds are directed 
inward, but near the center of the storm, the winds are 
rotating so rapidly the Coriolis force prevents any 
further inward movement. This inner boundary cre- 
ates the eye of the tropical cyclone. Unable to go in, 
the air is forced to move upward then spread out at an 
altitude of about 7.5 mi (12 km). Viewed from above 
by a satellite, the tropical cyclone appears as a mass of 
clouds diverging away from the central eye. 


The tropical cyclone on land 


All of the cyclone development described thus far 
takes place at sea, but the entire cyclone also is blown 
along with the prevailing winds. Often this movement 
brings the storm toward land. As tropical cyclones 
approach land, they begin affecting the coastal areas 
with sea swells, large waves caused by the storm’s high 
winds. Swells often reach 33 ft (10 m) in height and can 
travel thousands of kilometers from the storm. 
Coastal areas are at risk of severe damage from these 
swells that destroy piers, beach houses, and harbor 
structures every hurricane season. Particularly high 
swells may cause flooding farther inland. 
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Perhaps more dangerous than the gradually rising 
swells are the sudden rises in sea level known as storm 
surges. Storm surges occur when the low barometric 
pressure near the center of a cyclone causes the water 
surface below to rise. Then strong winds blowing 
toward the coast push this bulge of water out ahead of 
the storm. The water piles up against the coast, quickly 
raising sea level as much as 16 ft (5 m) or more. The 
highest storm surge generally occurs to the right of the 
storm’s path. When storm-tossed waves 23-33 ft (7-10 
m) high are added to this wall of water, land areas may 
be inundated. In 1900 the city of Galveston, Texas, was 
struck by a storm surge during a hurricane. One eyewit- 
ness reported that the sea rose 4 ft (1.2 m) in a matter of 
seconds. Over 5,000 people lost their lives in the 
Galveston hurricane and resulting flooding, making it 
the deadliest storm ever recorded in the United States. 


Tropical cyclones that travel onto the land imme- 
diately begin to weaken since humid air, their source of 
energy, is cut off. The winds at the base of the cyclone 
encounter greater friction as they drag across uneven 
terrain that slows them. Nevertheless tropical cyclones 
at this stage are still capable of producing heavy rains, 
thunderstorms, and even tornadoes. Occasionally, the 
remnants of a tropical cyclone that has begun to weaken 
over land will unite with an extratropical low-pressure 
system, forming a very potent rain-making storm front 
that may bring flooding to areas far from the coast. 


Until relatively recently, people in the path of a 
tropical cyclone had little warning of approaching 
storms. Usually their only warning signs were the 
appearance of high clouds and a gradual increase in 
winds. Hurricane watch services were established 
beginning in the early years of the twentieth century. 
By the 1930s, hurricanes were detected with weather 
balloons and ship reports while the 1940s saw the 
introduction of airplanes as hurricane spotters. 
Radar became available after World War II and has 
remained a powerful tool for storm detection in the 
years since. In the early twenty-first century, a global 
network of weather satellites allows meteorologists to 
identify and track tropical cyclones from their earliest 
appearance as disturbances over the remote ocean. 
This improved ability to watch storms develop any- 
where in the world has meant that warnings and evac- 
uation orders can be issued well in advance of a 
tropical cyclone reaching land. Even though coastal 
areas have more people living near them today than 
ever before and tropical cyclones remain just as power- 
ful as they have always been, far fewer storm-related 
deaths are reported each year than were in the mid- 
twentieth century thanks to advances in storm detec- 
tion and forecasting. 
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KEY TERMS 


Coriolis force—An apparent force that seems to 
push moving air masses into curving paths. The 
Coriolis effect is not a true force but is due to 
observing air motion on the surface of the rotating 
Earth. 


Extratropical cyclone—Circulating columns of air 
that may bring storms to areas in the middle lati- 
tudes. Often called low-pressure systems. 


Eye—A calm, rain-free region at the very center of a 
tropical cyclone. 


Hurricane (typhoon, cyclone, etc.)—A_ tropical 
cyclone with winds that have reached the speed of 
75 mph (120 km/h). 


Latent heat—The heat given off when water vapor 
condenses to form liquid water. 


The 2004 and 2005 hurricane seasons 


The 2004 and 2005 hurricane seasons produced 
storms of notable intensity and unprecedented damage 
to coastal areas along the Gulf of Mexico, with four of 
the ten most intense Atlantic hurricanes on record 
occurring during those years. Hurricane Ivan (2004) 
was the ninth most intense hurricane on record, with 
a minimum atmospheric pressure of 910 mbar. 
Hurricanes Katrina (902 mbar), Rita (895 mbar), and 
Wilma (882 mbar), which all occurred during 2005, 
were the sixth, fourth, and first most intense hurricanes 
recorded. By way of comparison, the atmospheric pres- 
sure used in many scientific and engineering calcula- 
tions for typical atmospheric conditions is 1,014 mbar. 
As they crossed the warm waters of the Gulf of Mexico, 
all four of these storms reached Category 5 on the 
Saffir-Simpson hurricane scale, which is characterized 
by winds of at least 156 mph (250 km/hr) and storm 
surges greater than 18 ft (5.5 m). Hurricane Wilma was 
also notable for the speed with which it developed, 
increasing from a Category | hurricane (winds 74-95 
mph or 119-153 km/hr) to a Category 5 hurricane over 
the course of 24 hours. Over about the same period of 
time, atmospheric pressure at the center of the storm 
decreased 97 mbar. The most rapid pressure decrease 
ever recorded on Earth was 100 mb in 24 hours for 
Super Typhoon Forrest, which crossed the western 
Pacific Ocean in 1983. 


Hurricane Katrina, which made landfall three times 
during August 2005, was by far the most damaging and 
deadly of the 2004 and 2005 storms. It caused more that 
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Midlatitudes—The portion of Earth’s surface mid- 
way between the tropics and the polar regions lying 
about 35-65° north or south of the equator. 


Pressure gradient force—The force that pushes air 
from regions of higher pressure to regions of lower 
pressure. 

Swell—the rise of sea level near coastal areas due to 
the low barometric pressure; winds and wave activ- 
ity of a tropical cyclone. Also called surge. 

Tropical depression—An early stage in the develop- 
ment of a hurricane, typhoon, or cyclone. 

Tropical storm—A tropical cyclone with wind 
speeds 37—75 mph (60-120 km/h). 

Tropics—The region around Earth’s equator span- 
ning 23.5° north latitude to 23.5° south latitude. 


$60 billion in damage to insured properties and killed 
more than 1,800 people, making it the most expensive 
(but not the most deadly) natural disaster in U.S. history. 
Estimates of the total economic damage, which include 
uninsured property, range as high as $125 billion. The 
most deadly natural disaster in U.S. history was the 
Galveston hurricane of 1900, which, according to the 
National Oceanic and Atmospheric Administration 
(NOAA), killed 6,000 to 12,000 people. Katrina first 
crossed Florida as a Category | hurricane on August 23 
and weakened to a tropical storm over land. It regained 
strength as it continued into the Gulf of Mexico and 
increased to Category 5 by the morning of August 28. It 
decreased to a Category 3 hurricane as it made landfall 
again east of New Orleans in Plaquemines Parish, 
Louisiana, on the morning of August 29, crossed open 
water along the coast, and made landfall for the third time 
as a Category 3 hurricane near the Louisiana-Mississippi 
border. Little more than two weeks later, Hurricane Ivan 
made landfall along the Alabama coast on September 16, 
at which point it had decreased from a Catetory 5 to a 
Category 3 storm. 


The approach of Katrina as a category 5 hurri- 
cane prompted a mandatory evacuation of New 
Orleans, a city in which many areas are below sea 
level. Despite warnings, many residents remained in 
New Orleans either by choice or necessity (for exam- 
ple, some residents did not have cars or were hospi- 
talized). Most of the city was flooded when heavy rains 
and the storm surge, which was measured at 12 ft 
(3.6 m) to 14 ft (4.3 m) in different locations, caused 
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levees between New Orleans and Lake Ponchartrain to 
fail after the storm had passed. Damage from rain and 
wind were minor compared to that caused by flooding 
after the storm. An independent review panel from the 
University of California inferred that two storm 
surges were likely to have occurred (one along the 
Mississippi River and the other from Lake 
Pontchartrain). The panel concluded that some flood- 
ing occurred when levees were overtopped and sup- 
porting soil was eroded by fast moving water, which 
had not been anticipated by the engineers who 
designed the levees. In other cases, the panel con- 
cluded that levees failed before they were overtopped 
because of weak soils that had not been recognized by 
levee designers. Some levees, moreover, were not as 
high as had been intended, a situation that may have 
been exacerbated by regional land subsidence (a grad- 
ual lowering of Earth’s surface). 


See also Atmosphere observation; Atmospheric 
circulation; Atmospheric pressure; Cyclone and anti- 
cyclone; Weather forecasting. 
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l Tropical diseases 


Nowhere is the prevalence of certain illnesses more 
striking than in areas where tropical diseases flourish. 
In many parts of Africa, South America, and Asia, 
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diseases exist that are rarely seen in the United States. 
Young people are highly susceptible to death from 
disease in tropical and semi-tropical areas. Children 
under five account for 40-60% of all deaths in Africa, 
Asia, and South America, although they make up only 
about 15% of the population. Such high death rates 
reflect the fact that tropical diseases are most prevalent 
in poor areas where health care is limited. Efforts to 
improve community health in areas where tropical dis- 
eases thrive include the establishment of health clinics 
and the development of new vaccines. 


Battles against malaria 


Malaria infects up to 500 million people annually 
and kills from one to three million people every year. A 
parasitic disease spread by mosquitoes, malaria is the 
best-known tropical disease and infects the largest 
number of people internationally. It has been called 
the “most devastating disease in history” based on the 
number of people it has attacked or killed. Currently, 
malaria has been identified in about 100 countries, 
although 80% of the clinical cases are reported in 
Africa. 


The history of malaria is different than the history 
of other tropical diseases, due to its immense reach and 
the concerted effort over time to defeat the disease. 
But in as much as it has been eliminated or controlled 
in developed countries and remains a major killer in 
those that are poor and less developed, its history is 
also similar to that of other tropical diseases. 


The ancient Chinese wrote about malaria as early 
as 2700 BC, describing the symptomatic fever and char- 
acteristic enlargement of the spleen. Ancient Greeks 
and Romans also suffered from malaria. Hippocrates 
(460-375 BC), offered an accurate account of malarial 
symptoms and theorized that the disease was caused 
by a miasma, or poisonous cloud, rising up from 
marshy land. 


The first effective treatment for malaria was devel- 
oped in the seventeenth century and utilized a tradi- 
tional Peruvian treatment for fever, the cinchona 
treebark. In 1630, Jesuit missionaries in Peru intro- 
duced the bark of the cinchona tree to Europeans. The 
active substance in the bark, quinine, was isolated in 
1820. Though there were common, serious side effects 
to the drug, such as ringing of the ears and hearing 
loss, the substance was effective in treating malaria, 
which was common in Europe at that time. 


Development of a treatment for malaria cleared 
the way for large scale exploration of tropical areas by 
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Europeans. Development of a synthetic quinine, called 
chloroquine, in the 1940s, offered effective treatment 
with fewer common side effects. In the 1960s, malarial 
parasites became resistant to chloroquine, and the sub- 
stance no longer worked in many areas. 


Efforts to control malaria has been effective in 
many areas, including the southern United States. 
The pesticide DDT was used successfully, in the 
Tennessee River Valley, Greece, Puerto Rico and 
other locations to kill the mosquitoes carrying malaria 
and eliminate the disease in the late 1940s. A world- 
wide campaign to eliminate malaria used DDT from 
1956-1969. However, mosquitoes became resistant to 
DDT and the effort failed in some areas. 


There are four different types of malaria proto- 
zoa. One of the four, P. falciparum, is responsible for 
almost all deaths from the disease. Symptoms of the 
disease do not occur for one to two weeks. They often 
include chills, muscle aches, fatigue, and abdominal 
discomfort. They may include tremors and high fever, 
which comes and goes at regularly spaced intervals. 
Complications from severe malaria include renal fail- 
ure, pulmonary edema, coma, and hypoglycemia. 


The delayed appearance of malaria’s symptoms 
reflects the measured course the disease takes in the 
body. The activity of the malaria parasite in the body 
is aggressive and thorough. The disease is spread by 
female Anopheles mosquitoes that inject malaria para- 
sites into the bloodstream with their bite. The para- 
sites, called sporozoites, travel to the liver, where they 
enter cells of the liver tissue. Once in the liver, the 
sporozoite changes to a spore, which replicates itself 
until there are thousands of spores in a cyst like struc- 
ture which has replaced the cell. Malaria manifests no 
symptoms while this process occurs. 


Symptoms develop when the cyst bursts and the 
spores, called merozoites, are released into the blood 
stream. At this point, sweating and high fever can 
occur as the spores enter the host’s red blood cells. 
The parasite consumes hemoglobin from within the 
red blood cells. 


As the parasite grows from consuming the hemo- 
globin, its nucleus divides into from six to 32 parts, 
each of which becomes a spore of its own. The red cell 
bursts, and the spore moves to another cell. 


After the merozoites have launched their process 
of reproducing in the red blood cells of the host, 
some of the merozoites are transformed to male or 
female gametocytes. These sexual cells form the base 
for more parasites if the host is bitten again by the 
female Anopheles mosquito. When this occurs, the 
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gametocytes develop into a number of differentiated 
cells, called gametes, zygotes, ookinetes and oocysts, 
within the gut of the mosquito. Eventually the parasite 
reproduces and sporozoites that travel in the mosquito 
are formed. These sporozoites move up to the mosqui- 
to’s salivary gland, where they are ready to infect 
another host. 


Treatment of malaria is usually effective. Because 
many malaria parasites are resistant to chloroquine, 
physicians have returned to using quinine in many 
instances. Travelers and others at risk of malaria 
receive chloroquine or other drugs, including meflo- 
quine or doxycycline, if journeying to areas where the 
drugs still work. However, there is no totally effective 
preventive measure against malaria. Philanthropic 
organizations such as the Bill and Melinda Gates 
Foundation have made conquering malaria through 
vaccine development and distribution among their top 
priorities 


The deadly sandfly and leishmaniasis 


Another disease spread by insects is leishmaniasis, 
a sickness caused by several types of protozoa carried 
by sandflies. Leishmaniasis infects about one million 
people worldwide per year. It is spread when sand flies 
draw blood from individuals who already are infected. 
Hosts can be humans, dogs, or other mammals. 


Each of the four major clinical syndromes of the 
disease have a long incubation period that ranges from 
three months to 24 months. The disease is marked by 
one or more skin lesions and varies in severity depend- 
ing on the type. Kala Azar, one of the types, is com- 
monly found in East Africa and the Sahara. Kala Azar 
causes fever, diarrhea, enlarged liver, and anemia. 
Another type, Old World leishmaniasis, usually heals 
on its own and is marked by multiple lesions. 


Treatment depends on the type of leishmaniasis 
and may include the use of drug therapy and trans- 
fusions for several weeks. The need for extended med- 
ical care makes treatment of leishmaniasis impossible 
for many poor individuals in developing countries, 
raising the mortality rate of the disease. 


Dangerous worms 
Ascariasis and hookworm 


A common disease in tropical countries is ascar- 
iasis. The annual death rate due to ascariasis is about 
20,000, most due to complications within the intestine, 
where the worms settle as adults. An estimated 700 
million individuals are affected at any given time by 
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Tropical diseases 


A skin lesion from cutaneous leishmaniasis. (Biophoto 
Associates, National Audubon Society Collection/Photo 
Researchers, Inc.) 


the disease, making ascariasis the most common worm 
infection in humans. 


The disease can cause difficulties, such as bron- 
chial asthma, in the lungs, when the parasite settles in 
that part of the body. The greatest threat to the human 
host is the loss of food nutrients which go to the worm 
instead of the host. Individuals whose diet is already 
sparse may suffer from malnutrition after infection 
with ascariasis. 


The life cycle of the creature is similar to the life 
cycle of the blood fluke, though there are some differ- 
ences. The disease is spread when Ascaris eggs leave 
the human host in feces. The new host ingests the eggs 
through soil or by soil-contaminated hands or food. 
The eggs then travel through the liver, lungs, and 
throat, before ending up in the intestine. The worm, 
which grows in the intestine, the roundworm Ascaris 
lumbricoides, is the largest such parasite, growing toa 
length of 19.3 in (49 cm). It can live about a year in the 
human body. Once they are in the intestine, more eggs 
are laid, clearing the way for further spread of the 
disease. 


Another parasite that is spread through dirt and 
grows in the human body is hookworm, which affects 
approximately 800 million individuals in the develop- 
ing world and kills about 50,000 annually. Hookworm 
was at one point common in the American South, but 
is now seldom reported in the area. 


The hookworm, which grows up to 0.5 in (13 mm) 
in size, sucks blood and normally lives in the small 
intestine. Establishment of the worm in the host gen- 
erally results in iron-deficiency anemia because of 
blood loss, and may cause bronchitis, peptic ulcers, 
or even heart problems. 
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Hookworms enter the body as larvae through the 
skin, taking advantage of hair follicles or other open- 
ings to help the creature pierce through the skin with 
its boring movement. The parasite enters the circula- 
tory system, moving first to the lungs then to the 
pharynx, where it is swallowed. The final larvae stage 
typically occurs in the small intestine, where adult 
worms emerge and ultimately lay eggs. Adult worms 
normally live from one to 5 years if the host is not 
treated. They cannot multiply in the body. 


Successful control of the hookworm depends on 
improvements in plumbing and the use of footwear, a 
challenge in countries where shoes are a luxury. 
Medication is available to destroy hookworm, but 
providing it in areas where hookworm infestation is 
severe does little to alter the problem, as those who are 
medicated can easily be reinfected. 


Schistosomiasis 


One of the most common tropical diseases is schis- 
tosomiasis, also known as bilharzias, a disease caused 
by a worm called a blood fluke. The worm, which can 
be about 0.47 in (12 mm) long, can live in the human 
body from five to 20 years. About 200 million people 
are infected by the worm in developing countries. 


Symptoms include abdominal pain, diarrhea, and 
weight loss. If untreated, the disease can cause enlarge- 
ment of the liver, bleeding from blood vessels in the 
esophagus, and problems to the central nervous system. 


The worm, which is usually hosted by Biomphalaria 
snails, depends on fresh water to survive. The disease is 
common in areas where bathing occurs in freshwater 
contaminated by human feces and where many individ- 
uals have the disease. 


The life cycle of the blood fluke entails travel through- 
out the human body and through the body of its other 
host, the snail. The worm enters the human body in a 
larval stage in fresh water through contact with human 
skin. The larvae enter a blood or lymph vessel and move to 
the heart and lungs, where they grow for several days. 
Then they move to the liver and the portal circulation, 
where they grow for several weeks. 


Ultimately, the worms move to the intestinal wall, 
where they settle. The creatures lay eggs, which are 
released in feces and become new larva after contact 
with fresh water. These larvae enter the host snail, 
where they eventually produce cercariae, the final 
larval stage. These are the creatures that enter the 
human body after contact with skin. 


Drug therapy is an effective treatment for the disease. 
Prevention efforts depend on controlling infection 
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through drug therapy and on convincing individuals 
to steer clear of fresh water which may be infected. 


Microscopic hazard 


Amebiasis, a disease caused by a microscopic pro- 
tozoa spread through dirty water, infects as many as 
500 million individuals in the developing world. The 
disease kills about 70,000 people annually. 


The protozoa can live in the large intestine and 
not cause damage to the host. But it is also capable of 
causing ulceration of the colonic wall and damage to 
the liver and other organs, including the brain. 


The disease is spread through water contaminated 
by fecal matter, by contaminated flies, or by other 
contaminated substances. Hosts swallow cysts, which 
divide in the small intestine and again in the large 
intestine to form amoebae. These amoebae divide 
and form trophozoites, which feed on fecal bacteria. 
These trophozoites form cysts and are passed out in 
the feces of the host. This entire cycle takes from 48 
hours to four months. 


Diarrhea and cholera 


Best known in the United States as a benign but 
unpleasant condition, diarrhea is one of the leading 
causes of death in developing countries. Indeed, diar- 
rhea causes about 4.3 million deaths each year, more 
than malaria or many of the other serious tropical 
illnesses. Though most of the approximately 28 billion 
individuals who develop diarrhea survive, the health 
consequences of diarrhea are great in tropical areas. 


Infants and small children are most likely to die of 
diarrhea. This is because loss of even a small amount 
of water can be life threatening to small children. 
Death due to diarrhea stems from loss of fluid, loss 
of plasma, and the collapse of the cardiovascular sys- 
tem. Infants being weaned from the mother’s breast 
are particularly susceptible to malnutrition and dehy- 
dration. Diarrhea can be caused by bacteria or viruses. 


Residents of tropical disease areas are less likely 
than residents of developed areas to have access to 
emergency treatment for extreme diarrhea. They are 
also more likely to be exposed to pathogens that cause 
intense diarrhea in contaminated food or water. 
Cholera, a life-threatening condition whose major 
symptom is watery diarrhea, is spread through dirty 
water. 


Oral rehydration therapy, an approach which uses 
a solution of glucose or sucrose and salt to hydrate the 
body, is an effective treatment for life-threatening 
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diarrhea. One problem with the approach is that it 
must be made available immediately after a child gets 
sick, as diarrhea can cause enough fluid loss within the 
first 12 to 24 hours to cause death. Many individuals in 
tropical disease areas live many hours by foot from 
medical care. Therefore, health experts are working to 
make oral rehydration therapy, along with education 
about the therapy, available at home to residents of 
tropical-disease areas. 


The most infamous type of diarrheal disease is 
cholera, which is also marked by vomiting, intense 
thirst, and abdominal cramping. Cholera is so com- 
mon it is endemic in some parts of the world, such as 
India. In other parts of the world, it occurs as an 
epidemic or a pandemic. 


The disease is caused by the Vibrio cholerae bac- 
teria, which typically spreads through dirty water, food, 
or seafood from areas with contamination. The bacte- 
ria that causes cholera multiplies in the human intesti- 
nal tract, but has also been known to multiply in water. 


Symptoms of cholera are a direct result of the 
cholera enterotoxin, the toxic substance elaborated 
by cholera bacteria that affects the cells of the small 
intestine. The substance forces the mucosal cells to 
secrete large quantities of fluid, resulting in diarrhea. 


Control of cholera calls for good sanitation meas- 
ures, specifically clean water and good food hygiene. 
Boiling water eliminates the bacteria. Several cholera 
vaccines are being developed, but only one, Dukoral®, 
is likely to be effective for long periods. Dukoral is an 
oral vaccine, which is more easily delivered to popula- 
tions in the developing world than injectable vaccines. 
Neither vaccine is effective against a relatively new 
type of cholera bacteria that emerged in Asia in the 
early 1990s known as Vibrio cholerae 0139. 


While treatment is effective, involving antibiotics, 
nutritional support, and treatment for dehydration, 
the death rate in epidemics may reach 30%. 


Infectious disease killers 


The most common killers in tropical areas are not 
exotic diseases. They are infectious diseases, many of 
which are not considered life threatening in developed 
countries such as the United States. In the least indus- 
trialized countries, 40% or more of all deaths are 
caused by infectious disease. In the United States, 
about 1% of all deaths are caused by such illnesses. 
The huge difference in death rates stems from the fact 
that most infectious diseases are among the easiest 
diseases to treat using modern medical care. 


Approximately 10 million people die every year 
from respiratory diseases in the developing world. 


4457 


sasvasip |eoidosy 


Tropical diseases 


Ahumanwith schistosomiasis 
discharges blood fluke eggs 
inhis feces. 


The male fluke has along sex 

canal that contains the female during 
insemination. The female emerges to 
travelinto the small veins that surround 
the smallintestine and lay her eggs. 
Amiracidium begins to grow within 
each egg during its passage through 
the intestinal wall andis fully 
developed by the time the eggis 
released with the body's waste. 


In contact with fresh water each egg 
releases a microscopic, ciliatedlarva 
calledamiracidium. 


Miracidia must bore 
into the tissues of the 


Miracidium Oncomelaniaspecies of 
aquatic snail within 


24 hours ifthey are 
tosurvive. 


Within the snail, the 
miracidia reproduce 
asexually to produce 
many mobile, long 
tailed-larvae called 
cercariae. 


Cercaria 


Cercariae invade the tissues of humans 
swimming, bathing, or working in the water 
and mature into male and female flukes 
within the human circulatory system. They 
can grow tobe 0.5in (12mm) long, and 


canlive for5-20 years. 


The life cycle of Schistosoma japonicum, one of three species of parasitic blood flukes that cause schistosomiasis. (Hans & 


Cassidy. Courtesy of Gale Group.) 


Such diseases are caused by the influenzavirus or bac- 
teria such as pneumococcus and Hemophilus influenza B. 
Measles, which can be prevented by immunization of 
infants, kills two million people in the developing world 
annually. The course of the disease in developing coun- 
tries often includes complications such as diarrhea, ear 
infection, pneumonia, and weight loss. For some, 
weight loss leads to malnutrition. Aggressive efforts to 
curb measles deaths through immunization have 
reduced the number of potential deaths in recent years. 


Whooping cough or pertussis is another early 
childhood disease which is seldom seen in the United 
States but is common in developing countries. About 
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600,000 people die of whooping cough annually in the 
developing world, with most of these deaths occurring 
among small children. Whooping cough is also pre- 
vented by immunization. 


Another infectious disease which is a common 
killer in developing countries is tuberculosis, which 
kills about 900,000 people every year and infects 
about seven million people annually. Tuberculosis 
can be treated through immunization and drug ther- 
apy, although drug resistant strains are becoming 
increasingly prevalent. Though deaths have been 
reduced internationally over the last 30 years, the dis- 
ease is still very common in tropical areas. 
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KEY TERMS 


Cyst—Refers to either a closed cavity or sac or the 
stage of life of some parasites during which they 
live inside a walled in area. 


Dehydration—The condition of having lost too 
much fluid from the body. 


Larva—Immature developmental stage of various 
species. 
Lesion—An injury or wound. 


Parasite—Species which depends on another spe- 
cies to survive. 


Peptide—A class of chemical compounds that form 
proteins. 


Protozoa—One-celled creatures and the simplest 
forms of animal life. 


Spore—A dormant form assumed by some bacte- 
ria, such as anthrax, that enable the bacterium to 
survive high temperatures, dryness, and lack of 
nourishment for long periods of time. Under proper 
conditions, the spore may revert to the actively 
multiplying form of the bacteria. 


Tropical-disease areas have also been hit hard by 
AIDS and HIV infection. An estimated 40 million 
people internationally are infected by the HIV virus, 
the World Health Organization estimated in 2006. 
Over 20 million more people have died of the disease. 


A key emphasis of prevention programs in Africa 
has been promoting the use of condoms during sexual 
intercourse, a practice which reduces the risk of 
AIDS. In Africa, condom use increased from two 
million per year in 1986 to about 70 million in 1993. 
But problems remain, particularly in places where 
poverty limits the safety of the blood supply, where 
condoms are in short supply, where access to accurate 
information about the disease is limited, and where 
health providers are far away. Antiretroviral treat- 
ment reduces both disability and death from AIDS, 
but access to these drugs is often not available in 
developing countries. 


Stemming tropical diseases 


While World Health Organization efforts have 
boosted the rate of immunization for many diseases, 
but there are still millions of children who do not 
receive adequate immunization for common early 
childhood diseases such as measles and whooping 
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cough. Efforts to boost access to health providers 
and educational information also stand to benefit res- 
idents of tropical disease areas. Knowing how to care 
for children with diarrhea, adults with hookworm, or 
many other diseases could make a vast difference. 
Finally, the prevalence of diseases linked to dirty 
water and dirty soil drive home the importance of 
better sewage systems and basic public health meas- 
ures which western countries generally adopted years 
ago. Diseases carried by insects are tackled through 
insecticides, clearing brush and standing water where 
the carriers may proliferate; sexually transmitted dis- 
eases are addressed by educating communities about 
safer sex practices, and providing condoms; immuni- 
zation programs may cut down on some diseases; 
efforts to create vaccines for other diseases are under- 
way; donor blood is undergoing increasingly more 
stringent screening to avoid transmitting disease 
through this route. 
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l Trout-perch 


The trout-perch belongs to the family Percopsidae, 
which includes only one genus—Percopsis—with only 
two species. The fish is found only in the fresh waters of 
North America. One species (Percopsis omiscomaycus) 
is found mainly on the eastern side; the other species, 
the sandroller (P. transmontana), is native to the west in 
the regions around the Columbia River Basin. 
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Both species are small, with the eastern species 
averaging 3-5 in (7.6-12.7 cm) in length, with a few 
reaching 8 in (20.3 cm). The sandroller is a bit 
smaller. 


As the name implies, the trout-perch has charac- 
teristics of both the trout and the perch. Like the trout, 
it has an adipose fin-a fatty fin which projects between 
the dorsal and caudal fins. It also has a lateral line (a 
row of sensory pores on its sides) and ctenoid scales 
(fish scales that have a comb-like projection at their 
margin). 


The trout-perch appears to prefer deep water but 
may enter shallow water in spring to spawn. It may 
spawn on sandbars in lakes or up rivers, selecting 
bottoms of sand or gravel. It appears to be sensitive 
to rises in temperature, and, in some lakes, a consid- 
erable number of these fish die offin the summer as the 
water temperature rises. 


Trout-perches are an important source of food for 
larger fishes. 


i True bugs 


The true bugs are a large and diverse group 
of about 35,000 species of insects in the order 
Hemiptera. About 44 families of bugs occur in 
North America. About 25,000 species occur world- 
wide, on all continents except Antarctica and most 
islands. They range in length from 0.04 to 0.08 in (1 to 
2 mm) to about 4 in (100 mm) or larger. Bugs typi- 
cally have a flattened body, and their folded wings 
cross over their thorax and abdomen, giving a dis- 
tinctive, cross like pattern. 


Some species of true bugs are of great economic 
importance as pests of agricultural plants. A few spe- 
cies of bugs are vectors of important diseases of 
humans. 


In popular usage, the word bug is often used to 
refer to non-hemipteran insects, and not only to 
true bugs. When used to refer to a species in the 
Hemiptera, the bug part of the name should be written 
separately, as in: stink bug, or milkweed bug. When 
used to refer to non-hemipteran insects, the bug part 
of the name should be used to form a single word, as 
in: ladybug (a family of beetles, order Coleoptera), or 
mealybug (scale insects, order Homoptera), or sow- 
bug (Crustaceans in the order Isopoda, which are not 
even insects). 
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Biology of true bugs 


The true bugs have an incomplete metamorpho- 
sis, characterized by three life-history stages: egg, 
nymph, and adult. The nymphs resemble the adults 
somewhat in form, but they are not capable of repro- 
duction. Most North American bugs overwinter at the 
adult stage. 


Bugs have two sets of wings. The forewings of 
most species of true bugs are rather tough and leathery 
towards their base, and membranous farther away. 
This unusual forewing structure is the origin of the 
Latin roots of the name for the order: Hemiptera, or 
half wing. The diagnostic, crossed-wing appearance of 
bugs at rest is also due to this unusual structure of the 
forewings, which form a well-defined ‘X’ when held 
flat over the back of the abdomen with the membra- 
nous tips overlapping. The hind wings are fully mem- 
branous, and are used for flying. Some types of true 
bugs have greatly reduced wings, and cannot fly. 


The mouthparts of bugs are adapted for piercing 
and sucking. The mouthparts comprise a pointed, 
elongate structure known as a beak or rostrum that 
arises at the front of the head, and folds backwards, 
quite far underneath the body in some species. The 
beak is itself made up of specialized stylets used for 
piercing, and others develop channels used for actual 
feeding. Most species of bugs feed on plant juices, but 
a few are parasites of vertebrates, living on the ani- 
mal’s surface and feeding on blood. 


Most bugs have long, segmented antennae. Bugs 
have well developed, compound eyes, and adult bugs 
may have several simple eyes (or ocelli) as well. Many 
species of bugs have glands that give off a strongly 
scented, distasteful odor when the insect is disturbed. 


Some species are quite brightly and boldly col- 
ored. Usually these bugs feed on plants that contain 
poisonous chemicals, which also occur in the bugs and 
render them distasteful or even toxic to potential pred- 
ators. This type of boldly warning color scheme is 
known as aposematic coloration. 


Most species of bugs are terrestrial, living on vege- 
tation or in organic debris on the surface. Some species 
of bugs are specialized for living in aquatic habitats, 
occurring in the water column, or on the surface. 


Common families of terrestrial bugs 
in North America 


The most diverse family of bugs is the plant or leaf 
bugs (family Miridae), species of which can be found 
in terrestrial habitats world-wide. Almost all plant 
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bugs feed on the juices of plants, some species causing 
important damages to agricultural crops. Important 
agricultural pests include the tarnished plant bug 
(Lygus lineolaris), which feeds on a wide range of 
crop plants, the apple red bug (Lygidea mendax), the 
cotton fleahopper (Psallus seriatus), and the four-lined 
plant bug (Poecilocapsus lineatus), a pest of currants 
and gooseberries. The garden fleahopper (Halticus 
bractatus) is a common, jumping species in gardens 
and fields, which sometimes causes significant 
damages. 


The assassin bugs (family Reduviidae) are mostly 
predators of other insects, although many will also 
give humans a painful bite if they are not handled 
with care, and a few are blood-sucking parasites. The 
blood-sucking conenose (Triatoma sanduisuga) some- 
times occurs in houses in North America, and can 
inflict a particularly painful bite. In South America, 
other species in the genus Triatoma are the vectors of 
Chagas disease, a deadly disease of humans. 


The ambush bugs (family Phymatidae) are also 
predators of other insects. Yellow species of ambush 
bugs are common hide-and-wait predators on species 
of goldenrod (Solidago spp.) throughout North 
America. 


Seed bugs (family Lygaeidae) are a diverse group 
of mostly herbivorous bugs. Two common, attractive, 
red-and-black marked species are the small milkweed 
bug (Lygaeus kalmii) and the large milkweed bug 
(Oncopeltus fasciatus). The bright, aposematic colora- 
tion of these milkweed bugs is meant to deter potential 
predators, because these insects are distasteful due to 
alkaloid chemicals accumulated from their food of 
milkweed (Asclepias spp.). The chinch bug (Blissus 
leucopterus) is a serious agricultural pest, especially 
of wheat, corn, and other grains in the grass family, 
as well as urban lawn-grasses. 


The lace bugs (family Tingidae) are herbivorous 
insects with distinctive, very attractive, finely reticu- 
lated patterns on their head, thorax, and wings. The 
chrysanthemum lace bug (Corythucha marmorata) is 
common in much of North America, feeding on vari- 
ous species in the aster family, and sometimes occur- 
ring in greenhouses. 


The leaf-footed or coreid bugs (family Coreidae) 
are common, herbivorous insects. The squash bug 
(Anasa tristis) is a pest of pumpkin and squash crops, 
feeding on the leaves of these plants and causing them 
to droop and turn black. The box-elder bug 
(Leptocoris trivittatus) is an attractive, red-and-black 
colored insect that feeds on species of maples, but does 
not cause important damages. 
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The stink bugs (family Pentatomidae) are rela- 
tively large and common bugs that produce malodor- 
ous smells as a defensive response when they are 
roughly handled. Many of the stink bugs are brightly 
colored, for example, the harlequin bug (Murgantia 
histrionica), an important pest of crops in the mustard 
family, such as cabbages, turnip, and radish. 


Common families of aquatic bugs 
in North America 


The water boatmen (family Corixidae) are com- 
mon aquatic bugs that swim in the water column of 
lakes and ponds. The hind legs of water boatmen are 
oar-like in appearance, being long and flattened, and 
are used for underwater locomotion. Water boatmen 
do not have gills for the exchange of respiratory 
gases—they must breath head-first at the surface, 
although most species can carry a small bubble of air 
as they swim underwater. Most species of water boat- 
men are herbivorous, but some others are predators of 
other aquatic invertebrates. Water boatmen are an 
important food source for some species of wildlife, 
such as ducks. The water boatman (Arctocorixa alter- 
nata) is a common and widespread species in North 
America. 


The backswimmers (family Notonectidae) are 
also aquatic bugs. The especially elongate hind legs 
of these insects are used for swimming, which the 
backswimmers accomplish while in an upside-down 
position—hence, their common name. Backswimmers 
must breathe at the surface, but unlike the water boat- 
men these insects must break the surface abdomen 
first in order to obtain air. Backswimmers are preda- 
tors of other aquatic invertebrates, and are themselves 
an important food for larger species. The back- 
swimmer (Notonecta undulata) is a common and wide- 
spread species. 


The giant water bugs (family Belostomatidae) 
include the world’s largest bugs, one species of which 
can attain a most-impressive length of 3.9 in (10 cm). 
Giant water bugs are oval in shape, with a rather 
flattened body, and are often a shiny brown color. 
The front legs are large and strong and are used to 
grasp their prey, which can include other aquatic 
insects, as well as small fish, tadpoles, and even frogs 
and salamanders. Giant water bugs sometimes leave 
their aquatic habitat and fly about, possibly for the 
purposes of dispersal. At such times these insects are 
attracted to lights, where they are sometimes known as 
electric light bugs. Giant water bugs can inflict a pain- 
ful bite, and should be handled with care—these 
insects are sometimes known as toe-biters. The giant 
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KEY TERMS 


Aposematic—Refers to a bright coloration of an 
animal, intended to draw the notice of a potential 
predator, and to warn of the dangers of toxicity or 
foul taste. 


Incomplete metamorphosis—This is characterized 
by three life history stages: egg, nymph, and adult. 
The nymphs of true bugs resemble the adults in 
form, but they are not capable of reproduction. 


Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


water bug (Lethocerus americanus) is a widespread 
species in North America, and can reach a body length 
of more than 2.4 in (6 cm). 


Water scorpions (family Nepidae) are another 
group of predacious aquatic bugs, with long, scissor- 
like front legs adapted for fiercely grasping their prey 
of insects and other creatures. Water scorpions can 
inflict a painful bite. 


Water striders (family Gerridae) are semi-aquatic 
insects, living on the water surface. The long-legged 
body of water striders is suspended aloft by surface 
tension, made possible by the structure of their feet, 
which are covered with fine hairs that are not easily 
wetted. In parts of the southern United States, these 
insects are known as Jesus bugs because of their ability 
to walk on water. Water striders run and skate over the 
surface of ponds and lakeshores, hunting terrestrial 
arthropods that fall onto their two-dimensional hab- 
itat, and aquatic insects as they come to the surface to 
breathe. Water striders have odoriferous scent glands, 
which may be a deterrent against predation by fish. 
The water strider (Gerris remigis) occurs commonly 
throughout much of North America. 


Bugs as a health hazard 


Bed bugs (family Cimicidae) are wingless bugs 
with a body length of about 0.2 in (6 mm). Bed bugs 
feed by sucking the blood of birds or mammals. 
Various species will bite humans, and they can be 
serious pests in homes, hotels, and other places, espe- 
cially the common bed bug (Cimex lectularius). Bed 
bugs come out at night, hiding during the day in cracks 
and crevices in walls and furniture. The bites of these 
insects are very irritating, but bed bugs are not known 
to be a vector of human diseases. 
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Chagas disease is common in parts of Central and 
South America, and is spread by blood-sucking bugs in 
the genus Triatoma, especially T. infestans. These are 
sometimes known as kissing bugs because of their ten- 
dency to bite near the mouth of their victims. Chagas 
disease is a debilitating malady of humans, and is 
caused by a pathogenic trypanosome, Trypanosoma 
cruzi, a type of parasitic protozoan that lives in the 
blood. Chagas disease is characterized by a recurring 
fever, and often a enfeebling inflammation of the heart 
muscles. 
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! True eels 


The true eels are elongate bony fish with a snake- 
like slimy body in the order Anguilliformes. There is 
one family of freshwater eels (the Anguillidae), and 14 
families of exclusively marine eels. The freshwater eels 
must return to the oceans to spawn. 


The general characteristics of eels include soft- 
rayed fins and elongate dorsal and anal fins which 
merge with the caudal fin. Eels lack pelvic fins and 
have small pectoral fins commonly situated immedi- 
ately behind the head. The jaws of eels are relatively 
small, but are strong, with numerous small teeth. Most 
ocean-living eels do not have scales, although the 
freshwater eels have small, oval-shaped scales 
embedded in their skin. 


All eels are predators, feeding on a wide range of 
prey, including small fish, crustaceans, mollusks, and 
worms. 
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A green moray eel (Gymnothorax funebris). The eel has blue skin covered with a yellow mucus that renders its apparent 
color green. It can reach a maximum length of 6 ft (1.8 m). (J.W. Mowbray. The National Audubon Society Collection/Photo 


Researchers, Inc.) 


Freshwater eels 


The freshwater eels, comprising about 15 species, 
are the most familiar family of eels to most people. 
These fish have an unusual characteristic in their life 
history, known as catadromy, in which the fish spend 
most of their lives in fresh waters, but run to the ocean 
to spawn. 


The common freshwater eel of North America is 
the American eel (Anguilla rostrata). The European eel 
(A. anguilla) of western Europe and the Japanese eel 
(Anguilla japonica) of the north Pacific coast are closely 
related to the American eel. Relatively large numbers of 
eel species, about 12, occur in the Indo-Pacific region. 


The American eel can reach a length of about 4 ft 
(1.2 m). This species is abundant in fresh waters that 
link directly to the ocean. This range includes coastal 
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rivers, and the larger drainage of the Saint Lawrence 
River, extending inland to Lake Ontario and to a 
lesser degree, the upper Great Lakes. There are no 
freshwater eels on the west coast of the America, or 
on the east coast of South America. 


American eels spends almost all of their life in 
fresh waters. However, to breed, this species of eel 
runs to the sea and migrates to a warm-water region 
between the West Indies and Bermuda that is known 
as the Sargasso Sea. European eels also commonly 
spawn in the Sargasso Sea, following a migration of 
4,000 or more miles (6,440 km). After spawning, the 
adult eels die. The baby eels, or elvers, are leaf-shaped 
and transparent, and migrate to fresh waters, where 
they transform into miniature but transparent replicas 
of the adult body form, sometimes known as “glass 
eels.” These small fish then run up rivers, and take up 
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residence in still waters of large rivers and lakes, where 
they live as adults for as long as 15 years. 


This unusual breeding strategy was discovered only 
relatively recently. For many centuries, naturalists pon- 
dered the fact that they could never find spawning or 
larval eels, and the breeding habits of these fish were a 
mystery. It was not until 1922 that newly hatched eel 
larvae were observed, in the Sargasso Sea. 


Freshwater eels are an economically important spe- 
cies of fish, and are particularly appreciated as a food in 
France, Belgium, the Netherlands, and Great Britain. 


Other families of eels 


The Moringuidae is a family of six species of 
marine eels found in tropical waters, which includes 
the genera Moringua and Stilbiscus. These fish typi- 
cally occur in shallow, soft-bottomed or gravelly hab- 
itats, where they burrow in the substratum during the 
day. The eel Sti/biscus edwardsi is a common species of 
the western Atlantic, while Moringua macrochir occurs 
in coastal waters of the Hawaiian Islands. 


The moray eels (Muraenidae) include about 200 
species that live in shallow, tropical and subtropical 
waters. These impressive, snake like fish have a large 
mouth, well-armed with teeth and poison fangs. 
Morays are often brilliantly colored and marked, and 
are very attractive fish. Morays generally occur in rocky 
or coral habitats, where they hide during the day in 
crevices or in burrows in sediment. Many unsuspecting 
divers have received a nasty surprise in the form of a 
painful moray bite, when reaching into a rocky crevice 
after marine animals or other interesting things. 


The zebra moray (Echidna zebra) is an attractive 
species with a brown-yellowish body and white stripes. 
The zebra moray occurs in the Indian and Pacific 
Oceans, and is sometimes seen in aquaria. The largest 
moray, and the largest species of living eel, is 
Thyrsoidea macrurus of coastal regions of the Indian 
and Pacific Oceans. This species can achieve a length 
greater than 9 ft (2.7 m). Morays are often caught as 
food fish, especially in Asiatic waters and, to a lesser 
degree, in the Mediterranean region. 


The conger eels (Congeridae) also occur in trop- 
ical and subtropical waters. The best known species is 
the conger eel (Conger conger), with an almost world- 
wide distribution in suitable habitats (except for the 
eastern Pacific), and achieving a length of almost 9 ft 
(2.7 m). Some species occur in relatively deep waters, 
for example, Ariosoma balearica and Promyllantor 
latedorsalis, off the Azores of the tropical Atlantic 
Ocean. 
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KEY TERMS 


Catadromous—Refers to fish that spawn at sea, but 
spend most of their life in fresh waters. 


See also Spiny eels. 
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I True flies 


The true flies are a large and diverse group of 
commonly observed insects in the order Diptera, com- 
prising more than 100,000 species. About 107 families 
of flies occur in North America. 


Flies have distinctive, knob like structures known 
as halteres on the back of their thorax. Halteres are 
highly modified from the hind wings of true flies, while 
the fore wings are membranous and used for flying. 
The two-winged character of the true flues is reflected 
in the Latin roots of the scientific name of their order, 
the Diptera, which means “two wings.” 


Some species of true flies are of great economic 
importance as pests of agricultural plants. Other spe- 
cies of flies are great nuisances because they bite 
humans and domestic animals in order to obtain 
blood meals, as is the case of mosquitoes, black flies, 
horse flies, and others. Some of these parasitic, blood- 
sucking species are also vectors of deadly diseases of 
humans, as are some of the blow flies and house flies 
that feed by scavenging dead organic matter. 
However, many other species of flies provide very 
useful ecological services, by helping to safely dispose 
of decaying carcasses and other organic debris, and by 
serving as predators or parasites of other, injurious 
insects. 


In its popular usage, the word “fly” is often used in 
reference to insects that are not in the order Diptera, and 
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are therefore not “true flies.” The “fly” part of the name 
of a dipteran should be written separately, as in: house 
fly, horse fly, or black fly. However, when used to refer 
to non-dipteran insects, the “fly” portion of a species 
name should be appended to form a single word, 
as in: sawfly (species in the family Tenthredinidae, 
order Hymenoptera), dragonfly and damselfly (order 
Odonata), mayfly (order Ephemeroptera), stonefly 
(order Plecoptera), caddisfly (order Trichoptera), and 
butterfly (order Lepidoptera). 


Biology of true flies 


The true flies have a complete metamorphosis, 
characterized by four stages in their life history: egg, 
larva or maggot, pupa, and adult. Fly maggots are 
soft-bodied, legless, and worm like. Most flies are 
terrestrial animals, but many species spend their larval 
stages in aquatic habitats, with the adults emerging to 
the terrestrial environment. 


The hind wings of flies are modified into small, 
distinctive structures known as halteres, which resem- 
ble a tiny, stalked knob. Halteres are thought to be 
used as an aid in achieving a sense of balance and 
direction. The front wings of flies are membranous 
and functional in more usual ways, and are used for 
flying. The smaller flies have very rapid wingbeats, 
typically 200-400 strokes per second, and as great as 
1,000 per second in tiny midges in the genus 
Forcipmyia. 


Other characteristic features of true flies include 
the division of their tarsus (that is, the leg segment 
immediately below the tibia) into five segments. 
Most flies have mouth parts of a haustellate form, 
that is, adapted for sucking, rather than for chewing. 
Flies are typically small and soft bodied, and some are 
minute in size. 


There are many feeding strategies among the flies. 
Most species feed on soft foods and organic debris, 
while others eat nectar, some scavenge dead bodies of 
animals, or are predators of smaller arthropods, or are 
blood-sucking parasites. These various species have 
mouth parts and behavioral adaptations to their spe- 
cific modes of feeding and living. Mosquitoes, for 
example, have piercing and sucking feeding structures, 
while flies that feed on soft organic materials have 
sponging or lapping mouth parts. 


Some species of flies that feed on plants inject a 
growth-regulating chemical into the stem, which 
causes an abnormal tissue, called a gall, to develop. 
The gall provides habitat for the feeding and develop- 
ment of the larvae of the fly. Gall-inducing species 
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occur in the families Agromyzidae, Cecidomyiidae, 
and Tephritidae, as well as in other orders of insects. 


There is a great diversity of species of flies, with 
more than 100,000 species being identified so far, and 
more than 100 families. The families are mostly dis- 
tinguished using characters related to the morphology 
of the antennae, legs, wing venation, body bristles, and 
other anatomical features. Habitat and other ecolog- 
ical information may also be useful. Aspects of body 
chemistry may also be used in the identification of 
closely related species, particularly the chemistry of 
enzymes and nucleic acids. The diversity of flies is 
too enormous to discuss in much detail in this 
entry—only a few prominent examples will be 
described in the following sections. 


Common families of terrestrial flies 
in North America 


The muscid flies (family Muscidae) include more 
than 700 species in North America, including some 
important pests. The house fly (Musca domestica) is 
one of the most familiar flies to most people, because it 
breeds readily in garbage and other organic debris, 
and can be very abundant in dirty places around 
homes, villages, and cities. The house fly does not 
bite, but it can be a vector of some diseases of humans, 
spreading the pathogens by contact, for example, by 
walking on food that is later eaten by people. The face 
fly (Musca autumnalis) tends to cluster around the face 
of cows, where it feeds on mucous secretions around 
the nostrils and eyes, causing great irritation to the 
livestock. The stable fly (Stomoxys calcitrans) and 
horn fly (Haematobia irritans) are biting flies that 
greatly irritate livestock. Species of tsetse flies 
(Glossina spp.) occur in Africa, and are the vectors of 
sleeping sickness and related diseases of people, live- 
stock, and wild large mammals. 


Blow flies (family Calliphoridae) are scavengers, 
whose larvae feed on dead animals, excrement, and 
similar, rotting debris. Although a carcass teeming 
with writhing maggots is a rather disgusting spectacle, 
it must be remembered that blow flies provide a very 
useful ecological service by helping to safely dispose of 
unsanitary animal carcasses. A few species of blowflies 
lay their eggs in wounds on living animals, and the 
larvae may then attack living tissues, causing consid- 
erable damage. The screw-worm (Cochliomyia homi- 
nivorax) is an important pest in this regard, causing 
severe damages to cattle populations in some areas. 


Flower flies or syrphids (family Syrphidae) 
include about 1,000 species in North America. Adult 
syrphids can be quite common in some habitats, where 
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they are typically seen hovering in the vicinity of flow- 
ers. Many species of syrphids are brightly colored, 
sometimes with a black and yellow banding that is an 
obvious mimicry of bees and wasps. 


The fruit fly family (Tephritidae) is made up of 
several hundred North American species, some of 
which are important pests in agriculture. The apple 
maggot (Rhagoletis pomonella) burrows in the fruits of 
apples and other fruits, while the Mediterranean fruit 
fly or medfly (Ceratitis capitata) is a serious pest of 
citrus fruits. 


The small fruit flies (family Drosophilidae) are 
common in the vicinity of decaying vegetation and 
fruit. The species Drosophila melanogaster has been 
commonly used in biological laboratories for studies 
of genetics, because it is easily and quickly bred, and 
has much larger chromosomes that can be readily 
studied using a microscope. 


The warble and bot flies (family Oestridae) are 
large, stout, fast-flying flies that have a superficial 
resemblance to bees. The larvae of these flies are para- 
sitic on large mammals, living in the flesh just beneath 
the skin. Some species are serious pests of agricultural 
animals, for example, the sheep bot fly (Oestrus ovis) 
and the ox warble fly (Hypoderma bovis). Warble flies 
are extremely irritating to cattle and to wild ungu- 
lates—there are reports of caribou being driven to 
distraction by warble flies, and jumping off cliffs in 
desperate attempts to escape these nasty pests. 


Tachinid flies (family Tachinidae) include more 
than 1300 species in North America. The larvae of 
tachinids are parasitic on other species of insects, 
including some economically important pests, which 
are essentially eaten alive by the tachinid. As such, 
some species of tachinids provide a useful service to 
humans. 


The robber flies (family Asilidae) are a diverse 
group, with more than 800 species in North America. 
Robber flies are predators of other insects, which are 
captured in flight. 


Seaweed or wrack flies (family Coelopidae) are 
dark-colored flies that can be very abundant along 
marine shores, where they breed in natural piles of 
seaweed compost, with the adults swarming abun- 
dantly above, often attracting large numbers of shore- 
birds and swallows. 


Common families of aquatic flies 
in North America 


There are many families of flies that have aquatic 
larval and pupal stages, but are terrestrial as adults. 
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Some of the more prominent of these flies are 
described briefly in the following paragraphs. 


The mosquitoes (family Culicidae) are a diverse, 
well known, and important group of biting flies. 
Larval mosquitoes, also known as “wrigglers,” are 
aquatic and feed on algae and organic debris, and the 
adult males feed on flower nectar. Female mosquitoes, 
however, require a blood meal from a bird or mammal 
before they can develop eggs. Many species of mos- 
quitoes bite humans, and they can be an enormous 
cause of annoyance, as well as the means of spreading 
some important, even deadly, diseases. About 150 
species of mosquitoes occur in North America, and 
in some habitats, for example, in northern forests 
during the summer, these blood-suckers can be enor- 
mously abundant and bothersome. 


The black flies or buffalo gnats (family Simulidae) 
are small, dark-colored, hunch-backed flies. Female 
black flies require a blood meal to develop their eggs, 
and they obtain this food by biting the skin of a victim, 
and then sucking the blood that emerges from the 
wound. Black flies breed in cool streams, and they 
can be very abundant in some northern habitats. 
Unprotected animals have actually been killed as a 
result of the enormous numbers of bites that can be 
delivered during periods when black flies are 
abundant. 


The horse flies and deer flies (family Tabanidae) 
are another group of fierce, biting flies with aquatic 
larvae and pupae, and terrestrial adults. Only the 
females require a blood meal—the males feed on nec- 
tar and plant juices. The eyes of deer flies are often 
extremely bright-colored, even iridescent. 


The biting midges or no-see-ums (family Cerato- 
pogonidae) are very small, blood-sucking flies with 
aquatic larval and pupal stages, but terrestrial adults. 
These diminutive pests can be quite abundant along 
the shores of lakes and oceans. These tiny flies can 
easily penetrate through fly screens and many types of 
clothing, and deliver bites that are much more painful 
than might be expected on the basis of the diminutive, 
less-than one millimeter size of these insects. 


The crane flies (family Tipulidae) have a super- 
ficial resemblance to gigantic mosquitoes with 
extremely long and delicate legs. The larvae of crane 
flies occur in aquatic or moist terrestrial habitats and 
mostly feed on decaying organic matter, while the 
adults are terrestrial and feed on nectar. 


The phantom midges (family Chaoboridae) are 
mosquito-like insects, but they do not bite. Larval phan- 
tom midges are predators of other bottom-dwelling 
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arthropods, and have almost transparent bodies—hence 
their common name. 


Flies as a health hazard 


Some of the biting and blood-sucking flies are the 
vectors of important diseases of humans, domestic 
animals, and wild animals. The microorganisms that 
cause malaria, yellow fever, encephalitis, filariasis, 
dengue fever, sleeping sickness, typhoid fever, dysen- 
tery, and some other important diseases are all spread 
to humans by species of Diptera. 


Malaria is one of the best-known cases of a disease 
that is spread by biting flies. Malaria is caused by the 
protozoan Plasmodium falciparum, and is spread to 
humans by a mosquito vector, especially species of 
Anopheles, which infect people when they bite them 
to obtain a blood meal. Malaria is an important dis- 
ease in the tropics and subtropics. During the 1950s, 
about 5% of the world’s population was infected with 
malaria, and during the early 1960s two to five million 
children died of malaria each year in Africa alone. The 
incidence of malaria has been greatly reduced by the 
use of insecticides to decrease the abundance of the 
Anopheles vectors, and by the use of prophylactic 
drugs that help to prevent infections in people exposed 
to the Plasmodium parasite. However, some of the 
pesticide-based control programs are becoming less 
effective, because many populations of Anopheles 
mosquitoes have developed a tolerance of the toxic 
effects of some insecticides. 


The house fly (Musca domestica) is a non-biting 
fly, but it can carry some pathogens on its feet and 
body, and when it walks over food intended for con- 
sumption by humans, contamination can result. The 
house fly is known to be a contact vector of some 
deadly diseases, including typhoid fever, dysentery, 
yaws, anthrax, and conjunctivitis. House flies can be 
controlled using insecticides, although some popula- 
tions of this insect have developed resistance to insec- 
ticides, rendering these chemicals increasing less 
effective as agents of control. 
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I Trumpetfish 


Trumpetfish (Aulostomus maculatus) are bony fish 
in the family Aulostomidae, found from the Caribbean 
Sea to as far north as Bermuda. They are named for the 
trumpet like shape they exhibit when their mouths are 
open. Trumpetfish measure up to 2 ft (0.6 m) in length, 
and have dorsal spines which support separate fins or 
finlets. They are brownish or reddish in color with 
widespread streaks and spots. Some individuals are 
yellow or green with a blue snout. 


Trumpetfish are poor swimmers, but are well cam- 
ouflaged, which provides protection from predators and 
affords a means of obtaining food. They lie motionless, 
practically unseen, aligned with gorgonian corals (whip 
corals). They appear to drift about in the water, since 
they make no visible effort to swim and the rapid move- 
ment of their fins cannot be readily detected. 


The American trumpetfish has close relatives in 
the Pacific—A. valentiniin the Indo-Pacific region and 
A. chinesis along the Asian coast. 


| Tsunami 


The word tsunami is derived from Japanese words 
that translate as “harbor wave,” and refers to the series 
of waves that arise when a lot of ocean water is dis- 
placed. This displacement most commonly occurs 
when there is an undersea earthquake. Other sources 
of disturbance include underwater volcanic eruptions 
and even the impact of a meteorite. 


The displaced water ripples out from the point of 
the disturbance as a series of waves. When the disturb- 
ance occurs far from shore, the waves have a very long 
wavelength (the distance from the crest of one wave to 
the crest of the next wave); wavelengths in excess of 62 
mi (100 km) are not uncommon. As well, these waves 
are not high (around 20 in or 50 cm). A boat at sea will 
experience only a gentle rocking motion as the wave 
passes underneath. However, these waves can be mov- 
ing at about 375-500 miles per hour or 600-800 kilo- 
meters per hour (similar to the speed of a jet airliner). 
As the sea depth decreases nearer to shore, the huge 
amount of energy contained in the waves drives the 
conversion of the waves to much larger and very 
destructive walls of water. Wave heights of up to 200 
feet (61 meters) have been reported. The impact of 
such a tsunami can range miles inland if the land is 
relatively flat. 
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A recent example is the tsunami that occurred on 
December 26, 2004, following a massive undersea 
earthquake off of the coast of Sumatra. The earth- 
quake—which was violent enough to affect Earth’s 
rotation—spawned waves that initially slammed into 
coastal regions of Indonesia and Malaysia. The waves 
continued to move thousands of kilometers across the 
Indian Ocean, into coastlines of Bangladesh, India, Sri 
Lanka, and the Maldives. 


The destruction and loss of life was immense. 
Estimates are that the loss of life approached 300,000, 
with at least 170,000 people killed in Indonesia alone. In 
some regions, the waves completely obliterated the 
coastline (including villages) and caused great damage 
even several miles inland. 


The destructive power of a tsunami is influenced 
by local conditions such as the coastline shape, ocean 
floor characteristics, and the nature of the waves and 
tides already in the area. In some cases, tsunami waves 
can travel for thousands of kilometers with little loss 
of energy. Thus, even coastal regions very far from the 
site of the undersea disturbance can suffer great dam- 
age. The varying local conditions can create substan- 
tial differences in the size and impact of the tsunami 
waves even in areas that are very close geographically. 
This was evident in the 2004 tsunami, where some 
coastal regions were wiped off of the map while others 
nearby were only marginally affected. 


Because the waves can be a great distance apart, 
the waves may impact the shore minutes to hours 
apart. Indeed, in the 2004 tsunami, survivors flocked 
to the affected beaches after the first wave, only to be 
caught in the next wave, which arrived about 30 
minutes later. 


Tsunamis can occur along any shoreline and are 
not limited to southern latitudes. For example, a tsu- 
nami triggered by another earthquake struck the south 
coast of the Canadian province of Newfoundland in 
1929. Twenty-seven people died. In another example, 
an earthquake in the Aleutian Islands on April 1, 1946 
created a tsunami that killed 164 people in Alaska and 
Hawaii. Later, an earthquake off the coast of southern 
Alaska in March 1964 triggered tsunamis that struck 
the west coast of Canada and the United States. More 
than 100 people perished in Alaska, with 4 killed in 
Oregon and 12 in California. 


Tsunamis have led scientists to address the chal- 
lenge of predicting the occurrence of such waves. After 
the 1964 tsunami, researchers looked into monitoring 
the location and strength of an undersea earthquake 
and tracing the path of the resulting waves. People in 
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the waves’ path could be notified, hopefully minimiz- 
ing the impact of the great waves. 


In 1965, the Intergovernmental Oceanographic 
Commission of the United Nations Educational, 
Scientific, and Cultural Organization agreed to 
expand the United States’ existing tsunami warning 
center at Ewa Beach, Hawaii. This marked the forma- 
tion of the Pacific Tsunami Warning Center, which is 
now operated under the U.S. Weather Service. In the 
2004 tsunami, the center was able to issue a warning to 
impacted areas (all outside its normal operating area), 
but the warnings came too late to help save those in 
coastal regions affected within the first few hours of 
the earthquake. 


Resources 
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| Tuatara lizard 


Tuataras are unusual, lizard like animals that are the 
only living representatives of the order Sphenodonta of 
the vertebrate class Reptilia. The lineage of the spheno- 
donts is an ancient one, with a fossil record extending 
back 200 million years, prior even to the evolution of 
dinosaurs and the lizards. Until the discovery of tuataras 
in New Zealand, biologists had believed that this repti- 
lian lineage had been extinct for 100 million years. Hence, 
the tuatara became celebrated as a “living fossil.” 


Tuataras have a number of unusual anatomical 
features. The arrangement of bones and cavities in the 
skull of tuataras is considered to be a primitive charac- 
ter. Tuataras also have a relatively well developed, light 
sensitive organ on the top of their head, called the 
pineal organ or median eye, capable of sensing light 
and darkness. This primitive structure has similarities 
to a true eye, and even has a lens and retinal tissue. The 
function of the pineal eye is not understood by physi- 
ologists, but it appears to regulate activity of the pineal 
gland. This organ is found in the forebrain of verte- 
brates, and secretes the hormone melatonin into the 
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blood, which changes skin coloration in some animals, 
regulates diurnal or 24-hour biological rhythms, and 
possibly influences seasonal reproductive cycles. A 
unique characteristic of tuataras, not shared with 
other reptiles, is the fusion of teeth into the jawbones, 
rather than being set in sockets in the bone. 


Tuataras are rather long-lived animals, which can 
exceed 75 years in age, and reach about 28 in (70 cm) in 
body length. They are slow moving, sluggish animals, 
which mostly eat large insects. These reptiles live in 
burrows, dug by themselves, which they often share 
with nesting petrels (seabirds). 


The two surviving species of tuatara, Sphenodon 
punctatus and S. guntheri, are very rare animals, living 
only on a few isolated small islands off New Zealand. 
These species used to have much broader ranges, but they 
were widely extirpated from the mainland and many 
islands of New Zealand after European colonization. 
The catastrophic decline of tuataras was mainly due to 
predation of adults and eggs by introduced mammals, 
such as cats, foxes, rats, and others. It is significant that 
these predators do not occur on the few, closely protected 
islands where the world’s last tuataras live. 


The initial survival of tuataras was due to the early 
isolation of New Zealand from other continents, 
where ecologically more capable types of reptiles, 
birds, and mammals evolved and came to dominate 
animal communities. In other parts of Gondwanaland 
(the southern continent which New Zealand was orig- 
inally a part of) tuataras and their relatives were inca- 
pable of competing with the better adapted creatures, 
and so became extinct. Tuataras are truly extraordi- 
nary survivors, relics from a bygone era of the evolu- 
tion of animal forms on Earth. However, tuataras are 
now threatened as a result of recent influences by 
humans. The continued survival of tuataras now 
depends on their strict and perpetual protection on a 
few small islands. 


Bill Freedman 


| Tuber 


A tuber is a swollen, underground storage organ 
that develops on the roots of certain species of plants. 
Some types of tubers are highly nutritious, mostly 
because of their energy content in the form of starch. 


Agricultural species of plants that develop edible 
tubers include the white potato (Solanum tuberosum), 
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sweet potato ([pomoea batatas), tapioca or cassava 
(Manihot esculenta), and yam (Dioscorea batatas). 


The white potato is the most important and best- 
known of the agricultural tubers. The potato is a native 
of the Andean plateau of South America. In this spe- 
cies, tubers develop at the end of roots that emerge from 
underground stems, known as stolons. Potato tubers 
have stem buds known as “eyes” which can sprout and 
grow new, aboveground stems. It appears that potatoes 
have been cultivated by indigenous peoples of the 
Andean plateau for at least 6,500 years. 


The varieties of potatoes that are most commonly 
cultivated in modern, industrial agriculture typically 
develop rather large tubers with white centers. 
However, there is a great diversity of other varieties 
of potatoes, especially in their native Andean range. 
These varieties commonly form relatively small tubers 
with brown, red, yellow, or purple skin, and white or 
darker-colored interiors. 


Potato tubers are very nutritious, especially as a 
source of starch. However, they also contain about 
2% protein and valuable minerals and vitamins, espe- 
cially vitamins B and C. Interestingly, potato foliage is 
poisonous because of its content of a toxic alkaloid 
known as solanin. This chemical also occurs in green 
sprouts of the eyes of the tubers, which is why these 
should be excised and not eaten. 


The potato was first discovered by Europeans in 
the mid-1530s when Spanish conquistadors observed 
its cultivation in Peru. The potato subsequently 
became a commonly cultivated food in Europe, ini- 
tially as a food for livestock. Around the beginning of 
the seventeenth century, people also began to com- 
monly eat the potato. Its high productivity and favor- 
able nutritional qualities are believed to have been 
important in allowing population growth in Europe 
during the next several centuries. However, at the 
beginning of the nineteenth century a new disease of 
potatoes occurred. The potato blight, caused by the 
fungus Phytophthora infestans, became a recurrent 
disaster, and widespread famine resulted. In some 
regions such as Ireland, poor people ate little else but 
potatoes, and the blight caused mass starvation which 
to some degree was alleviated by massive immigration 
to North America. The potato blight is still an impor- 
tant disease. However, this disease is now controlled 
by growing resistant varieties of potatoes by managing 
the environment to make it less favorable to the fungus 
and by the use of fungicides. 


See also Nightshade. 


Bill Freedman 
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Tuberculosis 


| Tuberculosis 


Tuberculosis is a disease caused by the bacterium 
Mycobacterium tuberculosis. The organism infects the 
lungs and causes a debilitating condition that histor- 
ically was known as consumption. In the 1970s, scien- 
tists considered tuberculosis as largely defeated 
following the widespread use of antibiotics. Today, 
multi-drug resistant Mycobacterium tuberculosis has 
developed, and tuberculosis has reemerged as a world- 
wide public health problem. 


Tuberculosis is not a new disease. Egyptian mum- 
mies that are over 4,000 years old have shown symp- 
toms of tuberculosis. The Greek physician Hippocrates 
(ca. 470-410 BC) described a condition that he termed 
pthisis. His account makes it clear that he was observ- 
ing a person with tuberculosis. 


The term “consumption” reflected the progres- 
sion of tuberculosis. Patients became lethargic, weak, 
and seemed to waste away. The role of bacteria in 
tuberculosis became clear in 1882, when the German 
physician Robert Koch (1843-1910) discovered a 
staining technique that allowed bacteria to be visible 
using a lightmicroscope. In Koch’s time, and even into 
the middle of the twentieth century, the main treat- 
ment for tuberculosis was the isolation of patients in 
facilities called sanitoriums. Here, patients spent much 
of their time exposed to the dry, fresh outdoor air, 
which lessened the spread of the bacteria. 


Tuberculosis is infectious, and is spread from per- 
son to person via inhaling contaminated droplets in 
the air. Often, someone can be infected with 
Mycobacterium tuberculosis yet not feel ill. This is 
also called latent tuberculosis. An active infection 
can appear at a later time. A person with tuberculosis 
cannot spread the germ to others until the infection 
becomes active. 


In the twentieth century, specific chemical treat- 
ments for tuberculosis were developed. French bac- 
teriologists Leon Calmette and Camille Guérin found 
a way to grow Mycobacterium tuberculosis so that its 
ability to cause disease was weakened. This weakened, 
or attenuated, microbe eventually formed the basis of 
a vaccine. The bacille Calmette-Guérin (BCG) vac- 
cine, which was first given to people in 1921, is still in 
use today. 


Unfortunately, the potential of BCG has not been 
realized because the vaccine is protective against the 
form of tuberculosis that occurs in children rather 
than in adults. Also, because samples of the original 
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vaccine were kept, the development of numerous for- 
mulations of BCG have made it difficult to establish 
which of the many variations of the vaccine is 
effective. 


One variant of BCG, called Evans BCG, was 
withdrawn from use in July 2002 because of concerns 
that it was not protective against infection. Every 
vaccine, particularly those that use attenuated micro- 
organisms, carries some risk. In the case of Evans 
BCG, the risks of its use were deemed to be greater 
than any benefit resulting from its use. 


Beginning in the 1940s, antibiotics were discov- 
ered and chemically synthesized. An antibiotic called 
streptomycin was an immediate success against the 
tuberculosis bacteria. Unfortunately, resistance to 
the antibiotic soon developed. A succession of anti- 
biotics was able to keep tuberculosis at bay for some 
decades. However, beginning in the 1980s, the number 
of cases of tuberculosis once again began to rise. 


Part of this increase has paralleled the emergence 
and spread of Acquired Immunodeficiency Syndrome 
(AIDS). AIDS devastates the immune system, which 
gives other infections, including tuberculosis, a better 
chance to flourish. Another factor contributing to the 
spread of tuberculosis is the emergence of strains of 
Mycobacterium tuberculosis that are resistant to many 
antibiotics. 


The World Health Organization (WHO) now esti- 
mates that about 15 million people worldwide have 
active TB, and that almost two million people die from 
the disease each year, mostly in developing countries. 
An initiative set in motion by the WHO and the Stop 
Tuberculosis Partnership proposes to treat 50 million 
people with tuberculosis and save 14 million lives dur- 
ing the decade from 2006-2015. 


See also Epidemiology. 
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[ Tularemia 


Tularemia is a plague like disease caused by the 
Gram-negative bacterium Francisella tularensis. The 
organism is transferred to humans from animals (i.e., a 
zoonosis) such as rodents, voles, mice, squirrels, and 
rabbits. Reflecting the natural origin of the disease, 
tularemia is also known as rabbit fever. Indeed, the 
rabbit is the most common source of the disease. 
Transfer of the bacterium via contaminated water 
and vegetation is possible as well. 


The disease can easily spread from the environ- 
mental source to humans (although direct person-to- 
person contact has not been documented). This conta- 
giousness and the potential high death rate among 
those who contract the disease made the bacterium 
an attractive bioweapon. Both the Japanese and 
Western armies experimented with Francisella tular- 
ensis during World War IJ. Experiments during and 
after that war established the devastating effect that 
aerial dispersion of the bacteria could exact on a 
population. 


Tularemia naturally occurs over much of North 
America and Europe. In the United States, the disease 
is predominant in south-central and western states 
such as Missouri, Arkansas, Oklahoma, South 
Dakota, and Montana. The disease almost always 
occurs in rural regions. The animal reservoirs of the 
bacterium become infected typically by a bite from a 
blood-feeding tick, fly, or mosquito. 


Francisella tularensis does not form a spore. 
Nevertheless, it can survive for protracted periods of 
time in environments such as cold water, moist hay, 
soil, and decomposing carcasses. 


The number of cases of tularemia in the world is 
not known, since accurate statistics have not been kept 
and illnesses attributable to the bacterium go unre- 
ported. In the United States, the number of cases 
used to be high. In the 1950s thousands of people 
were infected each year. This number has dropped 
considerably, to less than 200 each year. Those who 
are infected now tend to be those who are exposed to 
the organism in its rural habitat (e.g., hunters, trap- 
pers, farmers, and butchers). 


Humans can acquire the infection through breaks 
in the skin and mucous membranes, by ingesting con- 
taminated water, or by inhaling the organism. An 
obligatory step in the establishment of an infection is 
the invasion of host cells. A prime target of invasion is 
the immune cell known as a macrophage. Infections 
can initially become established in the lymph nodes, 
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American dog tick Dermacentor variabilis at a magnification 
of 4x. This tick is a vector for several human diseases, 
including Rocky Mountain spotted fever and Tularemia. 

(© Visuals Unlimited/Corbis.) 


lungs, spleen, liver, and kidney. As these infections 
become more established, the microbe can spread to 
tissues throughout the body. 


Symptoms of tularemia vary depending on the 
route of entry. Handling an infected animal or carcass 
can produce a slow-growing ulcer at the point of initial 
contact and swollen lymph nodes. When inhaled, the 
symptoms include the sudden development of a head- 
ache with accompanying high fever, chills, body aches 
(particularly in the lower back), and fatigue. Ingestion 
of the organism produces a sore throat, abdominal 
pain, diarrhea, and vomiting. Other symptoms can 
include eye infection and the formation of skin ulcers. 
Some people also develop pneumonia like chest pain. 
An especially severe pneumonia develops from the 
inhalation of one type of the organism, which is des- 
ignated as Francisella tularensis biovar tularensis (type 
A). The pneumonia can progress to respiratory failure 
and death. The symptoms typically tend to appear 
three to five days after entry of the microbe into the 
body. 


The infection responds to antibiotic treatment 
and recovery can be complete within a few weeks. 
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Tumbleweed 


Recovery produces a long-term immunity to re-infec- 
tion. Some people experience a lingering impairment 
in the ability to perform physical tasks. If left 
untreated, tularemia can persist for weeks, even 
months, and can be fatal. The severe form of tularemia 
can kill up to 60% of those who are infected if treat- 
ment is not given. 


A vaccine consisting of a living, but weakened 
form of the bacterium is available for tularemia. To 
date it has been administered only to those who are 
routinely exposed to the bacterium (e.g., researchers). 
This is because the potential risks of the vaccine are 
statistically greater than the risk of acquiring the 
infection. 


See also Bacteria; Disease; Zoonoses. 


Tulip see Lily family (Liliaceae) 


| Tumbleweed 


The true tumbleweeds are various species of herba- 
ceous plants in the amaranth family (Amaranthaceae). 
These are usually annual plants that develop a spher- 
ical, bush-shaped biomass. At the end of the growing 
season when their small seeds are ripe, the tumbleweeds 
wither and detach from their base and are blown about 
by winds, scattering their seeds widely over the surface 
of the ground. Therefore, the tumbling habit of these 
plants is an adaptation to extensive dispersal of their 
ripe seeds. 


One common species of tumbleweed is Amaran- 
thus graecizans. This annual plant is native to semi- 
deserts but is now a common weed of recently dis- 
turbed land in agricultural and urban areas. This 
plant has a whitish stem, green leaves, and numerous 
small, greenish flowers. Amaranthus albus, also known 
as tumble pigweed, is a closely related tumbleweed. 


Other unrelated species of plants also tend to 
tumble to disperse their seeds. Two examples in the 
goosefoot family (Chenopodiaceae) are the Russian- 
thistle or Russian tumbleweed (Salsola kali) and the 
Russian pigweed (Axyris amaranthoides). These are 
both introduced species and can be important weeds. 
The winged pigweed or tumbleweed (Cycloloma atri- 
plicifolium) is a related native species of arid habitats 
of the West which has also become weedy in open, 
disturbed habitats. Another species with a tumbling 
habit is the tumble mustard (Sisymbrium altissimum), 
in the mustard family (Brassicaceae). Tumble panic- 
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grass (Panicum capillare, family Poaceae) produces a 
large, bushy inflorescence that often detaches and 
blows about at the end of the growing season. 


The “tumbling tumbleweeds” have become a 
romanticized element of the landscape of the 
American West through the pervasive influence of 
their images in songs and movies. However, many of 
these very capable and opportunistic tumbleweeds are 
also extremely widespread as weeds. As such, the tum- 
bleweeds are taking advantage of many types of dis- 
turbed habitats that are created on the landscape by 
humans and their activities. 


] Tumor 


A tumor (also known as a neoplasm) is an abnor- 
mal tissue growth. Neoplasm means new formation. 
Tumors can be either malignant (cancerous) or non- 
malignant (benign) but either type may require therapy 
to remove it or reduce its size. In either case the tumor’s 
growth is unregulated by normal body control mecha- 
nisms. Usually the growth is not beneficial to the organ 
in which it is developing and may be harmful. 


Itis not known what triggers this abnormal growth. 
Normally cells are generated at a rate needed to replace 
those that die or are needed for an individual’s growth 
and development. Muscle cells are added as one grows 
as are bone cells and others. Genetic controls modulate 
the formation of any given cells. The process of some 
cells becoming muscle cells, some becoming nerve cells, 
and so onis called cell differentiation. Tumor formation 
is an abnormality in cell differentiation. 


A benign tumor is a well-defined growth with 
smooth boundaries. This type of tumor simply grows in 
diameter. A benign growth compresses adjacent tissues 
as it grows. A malignant tumor usually has irregular 
boundaries and invades the surrounding tissue. This can- 
cer also sheds cells that travel through the bloodstream 
implanting themselves elsewhere in the body and starting 
new tumor growth. This process is called metastasis. 


It is important that the physician determine which 
kind of tumor is present when one is discovered. In 
some cases this is not a simple matter. It is difficult to 
determine whether the growth is benign without tak- 
ing a sample of it and studying the tissue under the 
microscope. This sampling is called a biopsy. Biopsy 
tissue can be frozen quickly, sliced thinly, and 
observed without staining (this is called a frozen sec- 
tion); or it can be sliced, stained with dyes, and 
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Benign tumors are generally 
self-contained and localized 
and have a well-defined 
perimeter. 


They grow slowly, 
expanding outward 
from acentral mass. 


Malignanttumors are 
notself-contained, and 
usually do not compress 
surrounding tissues. Their 
growth is anirregular 
invasion of adjacentcells. 


Although they may 
grow slowly, they are 
also capable of very 
rapid growth. 


They are dangerous when they 
compress surrounding tissues. 
Abenign tumor near a blood 
vessel could restrict the flow of 
blood; inthe abdomen it could 
impair digestion; in the brain it 
could cause paralysis. 


They are notlocalized; in 
aprocess called metastasis 
they shed cells that travel 
through the bloodstream 
and infect tissues at other 
locations. They caneven 
establish malignant growth 
in adifferenttype of tissue; 
abreast cancer can spread 
to bone tissue, for example. 


A comparison of benign and malignant tumor characteristics. (Hans & Cassidy. Courtesy of Gale Group.) 


observed under the microscope. Cancer tissue is dis- 
tinctly different from benign. 


A benign tumor can be lethal if it compresses the 
surrounding tissue against an immovable obstacle. A 
benign brain tumor compresses brain tissue against 
the skull or the bony floor of the cranium and results 
in paralysis, loss of hearing or sight, dizziness, and/or 
loss of control of the extremities. A tumor growing in 
the abdomen can compress the intestine and interfere 
with digestion. It also can prevent proper liver or 
pancreatic function. The benign tumor usually grows 
at a relatively slow pace and may stop growing for a 
time when it reaches a certain size. 
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A cancer may grow quite rapidly or slowly, but 
usually is irregular in shape. It invades the neighboring 
tissue instead of pressing it aside. Most importantly, a 
cancer sheds cells, that is, metastasizes, so that new 
cancer growths can spring up in areas distant from the 
original cancer. The cancerous cells also can establish a 
cancer in tissue that is different from the original cancer. 
A breast cancer could spread to bone tissue or to liver. 


Tumor removal is a surgical procedure to remove 
an abnormal growth. A tumor, an uncontrolled 
growth of cells, can be either benign, like a wart, or 
malignant, in which case it is a cancer. Benign tumors 
are well circumscribed and are generally easy to 
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KEY TERMS 


Biopsy—tThe surgical removal of a small part of a 
tumor. The excised tissue is studied under the 
microscope to determine whether it is benign or 
malignant. 


Chemotherapy—Use of powerful drugs to kill can- 
cer cells in the human body. 


Differentiation—The process by which cells take 
the form of a given type of tissue. That is, basic cells 
become muscle cells, neurons, stomach lining, kid- 
ney, or other cell types. 


Metastasis—Spreading of a cancerous growth by 
shedding cells that grow in other locales. 


remove completely. In contrast, cancers pose some of 
the most difficult problems in all of surgery. A benign 
tumor can be removed surgically if it is in a location 
that a surgeon can reach. A tumor growing in an 
unreachable area of the brain can be treated using 
radiation. It can also be treated by inserting thin 
probes through the brain tissue into the tumor and 
circulating liquid nitrogen through the probe to freeze 
the tumor. This operation is called cryosurgery. 


A malignancy requires steps to remove it but con- 
sideration must be given to the possibility that the 
tumor has begun to metastasize. The main or primary 
tumor may be removed surgically but if the tumor has 
been growing for some time the patient also may 
require treatment with powerful drugs to kill any 
stray cells. This treatment is called chemotherapy. 
Chemotherapy allows the anti-tumor drug to be circu- 
lated throughout the body to counter any small tumor 
growths. Currently about 40% of all cancers are 
treated with surgery alone. In 55% of all cancers, 
surgery is combined with other treatments—usually 
radiation therapy or chemotherapy. 
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| Tuna 


Tuna are large, fast-swimming bony fish (teleosts 
of the family Scombridae) found in waters of the 
world’s oceans. All species of tuna are economically 
important, usually supporting a large commercial fish- 
ery, and sometimes a local sport fishery. The largest 
species is the bluefin tuna (Thunnus thynnus), which 
can achieve a length of 13 ft (4 m) and weigh up to 
1,760 Ib (800 kg). Populations of bluefin tuna occur in 
temperate and warm waters throughout the world. 
Smaller species of tunas include the albacore tuna 
(T. alalunga), yellowfin tuna (7. albacares), skipjack 
tuna (Katsuwonus pelamis), bonitos (Sarda spp.), frigate 
mackerels (Auxis spp.), Spanish mackerels (Scomberomo- 
rus spp.), and the wahoo (Acanthocybium spp.). 


Biology of tuna 


A remarkable aspect of the physiology of tunas in 
the genus Thunnus is their ability to maintain a body 
temperature significantly warmer than that of the 
ambient seawater. For example, the bluefin tuna 
can maintain a core body temperature of 75-95°F 
(24-35°C), even in water as cold as 43°F (6°C). 
However, unlike typical endothermic creatures such 
as mammals and birds, the body temperatures of tuna 
are not held constant within a relatively narrow range. 


The endothermy of tunas is achieved by conserv- 
ing the heat generated through normal body metabo- 
lism. This is accomplished through the action of an 
intertwined meshwork of veins and arteries, known as 
the rete mirable (meaning “wonderful net”), located in 
the periphery of the body. The rete mirable reclaims 
much of the heat in the venous blood, and transfers 
it to arterial blood through the action of a counter- 
current exchange system. This heat transfer slows 
down the rate of cooling of the tuna at the body sur- 
face, and thereby allows the animal to maintain a 
warmer core temperature. Higher body temperatures 
allow tuna to use their muscles more efficiently, and 
therefore swim more quickly with relatively little 
expenditure of energy. Higher temperatures of the 
body core may also contribute to the rapid and effi- 
cient digestion and absorption of food. 


Tuna are fast swimmers, reaching speeds of up to 56 
mph (90 km/h) in the case of the large bluefin tuna. 
Moreover, tuna are well adapted for cruising great dis- 
tances at a relatively brisk speed. However, tuna can 
also accelerate quickly while preying on other fish, or to 
avoid their own predators. A tuna’s body is relatively 
elongated and fusiform, that is, tapering at both ends. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A tuna. (© Lanceau Y. Jacana, National Audubon Society Collection/Photo Reasearchers, Inc.) 


Their fins are of a size and position designed to minimize 
drag, so that maximum speeds can be achieved and 
maintained with relatively small expenditures of energy. 
The major source of forward thrust while swimming is 
side-to-side movements of the caudal, or tail fin. Tunas 
also have relatively large median fins (especially the 
dorsal, or top fin), which is an adaptation to minimizing 
the drag associated with sideways slippage of the body 
during swimming. 


Tuna fisheries 


Tuna support large commercial fisheries wherever 
they are abundant, and are thus economically impor- 
tant fish. However, as with any fishery, stocks of tuna 
can be easily exhausted through excessive harvesting. 
Indeed, most if not all stocks of tuna have been sig- 
nificantly degraded by overharvesting. This problem 
can be illustrated by the case of the fishery for bluefin 
tuna in the western Atlantic Ocean. 


The bluefin tuna is a very large, fast-swimming fish 
which undertakes regular trans-oceanic migrations. 
Bluefin tuna are extremely valuable since they are 
eagerly sought for sale as a delicacy in Japanese sushi 


restaurants. During the early 1990s, a prime bluefin 
tuna caught in North America could be sold for 
$30,000 (U.S. currency) at the wharf, and then for at 
least $60,000 at an auction in Tokyo. The tuna meat 
might then be sold for about $350 per pound, as pre- 
pared sushi in restaurants. This is equivalent to about 
$230,000-$385,000 per fish, depending on its weight. 


Because bluefin tuna are so enormously valuable, 
they have been exploited intensively, and their popu- 
lations are declining rapidly. For example, in 1975 
there were an estimated 150,000 bluefin tuna in the 
western Atlantic Ocean, but by the early 1990s this 
number had decreased by 90% through excessive har- 
vesting, to only 22,000 animals. This resource collapse 
occurred even though the fishery was regulated by an 
international agency, the Atlantic Commission for the 
Conservation of Atlantic Tunas. The problem was 
that the managers of the commission consistently 
ignored the advice of their resource scientists, and set 
the allowable catches higher than was recommended, 
or was prudent. In addition, there was substantial 
unregulated pirate fishing by ships flying the flags of 
nations that are not members of the commission. As of 
1999, this situation has not significantly improved. 


Tundra 
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Counter-current exchange—An exchange of heat 
or respiratory gases between two fluids moving 
across each other in different directions. In the 
rete mirable of tunas, the fluids are contained in 
veins and arteries, and the transfer of heat occurs 
across the walls of these vessels. 


Endothermy—Refers to animals that maintain their 
body temperatures within a range substantially 
warmer than their ambient environment. The 
source of heat is from internal metabolism. 


Overharvesting—The unsustainable exploitation 
of a potentially renewable, biological resource. In 
such a case, the harvesting rate exceeds the rate of 
regeneration, so the quantity of the resource dimin- 
ishes over time, sometimes to commercial or even 
biological extinction. 


The regulated and non-regulated overfishing were 
both ultimately caused by greed, and a desire to reap 
large, short-term profits. This was done without sig- 
nificant regard for the sustainability of the enterprise, 
or of the natural resource of bluefin tuna. 


Some of the smaller species of tuna are caught 
using a type of net called a purse seine, set around a 
school of fish. The net initially floats vertically, with 
one side buoyed at the surface. Once the purse seine is 
set around a group of fish, the deeper side of the net is 
closed using a drawstring like apparatus, trapping the 
fish inside the “purse.” Unfortunately, purse seines 
also trap other species, including dolphins and por- 
poises that often associate with schools of tuna in 
some regions. In fact, in some fishing sectors boat 
captains deliberately set their nets around groups of 
these marine mammals, because they know that 
schools of tuna are generally found beneath them. 
From the 1960s to the late 1980s, huge numbers of 
some species of dolphins and porpoises were killed in 
purse seines set for tuna, perhaps 200,000 of these 
marine mammals each year. More recently, the dol- 
phin kill rate has declined to about 100,000 per year. 
This non-target fishing mortality has significantly 
depleted the populations of dolphins and porpoises 
in some regions. 


Large tuna often have a significant contamination 
of their flesh with mercury. This commonly occurs toa 
degree that exceeds the maximum acceptable concen- 
tration of mercury in fish intended for human con- 
sumption, that is, 0.5 ppm (parts per million, on a 
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fresh weight basis). The contamination of tuna and 
other large, oceanic fish by mercury is apparently a 
natural phenomenon. One study found no difference 
in the mercury concentrations of modern tuna, and 
animals collected between 1878 and 1909 and stored in 
a museum. 


The IUCN—The World Conservation Union 
considers the bigeye tuna (Thunnus obesus) to be vul- 
nerable and the Monterrey Spanish mackerel (Scom- 
beromorus concolor) to be endangered. The southern 
bluefin tuna (Thunnus maccoyii) is listed as critically 
endangered. 


See also Drift net. 
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l Tundra 


Tundra is a generic name for an ecosystem char- 
acterized by low-growing vegetation in a climatically 
stressed environment with short and cool growing 
seasons. Latitudinal tundra occurs in the Arctic and 
to a much lesser extent in the Antarctic, where the 
environments are characterized by cool, short growing 
seasons. Altitudinal tundra occurs under a similar 
climatic regime, but at the tops of mountains. 


After temperature, the second most important envi- 
ronmental factor affecting most tundra communities 
is moisture. Under wet conditions, sedge and grass- 
dominated meadow communities develop, while moist 
conditions favor a vegetation dominated by dwarf 
shrubs and herbaceous species, and dry sites have cush- 
ion plants and lichens. The flora of arctic and alpine 
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Rocky tundra on Bear Island in the Barents Sea. (E.R. 
Degginger. National Audubon Society Collection/Photo 
Researchers, Inc.) 


tundra share many structural characteristics, most gen- 
era, and some species. However, there are important 
environmental differences between these two tundra 
types, with the alpine type being subject to much larger 
variations of daily temperature during the growing sea- 
son, as well as more intense inputs of solar radiation 
during the day. In contrast, arctic tundra can experience 
continuous exposure to the sun’s rays, with 24-hour 
days for an extended period during the growing season. 


Arctic tundra 


Arctic tundra occurs in the northernmost parts of 
the northern hemisphere, intergrading across the lat- 
itudinal tree-line with the boreal forest to the south. 
In North America, arctic tundra occurs on all non- 
glaciated regions of the islands of northern Canada 
and on Greenland, as a northern fringe of Alaska and 
continental Canada, and penetrating to relatively 
southern latitudes in the vicinity of Hudson Bay, 
which acts as a climate-influencing extension of the 
cold Arctic Ocean. (An ecological analogue of arctic 
tundra occurs on the southernmost islands of the 
Southern Ocean and as a narrow fringe of parts of 
Antarctica. However, compared with arctic tundra, 
antarctic tundras are less well developed and have 
few species of plants.) The distribution of arctic tundra 
is determined by climate, generally occurring where 
the annual precipitation is less than about 2 in (5 cm) 
each year (including melted snow), and the average 
annual temperature is colder than 23°F (-5°C). Much 
of the arctic tundra covers permanently frozen 
ground, or permafrost, above which only the active 
layer—comprised of the surface 1.6 ft (0.5 m) or so— 
thaws during the growing season. Arctic tundra expe- 
riences continuous inputs of solar radiation during 
much of the growing season, a condition that can last 
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for more than two months, depending on latitude. The 
incessant insolation during this time allows the vege- 
tation to be relatively productive, as long as the avail- 
abilities of moisture and nutrients are not excessively 
constrained. During the arctic winter, when plants are 
dormant but some animals remain active, there is 
continuous night for several months, and extremely 
cold conditions. 


There are several categories of arctic tundra vegeta- 
tion. The low-arctic tundra occurs in southern areas. On 
wet sites, the low-arctic tundra of North America develops 
as relatively productive wet meadows dominated by a 
tussock-forming cotton grass (Eriophorum vaginatum), 
while better-drained sites are dominated by shrubs such 
as willow (e.g, Salix glauca) and birch (e.g., Betula glan- 
dulosa), growing to about 1.6 ft (0.5 m) in height. These 
sites also support herbaceous plants, such as arctic lupin 
(Lupinus arcticus). 


The high-arctic tundra is less productive and the 
plants are of lower stature. In North America, poorly 
drained wet meadows are dominated by graminoid 
plants, especially sedges (e.g., Carex membranacea 
and C. stans) and cotton grass (Eriophorum angustifo- 
lium). Drier sites are typically dominated by dwarf 
shrubs such as arctic willow (Salix arctica), arctic 
heather (Cassiope tetragona), mountain cranberry 
(Vaccinium vitis-idaea), and arctic bilberry (V. uligino- 
sum), along with herbaceous plants such as lousewort 
(Pedicularis spp.), grasses (such as Arctagrostis latifo- 
lia), mosses, and lichens. 


The polar desert is a very sparse tundra that occurs 
where climatic extremes of temperature and moisture 
availability allow only an incomplete cover of vegetation 
to develop. Such sites typically have a sparse cover of 
lichens and a few species of vascular plants, including 
cushion plants such as arctic avens (Dryas integrifolia) 
and purple saxifrage (Saxifraga oppositifolia), along with 
a few grasses and herbs. However, within the polar desert 
landscape there are occasional places that, because of their 
topography and drainage patterns, are relatively warm 
and moist throughout the growing season. These more 
moderate places are called high-arctic oases. They sustain 
a relatively lush growth of vegetation and, if the oasis is 
large enough, relatively large populations of animals. 


The arctic tundra sustains only a few species of 
resident animals that remain active throughout the 
year. In the high-arctic tundra of North America, resi- 
dent birds include the raven (Corvus corax) and rock 
ptarmigan (Lagopus mutus). Resident mammals include 
Peary caribou (Rangifer tarandus pearyi), muskox 
(Ovibos moschatus), arctic fox (Alopex lagopus), collared 
lemming (Dicrostonyx torquatus groenlandicus), and 
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arctic hare (Lepus arcticus). However, there is a much 
larger number of seasonally abundant animals. These 
include insects, some of which can be very abundant 
during the growing season, including dense populations 
of mosquitoes. Migratory species of birds include finches 
such as snow bunting (Plectrophenax nivalis), Lapland 
longspur (Calcarius lapponicus), and hoary redpoll 
(Acanthis hornemanni); shorebirds such as Baird’s sand- 
piper (Calidris bairdii) and red knot (Calidris canutus); 
waterfowl such as oldsquaw duck (Clangula hyemalis) 
and greater snow goose (Chen caerulescens atlantica); 
and larids such as arctic tern (Sterna paradisaea), glau- 
cous gull (Larus hyperboreus), and parasitic jaeger 
(Stercorarius parasiticus). 


Alpine tundra 


Alpine tundra occurs in climatically stressed 
environments at high elevation. Alpine tundra can 
also occur on mountaintops at tropical latitudes, 
although it is much more common in temperate 
regions. Compared with the arctic tundra, alpine 
environments have much larger daily variations of 
temperature and solar radiation during the growing 
season. Because of the thinness of the atmosphere at 
high altitude, alpine tundra is also subject to large 
inputs of ultraviolet radiation, which can be an 
important biological stressor. Because the skies are 
often clear at high altitude, the surface cools very 
quickly at night, so that frost can be a daily occur- 
rence during the growing season. 


In general, alpine tundra is considerably richer in 
plant species than arctic tundra. At temperate lati- 
tudes, this occurs because alpine environments were 
not regionally obliterated by glacial ice during the 
most recent glaciations, so the component species 
were able to endure this period of intense climatic 
stress. This survival was made possible by the occur- 
rence of non-glaciated refugia where plants could 
survive on some mountaintops (these are called 
nunataks). In addition, as the climate deteriorated, 
alpine tundra could migrate to lower-altitude, non- 
glaciated parts of mountainous regions, as the tree- 
line moved downward. In contrast, almost all of the 
arctic tundra was destroyed by the extensive conti- 
nental glaciers that covered northern regions during 
the most recent ice ages. It is believed that after 
deglaciation the arctic tundra was re-established by 
a northward migration of some of the plant species of 
alpine tundra. However, because only some species 
were capable of undertaking the extensive migrations 
that were necessary, the arctic tundra is relatively 
poor in species, compared with temperate alpine 
tundras. 
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There are relatively few animals that only occur in 
alpine tundra and not in other types of ecosystems. In 
North America some of the characteristic mammals of 
alpine tundra include a small relative of rabbits called 
the pika (Ochotona princeps), and the hoary marmot 
(Marmota caligata). The gray-crowned rosy finch 
(Leucostichte tephrocotis), horned lark (Eremophila 
alpestris), and water pipit (Anthus spinoletta) all 
breed in alpine tundra of North America, but also in 
arctic tundra (the lark also breeds in other open hab- 
itats, such as prairie and fields). 
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Tungsten see Element, chemical 


tl Tunneling 


Tunneling, also known as the tunnel effect, is a 
quantum mechanical phenomenon by which a tiny 
particle can penetrate a barrier that it could not, by 
any classical or obvious means, pass. Though seem- 
ingly miraculous, the effect does have some intuitive 
characteristics. For instance, thin barriers allow more 
particles to tunnel than do thick ones, and low barriers 
permit more tunneling than do high ones. 


Tunneling does not generally show itself in the 
macroscopic world. It only starts to become a factor 
for microscopic items. Atoms can tunnel, as can elec- 
trons, but things such as tennis balls and grapes, easily 
seen with the naked eye, will not. For microscopic 
particles, the barrier heights are described in terms of 
energy instead of distance, but for conceptual pur- 
poses there is little difference (Figure 1). 


It is important to note that the effect can only be 
understood with the aid of quantum mechanics. Classical 
mechanics, the system pioneered by Isaac Newton that 
stood unchallenged until the early twentieth century, has 
no way of explaining tunneling. In the Newtonian phi- 
losophy, all particles, even the tiniest of microscopic 
particles, can be located precisely. Any uncertainty is 
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Figure 1. A particle before and after tunneling. It approaches 
from the left with far less energy than it would need to pass 
over the energy barrier. (Illustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


Distance from center of 


uranium nucleus 


Figure 2. Rutherford’s potential energy map (dark curve) and 
the theoretical other side of the barrier (dashed curve), which 
serves to contain the pieces of the nucleus; (a) shows an 
alpha particle as part of the nucleus and (b) shows its 
troublesome appearance outside the uranium atom. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


seen as the result of an imperfect measuring device or a 
sloppy scientist. In addition, each microscopic particle is 
considered to be like a tiny pebble and there can be 
nothing wave like about it. 


The quantum view of the universe is fundamen- 
tally different from the Newtonian view. Each particle 
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is said to have both corpuscular (pebble like) and 
wave-like properties. Furthermore, a quantum par- 
ticle cannot, in general, be located precisely. It has a 
built-in uncertainty that cannot be taken away by the 
best of measuring instruments. For these reasons, a 
particle in quantum mechanics is often treated as a 
wave function. This is another way of saying that the 
particle is akin to a small bundle of waves. 


Representing a quantum particle as such a bundle 
has two advantages. For one, it reveals that the par- 
ticle is, in some sense, blurry and can never be exactly 
pinned down. It exists over a range of space, not a 
specific point. For another, the wave function format 
allows particles to exhibit wave like properties (see 
interference and diffraction). Tunneling is a one of 
these wave like properties. By the more general name 
of “barrier penetration,” it is a well-established char- 
acteristic of waves. Light waves, for instance, have 
long been observed to overcome daunting optical 
barriers. 


In a fundamental sense, the quantum mechanical 
explanation of tunneling can be illustrated by an anal- 
ogy. If we roll a ball very slowly toward, say, a cement 
speed bump, we confidently say that it will not surpass 
the barrier and predict that it will roll back toward us. 
However, if a very modest ocean swell approaches an 
offshore sandbar, we are not as sure of the results and 
rightly so. The character of the wave, even if dimin- 
ished in size, often makes its way past the sandbar. 
Similarly, treating a microscopic particle with the 
mathematical model of a ball clearly tells us tunneling 
is impossible, while using the mathematical model of a 
wave just as clearly states that particles will always 
have a chance to tunnel. 


History 


Some scattering experiments of the early twenti- 
eth century paved the way for tunneling. Ernest 
Rutherford, the pioneer of the scattering method, 
came across a paradox in a series of uranium experi- 
ments in 1910. Scattering involves the probing of a 
microscopic object by bombarding it with other par- 
ticles and then keenly observing how the particles are, 
literally, scattered by the object in question. 
Specifically, Rutherford tried to pinpoint where the 
bombarding particles were scattered and how fast they 
were moving. 


An example using tennis balls gives one a simple 
and accurate picture of a scattering experiment. Say a 
statue exists in a dark courtyard and we want infor- 
mation about the statue without being able to see it. 
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Electron—One of the fundamental particles of the uni- 
verse; Carries a negative charge and has very little mass. 


Energy barrier—An obstacle analogous to a physical 
wall, where any object that passes must either pos- 
sess an energy greater than the barrier’s or tunnel 
through the barrier. 


Macroscopic—Not needing a microscope to be 
seen, readily observed by the human eye. 


Potential—Closely related to potential energy, which 
is known as the “energy of position” or the energy that 
a body possesses due to its circumstances as opposed 
to its motion. 


Quantum mechanics—The theory that has been 
developed from Max Planck’s quantum principle to 


Mainly, we want to know what its shape is (e.g., a 
horse or a person) and from what materials it is 
made (e.g., granite or clay). To learn more about the 
statue, we stand at the edge of the courtyard and toss 
tennis balls into the dark area, hoping to hit the statue. 
After many thousands of tennis balls, we’ve learned a 
lot. If only a few of the tennis balls have hit anything, 
we know the statue is probably quite small. Also, the 
directions that tennis balls were scattered are impor- 
tant. If most of them come straight back to us, we can 
ascertain that the statue has a large, flat front like a 
wall. Moreover, by observing the speed of the 
scattered tennis balls, we can get an idea of how hard 
the statue is. Atomic scattering set a similar scene for 
Rutherford, but he was interested in the nuclei of 
atoms and he preferred alpha particles to tennis balls. 


Through a series of remarkable scattering experi- 
ments, Rutherford, working in conjunction with his 
students Hans Geiger and Ernest Marsden, had accu- 
rately mapped the insides, or nucleus, of the uranium 
atom. Uranium was of great interest at the time 
because of its radioactive properties. The summation 
of Rutherford’s results for uranium came in the form 
of a potential diagram. Potential refers to electric 
potential energy, so his diagram mapped out an energy 
barrier (Figure 2). Any particle that escaped the 
nucleus (i.e., any particle of nuclear radiation) would 
have to overcome this energy obstacle before it left. 
Rutherford estimated the top of this barrier to be 
at least about nine units of energy high. However, 
when observing the occasional radiated alpha particle 
(see radiation), he found that it had only four units of 
energy. The paradox was born. How could a particle 
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describe the physics of the very small. The quantum 
principle basically states that energy only comes in 
certain indivisible amounts designated as quanta. 
Any physical interaction in which energy is 
exchanged can only exchange integral numbers of 
quanta. 


Scattering—An experimental technique by which 
an item of interest is studied by inducing other par- 
ticles to collide with it. 


Wave function—A useful mathematical construct 
commonly employed in quantum mechanics to rep- 
resent both a particle’s wavelike characteristics and 
its uncertainty in location. 


with so little energy overcome a barrier of such height? 
Such a problem can be compared to a man walking 
next to a huge baseball stadium and suddenly seeing 
a baseball floating toward him, as if gently tossed. 
Surely any ball hit out of the stadium would 
have been moving fast enough to at least sting his 
palm. 


The question lingered for 18 years until George 
Gamow, assisted by his colleagues Edward Uhler 
Condon and Ronald Gurney, proposed a solution. 
In 1928, quantum mechanics was gaining credibility, 
and the three physicists performed a relatively simple 
calculation, treating the alpha particle as a quantum 
mechanical wave function. In essence, they analyzed 
the problem from the viewpoint that an alpha particle 
was not located precisely at any given spot, but rather 
that its existence was spread out, like a wave. 
Their explanation proposed that the alpha particles 
tunneled out of uranium’s energy barrier, and it fit 
Rutherford’s observations perfectly. The acceptance 
and practical application of tunneling theory had 
begun. 


Applications 


One of the first applications of tunneling was an 
atomic clock based on the tunneling frequency of the 
nitrogen atom in an ammonia (chemical formula 
NH:3) molecule. The rate at which the nitrogen atom 
tunnels back and forth across the energy barrier pre- 
sented by the hydrogen atoms is so reliable and so 
easily measured that it was used as the timing mecha- 
nism in one of the earliest atomic clocks. 
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A current and quickly advancing application of 
tunneling is Scanning Tunneling Microscopy (abbre- 
viated STM). This technique can render high-resolu- 
tion images, including individual atoms, that 
accurately map the surface of a material. As with 
many high-tech tools, its operation is fairly simple in 
principle, while its actual construction is quite 
challenging. 


The working part of a tunneling microscope is an 
incredibly sharp metal tip. This tip is electrically 
charged and held near the surface of an object 
(known as the sample) that is to be imaged. The energy 
barrier in this case is the gap between the tip and the 
sample. When the tip gets sufficiently close to the 
sample surface, the energy barrier becomes thin 
enough that a noticeable number of electrons begin 
to tunnel from the tip to the object. Classically, the 
technique could never work because the electrons 
would not pass from the tip to the sample until the 
two actually touched. The number of tunneling elec- 
trons, measured by incredibly sensitive equipment, can 
eventually yield enough information to create a pic- 
ture of the sample surface. 


Another application of tunneling has resulted in 
the tunnel diode. The tunnel diode is a small electronic 
switch and, by incorporating electron tunneling, it can 
process electronic signals much faster than any ordi- 
nary physical switch. At peak performance, it can 
switch on and then off again ten billion times in a 
single second. 


Resources 


BOOKS 

Hewitt, Paul. Conceptual Physics. New York: Prentice Hall, 
2001. 

Meriam, J.L., and L.G. Kraige. Engineering Mechanics, 
Dynamics. Sth ed. New York: John Wiley & Sons, 2002. 


Brandon Brown 


| Turacos 


Turacos, or touracos, are 23 species of sub-Saharan 
birds that make up the family Musophagidae, in the 
order Cuculiformes, which also includes the cuckoos, 
anis, coucals, and roadrunner. The usual habitat of 
turacos is dense tropical forests or forest edges. 
Turacos do not migrate, although they may move 
locally. 
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A Ross’s turaco. (© Anthony Mercieca, National Audubon 
Society Collection/ Photo Researchers, Inc. Reproduced by 
permission) 


Turacos are medium- to large-sized birds, with a 
body length of 1.2-2.5 ft (37-76 cm). They have short, 
rounded wings; long, broad tails; and small, crested 
heads. Their bills are short, stout, and slightly hooked 
at the tip of the upper mandible. The outer toe is highly 
dexterous, and can be turned and used in a forward or 
backward position. 


Turacos have a soft, thick plumage, colored in 
hues of green, brown, blue, or gray, with patches of 
white and red. The feather pigments of turacos are 
rather unusual. Most birds achieve a green coloration 
using a combination of yellow and melano-blue pig- 
ments, but in turacos an actual green pigment known 
as turacoverdin is present in the feathers. Turacos also 
produce a unique red copper-containing pigment 
known as turacin. 


Turacos are arboreal birds. They are weak, undu- 
lating fliers, and they commonly run along branches 
through tree foliage, suggesting the movements of a 
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small mammal, such as a squirrel. These birds eat 
fruits, seeds, buds, and invertebrates. The family 
name, Musophagidae, translates from the Greek as 
banana eater, although this is a misnomer, because 
these birds are not actually known to feed on bananas 
or plantains. 


Turacos are somewhat gregarious, congregating 
in small, noisy groups. Courtship includes fluttering 
displays to reveal bright patches of coloration, along 
with raising of the conspicuous crest on the head, and 
energetic bobbing of the tail. These displays are 
accompanied by loud calls as well as feeding of the 
female with fruit offered by the male. 


Turacos lay two to three eggs in a frail, arboreal 
nest made of twigs. These are incubated by the female, 
but both parents share in the feeding and care of the 
downy young. 


The giant blue plantain-eater (Corythaeola cris- 
tata) is the biggest turaco, achieving a length of 2.5 ft 
(76 cm). 


Three species of turaco are listed by the IUCN 
(The World Conservation Union) as facing some 
degree of threat—Bannerman’s turaco (Tauraco ban- 
nermani), Fischer’s turaco (7. fischeri), and Prince 
Ruspoli’s turaco (T. ruspolii). However, with the rap- 
idly accelerating rate of habitat loss in Africa, this 
number is likely to increase. 


Bill Freedman 


ll Turbine 


A turbine is any of various rotary machines that 
convert the kinetic energy in a stream of fluid (gas or 
liquid) into mechanical energy by passing the stream 
through a system of fixed and moving fans or blades. 
Turbines are simple but powerful machines that 
embody Newton’s third law of motion which states 
that for every action there is an equal and opposite 
reaction. They are classified according to the driving 
fluid they use: steam, gas, water, and wind. Today, 
different types of turbines generate electricity, power 
ships and submarines, and propel jet aircraft. 


History 


The idea of using naturally moving water or air to 
help do work is an ancient one. Waterwheels and wind- 
mills are the best examples of ancient mankind’s ability to 
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A quality control engineer inspects the fan assembly of a gas- 
fired turbine in a manufacturing plant. (© Brownie Harris/ 
Corbis.) 


capture some of nature’s energy and put it to work. The 
Romans were grinding corn with a waterwheel as early as 
70 BC, and modern-type windmills were being used in 
Persia around 700 AD. Both are ancestors of the turbine. 
Both have large surfaces (paddles, buckets, or a sail) at 
their wheel edges that are struck by moving wind or water 
which forces the wheel to turn. It was through the turning 
of this large central wheel, which could turn other smaller 
wheels, that mechanical energy was obtained and work, 
like grinding corn or operating a pump, could be 
accomplished. 


The most ancient of these methods was the under- 
shot wheel or paddle wheel. On these old waterwheels, 
only the very lowest part of the wheel was submerged 
beneath a moving body of water, and the entire wheel 
was turned as the river flowed past it, pushing against 
its paddles. This was a prototype for what came to be 
called an impulse turbine, which is one that is driven 
by the force of a fluid directly striking it. The under- 
shot waterwheel was followed during medieval times 
by the overshot wheel. This first made its appearance 
in Germany around the middle of the twelveth century 
and became the prototype for the modern reaction 
turbine. Contrasted to the impulse turbine whose 
energy source is kinetic energy (something striking 
something else and giving it some of its energy), the 
energy source for an overshot wheel (or reaction tur- 
bine) is known as potential energy. This is because it is 
the weight of the water acting under gravity that is 
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used to turn the wheel. Renaissance engineers studied 
the waterwheel and realized that the action of water on 
a wheel with blades would be much more effective if 
the entire wheel were somehow enclosed in a kind of 
chamber. They knew very well that only a small 
amount of the water pushing or falling on a wheel 
blade or paddle actually strikes it, and that much of 
the energy contained in the onrushing water is lost or 
never actually captured. Enclosing the wheel and 
channeling the water through this chamber would 
result in a machine of greater efficiency and power. 
They were hampered, however, by a lack of any theo- 
retical understanding of hydraulics as well as by a lack 
of precision machine tools with which they could care- 
fully build things. Both of these problems were 
resolved to some degree in the eighteenth century, 
and one of the earliest examples of a reaction turbine 
was built in 1750 by the German mathematician and 
naturalist Johann Andres von Segner (1704-1777). In 
his system, the moving water entered a cylindrical box 
containing the shaft of a runner or rotor and flowed 
out through tangential openings, acting with its weight 
on the inclined vanes of the wheel. 


A really efficient water turbine was now within 
reach it appeared, and a prize was offered in France 
by the Societe d’Encouragement pour I’Industrie 
Nationale. The prize was won by the French mining 
engineer Claude Burdin (1778-1873), who published 
his results in 1828. It was in this publication that 
Burdin coined the word “turbine” which he took 
from the Latin “turbo” meaning a whirling or spin- 
ning top. It was Burdin’s student, Benoit Fourneyron 
(1801-1867), who improved and developed his men- 
tor’s work and who is considered to be the inventor of 
the modern hydraulic turbine. Fourneyron built a six- 
horsepower turbine and later went on to build larger 
machines that worked under higher pressures and 
delivered more horsepower. His main contribution 
was his addition of a distributor which guided the 
water flow so that it acted with the greatest efficiency 
on the blades of the wheel. His was a reaction type 
turbine, since water entering through the vanes of the 
distributor (that was fitted inside the blades) then 
acted on the blades of the wheel. 


Following Fourneyron’s first turbine, which hap- 
pened to be a hydraulic or water turbine, other turbines 
were developed that used the energy of a different 
material like gas or steam. Although these different 
types of turbines have different means of operation 
and certainly different histories, they still embody the 
basic characteristics of a turbine. They all spin, or 
receive their energy from some form of a moving 
fluid, and they all convert it into mechanical energy. 
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Types of turbines 


While turbines can be classed as either impulse or 
reaction according to the way they function, there are 
four broad types of turbines categorized according to 
the fluid that supplies the driving force: steam, gas, 
water, or wind. Steam, water, and wind turbines are all 
used to generate electricity, and gas turbines are most 
often used by jet aircraft for propulsion. The steam 
turbine is mainly used by power plants that burn either 
fossil fuels or use nuclear energy to drive generators 
for consumer electricity. Steam turbines also power 
submarines and ships. The water or hydraulic turbine 
is used almost exclusively in hydroelectric plants to 
power an electric generator which then produces elec- 
tric power for homes, offices, and factories. Wind 
turbines are the least common, but Scotland now 
uses the vertical machines called Darrieus turbines 
whose giant, bow-shaped blades look like huge egg 
beaters to generate electricity via the wind. The gas 
turbine is primarily used by jet aircraft. 


Steam turbines transform the thermal energy 
stored in steam into mechanical work. The earliest 
steam turbine was also the earliest known steam 
engine. During the first century AD, the Greek math- 
ematician and engineer, Hero of Alexandria, built 
what was basically a novelty and produced no useful 
work, but was nonetheless the first steam turbine. It 
consisted of a small, hollow sphere with two nozzles or 
bent tubes sticking out of it. The sphere was attached 
to a boiler which produced steam. As the steam 
escaped from the sphere’s hollow tubes, the sphere 
itself would rotate on its axis and continue to whirl. 
This was in principle a reaction steam turbine because 
the force of the escaping steam itself provided the 
thrust to make it spin. Steam was not considered in 
any type of turbine context again until the Italian 
Giovanni Branca published a work in 1629, in which 
he suggested the principle of the impulse steam tur- 
bine. In his book he details that it would be simple to 
convert the linear motion of a cylinder into the rotary 
motion needed for work by directing a jet of steam 
onto the vanes of a wheel, like water against a water- 
wheel. It is not known if he ever built such an engine. 


Despite the advances made in understanding and 
managing steam that were gained in the eighteenth 
century, the steam turbine could not be built until 
the precision and strength of machining and materials 
had reached a certain level. In 1884, English engineer 
Charles Algernon Parsons (1854-1931) produced the 
first practical steam turbine engine. Although 
designed for the production of electric power, it was 
soon applied to marine propulsion and drove a ship 
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named Turbinia in 1887. The spectacular speed and 
performance of this great ship opened a new era of 
steam propulsion at sea. Parsons overcame several 
major engineering difficulties involving stress, vibra- 
tion, and balancing and truly deserves the title of 
father of the modern steam turbine. Besides their use 
at sea, steam turbines went on to generate an over- 
whelming proportion of the electricity used in the 
twentieth century. Today, the bulk of our electricity 
is generated by power stations using steam turbines. 
The steam is produced by the burning of fossil fuels 
(coal or gas) or by the use of nuclear energy. Most 
agree that steam turbines are still evolving and will 
play a considerable role in the generation of electrical 
power for some time to come. 


Water or hydraulic turbines are identified with 
dams and the generation of hydroelectric power. 
When a turbine is operated by rapidly flowing or fall- 
ing water, it is called an impulse turbine. The huge 
hydro-electric plant at Niagara Falls that was built at 
the end of the nineteenth century is this type of tur- 
bine. Water conditions usually determine what type of 
turbine is needed, and impulse water turbines require a 
constant flow of water to operate efficiently. Two 
aspects of this water flow is critical, its volume and 
its head. Water head is the distance water must fall 
before it strikes the turbine’s wheel. With a sufficient 
volume and head like Niagara, the impulse turbine can 
have its wheel or rotor mounted on either a vertical or 
a horizontal shaft. The ends of the turbine’s blades act 
like cup-shaped buckets, and as the water is directed at 
them at very high speeds by jets, the blades turn. As 
might be expected, most hydraulic turbines are of the 
reaction type since they are best suited to low-head 
situations. Here, the turbine is underwater and is 
turned by both the weight and speed of its flow. Its 
shaft is vertical and has either spirally curved blades or 
ones that resemble a ship’s propeller. Unlike impulse 
turbines which achieve rotation by the acceleration of 
water from the supply nozzles, reaction turbines work 
because of the acceleration of water in the rotor or 
runner. Both then transform the energy from the rush- 
ing water into mechanical energy. 


Wind turbines are the least common or significant 
of all turbine types, and many technical texts do not 
even mention them. Unlike waterwheels which directly 
led to the hydraulic turbine, the windmill has for the 
most part not evolved as a significant source of mod- 
ern energy. As with the noted Darrieus turbines in 
Scotland however, wind turbines do exist and have 
proved useful in areas of high, continuous winds. 
Wind turbine clusters generate electricity in the 
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KEY TERMS 


Hydroelectric power—Electric power derived 
from generators that are driven by hydraulic or 
water turbine engines. 


Impulse turbine—The force of a fastmoving fluid 
striking the blades that makes the rotor spin. 


Kinetic energy—That part of the energy of a body 
that it possesses as a result of its motion. 


Mechanical energy—Energy in the form of 


mechanical power. 


Reaction turbine—The rotor turns primarily as a 
result of the weight or pressure of a fluid on the 
blades. 


Tehachapi Mountains near Barstow, California, as 
well as in certain areas of Hawaii and New Hampshire. 


The best-known use for gas turbines is for jet 
engines. Gas turbines utilize hot gases as their names 
implies, and they are the newest type of turbine engine. 
Their gases are produced by the burning of some type 
of fuel, like kerosene. Air is then drawn into the front 
of the turbine and passed through a compressor where 
the compressed air is mixed with fuel in a combustion 
chamber and is burned. This produces hot gases that 
expand and therefore rush through the turbine rotors, 
causing them to spin. This spinning can be used to 
power an electric generator or a pump, but in the 
case of a jet aircraft, the hot expanding gases are sent 
out at very high speed from the rear nozzle of the 
engine, producing thrust which then pushes the engine 
and the aircraft forward. Gas turbines attain temper- 
atures higher than those of a steam turbine (the hotter 
a gas turbine is, the more efficiently it runs) and con- 
sequently cannot be built with ordinary metals. 


Turbine engines are an example of an idea that 
could not be put into practice until technology had 
accomplished certain advances. Probably the most 
important technical advance was the widespread 
introduction of steel and its alloys that occurred dur- 
ing the second half of the nineteenth century. The 
popularity and use of certain types of turbine engines 
rises and falls as needs, priorities, and situations 
change. A good example is the use of steam turbines 
for ship propulsion. After dominating sea travel for 
many years, steam turbines declined after the 1973 oil 
embargo because the fuel to make steam became pro- 
hibitively expensive. Diesels moved in to take their 
place since they required less fuel. Diesels can only 
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use liquid fuel however, and as oil becomes scarcer in 
the next century, steam turbines for ships may again be 
the choice, since they can be driven by coal-burning 
boilers. 


See also Alternative energy sources; Jet engine. 
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Turbot see Flatfish 


| Turbulence 


Turbulence is the formation of eddies in a fluid 
(liquid or gas). It is produced whenever a fluid (under 
certain conditions) is in contact with a solid and there 
is relative motion between them. For example, turbu- 
lence occurs when wind flows past a building or past a 
mountain; when the ocean flows past an island; when a 
baseball flies by a batter; when a jet airplane moves in 
the stratosphere; or when a river flows past a bridge 
pier. In all these cases, eddies form behind the obstacle 
(i.e., downstream), and eventually are carried away by 
the main body of fluid. 


Historical overview 


Turbulence has long been observed, but its scien- 
tific study began with the work of Scottish engineer 
and physicist William John Macquorn Rankine 
(1820-72). Later, British fluid dynamics engineer 
Osborne Reynolds (1842-1912) defined the number 
bearing his name, and German physicist Ludwig 
Prandtl (1875-1953) put forth the limiting-layer 
hypothesis. 


Today, the study of turbulence, experimental and 
theoretical, continues; but an agreement between both 
approaches is still in the future. 


The Reynolds number 


There is a number—called the Reynolds num- 
ber—whose values indicate clearly whether the motion 
of a fluid in a certain region is turbulent or not. It is 
defined as: 
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inertial force vd 
~ frictional force —‘y 


Whether an obstacle carries any eddies, and 
whether these are released into the flow downstream 
depends upon the speed of the incoming fluid, the size 
of the obstacle, and the internal friction (viscosity) of 
the fluid, according to Professor Karen J. Heywood 
(of the School of Environmental Sciences, University 
of East Anglia, United Kingdom), writing in Physics 
Education. Just like a solid body, a parcel of liquid or 
gas has mass, and therefore inertia. Inertial force is the 
amount of force required to stop a body that is moving 
along steadily with its own inertia. For example, the 
force to stop a charging rhinoceros moving toward a 
person would be greater than that needed to stop a 
hummingbird at the same speed. The inertial force 
necessary to stop a parcel of water that occupies a 
unit volume (1 m’*) is proportional to the square of 
its speed (v*) divided by a length typical of the obstacle 
(d)—for example, the diameter of a stone ina river. All 
fluids, as they flow, present friction between their 
different parts. This property is called viscosity. 
Liquids are more viscous than gases, and, among 
liquids, corn syrup is much more viscous than water. 
The viscous force (internal friction) working on an 
object of diameter d moving through a fluid at speed 
v is proportional to /.d/d 2, where / is the viscosity 
coefficient of the fluid. Dividing the expression for the 
inertial force by that for the frictional force, one 
obtains R as given by the above equation. 


Formation of eddies 


If one places an obstacle, e.g., a sphere, at rest in 
the midst of a fluid stream, physical intuition suggests 
that the part of the fluid that is really in contact with 
the obstacle must be at rest. However, photographs 
taken in different laboratories appeared not to sup- 
port this idea. In order to explain what was happening, 
German physicist Ludwig Prandtl introduced the 
hypothesis of the limiting layer, according to which 
in the immediate neighborhood of the obstacle there is 
a very thin layer of fluid whose velocity parallel to the 
surface of the object grows very rapidly, from zero at 
the surface itself to the velocity of the main body of 
fluid far from the object. This limiting layer is very thin 
upstream, but broadens downstream, i.e., behind the 
obstacle. 


Inside the downstream limit layer the fluid begins 
to move backward and in circles, until the eddies form 
when the Reynolds number is R = 5. As the fluid 
velocity grows, bringing R to a value of 70, the limit 
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Turbulence in the water below Niagara Falls. (JLM Visuals.) 


KEY TERMS 


Fluid—A piece of matter that flows; i.e., is 
deformed under the action of even the weakest 
forces. 


Inertia—The tendency of an object in motion to 
remain in motion, and the tendency of an object at 
rest to remain at rest. 


Viscosity—The internal friction within a fluid that 
makes it resist flow. 


layer broadens still more downstream, forming what is 
called a von Karman vortex street, after Hungarian- 
American engineer and physicist Theodore von 
Karman (1881-1963). These eddies finally leave the 
vicinity of the obstacle and float away with the main 
fluid current. If R keeps increasing to values of 
between 1,000 and 2,500, eddies become more fre- 
quent and the vortex street broadens still more, finally 
breaking up and forming a turbulent wake. At this 


stage, the motion of fluid particles is chaotic and varies 
in time. 


See also Fluid dynamics. 


Resources 


BOOKS 


Cannon, John, and Bhimsen Shivamoggi, eds. Mathematical 
and Physical Theory of Turbulence. Boca Raton, FL: 
Chapman & Hall/CRC, 2006. 

Cebeci, Tuncer. Analysis of Turbulent Flows. 

Amsterdam, Netherlands, and Oxford, UK: Elsevier, 
2004. 

Peinke, J., et al., eds. Progress in Turbulence. Berlin, 
Germany, and New York: Springer, 2005. 

Tsinober, Arkady. An Informal Introduction to Turbulence. 
Dordrecht, Germany, and Boston, MA: Kluwer 
Academic Publishers, 2001. 


PERIODICALS 


Heywood, Karen J. “Fluid flows in the environment: an 
introduction.” 1993. Phys. Educ. 2843-47 doi:10.1088/ 
0031-9120/28/1/008. 


Raul A. Simon 


l Turkeys 


Turkeys are relatively large, powerful, ground- 
feeding, North American birds with colorful, feather- 
less heads, classified in the family Phasianidae. The 
original range of the common turkey (Meleagris gallo- 
pavo) was from extreme southern Ontario to Mexico, 
but it now occupies a much smaller area. The second 
species in this group is the ocellated turkey 
(Agriocharis ocellata), which occurs in southern 
Mexico, Guatemala, and Belize. 


Turkeys are economically important birds. They 
are widely hunted in the wild, and are intensively 
reared on farms. The populations of wild turkeys are 
now greatly reduced, and much of their natural hab- 
itat has been destroyed, but many millions of these 
birds occur in captivity. 


Biology of turkeys 


Wild turkeys have a rather dark plumage, with 
some degree of iridescence. They have an featherless 
head, with brightly colored naked skin that is blue and 
red in the common turkey, and blue and orange in the 
ocellated turkey. 


Turkeys are sexually dimorphic. Male turkeys 
(called “toms”) are relatively colorful and large, with 
a body length in the common turkey of up to 4 ft (1.2 
m), and a weight of up to 20 lb (9 kg). Turkeys have 
powerful legs, and male birds have a sharp spur on the 
back of the foot that can inflict serious wounds during 
combat with other males or possibly when fending off 
a predator. 


The beak of male common turkeys is adorned by a 
wattle, which is a long, red, pendulous appendage that 
develops from tissues over the base of the upper man- 
dible. During courtship displays the wattle is extended 
to a droopy length that is several times that of the 
beak. Male common turkeys also develop a fat-rich 
growth on their breast prior to the breeding season. 
This tissue helps to sustain the male turkeys during 
this intense period of the year, when their frequent, 
time-consuming, aggressive encounters with other 
males do not allow them to feed regularly. The con- 
stant preoccupation with displaying, mating, and 
fighting during the breeding period is hard on the 
toms, and they can be quite emaciated by the time 
this season has passed. 


Wild turkeys mostly occur in forested and shrubby 
habitats, often with open glades. Turkeys forage on the 
ground in small groups, and spend the night roosting in 
trees. Turkeys are mostly herbivorous birds, eating a 
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wide range of plant foods, although they also eat 
insects as they are encountered. Hard treefruits such 
as acorns and other nuts, known collectively as “mast,” 
are an important food that is gleaned from the forest 
floor. These hard seeds are ground with small stones 
and other grit in the powerful gizzard of turkeys, so 
that the nutritious matter can be digested and 
assimilated. 


Turkeys are polygamous, meaning that a male 
bird will mate with as many females as possible. 
Male turkeys court females by elaborately spreading 
their fan like tail feathers, and by other visual displays, 
in which the wattle figures prominently. These dis- 
plays are given while the tom struts proudly about, 
making loud “gobbling” noises. Male turkeys are 
extremely aggressive among themselves during the 
breeding season, and well-matched toms may fight to 
the death over access to females. 


Female turkeys are alone responsible for building 
the ground nest, brooding the eight to 15 eggs, and 
raising the young. Turkey chicks are precocious, leav- 
ing the nest within a day of hatching, and following the 
female about and feeding themselves. Turkeys are 
gregarious after the breeding season, forming flocks 
that forage and roost together. 


Turkeys and humans 


Because of their large size and mild-tasting flesh, 
turkeys have long been hunted by humans as food and 
for sport. Until recently, wild common turkeys were 
badly overhunted in North America. This caused the 
wild populations of turkeys to decline over large areas, 
a resource collapse that was especially intense during 
the nineteenth century. Turkey populations were also 
badly damaged wherever there were extensive conver- 
sions of their forest habitat into agriculture, a change 
that has occurred over widespread regions. 


Today, common turkeys do not occupy much of 
their former range, and they generally occur as isolated 
populations in fragmented habitats. However, turkeys 
have been re-introduced to many areas from which they 
were eliminated, and also to some regions where they 
were not native. These introductions, coupled with con- 
trols over hunting pressures, have allowed substantial 
increases in the populations of wild turkeys over much 
of their North American range. 


It is not known when the common turkey was first 
domesticated, but this had already been accomplished by 
indigenous peoples of Mexico long before the Spanish 
conquest. The first turkeys seen by Europeans were appa- 
rently those domestic birds, some of which were taken to 
Europe for display and cultivation as a novel and tasty 
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Wild turkeys (Meleagris gallopavo) at the Arizona Sonora Desert Museum, Arizona. (Robert J. Huffman. Field Mark Publications.) 


food from the New World. The turkeys that are raised 
intensively today are derived from Mexican wild turkeys. 
Most domestic turkeys are white, although some varieties 
are black. Domestic turkeys have been artificially selected 
to have large amounts of meat, especially on the breast. 


If the turkey came from the Americas, how did 
this bird receive its common name, which implies a 
Turkish origin? During the sixteenth century, when 
the domestic turkey was first introduced to England, 
the bird was thought to resemble the helmeted guinea- 
fowl (Numida meleagris). This species had been kept 
domestically since the fourth century BC, but had 
disappeared from Europe after the collapse of the 
Roman Empire. During the fifteenth and sixteenth 
centuries, Portuguese traders re-introduced domestic 
guineafowl to Europe, using birds that had been 
obtained in the region of Turkey. The common name 
in England of these re-introduced guineafowl was 
“turkey,” and this name was transferred to the super- 
ficially similar domestic turkey of the Americas when 
it was introduced somewhat later on. 


Bill Freedman 
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l Turner syndrome 


Turner syndrome (also referred to as gonadal dys- 
genesis) is a rare genetic disorder that involves several 
chromosomal abnormalities (monosomy X chromo- 
some is the most common one affected), which only 
affects females. In Turner syndrome, sexual character- 
istics are found to be underdeveloped within females. 
Approximately one in 2,000 to 5,000 females in the 
general population are affected with Turner syn- 
drome, and about one out of every 2,500 live female 
births. This is a large percentage considering that 
about 99% of pregnancies with fetuses affected with 
Turner syndrome spontaneously abort, usually during 
the first trimester of pregnancy. It is also estimated 
that 10% of all spontaneously aborted fetuses result 
from Turner syndrome. 


Genetic defects 


Turner syndrome was named after American 
endocrinologist Henry Turner, who described the dis- 
order in 1938. It was also described by European 
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doctors, which causes it to be also called by such 
names as Ullrich-Turner syndrome or Bonnevie- 
Ulrich-Turner syndrome. Later, Turner syndrome 
was found to be due to a loss of genetic material in 
one of the two X-chromosomes. There are several 
ways in which Turner syndrome arises. Females have 
two X-chromosomes, while males have an X-chromo- 
some and a Y-chromosome. While a Y-chromosome 
contains genes required for development of testicles in 
males, both X-chromosomes are required for normal 
ovarian development in females. The majority of 
Turner syndrome cases are caused by a sporadic 
event during a specific stage of cellular division, 
where an X-chromosome is lost. Normally, when sex 
cells divide, an equal amount of genetic material is 
divided into each cell. During fertilization of the egg, 
if the sex cell void of the X-chromosome is fertilized by 
a sex cell that is missing the other X-chromosome, the 
result is only one sex chromosome. If the fetus sur- 
vives, the baby will be born with Turner syndrome. A 
fertilized egg with only one Y-chromosome is incom- 
patible with life. 


Turner syndrome can also result from the loss of a 
single X-chromosome after fertilization, sometime 
during embryonic development. This particular con- 
dition is referred to as mosaicism, with clinical mani- 
festations being proportional to the percentage of cells 
missing the X-chromosome. Finally, Turner syndrome 
can result due to a defective X-chromosome such as 
large deletion. The clinical consequences vary depend- 
ing on the nature of the structural abnormality of the 
X-chromosome. In the case X-chromosome deletions, 
where affected individuals are fertile, there is potential 
for a recurrence risk in pregnancies from an affected 
female. Otherwise, there is typically little recurrence 
risk (if any) in subsequent pregnancies or in individu- 
als with Turner syndrome since the majority of these 
individuals are infertile. 


Clinical manifestations of Turner syndrome 


There are a broad spectrum of clinical manifesta- 
tions associated with Turner syndrome that can 
involve anything from major heart defects to minor 
defects in tissue development. Some affected individ- 
uals only manifest a few clinical features, while others 
have many abnormalities consistent with the disorder. 
The majority of individuals with Turner syndrome 
have short stature and loss of ovarian function. 
Other disorders include learning difficulties, skeletal 
abnormalities (e.g., webbed neck, low posterior hair 
line), lymphedema (swelling of a part of the body 
(such as feet or hands) due to an obstruction or defi- 
ciency of the lymphatic drainage system), heart and 
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kidney abnormalities, infertility, obesity, formation of 
keloids (thick scars), and thyroid gland dysfunction 
(hypothyroidism). 


Other common characteristics include: upturned 
nails, drooping eyelids, small lower jaw, loss of hear- 
ing, pigmented moles, broad chest with nipples that 
are abnormally spaced apart, absence of a menstrual 
period, and ears positioned abnormally low with 
respect to other facial features. 


Loss of gene function and developmental 
consequences 


Short stature is usually present in females with 
Turner syndrome. This is partially due to a loss of 
the SHOX gene, which encodes a protein important 
for long bone growth. The height in adults with Turner 
syndrome ranges from 4 ft 8 in to 4 ft 9 in (143 to 
145 cm). Treatment using growth hormones during 
early childhood development can increase growth by 
a few inches in some cases. The loss of the X-chromo- 
some genes may also be related to the intrauterine 
growth retardation, a gradual decline in growth rate 
during childhood, and the absence of a pubertal growth 
spurt. Females with Turner syndrome have abnormal 
body proportions characterized by markedly shortened 
lower extremities. 


Lost X-chromosome genes that are involved in the 
regulation of ovarian development and function 
results in a failure of individuals with Turner syn- 
drome to enter into puberty at a normal age. 
Although 10% of females with Turner syndrome will 
go through puberty spontaneously, most will require 
hormone therapy for development of secondary sexual 
characteristics and menstruation. Without hormonal 
intervention, most teenagers that undergo partial 
breast development and menstruate spontaneously 
will eventually cease further development and men- 
struation. A few pregnancies have been reported and 
most likely occur prior to ovarian failure. The time of 
initiation of therapy varies with each female but usu- 
ally begins no later than 15 years of age. Various 
estrogenic and progestational agents and schedules 
have been used as hormone therapy to maintain their 
secondary sexual development and prevent osteopo- 
rosis (bone degradation) later in life. Although most 
women with Turner syndrome do not have functional 
ovaries, pregnancy may be possible through in vitro 
fertilization (assisted reproductive technology). 


Renal abnormalities occur in one-third to one- 
fourth of females with Turner syndrome. The most 
common abnormality is a horseshoe kidney. Cardiac 
abnormalities are also common, with the coarctation 
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of the aorta being the most common defect. This is a 
condition that results from a severe constriction a 
major blood vessel in the heart, can be treated with 
surgery, and occurs in 5 to 10% of affected children. 
Turner syndrome females generally have normal intel- 
ligence, however, most may exhibit learning disabil- 
ities, especially with regard to spatial perception, 
visual-motor coordination, and mathematics. As a 
result, the nonverbal IQ (intelligence quotient) in 
Turner syndrome tends to be lower, with a relatively 
normal verbal IQ. Females with Turner syndrome 
may also be socially immature for their age and may 
need support in developing independence and social 
relationships. 


See also Gene mutation; Genetic disorders; 
Genetic engineering; Genetics; Skeletal system. 
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l Turtles 


Turtles are familiar, four-legged reptiles whose 
body is enclosed within a bony shell. Turtles constitute 
the reptilian order Testudines. The approximately 290 
living species inhabit all continents except Antarctica, 
plus many islands, and there are marine turtles in all 
tropical and temperate oceans. 


History and fossil record 


Turtles first appear in the fossil record of the 
Triassic period, from about 215 million years ago. 
This gives them an older fossil history than any other 
living kind of four-legged animal. Turtles were already 
present when the first dinosaurs appeared, and they 
shared the ancient seas with ichthyosaurs, watched 
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pterosaurs soar overhead, and saw the first small, 
furry mammals. Undergoing relatively little change 
themselves, turtles witnessed the evolution of birds 
from feathered dinosaurs, and they were present as 
some of the early mammals evolved into elephants, 
whales, bats, and even human beings. 


The earliest known fossil turtles (Proganochelys) 
are from late Triassic (Norian) sedimentary deposits in 
Germany. These ancestral turtles had a 3 ft (1 m) shell 
length, and were terrestrial or marsh-dwelling ani- 
mals. Like modern turtles, the shell of the fossil ani- 
mals was composed of a rounded upper half (or 
carapace) and a flattened lower one (plastron). The 
carapace of the earliest fossil turtles incorporated 10 
vertebrae, their associated ribs, and additional bone 
between the ribs. The skull was solidly constructed, 
without temporal openings, and the jaws were tooth- 
less and presumably beaked as in modern turtles. 
There were, however, small teeth in the palate, which 
are not found among living turtles. The eight cervical 
(neck) vertebrae were primitive, in that they were not 
modified to allow the head to withdraw into the shell. 


Turtles are fairly large animals, and have a great 
deal of bone. In addition, they often occur in aquatic 
or marshy habitats where their bones are likely to be 
buried and preserved. Consequently, their fossils are 
found relatively frequently in ancient sedimentary 
deposits from the Jurassic and younger eras. Many 
fossils are found in Cretaceous deposits of North 
America. 


Morphology 


Turtles have an unmistakable appearance, with a 
head, tail, and four legs projecting from a broad bony 
shell. The domed upper carapace and flattened lower 
plastron serve to protect the torso and its organs. In 
most land-dwelling and amphibious turtles the head, 
limbs, and tail can be withdrawn inside this shell if 
danger threatens. A horny beak (like that of a bird) 
covers the jaws. The head, legs, and tail are covered by 
horny scales, and the feet have horny nails. The bony 
shell is covered with an epidermal layer of scutes in 
most turtles, occurring in a regular pattern that may be 
diagnostic of the species. Only the leatherback sea 
turtle and the softshell freshwater turtles lack these 
horny plates. 


The internal anatomy of turtles is rather typical of 
vertebrate animals, with two lungs, a reptilian three- 
chambered heart and associated circulatory system, 
and an unremarkable digestive system with an esoph- 
agus, stomach, small and large intestines, and an asso- 
ciated liver. As with other reptiles, the digestive, 
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The endangered Kemp’s ridley sea turtle (Lepidochelys kempii). (Tom McHugh. The National Audubon Society Collection/Photo 
Researchers, Inc.) 


urinary, and reproductive systems vent to the outside 
through a chamber known as the cloaca, which also 
encloses the penis of male animals. The nervous sys- 
tem comprises a well-developed brain, a spinal cord 
enclosed in a vertebral column, and peripheral nerves. 
The senses of vision (including color vision) and hear- 
ing are acute. 


Species of turtles have an extreme size range. 
Adult American mud turtles (Kinosternon subrubum) 
are less than 5.0 in (12.5 cm) long, while the gigantic 
leatherback sea turtle (Dermochelys coriacea) can 
attain a length of more than 6 ft (183 cm) and weight 
up to 1,500 lb (680 kg). 


Most modern species of turtles are semi-aquatic, 
living in such habitats as ponds, swamps, and marshes. 
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Several species are marine. In fact, turtles have diver- 
sified into species that are specialized in various ways. 
The sea turtles, for example, are ocean-dwelling ani- 
mals that fly through the water using their paddle like 
forelimbs, emerging on land only to lay their eggs. 
Others turtles, such as the soft shells, are river- and 
lake-dwellers, and are flattened like a pancake to hide 
on sandy or muddy bottom habitat. Still others, such 
as the tortoises, are strictly land-dwellers, with a high 
domed shell, elephant like feet, and ranging into grass- 
lands and semi-desert habitats. 


Many turtles are omnivores, eating both plants 
and animals, but others are more specialized in their 
food habits. The giant tortoises and some of the sea 
turtles are vegetarian as adults, although their young 
may eat invertebrates or small vertebrates. Some river 
turtles, such as the map turtles (Graptemys spp.), are 
specialists that feed only on snails and clams. Softshell 
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turtles (Trionyx spp.) are mainly fish-eaters, while 
snapping turtles (Chelydra serpentina) will eat any 
animal they can subdue. 


Behavior and life history 


Most species of turtles mate in the spring or early 
summer, when the males actively search for receptive 
females. Courtship may include interesting behavior, 
such as that of the male red-eared turtle (Trachemys 
scripta), which swims backward in front of the female, 
while stroking her head and neck with his greatly 
elongated front claws. The males of some tortoises 
make noises during courtship or mating. Smaller spe- 
cies, such as the Mediterranean tortoise (Testudo), 
cluck like chickens, whereas the giant Galapagos tor- 
toise (Geochelone) bellows. 


All turtles lay eggs, which vary in shape from 
cylindrical to spherical. Smaller species may lay only 
two or three eggs in a clutch, while sea turtles may lay 
three or more clutches of 100-150 eggs in a year. Most 
turtles dig a nesting cavity with their hind feet, lay their 
eggs inside, and cover the entrance, leaving the eggs to 
be incubated by the heat of the sun. Typically, the eggs 
hatch in 60-90 days. 


Most turtles are long-lived. The eastern box turtle 
(Terrapene carolina) may live 100 years, and giant 
tortoises have been reported to live for more than 
150 years. Studies of the vigor of populations of turtles 
must take the age structure into account. For example, 
although populations of giant tortoises on certain 
Galapagos Islands have numerous large individuals, 
they may nevertheless be endangered if no young are 
being produced because of excessive predation by 
introduced mammals. 


Classification 


The turtles are separated into two major groups 
(subclasses) that can be readily identified by the way 
they retract their head into their shell. 


Sideneck turtles 


The “sideneck” turtles (Pleurodira) fold their neck 
into a lateral S-shape, so when the head is retracted 
one side is tucked between the shells. This is a rela- 
tively small group of mainly pond-dwelling animals 
found in South America, Africa (including 
Madagascar), and Australia. The African sideneck 
turtles (Pelomedusidae) are found in Africa, 
Madagascar, and the Seychelles Islands in the Indian 
Ocean, while the Australo-American sideneck turtles 
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(Chelidae) inhabit South America, 
Australia, and New Guinea. 


Indonesia, 


One of the best-known sidenecks is the bizarre- 
looking matamata (Chelus fimbriatus) of South 
America, which lies in wait on the bottom of ponds 
or rivers until a fish comes near, then suddenly opens 
its mouth and expands its throat to “suck in” its prey. 


Hidden-neck turtles 


The “hidden-neck” turtles (Cryptodira) retract 
their head with the neck in a vertical S-shape, appear- 
ing to pull the head directly into the shell with nothing 
showing but the snout. This is a larger and much more 
diversified group, and includes the pond turtles, the 
land-dwelling tortoises, and the large sea turtles. 
Members of this group are found throughout the tem- 
perate and tropical regions of the world. 


Three of the more primitive families are found 
mainly in North America, with some ranging also 
into Central and South America. The snapping turtles 
(Chelydridae) comprise two genera, each with a single 
species. The common snapper (Chelydra serpentina) 1s 
best known, and ranges from Canada to Ecuador. It is 
a large turtle, with a shell length up to 18 in (47 cm), 
and a long tail. The even larger alligator snapper 
(Macrochelys temminckii) can exceed 24 in (66 cm) in 
shell length. It feeds mainly on fish that it attracts with 
a worm like “bait” on its tongue. Both species lay 20- 
80 spherical eggs in a flask-shaped hole dug into a 
sandy bank. 


The mud and musk turtles (Kinosternidae) 
include about 25 small- to medium-sized species 
found from Canada to Brazil. Most of these are car- 
nivorous, feeding on insects, worms, and other small 
animals. They lay only a few (two to 10) elongate, 
brittle-shelled eggs. 


The highly aquatic Central American river turtle 
(Dermatemys mawii) is the sole member of its family, 
Dermatemydidae. It is a large species, with a shell 
length of up to 25 in (65 cm). It is seldom found 
more than a few feet from water, is herbivorous, and 
highly prized as food by people living in its range. 


The pond turtles (Emydidae) and _ tortoises 
(Testudinidae) comprise the largest numbers of turtle 
species, and occur throughout the tropical and tem- 
perate regions of the world, other than Australasia. 
The American pond turtles are closely related to the 
pond turtles of southern Asia, as are the European 
turtles. 


The pelagic sea turtles comprise only a few genera. 
They are extremely large, conspicuous animals, and 
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once occurred in huge numbers. Sea turtles spend 
almost all of their lives in the open sea, but must 
come to land to lay their eggs. They nest on certain 
tropical and subtropical beaches, and return year- 
after-year to these same places. Once the nesting 
beaches were in remote locations, but no longer; 
Miami Beach, for example, was once an important 
nesting place. 


The largest of the sea turtles (and the biggest living 
turtle) is the giant leatherback. (Some taxonomists 
place this species in its own family, Dermochelyidae.) 
It lacks the horny plates that cover the shells of most 
turtles, and instead has a smooth leathery covering. It 
largely feeds on jellyfish and is the fastest swimmer of 
all turtles. It has a thick fatty layer under the skin that 
helps to retain body heat, as well as a heat-exchanging 
circulatory mechanism that conserves heat generated 
by muscular effort. These allow this species to range 
into cool waters during the northern summer, when 
jellyfish are abundant there. 


Turtles and humans 
Turtles as food 


Large tortoises have long been used by humans as 
a source of meat. Some species have become extinct 
because of overhunting for this purpose. The only 
surviving giant tortoises live on islands that were rel- 
atively recently discovered by people, such as Aldabra 
in the Indian Ocean, and the Galapagos Islands in the 
Pacific. The giant tortoises of the Galapagos Islands 
were hunted by whalers because they could be kept 
alive for months in the hold of a ship, providing a 
source of fresh meat during the long whaling season. 
Female tortoises were preferred for this purpose, 
because the mature males were too heavy to carry. 
As a result, some islands were left only with large 
male tortoises. Predation of young tortoises by goats 
and rats introduced from the ships contributed to the 
population decline, and most of the giant tortoises are 
now endangered. 


According to accounts of sailors of the sixteenth 
and seventeenth centuries, sea turtles used to occur in 
great flotillas in regions such as the Caribbean. 
However, all species of sea turtles, but especially the 
green turtle (Chelonia mydas), were (and are) hunted 
for their meat. In addition, the hawksbill (Eretmochelys 
imbricata) was killed for its beautiful “tortoise shell,” 
which can be made into combs and ornaments (these 
are now illegal in the United States). The sea turtles are 
most vulnerable on their nesting beaches, where people 
and other predators may easily take the eggs and the 
female turtles. In spite of conservation measures 
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initiated by many countries, sea turtle populations are 
continuing to decline throughout their range. 


The American saltwater terrapin (Malaclemmys 
terrapin) has also been eaten in large numbers, and 
declined precipitously in abundance. Fortunately, 
the initiation of conservation measures resulted in 
the survivors increasing to a greater abundance 
today. 


Even the snapping turtle, one of the most common 
turtles in North America, has been over-exploited as a 
source of food. Turtle soup from these animals has 
been especially popular in Philadelphia, and for sev- 
eral decades a major soup company used thousands of 
turtles per year to supply the commercial demand, and 
others were used by restaurant chefs. 


Captive turtles 


Zoological parks have helped to save some turtle 
species from almost certain extinction. Some of these 
are large or brightly colored tortoises that provide 
good public exhibits. There is also a huge trade in 
turtles as pets. Turtle farmers in Louisiana and else- 
where have provided millions of baby red-eared sliders 
(Trachemys scripta) to the pet trade. However, some 
turtle farms became contaminated with disease micro- 
organisms such as Salmonella, and the sale of baby 
turtles was made illegal in many states. 


Some rare species of turtles and tortoises are being 
bred and reared commercially, and can bring prices of 
more than $2,000 each. Europeans and Americans are 
major purchasers of captive-bred turtles. However, 
wild-caught animals are also being illegally sold, and 
this is an extremely serious risk to the survival of rare 
species. 


The future of turtles 


In addition to the hazards mentioned above, 
almost all species of turtles are suffering serious losses 
of their habitat because of the actions of humans. For 
example, the sand-hill habitat of the endangered 
Florida gopher tortoise (Gopherus polyphemus) is 
prime land for development into residential areas 
and shopping malls. Similarly, the semi-desert habitat 
of the desert tortoise (Gopherus agassizii) in California 
and Arizona is being damaged by motorcycles and off- 
road vehicles. And all over the world, wetlands are 
being dredged or drained for various reasons, so that 
valuable habitat for turtles and other wildlife is being 
destroyed. The automobile is another important 
threat to turtles. In the United States, many thousands 
of turtles are run over each year while trying to cross 
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KEY TERMS 


Carapace—tThe upper part of a turtle’s shell. 


Cryptodires—Hidden-necked turtles, found in 
most temperate and tropical regions; they fold 
their neck vertically. 


Pelagic—Occurring in the open ocean. 
Plastron—The bottom part of a turtle’s shell. 


Pleurodires—Side-necked turtles, found only on the 
southern continents; they fold their neck laterally. 


highways. There is no question that most species of 
turtles have been severely depleted in abundance, and 
are continuing to decline. 
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Tyndall effect see Colloid 


l Typhoid fever 


Typhoid fever is a severe infection causing a sus- 
tained high fever. It is caused by the bacteria 
Salmonella typhi, which is in the same genus of bac- 
teria as the type spread by chicken and eggs, com- 
monly known as Salmonella poisoning, or food 
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poisoning. S. typhi bacteria, however, do not multiply 
directly in food, as do the Salmonella responsible for 
food poisoning, nor does it have vomiting and diar- 
rhea as the most prominent symptoms. Instead, per- 
sistently high fever is the hallmark of infection with 
Salmonella typhi. 


How Salmonella typhi is spread 


S. typhi bacteria are passed into the stool and 
urine of infected patients, and may continue to be 
present in the stool of asymptomatic carriers (individ- 
uals who have recovered from the symptoms of the 
disease, but continue to carry the bacteria). This car- 
rier state occurs in about 3% of those individuals 
recovered from typhoid fever. 


The disease is passed between humans, then, 
through poor hygiene, such as deficient hand washing 
after toileting. Individuals who are carriers of the dis- 
ease and who handle food can be the source of the 
epidemic spread of typhoid. One such individual is the 
source for the expression “Typhoid Mary,” a name 
given to someone with whom others wish to avoid all 
contact. The real “Typhoid Mary” was a cook named 
Mary Mallon (1855-1938) who lived in New York 
City around 1900. She was a carrier of typhoid and 
was the cause of at least 53 outbreaks of typhoid fever. 


Typhoid fever is a particularly difficult problem in 
parts of the world with less-than-adequate sanitation 
practices. In the United States, many patients who 
become afflicted with typhoid fever have recently 
returned from travel to another country, where 
typhoid is much more prevalent, such as Mexico, 
Peru, Chile, India, and Pakistan. 


Progression and symptomatology 


To cause disease, the S. typhi bacteria must be 
ingested. This often occurs when a carrier does not 
wash hands sufficiently well after defecation, and then 
serves food to others. In countries where open sewage 
is accessible to flies, the insects land on the sewage, 
pick up the bacteria, and then land on food that is to 
be eaten by humans. 


Ingested bacteria head down the gastrointestinal 
tract, where they are taken in by cells called mononu- 
clear phagocytes. These phagocytes usually serve to 
engulf and kill invading bacteria and_ viruses. 
However, in the case of S. typhi, the bacteria survive 
ingestion by the phagocytes, and multiply within these 
cells. This period of time, during which the bacteria are 
multiplying within the phagocytes, is the 10-14 day 
incubation period. When huge numbers of bacteria 
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fill an individual phagocyte, the bacteria are dis- 
charged out of the cell and into the bloodstream, 
where their presence begins to cause symptoms. 


The presence of increasingly large numbers of bac- 
teria in the bloodstream (called bacteremia) are respon- 
sible for an increasingly high fever, which lasts 
throughout the four to eight weeks of the disease, in 
untreated individuals. Other symptoms include constipa- 
tion (initially), extreme fatigue, headache, a rash across 
the abdomen known as “rose spots,” and joint pain. 


The bacteria move from the bloodstream into 
certain tissues of the body, including the gallbladder 
and lymph tissue of the intestine (called Peyer’s 
patches). The tissue’s inflammatory response to this 
invasion causes symptoms ranging from inflammation 
of the gallbladder (cholecystitis) to intestinal bleeding 
and actual perforation of the intestine. Perforation of 
the intestine refers to an actual hole occurring in the 
wall of the intestine, with leakage of intestinal contents 
into the abdominal cavity. This causes severe irritation 
and inflammation of the lining of the abdominal cav- 
ity, called peritonitis, which is frequently a fatal out- 
come of typhoid fever. 


Other complications of typhoid fever include liver 
and spleen enlargement (sometimes so extreme that 
the spleen ruptures); anemia (low red blood cell 
count due to blood loss from the intestinal bleeding); 
joint infections (especially frequent in patients with 
sickle cell anemia and immune system disorders); 
pneumonia (due to a superimposed infection, usually 
by Streptococcus pneumoniae); heart infections; men- 
ingitis; and infections of the brain (causing confusion 
and even coma). Untreated typhoid fever may take 
several months to resolve fully. 


Diagnosis 


Samples of a patient’s stool, urine, blood, and 
bone marrow can all be used to culture (grow) the S. 
typhi bacteria in a laboratory for identification under a 
microscope. These types of cultures are the most accu- 
rate methods of diagnosis. 


Treatment 


Chloramphenicol is the most effective drug treat- 
ment for S. typhi, and symptoms begin to improve 
slightly after only 24-48 hours of receiving the medi- 
cation. Another drug, ceftriaxone, has been used 
recently, and is also extremely effective, lowering 
fever fairly quickly. 


Carriers of S. typhi must be treated even when 
asymptomatic, as they are responsible for the majority 
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KEY TERMS 


Asymptomatic—A state in which an individual 
experiences no symptoms of a disease. 


Bacteremia—Bacteria in the blood. 


Carrier—An individual who has a particular bac- 
teria present within his/her body, and can pass this 
bacteria on to others, but who displays no symp- 
toms of infection. 


Epidemic—A situation in which a particular infec- 
tion is experienced by a very large percentage of 
the people in a given community within a given 
time frame. 


Mononuclear phagocytes—A type of cell of the 
human immune system which is responsible for 
ingesting bacteria, viruses, and other foreign mat- 
ter, thus removing potentially harmful substances 
from the bloodstream. 


of new cases of typhoid fever. Eliminating the carrier 
state is actually a fairly difficult task, and requires 
treatment with one or even two different medications 
for four to six weeks. In the case of a carrier with gall 
stones, surgery may be needed to remove the gall 
bladder because the S. typhi bacteria are often housed 
in the gall bladder, where they may survive despite 
antibiotic treatment. 


Prevention 


Hygienic sewage disposal systems in a commun- 
ity, as well as hygienic personal practices, are the most 
important factors in preventing typhoid fever. For 
travelers who expect to go to countries where S. typhi 
is a known public health problem, two different immu- 
nizations are available. Both provide protection in 50- 
80% of recipients, and both require booster immuni- 
zations after 2-5 years. 
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Typhoon see Tropical cyclone 


l Typhus 


Typhus is a disease caused by a group of bacteria 
called Rickettsia. Three forms of typhus are recog- 
nized: epidemic typhus, a serious disease that is fatal 
if not treated promptly; rat-flea or endemic typhus, a 
milder form of the disease; and scrub typhus, another 
fatal form. The Rickettsia species of bacteria that 
cause all three forms of typhus are transmitted by 
insects. The bacteria that cause epidemic typhus, for 
instance, are transmitted by the human body louse; the 
bacteria that cause endemic typhus are transmitted by 
the Oriental rat flea; and bacteria causing scrub typhus 
are transmitted by harvest mites (commonly called 
chiggers). 


Characteristics of typhus 


Typhus takes its name from the Greek word 
“typhos,” meaning smoke, which accurately describes 
the mental state of infected persons. Typhus is marked 
by a severe headache, chills, and fever, and if 
untreated, eventually stupor and delirium. A rash 
appears within four to seven days after the onset of 
the disease. The rash starts on the trunk and spreads to 
the extremities. In milder forms of typhus, such as 
endemic typhus, the disease symptoms are not severe. 
In epidemic and scrub typhus, however, the symptoms 
are extreme, and death can result from complications 
such as stroke, renal failure, and circulatory distur- 
bances. Fatality can be avoided in these forms of 
typhus with the prompt administration of antibiotics. 


Epidemic typhus 


Epidemic typhus is a disease that has played an 
important role in history. Because typhus is transmit- 
ted by the human body louse, epidemics of this disease 
break out when humans are in close contact with each 
other under conditions in which the same clothing is 
worn for long periods of time. Cold climates also favor 
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typhus epidemics, as people will be more likely to wear 
heavy clothing in colder conditions. Typhus seems to 
be a disease of war, poverty, and famine. In fact, 
according to some researchers, the retreat of French 
leader Napoleon Bonaparte (1769-1821) and _ his 
troops from Russia in the early nineteenth century 
was caused in part by typhus. During and shortly 
after World War I (1914-18), more than three million 
Russians died of typhus. 


Epidemic typhus is caused by Rickettsia prowaze- 
kii. Humans play a role in the life cycle of the bacteria. 
Lice become infected with the bacteria by biting an 
infected human; these infected lice then bite other 
humans. A distinguishing feature of typhus disease 
transmission is that the louse bite itself does not trans- 
mit the bacteria. The feces of the lice are infected with 
bacteria. Thus, when a person scratches a louse bite, 
the lice feces that have been deposited on the skin are 
introduced into the bloodstream. 


If not treated promptly, typhus is fatal. In addi- 
tion, a person who has had epidemic typhus can expe- 
rience a relapse of the disease years after he or she has 
been cured of the infection. Called Brill-Zinsser dis- 
ease, after the researchers who discovered it, the 
relapse is usually a milder form of typhus, which is 
treated with antibiotics. However, a person with Brill- 
Zinsser disease can infect lice, which can in turn infect 
other humans. Controlling Brill-Zinsser relapses is 
important in stopping epidemics of typhus before 
they start, especially in areas where lice infestation is 
prominent. 


Endemic typhus 


Endemic typhus is caused by Rickettsia typhi. 
These bacteria are transmitted by the Oriental rat 
flea, an insect that lives on small rodents. Endemic 
typhus (sometimes called murine typhus or rat-flea 
typhus) is found worldwide. The symptoms of 
endemic typhus are mild compared to those of epi- 
demic typhus. In fact, many people do not seek treat- 
ment for their symptoms, as the rash that accompanies 
the disease may be short-lived. Deaths from endemic 
typhus have been documented, however; these deaths 
usually occur in the elderly and in people who are 
already weakened by other diseases. 


Scrub typhus 


Scrub typhus is caused by Rickettsia tsutsuga- 
mushi, which is transmitted by chiggers. The term 
“scrub typhus” comes from the observation that the 
disease is found in habitats with scrub vegetation, but 
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KEY TERMS 


Brill-Zinsser disease—A relapse of typhus symp- 
toms experienced by persons who have had epi- 
demic typhus. Symptoms are usually milder than 
those experienced with the first bout of typhus. 


Endemic typhus—A relatively mild form of typhus 
that is transmitted by the Oriental rat flea. 


Epidemic typhus—A form of typhus that is trans- 
mitted by the human body louse and can be fatal if 
not promptly treated. 


Scrub typhus—A form of typhus that is transmitted 
by chiggers and can be fatal if not promptly treated. 


the name is somewhat of a misnomer. Scrub typhus is 
found in beach areas, savannas, tropical rain forests, 
and deserts—in short, anywhere chiggers live. 
Scientists studying scrub typhus label a habitat that 
contains all the elements that might prompt an out- 
break of the disease a “scrub typhus island.” A scrub 
typhus island contains chiggers, rats, vegetation that 
will sustain the chiggers, and, of course, a reservoir of 
R. tsutsugamushi. Scrub typhus islands are common in 
the geographic area that includes Australia, Japan, 
Korea, India, and Vietnam. 


The rash that occurs in scrub typhus sometimes 
includes a lesion called an eschar. An eschar is a sore 
that develops around the chigger bite. Scrub typhus 
symptoms of fever, rash, and chills may evolve into 
stupor, pneumonia, and circulatory failure if antibi- 
otic treatment is not administered. Scrub typhus, like 
epidemic typhus, is fatal if not treated. 


Prevention of typhus 


Prevention of typhus outbreaks takes a two- 
pronged approach. Eliminating the carriers and reser- 
voirs of Rickettsia is an important step in prevention. 
Spraying with insecticides, rodent control measures, 
and treating soil with insect-repellent chemicals have 
all been used successfully to prevent typhus outbreaks. 
In scrub typhus islands, cutting down vegetation has 
been shown to lessen the incidence of scrub typhus. 
The second preventative prong is protecting the body 
from insect bites. Wearing heavy clothing when ven- 
turing into potentially insect-laden areas is one way to 
protect against insect bites; applying insect repellent to 
the skin is another. Proper personal hygiene, such as 
frequent bathing and changing of clothes, will elimi- 
nate human body lice and thus prevent epidemic 
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typhus. A typhus vaccine is also available. However, 
this vaccine usually only lessens the severity and short- 
ens the course of the disease, and is no longer manu- 
factured in the United States. 
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l Tyrannosaurus rex 


Tyrannosaurus rex (T. rex), was a meat-eating 
(canivorous) dinosaur, and is the most famous of the 
Tryannosaurids (tyrant reptile). Despite its popular- 
ity, T. rex appears to have had a limited range in 
North America and Asia, and existed for a relatively 
short period of time. T. rex appeared during the late 
Cretaceous period, about 85 million to 65 million 
years ago. This was toward the end of the Mesozoic 
era or the Age of Reptiles, and just prior to the dino- 
saurs’ extinction. 


Based on fossils, T. rex weighed 5-6 tons, stood 
about 15 feet (4 m) tall, was 20-46 ft (6.5-15 m) long, 
and had 6-in (15 cm) long, sharp, and jagged teeth. 


Its skull was one-piece, with no moving parts 
except at the joint of the jaw. The compartments in 
the skull and in the lower jaw that housed the muscles 
were enlarged more than in any other predator. Its 
snout was sharply pinched to clear its field of vision. 
Its eyes faced forward to provide some overlap 
between visual fields from the right and left eyes, 
permitting stereoscopic vision. 
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Tyrant flycatchers 


This lizard-hipped dinosaur walked upright on 
two powerful hind legs, which ended in birdlike feet 
(indeed, it may have been evolutionarily related to 
birds, complete with the possession of feathers for a 
time during its development) with three forward- 
pointing toes with large claws. These were its weapons. 
Evolution shortened its torso for balance and speed. 
Some say the beast was surprisingly slender-limbed, 
graceful, and fast, able to attack other slower plant- 
eating dinosaurs such as the Triceratops. Although it 
possessed two small and muscular forelimbs, many 
paleontologists believe they were of little practical use. 
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tl Tyrant flycatchers 


Tyrant flycatchers are a large family of perching 
birds, containing about 375 species. They make up the 
family Tyrannidae in the order Passeriformes. Tyrant 
flycatchers only breed in the Americas, from the 
northern boreal forest of Canada, through the rest of 
North America, Central America, and to South 
America as far south as Patagonia. Rarely, individual 
tyrant flycatchers may occur in coastal Europe, but 
they would have been blown there by a windstorm. 


Species of tyrant flycatchers occur in a great diver- 
sity of habitats, ranging from sparsely treed prairies to 
savannas, and forests and woodlands of all types. 
Species that occur in strongly seasonal, temperate cli- 
mates are migratory, spending their non-breeding sea- 
son in the tropics or subtropics. 


The species in the Tyrannidae are a highly variable 
group. The range of body lengths is from 3-9 in (8-23 
cm)—not including the long tail of some species. Their 
wings are relatively long and pointed in species that 
pursue their prey in the air, or short and rounded in 
species that glean arthropods from foliage. The tail is 
usually square-backed or forked, but is very long in 
some species. 
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A least flycatcher (Empidonax minimus). (Robert J. Huffman. 
Field Mark Publications.) 


The head of tyrant flycatchers is relatively large, 
and the beak is stout, somewhat flattened, and has a 
hook at the tip of the upper mandible. However, fly- 
catching species have a relatively large bill, while 
gleaners have a small, more-pointed beak. The fly- 
catching species also have stiff bristles, known as rictal 
bristles, around the base of their mouth. The feet are 
small and weak, and only used for perching. 


The plumage of tyrant flycatchers is typically a 
rather plain, olive-green, brown, or gray, with a lighter 
belly. Some species, however, can be quite brightly 
colored, and may have bright hues of yellow or red. 
Except for the brighter-colored species, the plumage of 
male and female birds does not differ. 


Tyrant flycatchers typically feed by sitting upright 
on a prominent perch, from which they can scan the 
local environment for flying insects, or for insects or 
spiders on the ground or on foliage. When likely prey 
items are observed, they are caught in the beak after a 
brief sally. Often the bird returns to the same perch. 
This foraging strategy is known, quite appropriately, 
as “fly-catching.” Almost all of the North American 
flycatchers fly-catch for their living, but many species 
of tropical forests glean their prey from foliage and 
other surfaces. Some species add fruit to their diet, and 
some of the larger species will prey on mice and small 
lizards, which are caught on the ground. 


Tyrant flycatchers are solitary, and do not form 
flocks. They are strongly territorial during their breed- 
ing season, and some hyper-aggressive species, such as 
kingbirds, even drive other species away from the 
proximity of their territory. Tyrant flycatchers have 
distinctive calls, but the song is not very well developed 
in most species. 


Most species of tyrant flycatchers build cup- 
shaped nests in trees or shrubs. The clutch size ranges 
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from two to six eggs, with northern species having 
larger clutches than tropical ones. The eggs are usually 
incubated by the female. However, the male flycatcher 
assists with the care and feeding of the young, downy 
birds. 


North American species of tyrant flycatchers 


A total of 31 species of tyrant flycatchers breed 
regularly in the United States or Canada. All of these 
are migratory, spending their non-breeding season in 
Central and South America. Many of the species of 
tyrant flycatchers are remarkably similar in appear- 
ance, and they can be extremely difficult to identify to 
species, even for experienced birders. This problem is 
especially acute during the spring and autumn migra- 
tions, when the birds are not necessarily in their typi- 
cal, breeding habitat, and are not singing. 


Some of the North American species, and also 
species elsewhere, are virtually impossible to tell 
apart by color or morphology. However, the species 
occupy different sorts of habitats and niches, have 
different songs, do not interbreed, and are reproduc- 
tively isolated. These sorts of difficult-to-distinguish 
species are known to evolutionary biologists as sibling 
species. 


In North America, the best examples of sibling 
species are two types in the so-called Traill’s flycatcher 
(Empidonax traillii) group, which was shown by 
detailed field studies to be composed of two, morpho- 
logically identical, species. The alder flycatcher (E. 
alnorum) has a relatively northern distribution, breed- 
ing from central Alaska and northern Canada south of 
the tundra, to southern British Columbia, Michigan, 
New York, New England, and Appalachia as far 
south as Maryland. This species breeds in wet alder 
and willow thickets, bogs, and regenerating burns and 
cut-overs. Its song sounds like “fee-bee-ow.” The wil- 
low flycatcher (E. traillii) breeds farther to the south 
through most of the continental United States, in 
shrubbery along grassy lake edges and streams. Its 
song sounds like “‘fitz-bew.” 


Actually, the difficulties do not end with these two 
sibling species. The alder and willow flycatchers and 
the Acadian flycatcher (E. virescens) of the eastern 
United States are the same size, and they have a very 
similar coloration, as does the almost imperceptibly 
smaller least flycatcher (Z. minimus). As in true sibling 
species, these four types breed in distinctively different 
habitats, they have different songs, and they do not 
interbreed. Biologically, therefore, they are different 
species, even if frustrated bird-watchers cannot always 
tell who is what during the migrations of the birds, 
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KEY TERMS 


Sibling species—Pairs or groups of very closely 
related species that cannot be distinguished mor- 
phologically, and may even occur in the same 
region. However, they do not hybridize, they uti- 
lize different habitats, and may be different in other 
respects. 


when they do not occur in typical habitat, and do not 
usually sing. 


Other tyrant flycatchers are considerably easier to 
identify. One of the more familiar species over much of 
the continent is the eastern kingbird (Tyrannus tyran- 
nus), a slaty-backed, white breasted species of open 
country. The western kingbird (7. verticalis) has a 
more southwestern distribution. 


The great-crested flycatcher (Myiarchus crinitus) 
occurs in southeastern North America and is a rela- 
tively large, olive-backed bird, with a rufous tail and a 
yellow belly. The ash-throated flycatcher (M. cineras- 
cens) occurs in the western United States. 


The eastern phoebe (Sayornis phoebe) is a small, 
gray-backed species that ranges widely in eastern 
North America south of the tundra. This species was 
named after its call, which sounds like “fee-bee.” Say’s 
phoebe (S. saya) has a more western distribution. 
Another species that says its name is the eastern 
wood peewee (Contopus virens) of southeastern 
North America, whose call sounds like “pee-awee.” 


The olive-sided flycatcher (Contopus borealis) is 
another widespread species, whose call sounds like 
“whip-three-wheers,” although most birders actually 
learn it as “quick-three-beers.” 


All of the aforementioned species are lively and 
interesting birds, but they are not strikingly colored or 
patterned. However, some of the more southern spe- 
cies of tyrant flycatchers are quite gaudy. The scissor- 
tailed flycatcher (Tyrannus forficata) has a light-gray 
back, with a pink-orange wash on the flanks, and a 
spectacular, forked tail that is about two times as long 
as the bird’s body. The kiskadee flycatcher (Pitangus 
sulphuratus) has a bold, black-and-white pattern on its 
face, and a bright-yellow belly. However, the most 
spectacular of the North American species is the ver- 
milion flycatcher (Pyrocephalus rubinus), in which the 
male is garbed in a dark-charcoal back and tail, but 
has a fiery, vermilion breast and head. 
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| Ulcers 


An ulcer is a sore that develops in the lining of the 
stomach or the duodenum, the short section of small 
intestine that leads away from the stomach, or on the 
surface of the skin as a result of infection with bacteria. 
An ulcer in the stomach is called a gastric ulcer; an 
ulcer in the duodenum is called a duodenal ulcer; and 
an ulcer on the skin is called a decubitus ulcer. 


Gastric and duodenal ulcers 


Until recently, the sole cause of gastric and duo- 
denal ulcers was thought to be overproduction of 
stomach acid due to prolonged stress, smoking, or 
poor eating habits. However, in 1992, researchers con- 
firmed that many ulcers are caused by infection with 
bacteria capable of living in the highly acidic environ- 
ment of the stomach. This revolution in ulcer research 
has radically changed the way ulcers are diagnosed 
and treated. For instance, instead of treating ulcer 
patients with acid-reducing drugs for months or even 
years, patients with the bacterially-caused ulcers take a 
week-long course of antibiotics. And in contrast to the 
50%-95% relapse rate with conventional treatment, 
the new antibiotic treatment has reduced the recur- 
rence rate to 20%. 


Cause of gastric and duodenal ulcers 


Until recently, excess stomach acid was believed 
to be the cause of ulcers. Hydrochloric acid (HCL) is 
normally produced in the stomach to help break down 
food. HCL is secreted from special cells in the stomach 
lining, is mixed with the stomach contents, and ini- 
tiates the preliminary digestion of proteins in the stom- 
ach. From the stomach, the partially digested food 
moves into the duodenum, where more digestion 
takes place. But before the partially broken down 
food moves from the stomach to duodenum, the acid 
must be neutralized. If it is not, the acidic food will 
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irritate the sensitive duodenum. Sodium bicarbon- 
ate—the active ingredient in baking soda—is released 
from other cells in the stomach lining and neutralizes 
the acid in the partially digested food before it moves 
into the duodenum. 


Sometimes, however, the acid is not neutralized 
effectively, and the duodenum is irritated by the acidic 
food. In this case, a duodenal ulcer may develop. 
Sometimes the lining of the stomach itself cannot 
tolerate the high levels of acid that are released within 
the stomach. In this case, a gastric ulcer lining may 
result. In either of these cases, the ulcers can be traced 
to a sensitivity to acid or to its overproduction. 


But acid overproduction or sensitivity are not the 
only causes of ulcers. A bacterium called Heliobacter 
pylori, discovered and named in 1982, has been shown 
to cause ulcers by colonizing the lining of the stomach. 
These bacteria can survive in the stomach’s highly 
acidic environment because they have an enzyme 
that neutralizes acid. Scientists now believe that 
most—60%—of all ulcers diagnosed throughout the 
world can be traced to the H. pylori bacterium. 


Symptoms of gastric and duodenal ulcers 


The classic symptom of an ulcer is stomach pain. 
Usually the pain is sharp or burning. Patients com- 
monly note that the pain is more intense when the 
stomach is empty. Eating can sometimes relieve the 
pain of an ulcer because excess acid is neutralized by 
food being introduced into the stomach and duodenum. 


If the ulcer is severe enough, it may perforate, or 
“punch through,” the lining of the stomach. If this 
perforation occurs, stomach contents may leak into 
the body cavity, causing infection. The patient may 
also bleed internally, which may lead to shock. A 
perforated ulcer is extremely serious. Blood in the 
stool or vomiting blood are signs that require imme- 
diate medical attention. 
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A clinical photograph of a large duodenal ulcer after surgical 
resection (removal). The ulcer is the prominent triangular 
crater at center. (© Dopamine-CNAl, National Audubon Society 
Collection/Photo Researchers, Inc.) 


Treatment of gastric and duodenal ulcers 


Before 1992, most ulcers were treated with a regi- 
men of diet and medication. Patients were advised to 
take over-the-counter antacids and to control their 
intake of irritating foods and substances, such as alco- 
hol, caffeine, and fried foods. In the 1980s, drug 
researchers developed sophisticated medications that 
target the stomach’s acid production mechanism. The 
patient must take these medications for at least a 
month, and sometimes years, to suppress the stomach’s 
acid secretion. These drugs only treat the symptoms of 
ulcers; they do not cure them. Unfortunately, most 
ulcers recurred despite these state-of-the-art drugs. 


Since the discovery of Heliobacter pylori, new 
treatments for ulcers that target the bacteria have 
been implemented in ulcer patients, with good results. 
Tests can confirm whether or not a patient has 
Heliobacter pylori. In one of these tests, a tube with a 
tiny camera on the end is snaked through the patient’s 
esophagus into the stomach and duodenum. An 
instrument can be passed through the tube to pinch a 
bit of the intestinal lining. If Heliobacter pylori bacte- 
ria are found in the sample, the patient is put on a 
course of antibiotic drugs that kill the bacteria, effec- 
tively curing the ulcer. In addition, researchers have 
found that bismuth subsalicylate—the active ingre- 
dient in the over the counter medication Pepto 
Bismol—is also effective against these bacteria. Some 
evidence suggests that a medication regiment combin- 
ing antibiotics and bismuth subsalicylate may be the 
best treatment for bacterial ulcers. 


Prevention of gastric and duodenal ulcers 


Since the discovery of H. pylori, some researchers 
have suggested that bacterial ulcers may be prevented 
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with a vaccine given early in childhood. Research has 
already begun into this kind of vaccine; however, it is 
unlikely that an H. pylori vaccine will be available 
within the next few years. 


Evidence also suggests that H. pylori infection is 
highest in areas with poor sanitation facilities, suggest- 
ing that the bacteria may be transmitted—like many 
other human pathogens—by drinking fecally contami- 
nated water. Researchers are currently working on this 
question, as well as studying transmission routes in the 
United States. Interestingly, H. pylori has been found 
in dental plaque, which may explain why the United 
States, despite its excellent sanitation facilities, has 
large numbers of people with H. pylori infection: it 
may be transmitted by kissing or other oral contact. 


Despite the revolution brought about by H. pylori, 
ulcers caused by acid overproduction still represent 
about 40% of all diagnosed ulcers. But instead of 
tracing the acid overproduction to nerves, physicians 
are now digging deeper for the actual cause of the 
excess acid. Cigarette smoking has long been linked 
to ulcers. Smoking causes acid to be secreted into the 
stomach, and if the stomach does not have adequate 
defenses, the acid secretion, over time, can lead to an 
ulcer. Aspirin intake is also another culprit. Aspirin 
irritates the lining of the stomach and may set the stage 
for an ulcer. 


Prevention of both kinds of ulcers is a matter of 
maintaining a healthy lifestyle. Good hygiene habits 
and the avoidance of cigarettes and excess aspirin may 
keep the stomach lining free of ulcers. In the future, a 
vaccine may entirely eliminate the cause of most 
ulcers, but until that time, lifestyle still plays the 
major role in avoiding the pain of ulcers. 


Decubitus ulcers 


Ulcers on the skin are caused by an infection with 
certain kinds of bacteria called the Enterocci and the 
Streptococci. These bacteria invade the skin tissues 
and multiply, causing the ulcer, or sore, to erupt on 
the skin surface. Experts believe that many people 
with bacteria-related ulcers acquired these infec- 
tions during a stay in a hospital. When bacteria are 
transmitted within hospital settings, the infection is 
described as nosocomial. Skin ulcers caused by bacte- 
ria are treated with antibiotics. 


Others skin ulcers are caused by constant pressure 
against the skin that does not allow air circulation. For 
instance, people who are bedridden for long periods of 
time frequently develop ulcers on the back, buttocks, and 
backs of the legs. If these ulcers are not treated promptly, 
they can quickly become infected with bacteria, and 
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KEY TERMS 


Acute gastritis—tIrritation of the stomach that lasts 
for a short period of time 


Antibiotic—A drug that targets and kills bacteria 
Chronic gastritis—lIrritation of the stomach that is 
long-lasting 

Duodenum—The short segment of the small intes- 
tine that leads away from the stomach. 


Esophagus—The tube down which swallowed sub- 
stances must pass in order to reach the stomach. 


deep wounds can result. Pressure ulcers can be avoided 
in the bedridden if patients are turned periodically 
throughout the day so that all the surfaces of the 
body are exposed to air. 


Still another type of skin ulcer primarily affects 
people with diabetes. One of the complications of dia- 
betes is neuropathy, a condition in which nerve endings 
become irritated. The nerves may eventually die and the 
area in which the nerves are located becomes anesthe- 
tized. Diabetic patients typically experience neuropathy 
in the feet. If they injure their feet, the neuropathy may 
prevent them from feeling any pain from the injury. The 
injury worsens until a full-blown ulcer develops. People 
with diabetes are encouraged to examine their feet daily 
for signs of injury and to seek prompt care for any foot 
injury, even minor injuries. 


Kathleen Scogna 


l Ultracentrifuge 


An ultracentrifuge is a mechanical device that sep- 
arates substances of different densities in a fluid by 
spinning them very fast. The spinning creates a force, 
which can be hundreds of thousands greater than the 
normal force of gravity, which acts on the particles in 
the sample fluid. Particles of differing densities will be 
propelled through the fluid at differing speeds. 


The first successful centrifuge was invented in 
1883 by Swedish engineer Carl de Laval. It was used 
to separate cream from milk. That design operated at a 
much lower speed than an ultracentrifuge; attaining 
the extremely high rotation of the sample holder (tens 
of thousands revolutions per minute) was a more 
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difficult technical obstacle. The first ultracentrifuge 
design appeared forty years later, through the efforst 
of another Swede, chemist Theodor Svedberg. 


All centrifuges use centrifugal force, the force 
directed outward from a something spinning in a circle, 
to separate particles. You can feel the effects of centri- 
fugal force when you swing a rope with a weight tied to 
one end above your head. The faster you swing the 
rope, the more centrifugal force you create on the 
weight. A washing machine operating during the spin 
cycle represents a centrifuge. It spins water out of wet 
clothes using centrifugal force, albeit a force far less 
powerful than those created by an ultracentrifuge. 


In an ultracentrifuge, samples are placed in a con- 
tainer holding closed, narrow tubes like test tubes. It 
spins them so fast that the centrifugal forces created 
can be more than one-half million times greater than 
the force of gravity. The tubes are suspended horizon- 
tally while they are spinning and heavier, denser par- 
ticles, or those with high specific gravity, travel farther 
in the outstretched tubes than lighter, less dense par- 
ticles or those with lower specific gravity. (Specific 
gravity is the mass of a substance divided by the 
mass of an equal volume of distilled water at 4°F 
[-16°C]. It is a way to compare objects based on how 
much mass they have packed into the space they 
occupy.) One common use of ultracentrifuges is to 
separate mixtures of different sized molecules. They 
are also used to separate and determine the relative 
sizes and densities of microscopic particles such as 
parts of cells. Ultracentrifuges are so powerful, for 
example, that they can separate two groups of mole- 
cules that differ only by having different types of nitro- 
gen in their structures, nitrogen-14 versus nitrogen-15. 
Nitrogen-15 differs from nitrogen-14 by having one 
more neutron in its atomic nucleus. 


l Ultrasonics 


Ultrasonics is the science and technology of ultra- 
sound. The word “ultrasonic” derives from the Latin 
words “ultra,” meaning beyond, and “sonic,” meaning 
sound, is a term used to describe sound waves that 
vibrate more rapidly than the human ear can detect. 


Ideally—radiating from a point source in an infin- 
ite, uniform medium—sound waves travel as concen- 
tric hollow spheres. The surfaces of the spheres are 
compressions of the air (or other) molecules, and the 
spaces between the spheres are rarefactions of the air 
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Ultrasonics 


molecules. Sound waves are thus a series of compres- 
sions and expansions in the medium through which 
they travel. 


The technical name for one expansion and one 
compression of the medium, passing through a fixed 
point, is a cycle. Thus, a vibration rate of 50 cycles per 
second produces 50 expansions and 50 compressions 
each second at a given point. The term frequency 
designates the number of cycles per unit of time that 
a sound wave vibrates. One cycle per second is called a 
hertz and is abbreviated Hz. Other useful units of scale 
in ultrasonics are kilohertz (kHz), 1,000 Hz; and meg- 
ahertz (MHz), meaning 1,000,000 Hz or 1,000 kHz. 


Most people can only hear frequencies of sound 
that fall between about 16 and 16,000 Hz. Ultrasonics 
is concerned with sound waves with frequencies 
greater than the human hearing range. Some insects 
can produce ultrasound with frequencies as high as 40 
kHz. Small animals such as cats and dogs hear fre- 
quencies of up to 30 kHz, and bats are known to detect 
frequencies of up to 100 kHz. Sound waves of several 
megahertz frequency are common in various techno- 
logical applications such as medical imaging. 


A sound wave that causes compressions and 
expansions of the molecules in the medium surrounding 
it as it propagates is called a longitudinal wave. The 
distance from one compression to the next is known as 
the wavelength of the sound wave. Sound waves with 
long wavelengths pass over small objects in much the 
same way that ocean waves pass over small objects. 
Sound waves with short wavelengths, on the other 
hand, tend to be diffracted or scattered by objects 
comparable to them in size. 


The propagation velocity of a sound wave is 
obtained by multiplying the frequency of the sound 
wave by its wavelength. Thus, if the wavelength and 
frequency of the sound wave in a given medium are 
known, its velocity can also be calculated. The sound 
velocities in a variety of materials are shown in Table 1. 


Since ultrasonic waves have high frequencies, they 
have short wavelengths. As a result, ultrasonic waves 
can be focused in narrow, straight beams. 


How ultrasonic waves are generated 


In order to duplicate ultrasonic frequencies, 
humans have harnessed the electrical properties of 
materials. When a specially cut piezoelectric quartz 
crystal is compressed, the crystal becomes electrically 
charged and an electric current is generated: the 
greater the pressure, the greater the electric current. 
If the crystal is suddenly stretched rather than being 
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Velocity of sound in various media‘) 


Material Velocity (ft/sec) 


Sea water 5023 
Distilled water 4908 
Chloroform 3237 
Dry air at 0°C 1086 
Hydrogen at 0°C 4212 
Brick 11,972 
Clay rock 11,414 
Cork 640 
Paraffin 4264 
Tallow 1279 
Polystyrene 3018 
18,893 
16,400 
Gold 6658 
Silver 8790 
12,000 
16,400 


(a) All measurements at room temperature (77°F [25°C]) unless 
otherwise indicated. 


Fused silica 


Aluminum 


Concrete 


Stainless steel 


Table 1. Velocity of Sound in Various Media. (Thomson Gale.) 


compressed, the direction of the current will reverse 
itself. Alternately compressing and stretching the crys- 
tal has the effect of producing an alternating current. 
It follows that by applying an alternating current that 
matches the natural frequency of the crystal, the crys- 
tal can be made to expand and contract with the alter- 
nating current. When such a current is applied to the 
crystal, ultrasonic waves are produced. 


Depending on which way the crystal is cut, the 
waves can be focused along the direction of ultrasound 
propagation or at right angles to the direction of prop- 
agation. Waves that travel along the direction of prop- 
agation are called longitudinal waves; as noted above, 
these waves travel in the direction in which molecules in 
the surrounding medium move back and forth. Waves 
that travel at right angles to the propagation direction 
are called transverse waves; the molecules in the sur- 
rounding medium move up and down with respect to 
the direction that the waves propagate. Ultrasound 
waves can also propagate as surface waves; in this 
case, molecules in the surrounding medium experience 
up-and-down motion as well as expanding and con- 
tracting motion. 


In most applications, ultrasonic waves are gener- 
ated by a transducer that includes a piezoelectric crys- 
tal that converts electrical energy (electric current) to 
mechanical energy (sound waves). These sound waves 


GALE ENCYCLOPEDIA OF SCIENCE 4 


»& 3 


" 
ot % ™ . 
ern _ 


A three-dimensional ultrasound scan of the face of a 30-week-old human fetus. (© BS/P/Kretz Technik/Photo Researchers.) 
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are reflected and return to the transducer as echoes 
and are converted back to electrical signals by the 
same transducer or by a separate one. Alternately, 
one can generate ultrasonic waves by means of mag- 
netostriction (from magneto, meaning magnetic, and 
strictio, meaning drawing together.) In this case an 
iron or nickel element is magnetized to change its 
dimensions, thereby producing ultrasonic waves. 
Ultrasound may also be produced by a whistle or 
siren-type generator. In this method, gas or liquid 
streams are passed through a resonant cavity or reflec- 
tor with the result that ultrasonic vibrations character- 
istic of the particular gas or liquid are produced. 


Applications 


The number of applications for ultrasound seems 
to be limited only by the human imagination. There 
are literally dozens of ways that people have already 
found to make use of ultrasound. 


Coagulation 
Ultrasound has been used to bind, or coagulate, 


solid or liquid particles that are present in dust, mist, 
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or smoke into larger clumps. The technique is used in a 
process called ultrasonic scrubbing, by which partic- 
ulate matter is coagulated in smokestacks before it 
pollutes the atmosphere. Coagulation has also been 
used at airports to disperse fog and mist. 


Humidification 


In ultrasonic humidification, water is reduced to a 
fine spray by means of ultrasonic vibrations. The water 
droplets are propelled into a chamber where they are 
mixed with air, and a mist of air and water leaves the 
humidifier and enters the room to be humidified. 


Ultrasonic dispersion 


Two liquids that do not ordinarily mix, 1.e., oil and 
water, can be combined as a liquid by exposing a sol- 
ution of the two to very high frequency sound waves. 
Such mixtures are called dispersions. With this techni- 
que, alloys of aluminum and lead, iron and lead, and 
aluminum and cadmium can be mixed as liquids—and 
kept mixed—until they solidify. This technique is 
known as ultrasonic dispersion. It is also used to pro- 
duce stable and consistent photographic emulsions. 
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Ultrasonics 


Milk homogenization and pasteurization 


Ultrasonic waves can be used to break up fat 
globules in milk, so that the fat mixes with the milk 
(homogenization). In addition, pasteurization, the 
removal of harmful bacteria and microorganisms, is 
sometimes done ultrasonically. 


Ultrasonic cleaning 


Ultrasound is routinely used to clean, process, 
and degrease metal parts, precision machinery, and 
fabrics. The technique has found heavy use in the 
automotive, aircraft, and electronics industries, as 
well as for cleaning optical, dental, surgical, and 
other precision instruments. Fabrics can be laundered 
using ultrasound because the ultrasonic vibrations 
break down the attraction between dirt particles and 
fabrics, literally shaking the dirt loose. The principle 
by which ultrasonic cleaning is accomplished is known 
as cavitation. In cavitation, ultrasonic waves produce 
microscopic bubbles that collapse, sending out many 
tiny shock waves. These shock waves loosen the dirt 
and other contaminants on metals, plastics, or 
ceramics. The frequencies used in ultrasonic cleaning 
range from 15 kHz to 2 MHz. 


Welding 


Intense ultrasonic vibrations can be used to 
locally heat and weld two materials together. This 
technique works well with both plastics and metals. 
Thus, metal wire leads can be connected to semicon- 
ductor devices, or thermoplastic films sealed using 
ultrasound to locally heat, melt, and fuse the materi- 
als’ surfaces. When used to bond metals to plastics, 
ultrasonic waves create an even flow of molten plastic 
at the point of contact. When the liquid plastic solidi- 
fies, cohesive bonding takes place. 


Drilling 


By attaching an ultrasonic impact grinder to a 
magnetostrictive transducer and using an abrasive 
liquid, holes of practically any shape can be drilled in 
hard, brittle materials such as tungsten carbide or pre- 
cious stones. The actual cutting or drilling is done by 
feeding an abrasive material, frequently silicon car- 
bide or aluminum oxide, to the cutting area. 


Soldering 


In ultrasonic soldering, high frequency vibrations 
are used to produce microscopic bubbles in molten 
solder. This process removes the metal oxides from 
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the joint or surface to be soldered, and eliminates the 
need for flux. 


Nondestructive testing 


When used as flaw detectors, ultrasonic devices 
locate defects in materials and bounce back images of 
the defects, thus revealing their shapes and locations. 
Nondestructive testing neither damages the object 
being tested, nor harms the person performing the test. 
Metals, glasses, ceramics, liquids, plastics, and rubbers 
can be evaluated by this technique. Nondestructive 
testing of forged parts is now a standard manufactur- 
ing practice. The technique is used to detect corrosion 
in metal parts. It is also used to measure the thickness 
of many materials (with accuracy of up to 0.0001 in 
[0.00025 cm] for metals, and 0.001 in [0.0025 cm] for 
plastics), including concrete structures. Farmers have 
even used ultrasound to measure the fat layers on their 
cattle prior to sending them to market. 


Scientific research 


Ultrasound has been used to investigate the phys- 
ical properties of materials, to determine the molecu- 
lar weights of liquid polymers, to investigate the 
associated states of water, and to induce and speed 
up chemical reactions. Ultrasound has also been used 
to break up high molecular weight polymers, thereby 
making possible the creation of new plastic materials. 
Agricultural research indicates that seeds have been 
found to germinate more rapidly and to give higher 
yields after they have been subjected to ultrasound. 


Medicine 


Perhaps in no other field has there been such an 
explosion of ultrasound applications as in medicine. 
Ultrasound has been used in the following applications: 


(1) Photograph body organs and bones. Body 
parts as small as 0.004 in (0.1 mm) may be imaged 
using ultrasound. Heart examinations may be per- 
formed to locate tumors, valve diseases, and accumu- 
lation of fluids. Pregnancies may be detected as early 
as five weeks after conception, and fetal size and devel- 
opment is monitored throughout pregnancy and deliv- 
ery using ultrasonic imaging. 


(2) Measure the rate and direction of blood flow 
using the principle that the frequency of sound 
increases if its source travels toward an observer, but 
decreases if it moves away. This is true even when the 
“source” is an object producing an echo. This phe- 
nomenon, known as the Doppler effect, accounts for 
why the pitch of a train whistle, for example, becomes 
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higher as a train first approaches, and then becomes 
lower as it passes people standing on a station plat- 
form. Doctors can determine the direction of blood 
flow in the body by observing increases or decreases in 
the frequency of ultrasound reflected from the moving 
blood cells. 


(3) Detect tumors in the body and to distinguish 
between malignant tumors and healthy tissue. 
Ultrasound is also employed by oncologists to destroy 
malignant tumors and inclusions, eliminating the need 
for surgery. Cancer cells are destroyed using ultra- 
sound to produce microscopic bubbles that collapse 
and send out intense shock waves (cavitation effect). 
The same technique is used to destroy gallstones and 
kidney stones. 


(4) View living cells without damaging them. 
Ultrasonic microscopes can be used to image cellular 
structures to within 0.2 microns (two-thousandths of a 
millimeter). Ultrasonic methods are also used to locate 
foreign objects in the eye during surgery and in routine 
eye examinations, to measure the depth of burns in 
burn patients, to examine breast lumps and other parts 
of the body, and to making moving pictures of the 
beating heart. This technique affords an accuracy of 
0.05—0.1 in (0.1-0.2 mm). 


(5) Relieve muscle strain. Ultrasonic heat has been 
used to treat arthritis, bursitis, myelitis, neuralgia, 
malignancy, lumbago, rheumatism, arthritis, sciatica, 
sinitis, and post-operative pain. 


(6) Clean teeth by means of ultrasonic prophylaxis 
units operating at 25 kHz. 


Electronic eavesdropping 


Conversations can be overheard without using 
microphones by directing ultrasonic waves at the win- 
dow of the room being monitored. Sounds in the room 
cause the window to vibrate; the speech vibrations pro- 
duce characteristic changes in the ultrasonic waves that 
are reflected back into the monitor. A transducer can be 
used to convert the reflected vibrations to electrical 
signals that can be reconstructed as audible sounds. 


Detection devices 


Ultrasound has been used to detect undersea 
naval vessels, to measure the depth of the ocean 
floor, and to locate schools of fish. When used in 
these ways, ultrasound is usually referred to as sonar, 
an acronym for SOund NAvigation and Ranging. The 
frequencies used in most sonar systems range from 5 to 
50 kHz. Ultrasonic detectors also measure chemical 
fluid levels automatically in tanks and containers, as 
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KEY TERMS 


Cycle—One wave expansion and compression. 


Hertz—A unit of measurement for frequency, 
abbreviated Hz. One hertz is one cycle per second. 


Kilohertz (kHz)—One thousand hertz. 
Megahertz (MHz)—One thousand kilohertz. 


Piezoelectric—A material that becomes electrically 
charged when compressed, generating an electric 
current. 


Transducer—An electronic device used to gener- 
ate ultrasound. 


Ultrasound—Another term for ultrasonic waves; 
sometimes reserved for medical applications. 


Wavelength—The distance between two consecu- 
tive crests or troughs in a wave. 


well as in the fuel tanks of aircraft. In addition, ultra- 
sonic devices are used in burglar alarms. When an 
intruder trips an ultrasonic alarm, a signal can be 
relayed to the local police station, and the burglar 
apprehended. 


Radio 


Radio talk shows routinely use ultrasonic delay 
lines to monitor and cut off abusive callers before their 
comments are aired during radio talk shows. The 
ultrasonic delay line bounces the voice signal back 
and forth between two transducers until it has been 
monitored, then releases it for broadcast. 


See also Acoustics; Solder and soldering iron. 
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I Ultraviolet astronomy 


Ultraviolet astronomy, a part of the fields of 
astronomy and astrophysics, is the study of astronom- 
ical objects in the ultraviolet (UV) portion of the 
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Ultraviolet astronomy 


ROSAT (Roentgensatellit) satellite prior to its launch on June 
1, 1990. This German/United Kingdom/NASA satellite is 
capable of detecting both x-rays and extreme ultraviolet (EUV) 
light. (© Dornier Space/Science Photo Library, National Audubon 
Society Collection/Photo Researchers, Inc.) 


electromagnetic spectrum—specifically, from the extreme 
UV (10 nanometers) to the near UV (400 nanometers), 
where one nanometer equals one-billionth of a meter. 
Because Earth’s atmosphere prevents ultraviolet radi- 
ation from reaching its surface, ground-based observ- 
atories cannot observe in the ultraviolet. Only with the 
advent of space-based telescopes has this area of 
astronomy become available for research. Ultraviolet 
radiation has a shorter wavelength and more energy 
than visual radiation. Much of ultraviolet astronomy, 
therefore, centers on energetic processes in stars and 
galaxies. Hot regions of stellar atmospheres, for exam- 
ple, invisible to optical telescopes, reveal a wealth of 
information to the ultraviolet telescope. The crowded, 
violent regions at the centers of some galaxies are also 
prime targets for ultraviolet telescopes. 


Ultraviolet radiation 


Scientists often refer to electromagnetic radiation 
in terms of its wavelength, the distance from one peak 
of a wave to the next peak. A convenient unit of wave- 
length is the angstrom (A). One angstrom equals one 
ten-billionth (1 x 10°'°) of a meter; and one angstrom 
equals 0.1 nanometer. 


Visual light, the light human eyes are sensitive to, 
has wavelengths from about 4,000 to 7,000 angstroms. 
Beyond the visual is infrared light—humans cannot 
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see it, but can feel it as heat. On the short wavelength 
side of the visual part of the spectrum is the ultraviolet. 
Ultraviolet (often just called UV) light has wave- 
lengths from 100 to 4,000 angstroms. 


The Earth’s atmosphere is opaque to UV light, 
meaning it is difficult for UV radiation to penetrate it. 
This is fortunate for humans, since UV light is what 
causes sunburn and in sufficiently large doses, skin 
cancer. Optical telescopes cannot see wavelengths 
much shorter than 3,600 angstroms. Thus, to observe 
UV radiation from astronomical objects it is necessary 
to go above the atmosphere. Orbiting, space-based 
telescopes are needed, and only in the past few decades 
have they been available. 


Ultraviolet observatories 


Astronomers have developed many different 
kinds of telescopes besides the familiar optical instru- 
ments. Radio, infrared, ultraviolet, x-ray, and gamma- 
ray telescopes all have unique design requirements to 
maximize their efficiency in the part of the spectrum 
they intend to study. 


Like gamma-ray and x-ray telescopes, UV tele- 
scopes have only been possible in the era of space 
flight, and the longest lived and most important of 
these so far has been the Jnternational Ultraviolet 
Explorer ((UE). Launched in 1978, IUE was designed 
to observe the UV sky for five years. Instead, the tele- 
scope was not shut down until September 30, 1996, 
and during its lifetime took tens of thousands of spec- 
tra of stars, nebulae, and galaxies. 


IUE was a joint project of the United States 
(National Aeronautics and Space Administration), 
United Kingdom (UK Science Research Council), 
and the European Space Agency (ESA). It was oper- 
ated for 16 hours each day at the Goddard Space 
Flight Center in Greenbelt, MD, and for eight hours 
each day at the Villafranca Satellite Tracking Station 
in Spain. Astronomers around the world used IVE for 
their research, and it has been one of the most produc- 
tive missions in the history of spaceflight. 


Despite its glowing track record, [UE had some 
important limitations. Its primary mirror was only 
17 in (45 cm) in diameter. Therefore, IUE could not 
observe very faint objects. In addition, its instrumen- 
tation was developed in the 1970s and was not as 
technologically advanced as that available in the 
1980s and 1990s. For this reason, a new generation 
of UV observatories was designed and built. 


On June 7, 1992, the Extreme Ultraviolet Explorer 
(EUVE) was launched. This satellite was designed to 
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extend the spectral coverage of IUE, which only went 
down to 1,100 A. The EUVE telescope observed at 
wavelengths as short as 70 A and extended the observ- 
ing capability of space-based observatories through- 
out the UV range. 


On June 24, 1999, the Far Ultraviolet Spectroscopic 
Explorer (FUSE) was launched. This satellite is also 
designed to look father into the ultraviolet—.e., to 
shorter wavelengths—than IVE, observing at wave- 
lengths from 900 to 1,200 A. With FUSE, astronomers 
will explore conditions in the universe as they existed 
only shortly after the big bang (the currently accepted 
theory on how the universe was created), in addition to 
myriad studies of high-energy processes in stars and 
galaxies. 


These observatories—IUE, EUVE, and FUSE— 
are what NASA calls Explorer-class missions. These 
are smaller, less ambitious and expensive projects, 
designed to perform a specific task. This is in contrast 
to the great observatories such as the Hubble Space 
Telescope (HST), which includes a UV instrument 
called the Goddard High Resolution Spectrograph 
(GHRS). The GHRS can observe the same part of 
the spectrum as IUE, but the 8.5 ft (2.6 m) mirror 
of the HST is much larger than the 16 in (45 cm) mirror 
of IUE, and GHRS can observe much fainter objects 
than IUE. 


On April 28, 2003, NASA launched the Galaxy 
Evolution Explorer (GALEX) for a 29-month mission 
to measure star formation approximately 10 billion 
year ago at ultraviolet wavelengths. Specifically, 
GALEX is studying hundreds of thousands of galaxies 
in order to determine their distances from the Earth 
and rate of star formation within them. As of October 
2006, GALEX is continuing its mission of exploration. 


Research with UV telescopes 


UV telescopes reveal a wealth of information 
about hot and energetic processes in astronomical 
objects. This is because the hotter an object is the 
more energy it radiates at short wavelengths. UV radi- 
ation has shorter wavelengths than visual light, so hot 
objects are brighter in the UV than in the visual. For 
example, a hot star like Rigel (the blue-white star that 
forms Orion’s left foot) emits much more UV radia- 
tion than the sun. 


UV telescopes have greatly enhanced astronomi- 
cal understanding of the stars. It is well known that the 
temperature rises in the outer atmospheres of stars like 
the sun, but the causes of this temperature rise are 
poorly understood. Because the atmospheres get very 
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KEY TERMS 


EUVE—The Extreme Ultraviolet Explorer, launched 
in 1992. The EUVE telescope observes the short- 
wavelength end of UV radiation, from 70 to 760 
Angstroms. 


GHRS—The Goddard High Resolution Spectrograph. 
An ultraviolet instrument that is part of the Hubble 
Space Telescope, GHRS extends the capabilities of 
IUE (International Ultraviolet Explorer) owing to its 
more modern instrumentation and the HST’s large 
mirror. 


1UE—The International Ultraviolet Explorer. Launched 
in 1978, |UE operated for nearly two decades despite 
its original five-year design lifetime. IUE was one of 
the most successful and productive of space-based 
observatories, and has been used to observe nearly 
every kind of astronomical object, from planets and 
comets to stars, nebulae, and galaxies. 


UV radiation—Radiation with wavelengths between 
100 and 4,000 Angstroms. UV radiation causes sun- 
burn and, in sufficient doses, skin cancer. Fortunately 
for humans, Earth’s atmosphere prevents most 
UV radiation from reaching the ground, but this 
also means that the ultraviolet radiation from astro- 
nomical objects can only be studied by telescopes 
orbiting above the atmosphere. 


hot, they emit much of their radiation in the UV, and 
until the launch of TUE in 1978, the nature of these hot 
atmospheres was largely unknown. UV telescopes 
have also been used to study winds from hot stars, 
stars that are still in the process of forming, and hot, 
dead stars that orbit other stars, drawing matter off 
them and heating it until it emits large amounts of UV 
and x-ray radiation. 


Another place where hot, high-energy conditions 
prevail is at the center of galaxies. The so-called active 
galaxies have intense high-energy sources at their cen- 
ters. These galaxies often have huge jets of hot, high- 
energy material streaming out of them. A hypothe- 
sized source of the intense energy generation is an 
enormous black hole at the galactic center. [UE and 
other UV telescopes have been used to study galactic 
centers in an effort to understand the processes occur- 
ring in the crowded, violent environments thought to 
prevail there. 


See also Galaxy. 
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Unconformity 
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Ultraviolet radiation see Electromagnetic 
spectrum 


l Unconformity 


An unconformity is a widespread surface separat- 
ing rocks above and below, which represents a gap in 
the rock record. The gap, or interval of geologic time 
that goes unrecorded, is called a hiatus. Unconformities 
occur when either erosion wears away rocks, or rock 
deposits never form. Therefore, a time gap exists 
between when the rocks below the unconformity 
formed and when those above it formed. 


Unconformities are classified as three types. The 
most easily recognized are angular unconformities, 
which show horizontal layers of sedimentary rock 
lying on tilted layers of sedimentary rock. The upper 
layers may not be perfectly horizontal, but they do not 
lie parallel to the lower layers. The second type of 
unconformities are disconformities, which lie between 
parallel layers of sedimentary rock. The third type are 
nonconformities, which divide sedimentary layers 
from metamorphic and intrusive (cooled inside the 
Earth) igneous rocks. Common to all three, erosion 
causes them to form, and younger rocks sit on older 
rocks. 
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Angular unconformities 


Four basic steps create angular unconformities. In 
step one, sediment weathered from land and carried to 
the sea accumulates on the sea floor and, over millions 
of years, turns to rock layers. Then, the collision of 
plates, giant sections of Earth’s crust that constantly 
shift, lift and tilt the layers until the layers rise above 
sea level and then weather and erode. They erode for 
millions of years until the edges of the tilted layers 
become a flattened plane (a peneplain is a broad land 
surface flattened by erosion). Finally, in step four, sea 
level rises or land sinks. Sediments wash down, form- 
ing new horizontal layers that cover the submerged, 
tilted layers. These four steps could take hundreds of 
millions of years to complete. 


The Colorado River at the Grand Canyon, in the 
United States, exposed one of the best angular uncon- 
formities in the world. From even miles away on the rim 
of the canyon, observers can see tilted layers of rock 
truncated roughly 550 million years ago by a horizontal 
sedimentary layer called the Tapeats Sandstone. The 
inner gorge of the Grand Canyon provides a great 
example of angular unconformity formation. Except, 
instead of four steps, the rocks tell of seven: (1) Over 
two billion years ago, layers of sediment accumulated 
and turned to rock. (2) Around two billion years ago, 
plate collisions lifted mountains and turned the sedimen- 
tary rocks into the Vishnu Schist, a metamorphic rock. 
(3) One-half billion years later, the mountains eroded 
into a peneplain. (4) The land subsided or sea level rose 
to deposit new layers (known as the Grand Canyon 
Series) on the old Vishnu Schist. (5) New plate collisions 
tilted and uplifted the Grand Canyon Series. (6) Erosion 
truncated the tilted series and created another peneplain. 
The erosional episode lasted almost one billion years. 
(7) The land subsided eventually and the Tapeats 
Sandstone accumulated on the tilted Grand Canyon 
Series. In some places in the canyon, the Tapeats lies 
not on the angled series but directly on the metamorphic 
Vishnu Schist—making this a nonconformity. 


Another famous angular nonconformity is 
Scotland’s Siccar Point, a site which played a part in 
the development of modern geology. In the eighteenth 
century, most people believed Earth to be only 6,000 
years old, a figure arrived at earlier by Bishop James 
Ussher (1581-1656), a prominent theologian who 
added the ages of Biblical characters and, thus, con- 
cluded the world was created in 4004 BC. Scottish 
geologist James Hutton (1726-1797), however, realized 
that thousand-year-old Roman ruins in Great Britain 
were barely touched by weathering and erosion. He, 
therefore, wondered how long it takes for whole moun- 
tains, like those in Scotland, to wear down. 
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The angular unconformity Hutton discovered at 
Siccar Point in Scotland provided dramatic evidence 
for his time expansion. He saw nearly horizontal sand- 
stone resting on nearly vertical graywacke (a sedimen- 
tary rock similar to sandstone) and marveled at how 
long it took to deposit the graywacke, tilt it, erode it, 
and then lay sandstone across it. As his friend, John 
Playfair, wrote “The mind seemed to grow giddy by 
looking so far into the abyss of time.” 


Disconformity 


From about one mile away, or perhaps from a few 
hundred feet away, disconformities can hide. The 
layers appear regular and parallel. However, between 
the layers, a disconformity can lie. Not until a geolo- 
gist closely examines the fossils in the layers for the 
presence or absence of certain organisms can he or she 
recognize the gap in time—an erosional period when 
sediment accumulation or deposition halted or per- 
haps when anything laid down washed away. 


As with an angular unconformity, disconformities 
form in steps. In step one, sediments collect on an ocean 
floor (or perhaps on the bed of a large lake). They 
compact and become rock layers. In the second phase, 
sea level falls or the sea floor rises to expose the layers to 
weathering and erosion. The main difference in the 
formation of disconformities and angular unconform- 
ities lies in this second step. As the layers of the future 
disconformity rise above sea level, they remain horizon- 
tal—no tilting occurs. If they tilt in this step, they later 
form an angular unconformity. Then, in step three, the 
land subsides or sea level rises, and new sediments 
collect on the older, still horizontal, layers. 


Back in the Grand Canyon, where the story 
paused roughly 550 million years ago, the Tapeats 
Sandstone draped across the Grand Canyon Series 
and the Vishnu Schist to form the Great Unconformity. 
At least two more layers of sediments—the Bright Angel 
Shale and the Muav Limestone—collected on the 
Tapeats over the next 50 million years. Other layers 
may have been formed, too, but they disappeared when 
the land rose and eroded for the next 80 million years. 
When the area again sank beneath the sea, the Temple 
Butte Formation, 80 million years younger than the 
Mauvy, accumulated on the disconformity. The cycle of 
deposition, uplift, erosion, subsidence, and more depo- 
sition repeated at least four times from 550 to 250 million 
years ago. 


Nonconformities 


Nonconformities separate sedimentary rock layers 
from metamorphic rock layers and from intrusive 
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KEY TERMS 


Angular unconformity—An unconformity, or gap, 
in the rock record, where horizontal rock layers 
overlie tilted layers. 


Disconformity—An unconformity, or gap, in the 
rock record, situated between parallel rock layers. 


Nonconformity—An unconformity, or gap, in the rock 
record, where sedimentary rocks overlie metamorphic 
or igneous rocks. 


igneous rock (like granite). In a step-by-step process 
similar to the other two unconformities, sediment 
accumulates and becomes rock. Then, plate collisions 
deform these layers and change them into metamor- 
phic rocks. Associated with this mountain-building, 
molten rock often squeezes upward into the metamor- 
phic rock fractured by the deformities and solidifies, 
forming igneous rock (usually granite). In phase three, 
the mountains erode to a peneplain. Then, finally, new 
layers collect over the flattened metamorphic and 
igneous rocks. As described earlier, the Tapeats 
Sandstone layer in the Grand Canyon forms an angu- 
lar unconformity where it overlies the tilted Grand 
Canyon Series and a nonconformity where it rests on 
the Vishnu Schist. 


An ongoing process 


As rocks continue to wear away, more unconform- 
ities appear. As road crews cut through mountains, they 
expose unconformities for the speeding motorist as well 
as the geologist to enjoy. However, these new expo- 
sures, and the mountains that contain them, will erode 
flat. The Appalachians, the Himalayas, the Alps, the 
Rockies, even the Grand Canyon, will die their slow 
erosional deaths as nature levels the continents, which 
may then subside beneath the seas. However, more 
sediment will soon accumulate, which will uplift and 
erode, and so on into eternity—an unbroken cycle of 
geologic processes. 


See also Geologic time. 
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l Underwater exploration 


Underwater exploration is the relatively recent 
process of investigating the depths of the sea to under- 
stand its physical and chemical characteristics and to 
learn about the life forms that inhabit this realm. 
Underwater exploration near the surface and near 
the shore is an ancient form of earning a livelihood 
and enjoying the pleasures of the water; but deep-sea 
exploration is a recent phenomenon (compared to 
many other sciences) because technological develop- 
ments have been essential to the survival of human 
beings in deeper water. Alternatively, these develop- 
ments have eliminated the need for humans to journey 
to these depths. 


History 


The very earliest explorations of the sea depended 
on human endurance, that is, the depth a person could 
sustain a dive. Ancient human ancestors certainly 
explored the near shore. The Polynesians dived from 
their sea-going outrigger canoes, but the depth they 
could explore was limited to relatively shallow water. 
The women who dive for pearls in and near Japan and 
the Greeks who dive for sponges have achieved phe- 
nomenal endurance records (presumably in ancient as 
well as modern times) for holding their breath, but 
diving for pearl-bearing oysters or for sponges 
requires perseverance for searching not for depth. 


Scientific study of the physics of the deep sea 
began when French mathematician, astronomer, and 
scientist Pierre Simon de Laplace (1749-1827) used 
only tidal motions along the shores of West Africa 
and Brazil to calculate the average depth of the 
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Atlantic Ocean. He estimated this average to be 
13,000 ft (3,962 m), which scientists later proved with 
soundings over the ocean to be relatively accurate. 
Investigations of the sea bottom were begun when 
submarines were manufactured, and soundings were 
used to lay submarine cables. 


Nineteenth and twentieth century technology 
caused an explosion in the exact sciences. The captains 
of sailing vessels made precise ships’ logs in the early 
nineteenth century that proved valuable in early oce- 
anography. These records were compiled by Matthew 
Fontaine Maury (1806-1873), who set documentation 
standards later followed by many international con- 
gresses on oceanography and other sciences of the sea. 
The expeditions of Captain James Cook (1728-1779) 
and the polar explorers (notably Sir James Ross 
[1800-1862] who explored the North Pole with Sir 
William Edward Parry [1790-1855] as well as the 
Antarctic Region and his uncle Sir John Ross [1777— 
1856] who was also an explorer of the North Pole) 
added more information about oceanic surfaces. 


In the mid-1800s, Norwegian scientists proved life 
exists in the deep sea when they recovered a stalked 
crinoid from a depth of 10,200 ft (3,109 m). In 1870, 
the British began the first expedition strictly to explore 
the deep ocean. The H.M.S. Challenger expedition left 
England in December 1872 and spent four years con- 
ducting oceanographic studies in the oceans of the 
world, returning to England in May 1876. The ship’s 
crew was under the command of Sir George Nares, 
and Sir Charles Wyville Thomson (1830-1882) was the 
chief scientist on board. The crew is credited with 
discovering 715 new genera and 4,417 new species of 
marine organisms. At about the same time, the 
German ship the S.M.S. Gazelle made observations 
of southern waters including the South Atlantic, South 
Pacific, and Indian Oceans. The U.S.S. Tuscarora 
cruised the North Pacific to make soundings for the 
trans-Pacific cable line and recorded many other scien- 
tific observations along with the soundings. 


Oceanography 


Oceanography is literally the science of mapping 
the floor, geometry, and configuration of large bodies 
of water. The history of deep-sea exploration began 
with practical applications of oceanography, such as 
the laying of undersea cables, and was extended by 
natural and scientific curiosity. Aspects of the condi- 
tion of the oceans studied by oceanographers include 
relief of the sea floor; volumes of ocean basins and 
numerous sub-areas; character of the ocean surface 
including atmospheric effects, transportation and 
properties of sediments found in marine environments 
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(as well as their origins, such as land, volcanic, organic, 
and inorganic sources); chemistry of sea water (includ- 
ing the gas content); physical properties of sea water 
like density and pressure; characteristics of ice and 
icebergs; and biological oceanography (including 
plankton, bacteria, and plant nutrients as well as 
more familiar plants and animals). 


Based on the surface map of the world, the oceans 
cover 71% of the globe. In the twentieth century, 
oceanography has dramatically changed scientific 
understanding of the importance of the sea to land 
dwellers. Not only have people become more environ- 
mentally aware, but humans are more knowledgeable 
of the vastness of Earth’s seas. 


Oceanography led to the development of a num- 
ber of instruments that are used to chart the bottom of 
the sea; some of these are also used in undersea explo- 
ration for other purposes. Sounding devices were the 
first key oceanographic tools. The first sounding 
weight, the Baillie sounding machine, was used on 
the Challenger expedition and consisted of a large 
weight dropped to the sea floor. When the weight hit 
the bottom, the line was pulled taut and the depth 
measurement was read from the line. The Baillie 
sounding machine also had a tube below the weight 
that drove into the sea-floor sediments. Samples could 
be retrieved in this fashion. Early explorations also 
collected samples from the seabed using dredges (that 
were pulled along the sea floor) and an assortment of 
scoops. These tools collected soil, rock, some plant 
life, and other biological specimens. 


Weight-sounding techniques were replaced after 
World War I (1939-1945) by echo-sounding that uses 
sounds or acoustic impulses from ships on the ocean 
surface to measure reflections of the sound waves off 
the bottom. The time lapse of the sound wave’s return 
to the ship indicates the depth, although early uses of 
echo-sounding were often in error if the device was not 
properly calibrated for the density of saltwater. 


Instrumentation 


Oceanographers also use drilling and coring tech- 
niques for sampling the seabed. The gravity corer 
replaced the sampling device on the Baillie sounding 
machine with an open and weighted tube that is trig- 
gered to release as soon as sediments are encountered. 
It then drills into the sea floor to up to about 33 ft 
(10 m). When the corer is extracted and brought 
onboard ship, the core can be extruded. Layers in the 
sediments are then logged by a geologist specializing in 
ocean sediments. Some specially equipped ocean drill- 
ing rigs are able to retrieve core samples from greater 
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depths (as much as 4,900 ft or 1,500 m), and samples 
from the drilling of test wells for oil and gas extraction 
and the foundations for offshore oil platforms are also 
examined by oceanographers and other specialists. 


Other oceanographic instruments include flow 
meters for measuring the velocity of deep-sea currents, 
seismographs for detecting earthquake activity far 
from land-based equipment, pressure meters that 
measure pressure beneath the ocean with depth, and 
thermometers. These instruments are usually attached 
to sounding devices because their measurements with 
respect to the depth to the sea floor are important. 
Research vessels carry these instruments, but the 
instruments can also be tethered to buoys and left at 
sea. The research ships themselves are precise, highly 
equipped floating laboratories with sophisticated nav- 
igation systems including links to global positioning 
system (GPS) satellites and positioning systems that 
use computers in the ship’s controls to keep it in a fixed 
location at sea. A sonar beacon seated on the ocean 
floor usually provided the point of orientation for the 
ship’s fixed position. A variety of television, video, and 
still cameras and audio detection equipment is also 
standard for research vessels. 


Satellite technology has greatly advanced the sci- 
ence of oceanography. One of the techniques, known 
as satellite altimetry, utilizes radar to measure the 
distance from an orbiting satellite to the ocean surface. 
While usually considered smooth and spherical, the 
surface of the Earth’s oceans actually exhibits a multi- 
tude of broad dimples and bulges that reflect the top- 
ography of the ocean floor. The uneven surface of the 
ocean is due to localized gravity effects from moun- 
tains and depression at the bottom of the ocean. 
Although the relief of these prominences is greatly 
subdued when compared to the ocean floor, their 
extent is sufficient to be quantified by means of satel- 
lite altimetry, which has an astounding vertical reso- 
lution of 1 in (0.03 m). The altimetry data provided by 
the U.S. Navy’s GEOSAT (Geodetic Satellite) and 
European Space Agency’s (ESA’s) ERS-/ (European 
Remote-Sensing-1) satellites permit the construction 
of topographic maps of the world’s ocean basins. This 
is particularly important in deep, remote portions of 
the basins where little depth information is available. 


Modern surface mapping techniques of similar 
resolution would require approximately 125 years 
and several hundred million dollars to complete. 


The technique has a wide variety of applications. 
Navigation of ships, submarines, and even aircraft are 
frequently affected by local gravitational variations. 
The information provided by satellite altimetry allows 
the variations to be accounted for and the course 
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corrections applied. The topographic information per- 
mits the identification of subsurface controls of ocean 
currents and favorable fishing locations. Geologists 
utilize the information to investigate various aspects 
of plate tectonic theory, identify and study subsurface 
volcanoes, locate potential petroleum reserves, and 
even measure the structural characteristics of the 
Earth’s oceanic crust. 


Diving tools and techniques 


Diving suits and devices to help divers stay longer 
underwater were invented and tested as early as the 
fourth century BC. At that time, Aristotle (384-322 
BC) mentioned in his writings about artificial breath- 
ing devices for divers, and Alexander the Great (356— 
323 BC) supposedly dove in a primitive version of a 
diving bell. Edmund Halley (1656-1742), the British 
astronomer, geophysicist, and mathematician for 
whom the comet is named, invented the first practical 
diving bell in 1717. It had a wooden chamber with an 
open bottom and glass in the top or ceiling for light. 
Leather tubes supplied air to the occupants, and the 
air was furnished through casks lowered into the water 
as they were needed. As water flowed into the casks, it 
forced the air out through the tubes, in a simple form 
of compressed air. Steel chambers similar to Halley’s 
invention are still used today for some types of under- 
water construction, except that the compressed air is 
supplied from tanks. 


Individual diving suits to protect divers and let 
them move freely were first tried in the seventeenth 
century. In 1819, the first successful diving suit was 
invented by Augustus Siebe (1788-1872), an inventor 
of German and British extraction. He used the principle 
of the diving bell in fitting the diver’s head into a metal 
helmet that was attached to a leather jacket. Air was 
pumped into the helmet through a hose. The system 
was not watertight, but the forced-air pressure kept the 
water below the diver’s nose and mouth. Siebe followed 
his invention with several improvements, the last of 
which was made in 1830. The modern diving suit fully 
encloses the diver in a suit of rubberized fabric and a 
helmet. The unit is airtight, and the diver can regulate 
both air pressure and buoyancy with valves on the 
helmet. Diving suits for greater depths include weighted 
shoes, lead plates for the back and chest, and a commu- 
nications line linked to a telephone at the surface. For 
still greater depths, metal suits with special airtight 
joints help divers withstand the higher water pressures. 
Air pressure within these suits can be properly regulated 
so, in fact, the suits for greater depths impose less 
physical stress on the diver than those for shallower 
waters. Self-contained underwater breathing apparatus 
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(SCUBA) supports both skin divers and divers with 
gear for deeper water and eliminates the troublesome 
supply hoses. 


Work underwater is done with special equipment 
that is also pneumatically powered (powered by com- 
pressed air). Drills, wrenches, and other tools require 
supplied air for power although standard cutting and 
welding torches can be used underwater. Electrically 
powered lights are needed at depth because light only 
penetrates a few yards (meters) in some waters. 
Underwater stations for working and habitation 
have been tested; depending on depth, different air 
supplies using mixtures of oxygen and helium or 
hydrogen instead of nitrogen are needed to prevent 
fatal bubbles in the blood stream of the diver. Divers 
adapt to the underwater world in stations no more 
than 328 ft (100 m) deep, but they can work for shorter 
periods of time at depths of 1,300 to 1,500 ft (approx- 
imately 400 to 650 m) in flexible suits. Underwater 
habitats or stations are supplied air and power by 
stationary surface craft. 


Deep-sea submersible vessels 


The tool that made true exploration of the deepest 
waters of the seas possible is the deep-sea submersible 
vessel or vehicle, simply called a submersible. The 
submersible is a miniature submarine, but submarines 
are not submersibles. Submarines are fully contained 
quarters for human occupancy and for machines, usu- 
ally with a military purpose, that can survive at depth 
for an extended length of time. Some nuclear-powered 
submarines stay submerged for months, carry food 
and fresh water for crews of over 100 persons, purify 
air for breathing, and perform specific tasks related to 
warfare, espionage, and research. While they also have 
highly sophisticated equipment, including sounding 
devices, pressure and temperature meters, and elabo- 
rate navigation and power systems, these are used for 
different purposes than the instruments on a research 
ship or submersible. 


Submersibles are designed to dive to much greater 
depths than submarines. Because of the tremendous 
pressures in the deep ocean realms, they are built for 
strength, survival of two or three human occupants 
(if any), and specific research tasks. They do not carry 
stores of food or water, and oxygen is furnished from 
limited onboard storage tanks or piped in from the 
support vessel at the surface. 


Early submersibles were called bathyscaphs from 
the Greek roots for deep and boat, bathyspheres mean- 
ing deep-diving spheres, or diving saucers. The bathy- 
sphere was a steel diving chamber suspended from a 
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host ship at the surface on a steel cable and a separate 
telephone cable. The bathyscaph also had a steel diving 
sphere, but it was suspended beneath a football-shaped 
blimp that carried gasoline to keep the craft afloat until 
the crew wanted to make the bathyscaph descend. For 
descent, the gasoline was released, and it was replaced 
with seawater. Diving saucers were a specialty of the 
French; explorer and researcher Jacques- Yves Cousteau 
(1919-1997) designed an early diving saucer called the 
Soucoupe (the French word for saucer) that was 
unique in using hydrojets to maneuver in the water. 
Later, saucerlike vessels, the Deepstar 4000 and the 
Cyana, also made landmark explorations into the 
underwater world. The Cyana was used in 1974 in 
the pioneering exploration of the Mid-Atlantic Ridge 
and its deep rift valley. 


A number of countries around the world operate 
submersibles through their oceanic research organiza- 
tions. Manned submersibles have descended to over 
20,000 ft (6,000 m) deep; one of these, the Argo, was 
used by Dr. Robert Duane Ballard (1942-) to locate 
the wreck of the H.M.S. Titanic in 1985. After the 
Titanic’s location was discovered using a manned sub- 
mersible, a smaller, unmanned robot submersible 
named Jason ventured into the wreck to photograph 
its interior. Most submersibles carry still cameras, tele- 
vision systems, and special lighting systems to provide 
light for photography. All of these are designed and 
built specifically for the deep-ocean environment and 
its severely limiting hardships. Many submersibles are 
also equipped with mechanical manipulators (arms 
and scoops) that can collect samples from the sea 
floor, biological specimens, and oddities such as debris 
from the Titanic. Later, Ballard discovered the battle- 
ship Bismarch, in 1989, the aircraft carrier U.S.S. 
Yorktown, in 1998, and the PT-109 (where PT stands 
for Patrol Torpedo) boat that was wrecked with 
Lieutenant (and future president) John F. Kennedy 
(1917-1963) onboard, in 2002. 


Deep-sea pioneers 
Charles William Beebe and Otis Barton 


Charles William Beebe (1877-1952) was the 
designer of the first practical bathysphere. Beebe, 
part scientist and part showman, never completed his 
degree at Columbia University in New York: instead, 
he became a curator at a zoo, tracked rare species of 
birds in South and Central America, and climbed 
volcanoes before becoming interested in underwater 
exploration. In 1934, he and Otis Barton made a 
record-setting descent to 3,028 ft (923 m) below the 
waters off the Bermuda Islands. Barton was a far 
different character, a virtual recluse who had been 
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born to an extraordinarily wealthy family and was 
interested in the ocean from his youth. Barton 
invented his own deep diving helmet and weighted 
himself down with rocks to explore Massachusetts 
waters before teaming up with Beebe. 


By 1926, Beebe was famous as an adventurer; 
Barton contacted him and showed him detailed 
designs for a steel sphere that would serve as a capsule 
for carrying two passengers beneath the sea. Two oxy- 
gen tanks in the sphere carried eight hours worth of 
air, trays of absorbents collected carbon dioxide and 
moisture, and panes of quartz that had been pressure- 
tested were fitted into the sphere as windows. 
Conditions were so primitive that Beebe and Barton 
carried small palm-leaf fans to circulate air in the 
chamber. A steam-powered winch on the host ship 
hoisted the bathysphere to the surface on a steel 
cable, and another cable carried two wires for tele- 
phone communications with the surface and two for 
an electric searchlight mounted inside the sphere and 
aimed through a window. Beebe wore headphones 
during the dives and described observations by tele- 
phone to an assistant onboard the surface craft. 


During their historic 1934 dive, the captain of 
their crew allowed the bathysphere to stay at its great- 
est depth for only three minutes before beginning the 
surface ascent. Beebe described eerie and extravagant 
undersea creatures as well as great water voids with no 
apparent life. For years, he was condemned for deceiv- 
ing the public until the observations and photographs 
made by others verified his observations, and Beebe 
was Officially credited with discovery of hundreds of 
new life forms. 


Auguste and Jacques Piccard 


Swiss physicist Auguste Piccard (1884-1962) had 
twin fascinations, the atmosphere above the Earth’s 
surface and the sea below. He was world-famous as an 
inventor (who collaborated with German—American 
physicist Albert Einstein [1879-1955], among others), 
balloonist, and adventurer, and, at the Chicago 
World’s Fair in 1933, his hydrogen-filled balloon was 
displayed next to Beebe’s bathysphere. This led to a 
meeting of the two like minds, and, in 1937, Piccard 
began building his bathyscaph with its gasoline-filled 
float and suspended chamber or gondola of spherical 
steel. Largely supported in his atmospheric explora- 
tions by the Belgian organization Fonds National de 
la Recherche Scientifique (FNRS), Piccard asked 
them to back him in building the bathyscaph, named 
FNRS-2 (his atmospheric exploration balloon had 
been named FNRS-/). His research was suspended 
for the duration of World War IJ, but, in 1948, 
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Piccard and his son Jacques (1922—) reached a new 
record depth of 4,500 ft (1,500 m). Jacques was edu- 
cated in Trieste, Italy, and, in 1953, the Piccards in a 
new Swiss/Italian bathyscaphe named Trieste engaged 
the French/Belgian FNRS in a battle to beat the 
Piccards’ last depth record. 


In September 1953, the Piccards set the new 
record of 10,390 ft (over 3,100 m), they were limited 
only by the depth of the Mediterranean Sea. The U.S. 
Navy joined the race in 1957 and wanted to purchase 
the Trieste for test dives and further attempts at world 
records in the Pacific Ocean off the coast near San 
Diego, California. The ultimate objective was a dive 
into Challenger Deep, the deepest hole in the world’s 
oceans in the Mariana Trench near Guam where the 
Pacific forms “Mount Everest in reverse,” a 35,800-ft 
deep (over 11,400-m-deep) chasm discovered in 1949 
by the H.M.S. Challenger IT research ship. The Big 
Dive was scheduled for January 23, 1960, and Jacques 
Piccard was selected by the Navy as half of the two- 
man crew with Lieutenant Don Walsh. After descend- 
ing at the speed of an elevator and having their fragile 
craft buffeted by thermoclines (differences in ocean 
temperatures), Piccard and Walsh reached the deepest 
known point on the Earth. With the depth race over, 
the oceans were open to more thorough scientific 
exploration. AS of 2006, Piccard and Walsh are the 
only two people to have reached the deepest point (the 
Challenger Deep) on the surface of the Earth. 


Maurice Ewing 


Maurice Ewing (1906-1974) was a professor of 
geology at Lehigh University in Lehigh, Pennsylvania. 
He had used seismic reflection, a technique for bounc- 
ing mini earthquake waves generated by explosives off 
surfaces and measuring their reflections, to locate deep 
oil and gas reserves in Texas. Different types of rock 
and other materials reflect seismic waves of different 
wavelengths. He was approached about applying the 
same method over the ocean to map the continental 
shelf, the border of any continent at the point where it 
drops steeply to deep ocean. In 1934, Ewing began a 
study of the continental shelf off the coast of Virginia. 
In 1940, Ewing went to the Woods Hole Oceanographic 
Institute (Massachusetts) to learn about the sea, and, 
during World War II, he performed secret research for 
the U.S. Navy and worked with Allyn Vine and John 
Worzel to develop the first underwater cameras. He was 
a leader in developing techniques for sampling soil from 
the sea floor and in investigating the Mid-Atlantic 
Ridge; he also discovered the great rift that divides 
this ridge. For 40 years, these and Ewing’s other pio- 
neering techniques were used to establish depths, 
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bottom characteristics, and conditions below the sea 
floor, not just along the continental shelf but over the 
deepest oceans. 


Sylvia A. Earle 


American oceanographer Sylvia Alice Earle (1935-) 
extended public awareness of the need to preserve the 
environment from beyond the shore to the deepest 
ocean. She spent 40 years working as a marine scien- 
tist, assisting government agencies, writing, lecturing, 
and establishing records for diving and exploring her 
ocean world. In 1968, she joined a submarine crew on 
a Smithsonian program for exploring the ocean and 
fell in love with its challenges and habitats. In 1970, 
she led a team of women scientists in the Tektite H 
Project in which the team lived underwater for two 
weeks to help develop techniques for survival in con- 
fined circumstances, which were also intended to be 
used in the space program. The media dubbed these 
women the aquababes, and Earle learned the power to 
educate through media coverage. She set her first deep 
diving record in 1979. The experience so intrigued her 
that she and British engineer Graham Hawkes built 
a deep-water submersible called the Deep Rover and, 
later, the Phantom, a remotely operated vehicle (ROV). 
In 1990, she was named the chief scientist of the 
National Oceanic and Atmospheric Administration 
(NOAA), the first woman to hold that post. Earle 
continues to campaign for improvements in the sea 
and popular support for the ocean environment. 


Allyn Vine 


The deep-sea submersibles that provide so many 
stunning images from the depth of the ocean are Allyn 
Vine’s (1941-1994) work. Vine had worked with 
Maurice Ewing at Lehigh University and on the 
Atlantis, the Woods Hole Oceanographic Institution’s 
research vessel. In the 1940s, there were about 45 ocean 
research vessels around the world, but all of them had 
the same capabilities with limited ability to explore the 
greatest depths of the ocean. Vine obtained funds from 
the U.S. Navy’s research department to design and 
build a deep sea submersible, a miniature submarine 
that could withstand the tremendous water pressures at 
depth, hold a crew of only two or three, powered by 
golf-cart batteries, controlled by a mother ship at the 
surface, and host a number of cameras, sampling devi- 
ces, and instruments. The passenger ship on the sub- 
mersible was fully detachable; if the main craft could 
not rise to the surface, the passenger ship would. In 
1964, the first submersible called A/vin, for the first two 
letters from Allyn and the first three from Vine, was 
ready for a deep-dive test. The A/vin was successfully 
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certified on her first deep dive. In 1994, after thousands 
of improvements, she celebrated her thirtieth birthday 
and 2,772 dives in the name of scientific research. As of 
October 2006, A/vin continues to be used for research 
missions. On August 6, 2004, however, the National 
Science Foundation announced the construction of a 
next-generation submersible. When completed, the new 
submersible would be able to dive over 21,000 ft (6,500 
m), along with being equipped with the most advanced 
instruments available. 


Vine’s early experience, in the company of Ewing, 
was with the Navy during World War II in testing and 
improving the bathythermograph (BT), a device that 
measures temperature differences with depth in sea 
water. Because temperature and density in water are 
directly related, enemy submarines could hide from 
detection by sonar from the surface by hiding in dense 
water. Vine’s improvement of the BT helped the Navy 
capture and destroy enemy subs but also helped its own 
subs find the most efficient hiding places. 


Robert D. Ballard 


Robert Ballard (1942-) is best known as the dis- 
coverer of the wreckage of the H.M.S. Titanic, the 
legendary ocean liner that in theory could not be 
sunk, but crashed to the ocean floor on her maiden 
voyage in 1912, taking over 1,500 lives with her. 
However, Ballard is a geologist and oceanographer 
with many other astounding achievements to his credit. 
He was the first to take a submersible on a dive of the 
Mid-Atlantic Ridge, and, in an exploration of the vol- 
canic sea floor around the Galapagos Islands, he dis- 
covered new life forms around hydrothermal vents at 
depths thought impossible for life. He investigated the 
sunken nuclear submarines the Thresher and the 
Scorpion, but finding the Titanic was a dream. An 
avid researcher, author, and writer of technical papers, 
Ballard used the fame that came with the discovery of 
Titanic to launch the JASON Project to educate school- 
children about undersea explorations; through satellite 
links, the students can view the findings of submersibles 
as they work and even help manipulate it. The JASON 
Project was named for the Jason robot or ROV 
(remotely operated vehicle) that Ballard used to photo- 
graph the interior of the Titanic; Ballard describes the 
Jason ROV as “a tethered eyeball.” 


Jacques- Yves Cousteau and Calypso 


For his immeasurable contribution to oceanogra- 
phy and the preservation of the wealth of the seas, 
Jacques-Yves Cousteau (1910-1997), a former French 
sailor, deserves special mention. After his education at 
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the French Naval School at Brest, Cousteau served as a 
gunnery officer and became fascinated with the depths 
of the sea. During and immediately following his Navy 
career, Cousteau dived underwater extensively himself, 
experimented with diving equipment, and created the 
improvements he needed. His underwater inventions 
were many, but the most notable is the aqualung 
or SCUBA (Self-Contained Underwater Breathing 
Apparatus), which he and Emile Gagnan (a French 
engineer) designed in 1943. The aqualung consists of a 
facemask, a pressure-regulating valve, and an attached 
cylinder of compressed air that enables a trained diver 
to stay underwater for several hours. For the first time, 
an individual could go beyond his own breathing limi- 
tations in exploring the sea. In the 1940s, he was named 
captain of the Ingénieur Elie Monnier, the world’s first 
marine research vessel and the pride of the French 
Navy. 


In 1950, Cousteau obtained indefinite leave from 
the Navy to devote himself to underwater exploration 
(he was to retire from the Navy with the rank of 
corvette captain in 1957). He needed a research vessel 
himself and found one in Calypso, a former mine- 
sweeper that had been built for the British Navy in 
World War II and served as a ferryboat around the 
island of Malta after the war. The ship was extensively 
remodeled to work as a floating laboratory. British 
brewery heir Noel Guinness provided funding for this 
project. Accommodations were overhauled, sophisti- 
cated navigation and exploratory instrumentation was 
installed, and a false nose, or underwater observation 
chamber, was constructed on the tip of the ship’s prow 
ina metal cage. Rigging and facilities for diving equip- 
ment were also installed. 


Aside from pure oceanography, Calypso was 
equipped to study and monitor patterns of biological 
populations, behavior of coastal and marine animals, 
the shapes and operations of a coral reef, the effects of 
undersea instruments, and special diving conditions 
and equipment performance. Her other assignments 
included topography, weather, acoustics, geology, 
chemistry, physics, and geophysics. Other private 
sources, the French Navy, manufacturers, and even 
donations from school children kept Calypso con- 
stantly moving about the world’s oceans, making dis- 
coveries that benefited and educated the world. In 
1951, Cousteau put Calypso to sea with his wife and 
two sons (among others) as crew. Operating from a 
base in Toulon on the French Mediterranean, and under 
the administration of the Campagnes Oceanographiques 
Franaises (COF) or French Oceanographic Expeditions 
(a nonprofit organization), Calypso began her voyages 
of discovery. 
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Underwater exploration 


Cousteau brought Calypso’s voyages into many 
families’ living rooms thanks to his other skills as an 
underwater photographer, maker of documentary 
films, and author. Cousteau learned underwater pho- 
tography and deep-sea photography at the feet of a 
master; in 1953, he began working with Doctor 
Harold Edgerton, known as Papa Flash, who had pio- 
neered deep-sea cameras and the use of strobe lights for 
flash as an inventor and electrical engineer at the 
Massachusetts Institute of Technology. Cousteau and 
Edgerton developed a sonar device to trigger a flash 
near the sea floor and a sled-like device for mounting 
cameras. By separating the cameras from the flash 
sources, the pair took some of the most remarkable 
deep-sea photographs ever seen. Cousteau’s first film 
debuted in 1943. He made full-length films, documen- 
tary shorts, and many made-for-television films. Two 
of these, The Silent World (1956) and World Without 
Sun (1966) won Cousteau Academy Awards for best 
documentary feature. His best-known books may be 
those in the series called The Undersea World of Jacques 
Cousteau. The books, films, and television programs 
interested many children in the mysteries of the under- 
water world and help expand the environmental move- 
ment beyond the confines of land. 


In the 1960s, Cousteau started a series of experi- 
ments in building underwater habitats where people 
could work and live. These concepts were abandoned 
because of economics, but, again, they awakened the 
public’s interest in the compatibility of humans and 
the underwater world. He turned more strongly 
toward environmental interests in the 1970s and 
started the Cousteau Society for marine conservation 
before his death in 1997. 


Key findings in underwater exploration 


The invention and improvement of the submersi- 
ble from about 1930 to the early 1970s opened the 
possibility of vastly improving scientific understand- 
ing of the extremes of the deep. This watery world is so 
enormous and full of mysteries that nearly every sub- 
mersible dive introduces new life forms or discoveries 
leading to greater knowledge of the mechanics of the 
planet. Some of the landmark studies involving sub- 
mersibles are the 1974 exploration of the Mid-Atlantic 
Ridge, the 1979-1980 study of the rift valley near the 
Galapagos Islands off the coast of Ecuador, and the 
1985 discovery of the wreck of the Titanic. 


In 1974, a French-American team of scientists 
explored the great rift in the Mid-Atlantic Ridge by 
using occupied submersibles and a collection of support 
ships. The FAMOUS Project (French-American Mid- 
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Ocean Undersea Study) used the American submersible 
Alvin, the French diving saucer Cyana, and the French 
bathyscaphe Archimdéde to dive into the rift south of the 
Azores Islands, where geologists believe two great 
plates of the Earth’s crust, the Eurasian Plate and the 
North American Plate, are pulling away from each 
other allowing magma (molten rock) to flow into the 
rift and the sea floor to enlarge or spread. The research 
ship the Glomar Challenger was the sea-level base for 
the submersibles and was assisted by a small flotilla of 
support ships. Manipulators collected samples of sol- 
idified, but geologically young, magma on the submer- 
sibles, and over 5,200 photographs were taken in this 
region. Exploration would have been impossible with- 
out the submersibles; in some places, the edges of the 
Cyana, which was about 7 ft (2.1 m) in diameter, nearly 
touched both sides of the ridge and hovered over the 
depths of the rift that are far greater than the highest 
mountains on the Earth’s surface. Analysis of the find- 
ings from the FAMOUS Project proved that the central 
fissure of the rift valley is widening by about | in 
(2.5 cm) per year. It is also adding substantially to 
both proving and helping scientists understand plate 
tectonics (the motions of the massive plates comprising 
the Earth’s crust) and sea-floor spreading (the separa- 
tions of those plates beneath the sea where new crustal 
material is made). 


The 1979-1980 study of the Galapagos Rift was 
begun as a further study of sea-floor spreading but 
found it occurring in a very different environment. 
Mexican, French, and U.S. scientists united efforts 
and discovered expanses of hydrothermal vents, which 
are chimney like growths on the seabed that discharge 
hot springs of mineral-rich water. The water temper- 
ature of these vents is about 570°F (300°C), and the 
vent chimneys are about 12 ft (3.7 m) in diameter and 
30 ft (9 m) tall. The smoky plumes of dissolved metals 
form deposits laden with nickel, copper, uranium, cad- 
mium, and chromium; and the ecological community 
supported by the hot springs is rich in plants and ani- 
mals that would have remained hidden without the 
camera eyes of submersibles. The hydrothermal vents 
and their surrounding communities proved that the 
deep sea is neither the barren abyss nor the realm of 
sea monsters of popular imagination. 


Deep seas, the final frontier 


Future exploration of the oceans of the world par- 
allels the exploration of outer space in many ways. To 
increase understanding of both, technologies are being 
merged in creative ways. In the Arctic Ocean Basin, a 
submarine and sophisticated acoustics are combined to 
measure water temperature. The U.S.S. Hawkbill, a 
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KEY TERMS 


Bathyscaph—A deep-sea exploration vehicle or sub- 
mersible consisting of a ballast-filled float (resem- 
bling a blimp or balloon) with a spherical metal 
gondola for carrying occupants and equipment sus- 
pended below it. 


Bathysphere—A deep-sea exploration vehicle or 
submersible consisting of a sphere that carries a 
crew and equipment and is lowered to the sea floor 
on a cable. 


Bathythermograph (BT)—An instrument for measur- 
ing the differences in temperature in sea water 
depths. 


Black smokers—Hydrothermal vents on the sea floor 
that emit black clouds of hot, mineral-rich water 
much like a chimney belches black smoke. 


Continental shelf—A relatively shallow, gently slop- 
ing, submarine area at the edges of continents and 
large islands, extending from the shoreline to the 
continental slope. 


Diving bell—An enclosed device for carrying a single 
diver exploring relatively shallow waters; replaced by 
submersibles except in some work situations. 


Global Positioning System (GPS)—A system of sat- 
ellites whose signals can be used to locate objects on 
the Earth (including below sea level) very precisely. 


Hydrothermal vent—An opening of the Earth’s crust 
on the sea floor where hot springs bearing mineral- 
rich waters are emitted. Hydrothermal vents are 
important sources of minerals and warmth for spe- 
cies of life not found in other environments. 


Magma—The molten rock from the core of the Earth 
that emerges on the surface through volcanic erup- 
tion and sea-floor spreading. When magma cools, it 
forms igneous rock. 


Oceanography—The science of measuring the ocean. 


Plate tectonics—The theory now widely accepted 
that the crust of the Earth is composed of about 12 
giant plates that form the land masses and sea floors 
and that grind slowly past each other, causing 


nuclear attack submarine operated by the U.S. Navy, 
launches acoustical probes that measure the density, 
salt content, and temperature of seawater along the 
path of the sound. The Hawkbill is part of a research 
platform for SCICEX 99, the fifth year of a working 
relationship between the Navy, the National Science 
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earthquakes, mountain-building, and other large- 
scale geologic occurrences. 


Remotely operated vehicle (ROV)—A deep-sea sub- 
mersible that carries equipment only (no human 
occupants) and can be remotely operated from a 
surface ship. 


Rift valley—A large, deep valley, either on the land 
surface or beneath the sea, created by the movement 
of two plates composing the Earth’s crust away from 
each other. The Mid-Atlantic Ridge, the Marianas 
Trench, and the Galapagos Rift are examples of sub- 
marine rift valleys. 


Sea-floor spreading—The part of plate tectonics that 
describes the movement of the edges of two of the 
plates forming the Earth’s crust away from each other 
under the ocean. Sea-floor spreading results in the 
formation of new submarine surfaces. 


Sediment—Soil and rock particles that wash off land 
surfaces and flow with water and gravity toward the 
sea. On the sea floor, sediment can build up into 
thick layers. When it compresses under its weight, 
sedimentary rock is formed. 


Self-contained underwater breathing apparatus 
(SCUBA)—Also called an aqualung. The mask, 
mouthpiece, valves, and oxygen or compressed air 
tank that can be worn by a diver to sustain breathing 
for periods up to several hours under water. 


Sounding—The process of using dropped weights 
(weight sounding), sound waves (sonar), or seismic 
waves artificially induced by man-made explosions to 
produce waves that, when reflected back to their 
source, can be used to measure distances and the den- 
sities of the materials through which the waves pass. 


Submersible—Deep-sea exploration vehicles that 
carry two or three human occupants, cameras, and 
other equipment to relatively great depths in the 
ocean. Submersibles can also carry equipment only 
and be remotely operated. 


Thermocline—A difference in temperature in sea 
water or in the atmosphere. 


Foundation, and other federal departments interested 
in the relationship among the atmosphere, oceans, and 
climate. The acoustic tests performed by the Hawkbill 
show a pattern of shrinkage and growth, which enters 
into scientific understanding of the importance of the 
ice cap. As of 2006, however, the ice cap is continuing to 


4519 


uo1je10]dxa Ja}eMAIpulr) 


Underwater exploration 


shrink as a result of what some scientists contend is 
changing climate, or global warming. 


Exciting underwater finds like the discovery of the 
Titanic have led to a burst of shipwreck hunts. The 
Titanic adventure proved that the technology exists to 
find any lost vessel anywhere, and all parties from 
historians to gold grabbers are looking for Spanish 
galleons, passenger liners, Roman vessels, and historic 
ships for their cargo and the answer to questions about 
their fate. Ethical and legal questions have arisen over 
control of shipwrecks; apart from monetary value, 
their contents are historically and scientifically impor- 
tant. The United Nations Economic, Scientific, and 
Cultural Organization (UNESCO) has drafted a 
treaty establishing the limits of a nation’s cultural 
underwater heritage offshore, which may help regulate 
the hot underwater marketplace. Even television 
rights for photographing discovered wrecks is highly 
contested. 


Similarly, the underwater riches that occur natu- 
rally as mineral deposits are being mined at shallow 
depths, but the rights for deep sea minerals are con- 
tested. The black smokers, or hydrothermal vents, in 
the Mid-Atlantic and other rift zones belch minerals 
like smoke, but these minerals include gold, lead, and 
silver. Undersea craters off the coast of Japan were 
discovered in 1998 and are thought to have over 
$2 billion in mineral riches on and near them. Deep-sea 
submersibles are an expensive ($1 million per month at 
sea) but available tool for harvesting the minerals, but 
these vents also support exotic life forms, including 
tube worms, anemones, and giant clams that are not 
found in any other Earth environment. Just as archae- 
ologists are contesting shipwreck hunters over histor- 
ical disasters, marine biologists are trying to compete 
with the mining industry in preserving nature’s secret 
treasure trove. 


Pure observation to further scientific knowledge 
of the underwater world is also progressing, thanks to 
technology. Off shore near New Jersey, the Long- 
Term Ecosystem Observatory (LEO; Rutgers 
University) has been constructed to record a battery 
of measurements of physical, chemical, and biological 
state of the sea. Complex instrument packages along 
with instrument-bearing torpedoes and surface vessels 
transmit, collect, and convert a variety of signals into 
information about the ocean. An underwater habitat 
named Aquarius, operated by NOAA, is sited off the 
Florida coast about 60 ft (20 m) under water. 
Aquanauts including Sylvia Earle are studying coral 
reefs that indicate the health of near-shore waters but 
also the deep ocean. The Monterey Bay Aquarium 
uses two remotely operated vehicles (ROVs) for 
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similar purposes of probing the characteristics and 
life forms in the deep canyon under the Monterey 
(California) Bay. 


Despite the huge technological leap into deep 
waters in the twentieth century, and now into the 
twenty-first century, there are other creative ways of 
exploring underwater. A team from the Smithsonian 
Institution is using natural enemies to its advantage. 
To attempt to film giant squid in their natural environ- 
ment, the Smithsonian is using a crittercam, a video 
camera attached to an animal to pursue and film this 
elusive creature. The sperm whale preys on the giant 
squid, and, using a suction cup to mount a small video 
camera on the whale’s back, scientists hope to obtain 
candid shots of the squid. The whales are not expected 
to return the camera for processing; instead, the cam- 
era films for three hours and, then, releases the suction 
on the cup. It proceeds to float to the surface. 


Similarly, scientists at McMurdo Station, Antarctica 
have attached cameras to Weddell seals to study the 
ecology of fishes living beneath the sea ice. In this case, 
wild seals are captured and fitted with photographic 
and other sensing equipment. The seals are taken to an 
isolated area of sea ice with no natural breathing holes. 
A hole is drilled into the ice and the seals are allowed to 
hunt freely. Because there are no other options, the 
seals must return to the artificial hole for breathing. 
The equipment allows the scientists to monitor the 
activities of the seals and environment in which they 
and their prey exist. Once the information is collected, 
the equipment is removed from the seal and it is 
released at the location it was captured. 


See also Abyssal plain; Seamounts. 
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l Ungulates 


Ungulates are large grazing animals whose toe- 
nails have become enlarged into hooves. There are two 
orders of ungulates: Perissodactyla and Artiodactyla. 


Animals in the order Artiodactyla have an even 
number of toes (usually two) that form a cloven hoof. 
This order is relatively diverse, containing 82 genera 
and several hundred species. There are nine families 
in this order, the most familiar of which are the 
pigs (Suidae), peccaries (Tayasuidae), hippopota- 
muses (Hippopotamidae), camels (Camelidae), deer 
(Cervidae), giraffes (Giraffidae), sheep, cattle, antelopes 
(Bovidae), and pronghorn antelopes (Antilocapridae). 


Animals in the order Perissodactyla have an odd 
number of toes (usually one) that form a single, 
large hoof. Examples of this order include horses 
(family Equidae), tapirs (Tapiridae), and rhinos 
(Rhinocerotidae), together comprising six extant gen- 
era and 16 species. 
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At the time of the European discovery of North 
America, the native fauna of ungulates included bison 
(Bison bison), pronghorn antelope (Antilocapra amer- 
icana), collared peccary (Tayassu tayacu), muskox 
(Ovibos moschatus), mountain goat (Oreanmnos amer- 
icanus), and mountain and Dall sheep (Ovis canadensis 
and O. dailli). The North American Cervidae includes 
white-tailed deer and mule deer (Odocoileus virginia- 
nus and O. hemionus), wapiti or elk (Cervus elaphus), 
moose (Alces alces), and caribou (Rangifer tarandus). 


About 8,000-10,000 years before Europeans first 
came to America, North America supported a sub- 
stantially larger number of ungulate species, including 
10 species of horses, four species of camels, a species of 
cow, two additional species of bison, and the saiga 
antelope (Saiga tatarica). There were also other 
large, now-extinct mammals, including four species 
of elephants, such as the mastodon (Mammut ameri- 
canum) and mammoth (Mammuthus primigenius), a 
giant ground sloth (Gryptotherium listai), and large 
predators such as the sabertooth cat (Smilodon fatalis) 
and the American lion (Panthera leo atrox). These 
large mammals disappeared during a great wave of 
extinctions that occurred at the end of the last ice age 
(about 8-12 thousand years ago). These extinctions 
may have been caused by overhunting by the first 
human inhabitants of North America, migrants from 
Asia who colonized the continent at about that time. 


Some species of ungulates that have been domes- 
ticated are important in agriculture and sometimes as 
draft animals. The most abundant domesticated ungu- 
lates are sheep (Ovis aries), goats (Capra hircus), cows 
(Bos taurus), zebu cows (B. indica), pigs (Sus scrofa), 
horses (Equus caballus), camels (Camelus dromedarius 
and C. bactrianus), and water buffalo (Bubalus 
bubalis). 


Many of the wild species of ungulates have 
recently become endangered and some have become 
extinct as a result of human influences. The most 
important of the human activities that endanger wild- 
life are the habitat losses associated with extensive 
conversions of natural ecosystems into agricultural 
or urban lands, and over hunting for the meat, hide, 
horns, or antlers of these large animals. It is critical 
that these human influences be rigorously controlled, 
if there is to be room on Earth to sustain all living 
species of ungulates. Natural ecosystems would be 
severely impoverished if only domesticated species of 
ungulates used in agriculture were to survive, along 
with the few species tolerant of habitats created by 
humans. 


Bill Freedman 
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Uniformitarianism 


| Uniformitarianism 


Uniformitarianism is commonly oversimplified 
where stated in geological textbooks as “the present 
is a guide to interpreting the past” (or words to that 
effect). This explanation, however, is not correct about 
the true meaning of uniformitarianism. In order to 
understand uniformitarianism, one must examine its 
roots in the Enlightenment era (c. 1750-1850) and how 
the term has been distorted in meaning since that time. 


Geology is an historical science, yet the phenom- 
ena and processes studied by geologists operated 
under non-historical natural systems that are inde- 
pendent of the time in which they operated. It is clear 
from the insights of one of geology’s founding fathers 
of the Enlightenment era, James Hutton (1726-1797), 
that he understood this fact very well. In Theory of the 
Earth (1795), he stated: “In examining things present, 
we have data from which to reason with regard to 
what has been; and, from what has actually been, we 
have data for concluding with regard to that which is 
to happen thereafter.” With his book, Hutton popu- 
larized the notion of “examining things present. . .with 
regard to what has been,” but gave the concept no 
specific name. Hutton did not use the term uniformi- 
tarianism and used the word “uniformity” only rarely. 


Charles Lyell (1797-1875), one of geology’s found- 
ing fathers from later in the Enlightenment era, wrote 
about the subject matter of uniformitarianism (but did 
not use that specific term) in his widely read text, 
Principles of Geology (1830). Partly in response to stri- 
dent criticism that his notions about geology did not 
conform to Biblical edicts about supernatural cata- 
strophic events, Lyell developed a much more radical 
and extreme view of the subject matter of the “uniform- 
ity of nature.” Careful reading of what Lyell laid out in 
his discussion of the “uniformity of nature” shows that 
he embraced both the concept of Hutton, which can be 
summarized as a uniformity of known causes or proc- 
esses throughout time, and his own separate view that 
there must be a uniformity of process rates. The latter, 
more radical aspect of Lyell’s “uniformity of nature” 
was intended to be a statement of general principle to 
counter the catastrophist interpretations of the past set 
forth by geologists of the day who were more inclined to 
look to the scriptures for their geological interpreta- 
tions. In Lyell’s view, a strong notion of uniformity of 
rates precluded divine (i.e., catastrophic) intervention. 


In 1837, the name uniformitarianism was coined 
by William Whewell (1794-1866) as a term meant to 
convey Hutton’s sense of order and regularity in the 
operation of nature and Lyell’s sense that there was a 
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uniformity of rates of geological processes through 
time. It is Whewell’s definition that became the most 
common definition of uniformitarianism. 


Lyell’s work was influential, and he succeeded in 
imbuing generations of geologists with the notion of a 
dual foundation for “uniformity of nature.” This dual 
foundation encompassed both uniformity of causes and 
uniformity of intensity. The former view is more com- 
monly called actualism, and the latter, gradualism. In 
large part, the presence of Lyell’s strongly defended 
gradualism succeeded in freeing nineteenth century 
geology from the firm grasp of Biblical preconception 
and allowed it to develop as a legitimate science. 


One of the most elegant statements about actual- 
ism was made by John Playfair in his book, 
Illustrations of the Huttonian Theory (1802). He said: 
“Amid all the revolutions of the globe the economy of 
Nature has been uniform, and her laws are the only 
things that have resisted the general movement. The 
rivers and the rocks, the seas, and the continents have 
been changed in all their parts; but the laws which 
describe those changes, and the rules to which they 
are subject, have remained invariably the same.” 
Actualism is not unique to geology, as it is really a 
basic and broad scientific concept of many fields. Even 
though Playfair mentions laws, it is, of course, nature 
itself that is constant, not laws that have been written 
by people in order to try to predict nature. 


The other side of Lyell’s “uniformity of nature,” 
i.e., gradualism, has no such elegant prose behind it. It 
has been referred to in inglorious terms by some of the 
leading minds of our time as “false and stifling to 
hypothesis formation,” “a blatant lie,” and “a super- 
fluous term...best confined to the past history of geol- 
ogy.” In other words, gradualism is no longer considered 
a valid idea. 


Because uniformitarianism has this historical 
component of uniformity of process rates (i.e., gradu- 
alism), many writers have advocated its elimination 
from the geological vocabulary. Others argue that 
should be retained, but with careful notation about 
its historical meaning. Some writers ignore this histor- 
ical debate and continue to tout the term uniformitari- 
anism as the most basic principle of geology. The 
range of misguided meanings of this term from some 
recent geology texts includes definitions that span the 
gamut from something near the nineteenth century 
meaning to the assumption that the Earth is very old, 
to the logical method of geologic investigation. 


Careful analysis of geological texts and recent sci- 
entific articles shows that there are at least 12 basic 
fallacies about uniformitarianism, (such as_ those 
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explained by University of Wisconsin Geology 
Professor James H. Shea), which are perpetuated by 
some writers. These are: 


1. Uniformitarianism is unique to geology. 


2. Uniformitarianism was first discussed by James 
Hutton. 


3. Uniformitarianism was named by Lyell, who 
gave us its modern meaning. 


4. Uniformitarianism is the same as actualism, and 
should be re-named actualism. 


5. Uniformitarianism holds that only processes 
that are currently active could have occurred in 
the geologic past. 

6. Uniformitarianism holds that rates and intensities 
of geologic processes are constant through time. 


7. Uniformitarianism holds that only non-cata- 
strophic, or gradual processes have operated 
during geologic time. 


8. Uniformitarianism holds that Earth’s condi- 
tions have changed little over geologic time. 


9. Uniformitarianism holds that Earth is very old. 


10. Uniformitarianism is a testable hypothesis, theory, 
or law. 


11. Uniformitarianism applies to the past only as 
far back as present conditions have existed on 
Earth’s surface. 


12. Uniformitarianism holds only that the govern- 
ing laws of nature are constant through space 
and geologic time. 


Through historical analysis of uniformitarianism, 
one is able to see how these twelve common concep- 
tions are false and misleading. Most scientists argue 
that uniformitarianism should be kept in its proper 
historical perspective in the future, and that a more 
specific term like actualism might supplant uniformi- 
tarianism in places where the word is meant to convey 
strictly the modern concept of uniformity of causes. 


See also Stratigraphy (archaeology); Stratigraphy. 
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| Units and standards 


A unit of measurement is some specific quantity 
that has been chosen as the standard against which 
other measurements of the same kind are made. For 
example, the meter (m) is the unit of measurement for 
length in the metric system. When an object is said to 
be 4m long, that means that the object is four times as 
long as the unit standard (1 m). 


The term standard refers to the physical object on 
which the unit of measurement is based. For example, for 
many years the standard used in measuring length in the 
metric system was the distance between two scratches on 
a platinum-iridium bar kept at the Bureau of Standards 
in Sevres, France. A standard serves as a model against 
which other measuring devices of the same kind are 
made. The meter stick in a classroom or home is thought 
to be exactly 1 m long because it was made from a 
permanent model kept at the manufacturing plant that 
was originally copied from the standard meter in France. 


All measurements consist of two parts: a scalar 
(numerical) quantity and the unit designation. In the 
measurement 8.5 m, the scalar quantity is 8.5 and the 
unit designation is meters. 


History 


The need for units and standards developed at a 
point in human history when people needed to know 
how much of something they were buying, selling, or 
exchanging. A farmer might want to sell a bushel of 
wheat, for example, for 10 dollars, but he or she could 
do so only if the unit bushel was known to potential 
buyers. Furthermore, the unit bushel had to have the 
same meaning for everyone who used the term. 


The measuring system that most Americans know 
best is the British system, with units including the foot, 
yard, second, pound, and gallon. The British system 
grew up informally and in a disorganized way over 
many centuries. The first units of measurement prob- 
ably came into use shortly after 1215. These units were 
tied to easily obtained or produced standards. The yard, 
for example, was defined as the distance from King 
Henry II’s nose to the thumb of his outstretched hand. 


The British system of measurement consists of a 
complex, irrational collection of units whose only 
advantage is its familiarity. As an example of the prob- 
lems it poses, the British system has three different units 
known as the quart. These are the British quart, the 
United States dry quart, and the United States liquid 
quart. The exact size of each of these quarts differs. 


In addition, a number of different units are in use 
for specific purposes. Among the units of volume in 
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Units and standards 


use in the British system, (in addition to those men- 
tioned above) are the bag, barrel (of which there are 
three types—British and United States dry, United 
States liquid, and United States petroleum), bushel, 
butt, cord, drachm, firkin, gill, hogshead, kilderkin, 
last, noggin, peck, perch, pint, and quarter. 


The metric system 


In an effort to bring some rationality to systems of 
measurement, the French National Assembly estab- 
lished a committee in 1790 to propose a new system of 
measurement, with new units and new standards. That 
system has come to be known as the metric system and 
is now the only system of measurement used by all 
scientists and in every country of the world except the 
United States, Liberia (in western Africa) and the 
Myanmar Republic (formerly known as Burma, in 
Southeast Asia). The units of measurement chosen 
for the metric system were the gram (abbreviated g) 
for mass, the liter (1) for volume, the meter (m) for 
length, and the second (s) for time. 


A specific standard was chosen for each of these 
basic units. The meter was originally defined as one 
ten-millionth the distance from the north pole (on the 
Earth) to the equator along the prime meridian. As a 
definition, this standard is perfectly acceptable, but it 
has one major disadvantage: a person who wants to 
make a meter stick would have difficulty using that 
standard to construct a meter stick of his or her own. 


As a result, new and more suitable standards were 
selected over time. One improvement was to construct 
the platinum-iridium bar standard mentioned above. 
Manufacturers of measuring devices could ask for cop- 
ies of the fundamental standard kept in France and 
then make their own copies from those. As one can 
imagine, the more copies of copies that had to be made, 
the less accurate the final measuring device would be. 


The most recent standard adopted for the 
meter solves this problem. In 1983, the international 
Conference on Weights and Measures defined the 
meter as the distance that light travels (in vacuum) in 
1/299,792,458 second. The standard is useful because 
it depends on the most accurate physical measurement 
known—the second—and because anyone in the 
world is able, given the proper equipment, to deter- 
mine the true length of a meter. 


Le Systéme International d’Unités 
(the SI system) 


In 1960, the metric system was modified some- 
what with the adoption of new units of measurement. 
The modification was given the name of Le Systeme 
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International d’ Unites, or the International System of 
Units—more commonly known as the SI system. 


Nine fundamental units make up the SI system. 
These are the meter (abbreviated m) for length, the 
kilogram (kg) for mass, the second (s) for time, the 
ampere (A) for electric current, the Kelvin (K) for tem- 
perature, the candela (cd) for light intensity, the mole 
(mol) for quantity of a substance, the radian (rad) for 
plane angles, and the steradian (sr) for solid angles. 


Derived units 


Many physical phenomena are measured in units 
that are derived from SI units. As an example, fre- 
quency is measured in a unit known as the hertz (Hz). 
The hertz is the number of vibrations made by a wave in 
one second. It can be expressed in terms of the basic SI 
unit as s'. Pressure is another derived unit. Pressure is 
defined as the force per unit area. In the metric system, 
the unit of pressure is the Pascal (Pa) and can be 
expressed as kilograms per meter per second squared, 
or kg/m x*. Even units that appear to have little or no 
relationship to the nine fundamental units can, none- 
theless, be expressed in these terms. The absorbed dose, 
for example, indicates that amount of radiation 
received by a person or object. In the metric system, 
the unit for this measurement is the gray. One gray can 
be defined in terms of the fundamental units as meters 
squared per second squared, or m°x s°. 


Many other commonly used units can also be 
expressed in terms of the nine fundamental units. 
Some of the most familiar are the units for area (square 
meter: m*), volume (cubic meter: m°), velocity (meters 
per second: m/s), concentration (moles per cubic meter: 
mol/m°*), density (kilogram per cubic meter: kg/m*), 
luminance (candela per square meter: cd/m), and mag- 
netic field strength (amperes per meter: A/m). 


A set of prefixes is available that makes it possible to 
use the fundamental SI units to express larger or smaller 
amounts of the same quantity. Among the most com- 
monly used prefixes are milli- (m) for one-thousandth, 
centi- (c) for one-hundredth, micro- (@) for one-mil- 
lionth, kilo- (k) for one thousand times, and mega- (M) 
for one million times. Thus, any volume can be 
expressed by using some combination of the fundamen- 
tal unit (such as liter) and the appropriate prefix. One 
million liters, using this system, would be a megaliter 
(ML) and one millionth of a liter, a microliter (aL). 


Natural units 
One characteristic of all of the above units is that 


they have been selected arbitrarily. The committee 
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KEY TERMS 


British system—A collection of measuring units 
that has developed haphazardly over many centu- 
ries and is now used almost exclusively in the 
United States and for certain specialized types of 
measurements. 


Derived units—Units of measurements that can be 
obtained by multiplying or dividing various combi- 
nations of the nine basic SI units. 


Metric system—A system of measurement devel- 
oped in France in the 1790s. 


Natural units—Units of measurement that are 
based on some obvious natural standard, such as 
the mass of an electron. 


SI system—An abbreviation for Le Systeme International 
d’Unités, a system of weights and measures adopted 
in 1960 by the General Conference on Weights and 
Measures. 


that established the metric system could, for example, 
have defined the meter as one one-hundredth the dis- 
tance between Paris, France, and Sévres, France. It 
was completely free to choose any standard it wished. 


Some measurements, however, suggested natural 
units. In the field of electricity, for example, the charge 
carried by a single electron would appear to be a nat- 
ural unit of measurement. That quantity is known as 
the elementary charge (e) and has the value of 
1.6021892 x 10°'? coulomb. Other natural units of 
measurement include the speed of light (c: 2.99792458 x 
10° m/s), the Planck constant (6.626176 x 10° joule per 
hertz), the mass of an electron (m,: 0.9109534 x 10°° kg), 
and the mass of a proton (m,: 1.6726485 x 10°’ kg). As 
one can see, each of these natural units can be expressed 
in terms of SI units, but they are often used as basic units 
in specialized fields of science. 


Unit conversions between systems 


For many years, an effort has been made to have 
the metric system, including SI units, adopted world- 
wide. As early as 1866, the U.S. Congress legalized the 
use of the metric system. More than a hundred years 
later, in 1976, the Congress adopted the Metric 
Conversion Act, declaring it the policy of the nation 
to increase the use of the metric system in the United 
States. 


In fact, little progress has been made in that direction. 
Indeed, elements of the British system of measurement 
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continue in use for specialized purposes throughout the 
world. All flight navigation, for example, is expressed in 
terms of feet, not meters. As a consequence, it is still 
necessary for a person to be able to convert from one 
system of measurement to the other. 


In 1959, English-speaking countries around the 
world met to adopt standard conversion factors 
between British and metric systems. To convert from 
the pound to the kilogram, for example, it is necessary 
to multiply the given quantity (in pounds) by the 
factor 0.45359237. A conversion in the reverse direc- 
tion, from kilograms to pounds, involves multiplying 
the given quantity (in kilograms) by the factor 
2.2046226. Other relevant conversion factors are | 
inch = 2.54 centimeters and 1 yard = 0.9144 meter. 
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l Uplift 


Uplift is the process by which Earth’s surface 
slowly rises either due to increasing upward force 
applied from below or decreasing downward force 
(weight) from above. 


During uplift, land, as well as the sea floor, rises. 
The outer shell of earth, the crust, divides into moving 
sections called plates. Uplift, forming mountains and 
plateaus, usually results as these plates crash into each 
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Uplift 


Stratified rock in Glacier National Park, Montana. The rocky crust has uplifted in isostatic rebound from the weight of glaciers. 
(JLM Visuals.) 


other over millions of years. Although the plates move 
at roughly the speed fingernails grow, their motion still 
has a tremendous impact on Earth, since plates can be 
as big as a continent or the Pacific Ocean. Sometimes 
mountains rise from crust separating rather than col- 
liding. The study of these moving plates is plate 
tectonics. 


Collision between two pieces of continents lifts the 
tallest mountains. When India, formerly a large island, 
slammed into the south side of Asia around 55 million 
years ago, the Himalayas uplifted. When Africa and 
Europe smashed into North America 300 million years 
ago, the Appalachians uplifted. As the western edge of 
the westward-moving North America smacked into 
various islands over the past 200 million years, the 
Rockies uplifted. In these uplifts, pieces of ocean 
floor trapped between the approaching continents 
rise as well. Limestone, a rock formed on the sea 
floor, composes the summit of Mt. Everest, over 
26,000 ft (8,000 m) above sea level. 


Uplift also results when sea floor crust collides 
with continental crust or with other pieces of sea 
floor crust. Volcanic mountains (Andes, Cascades) 
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or volcanic islands (Indonesia, Japan, Aleutians) 
result from sea floor colliding with and diving beneath 
a continent or another sea floor. As the sea floor crust 
descends, some of the sediment on the floor scrapes off 
the plunging crust and piles up to form a ridge called 
an accretionary wedge. For example, as the Indo- 
Australian plate dove beneath the Eurasian plate at 
Indonesia, the scraped and folded sediments form the 
Java Ridge off the west coast of the volcanic island of 
Java. 


Sea floor also uplifts along mid-ocean ridges 
where crust separated as magma (melted rock) from 
inside Earth tries to reach the surface. The magma that 
rises from below these ridges lifts the ocean floor. Mid- 
ocean ridges circle Earth like the seams on a giant 
baseball. If the magma rises similarly beneath a con- 
tinent, the land will bulge and eventually crack, poten- 
tially tearing the continent in half and creating a new 
ocean, as at the Red Sea. 


Although compression creates most uplift, the 
Basin and Range region of western North America 
resulted from a combination of collision and then 
extension. A map of North America illustrates a series 
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of parallel north-south oriented mountain ranges sep- 
arated by north-south trending valleys (basins) 
extending from Nevada and Utah down into Mexico. 
These mountains formed when first the crust arched 
from the collision of North America with a piece of 
ocean floor, and then later the crust began to separate. 
As the top of the arches cracked (similar to how the 
top of a bent piece of clay cracks along its upper sur- 
face when bent), pieces of the crust dropped down to 
form the valleys, and other pieces formed the moun- 
tain ranges. 


Finally, when a huge weight is removed from the 
crust, the crust will slowly rise up in a process called 
isostatic rebound. During an ice age, when glaciers up 
to 1.9 mi 3 km) thick cover continents, the weight of 
that ice pushes down on the crust, causing it to sink or 
subside. When the ice melts, the crust uplifts just as a 
raft in a pool rises when the swimmer gets off it. 
Scandinavia still responds to glaciers melting 10,000 
years ago by uplifting by as much as a centimeter per 
year. 


See also Volcano. 


[ Upwelling 


Upwellings are a flow to the surface of deep, cold, 
nutrient-rich water from greater depths in the ocean. 
The most extensive upwellings are associated with 
persistent coastal currents that draw surface water 
away from or along the coast to be replaced by a 
surface-ward flow of deeper waters. The most famous 
of these sorts of regional upwellings are found off the 
west coast of southern South America and in parts of 
the Antarctic Ocean. 


Extensive upwellings can also develop where large 
currents are moving in opposite directions. This 
occurs in parts of the Pacific Ocean where the equato- 
rial current in the Southern Hemisphere tends to move 
in a southerly direction, while that in the Northern 
Hemisphere moves to the north. Where these diver- 
gent equatorial currents flow beside each other, they 
develop extensive upwellings of deep waters. 


More local upwellings can be caused when cur- 
rents encounter surface or subsurface obstructions to 
their flow which can also force deeper water to the 
surface. Upwellings also develop on the leeward 
(down-flow) side of islands that obstruct the passage 
of a prevalent current. 
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Upwellings are most common in high-latitude 
regions of the Arctic and Antarctic Oceans, along the 
equator, and in certain coastal locations on the eastern 
sides of oceans. The most important of the latter types 
of upwellings are associated with the California cur- 
rent, the Peru current off South America, and the 
Benguala current off west Africa. 


Upwelling waters are relatively rich in inorganic 
nutrients such as nitrate and phosphate. As a result, 
upwelling waters can sustain a large productivity of 
phytoplankton when they reach the surface of the 
ocean where there is ample sunlight to support photo- 
synthesis. The relatively great primary productivity of 
phytoplankton can in turn support a large productiv- 
ity of zooplankton, which can sustain a great abun- 
dance of fish, seabirds, and marine mammals. Because 
of their intrinsic fertility, upwelling waters are much 
more ecologically productive than the open ocean, 
which is generally highly deficient in nutrients. 


Some of the world’s largest fisheries are associated 
with extensive upwellings. These include the cold- 
water fisheries of certain regions of the Antarctic and 
Arctic Oceans and the temperate fisheries off Peru, 
Chile, California, and west Africa. The world’s largest 
and most productive populations of seabirds and 
marine mammals also occur in those upwelling-driven 
marine ecosystems. 


| Uranium 


Uranium—the element used as the primary fuel in 
nuclear reactors—is the metallic chemical element 
with an atomic number of 92. Its symbol is U, atomic 
weight is 238.0, and specific gravity is 18.95. It melts at 
2,071.4°F (1,133°C) and boils at 6,904.4°F (3,818°C). 
All isotopes of uranium are radioactive. In total, nat- 
ural uranium consists of three isotopes of mass num- 
bers 234 (0.00054%), 235 (0.711%) and 238 
(99.275%). All are radioactive. The most common, 
uranium-238 (U-238), is also the most stable with a 
half-life of 4.468 x 10° years. U-238 decays into tho- 
rium-234 through the decay of alpha particles or 
through spontaneous fission. About three-fourths of 
all known deposits of uranium in the Earth are found 
in Australia. However, Canada is the largest exporter 
country of uranium. As of October 2006, the United 
States produced 2.9 million pounds of uranium con- 
centrate, a 45% increase over October 2005. However, 
mining experts are predicting that by 2015, uranium 
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Nine-and-a-half pound (4.3 kg) button of uranium-235, which 
will be manufactured into a nuclear weapons component. 
(United States Department of Energy.) 


mines in Wyoming could be producing over 10 million 
pounds annually. 


History and applications 


With the exception of tiny amounts of neptunium, 
uranium is the heaviest element found on the Earth— 
that is, the element with the highest atomic number 
and atomic weight. It has held that distinction ever 
since it was first recognized as an element by German 
chemist Martin Heinrich Klaproth (1743-1817) in 
1789. Klaproth was analyzing the composition of 
pitchblende, which was thought at the time to be an 
ore of iron and zinc. Klaproth found, however, a small 
portion of pitchblende whose properties did not cor- 
respond to those of either of these elements. He 
decided that this portion was a new element. He pro- 
posed the name uranium for the element in honor of 
the planet Uranus, that had been discovered only a few 
years earlier in 1781. 


Interestingly enough, Klaproth did not realize 
that uranium was radioactive. Indeed, the phenom- 
enon of radioactivity was not to be discovered until 
nearly a century later. The material used widely by 
researchers interested in studying radioactivity at 
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that time was pitchblende. Until 1896, when French 
physicist Henri Becquerel (1852-1908) discovered 
radioactivity, uranium remained a dull, uninteresting 
metal that found occasional use in making yellow 
glass. However, then, it acquired the distinction of 
being one of only two known elements that possessed 
the mysterious property of being radioactive. (The 
other element was thorium.) When nuclear fission 
was discovered in 1938, uranium suddenly became 
the most fateful element in the periodic table. 
Because of its ability to undergo nuclear fission with 
the release of huge amounts of energy, it became a 
brand-new source of power, which people would use 
for both peaceful and destructive purposes. Most of 
the more than 400 nuclear power plants that exist 
worldwide use uranium-235 as their fuel. 


Aside from its nuclear properties of radioactivity 
and fission, uranium is literally dull; freshly cut ura- 
nium metal is silvery white, but it soon develops a dull 
gray color in air because of a thin coating of black 
uranium oxide. 


Compounds of uranium have had some modest 
use for many centuries, primarily as a coloring agent 
for glass and ceramics. Scientists have found glass 
made in Italy as early as 79 AD that was colored 
with uranium oxide. Uranium compounds continue 
to have very limited application as mordants and as 
filaments in light bulbs. 


In spite of its radioactivity, uranium has a few 
useful applications because it is so heavy. Having a 
density of 19.0 grams per cubic centimeter, it is almost 
as dense as gold (19.3) and platinum (21.5). However, 
it is much cheaper for two reasons: it is much more 
plentiful on Earth (40 or 50 times as abundant as 
silver) and it is a byproduct of the nuclear power 
industry after the very valuable uranium-235 isotope 
has been removed. It therefore finds some military 
uses in which a lot of weight is needed in a small 
space, such as for counterweights in aircraft control 
systems, ballast for missile reentry vehicles, and shield- 
ing against radiation. 

Chemically, uranium is a member of the actinide 
series of elements, which runs from atomic number 89 
(actinium) to atomic number 103 (lawrencium). Those 
with atomic numbers higher than uranium’s 92 are the 
transuranium elements. Uranium’s most important 
features lie not in its chemistry, but in its radioactivity 
and its ability to undergo nuclear fission. 


Uranium’s radioactivity 


Although uranium is indeed radioactive—the 
discovery of radioactivity occurred during a study of 
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uranium’s properties—it has a very long half-life, 
which means that it emits its radiations at a rather 
leisurely pace. In addition, it emits mostly alpha par- 
ticles, which do not travel very far through the air and 
will not even penetrate the skin. Its radiations are 
therefore not very harmful, and uranium and its com- 
pounds can be handled with a reasonable amount of 
care, like any other highly poisonous chemicals. 


The half-life of the most abundant uranium iso- 
tope, uranium-238, is 4.47 x 10° years, or about 4.5 
billion years, which happens to be equal to the approx- 
imate age of Earth as a planet. This fact allows scien- 
tists to use the disintegration of uranium as a sort of 
clock to determine the ages of rocks and other geo- 
logical features of Earth. 


Uranium-238 is the parent atom of a series of 
radioactive isotopes that scientists find associated 
with it in uranium ores. Through radioactive disinte- 
grations, the uranium has been producing these 
daughter isotopes ever since the ore was laid down 
where people find it today. Uranium-235, which has 
a half-life of 7.04 x 10° (700 million) years, is the 
parent of another radioactive series. Among the 
daughters in these two series are various radioactive 
isotopes of radium, radon, and other elements. Both 
series of disintegrations proceed by producing consec- 
utive radioactive isotopes until they wind up as stable 
isotopes of lead. Thus, the uranium isotopes are slowly 
turning into lead at a steady rate that is well known 
from their half-lives. By measuring the relative 
amounts of uranium and lead isotopes in a uranium- 
containing rock, scientists can calculate how old it is. 


One of the disintegration products of uranium is 
radium, the element of atomic number 88. Radium 
was discovered by French scientist Marie Curie 
(1867-1934), who isolated it from a uranium ore. 
Another important disintegration product of ura- 
nium-238 is radon-222, which has a half-life of 3.8 
days. Radon is a gas (a rare gas) that can diffuse out 
of uranium in the ground and seep into people’s 
houses. Radon can cause lung cancer because when 
inhaled, it can emit alpha particles directly in the lung, 
where they can do the most damage. Testing houses 
for radon gas has become an important precaution 
ever since this hazard was uncovered only 10 or 15 
years ago. 


The fission of uranium 


By far the most important characteristic of ura- 
nium is that it undergoes the nuclear reaction called 
fission. Uranium-235, which is only about 0.7% of all 
uranium atoms, is the isotope that fissions most 
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readily. For use in nuclear reactors, natural uranium 
is enriched in the 235 isotope (that is, the percentage of 
the 235 isotope is increased) by gaseous diffusion. In 
this process the uranium is converted into the gaseous 
compound uranium hexafluoride, UF., and allowed 
to diffuse through a series of porous barriers. Those 
molecules which contain atoms of the slightly lighter 
uranium-235 isotope diffuse slightly faster and there- 
fore separate themselves from the heavier, more slowly 
moving molecules that contain uranium-238. 


See also Element, chemical. 
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| Uranus 


Uranus is the seventh planet from the sun. It has a 
large size (its diameter is almost four times that of 
Earth) and mass, low mean density, fairly rapid rota- 
tion, and well-developed ring (at least 12 components) 
and natural satellite (at least 28 members) systems. 
The planet has a strong magnetic field with a large 
tilt (58.6°) to its rotation axis and offset (0.3 Uranus 
radius) from its center. Analysis of the observations 
made by Voyager 2 during its flyby of Neptune in 
August 1989 shows that Uranus and Neptune are 
similar in most of these properties and form a sub- 
group of the Jovian planets. Jupiter and Saturn, which 
are much larger and more massive, form the other 
subgroup. More information has been discovered 
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The surface of Titania, the largest of the Uranian satellites at 980 mi (1580 km) in diameter, is marked by both impact craters and 
past geologic activity. The deep fault valley visible in this image near the terminator (day-night boundary) is the result of at least 
one episode of tectonic activity, and the basinlike feature near the top of the image appears to be the result of a heavy impact on 
Titania’s surface. (U.S. National Aeronautics and Space Administration [NASA].) 


since the Voyager 2 mission, such as from the Hubble 
Space Telescope. 


Discovery 


German-born English astronomer Sir Frederick 
William Herschel (1738-1822) fortuitously discovered 
Uranus in 1781; it was the first planet discovered 
telescopically. It was found to orbit the sun at a 
mean distance of about 19.2 astronomical units (AU) 
(2,870,000,000 km), about twice as far from the sun as 
Saturn (9.54 AU), the most distant planet known 
before 1781. 


Observations from the Earth 


Knowledge about Uranus came slowly because of 
its distance. Even when it is closest, Uranus shows a 
disk of only 4in (10 cm) in apparent diameter through 
a telescope and is 5.7” apparent magnitude (barely 
visible to the unaided eye even in the best observing 
conditions). Herschel discovered Oberon and Titania, 
the outermost and largest, respectively, satellites of 


4530 


Uranus in 1787. Determination of their orbits around 
Uranus from observations gave their periods of revo- 
lution P and mean distances A from Uranus. This 
allowed one to determine Uranus’ mass from the gen- 
eral form of Kepler’s third law; it turned out to be 14.5 
Earth masses. Using its radius of 15,873 mi (25,560 
km), one calculated Uranus’ mean density (its mass 
divided by its volume), which is 1.27 grams/cm?. This 
indicated that Uranus is a smaller type of Jovian 
planet similar to Jupiter and Saturn; they are charac- 
terized by large masses and sizes and low mean den- 
sities (compared to the Earth), and are inferred to 
consist largely of gases. 


The planes of the orbits of Oberon and Titania 
were expected to lie in or near the plane of Uranus’ 
equator, since most other planetary satellites have 
orbital planes that are in or near the equatorial planes 
of their planets. When the orbital planes of Oberon 
and Titania were determined, however, they indicated 
that the plane of Uranus’ equator is almost perpendic- 
ular to the plane of its orbit around the sun (and also 
to the ecliptic). This is unlike the other planets, whose 
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Unlike the other gas giants, Uranus reveals few atmospheric 
features in visible light. However, latitudinal atmospheric 
bands do exist, as can be seen in the enhanced image on the 
right; because Uranus has such an inclined axis of rotation 
(which is pointing almost directly down into this image), 
atmospheric bands that cross the surface of the planet (in the 
same way that atmospheric bands cross Jupiter’s surface) 
appear as concentric circles in the photo. (U.S. National 
Aeronautics and Space Administration [NASA].) 


equatorial planes are tilted by at most 30° to the planes 
of their orbits around the sun. This implied that 
Uranus’ axis (and poles) of rotation lie almost in its 
orbital plane. This conclusion has been confirmed by 
observations of Uranus’ rotation from the Voyager 2 
spacecraft in 1986. This is the first of several interest- 
ing characteristics astronomers have discovered for 
Uranus, and gives Uranus interesting seasons during 
its year (period of revolution around the sun), which is 
84.1 Earth-years long. (The Uranian seasons will be 
discussed in more detail below.) The cause of this 
unusual orientation of Uranus’ rotation axis is still 
unknown and is now the subject of considerable spec- 
ulation and theoretical research. One theory is that the 
orientation of its rotation axis was produced by the 
collision of an Earth-sized body with Uranus near the 
end of its formation. 


Unexplained perturbations of Uranus’ orbit in the 
early nineteenth century led to the prediction of the 
existence of a still more distant large planet, resulting 
in the discovery of Neptune in 1846. Neptune is the 
most distant (30.06 AU mean distance from the sun) 
Jovian planet, and it has several properties (mass, size, 
rotation period, rings, and magnetic field) like those of 
Uranus. 


Three more satellites of Uranus, closer to it than 
Titania, were discovered during the 105 years after 
Neptune’s discovery. They are, in order of closeness 
to Uranus, Umbriel and Ariel, discovered in 1851 by 
Lassell (1799-1880), and Miranda, discovered in 1948 
by G. P. Kuiper (1905-1973). These discoveries showed 
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that Uranus has a satellite system comparable to those 
of Jupiter and Saturn, although Titania, its largest 
(980 mi [1,580 km] diameter) and most massive satel- 
lite, and the slightly smaller Oberon, are comparable 
in size and mass to Saturn’s satellites Iapetus and Rhea 
rather than to its much larger satellite Titan and 
Jupiter’s four Galilean satellites. All other satellites 
of Uranus are smaller and less massive. 


The best telescopic observations of Uranus from 
Earth’s surface show a small, featureless, bluish green 
disk. Spectroscopic observations show that this color 
is produced by the absorption of sunlight by methane 
gas in its atmosphere; this gas is also present in the 
atmospheres of Jupiter and Saturn. Observations of 
occultations (similar to eclipses) or stars by Uranus 
indicated that Uranus’ atmosphere is mostly com- 
posed of molecular hydrogen and helium, which are 
also the main components of the atmospheres of 
Jupiter and Saturn. The Hubble Space Telescope, in 
2001, has photographed more activity in the atmos- 
phere of Uranus as what was photographed by 
Voyager 2. In 1986, photographs showed a primarily 
calm and inactive atmosphere. 


Observations at infrared wavelengths (that are lon- 
ger than those of red light), where planets radiate away 
most of their heat energy, show that Uranus radiates at 
most only slightly more infrared radiative energy than 
its atmosphere absorbs from sunlight. Any excess 
energy originating from Uranus’ interior can be attrib- 
uted to the decay of radioactive elements, which also 
produces much of the heating in the Earth’s interior. 
This is not true for the other Jovian planets, which all 
emit as much as twice as much infrared energy as their 
atmospheres absorb from sunlight; this requires 
another internal energy source for them, which is pos- 
sibly continuing gravitational contraction. 


One of the last major discoveries about the 
Uranus system from Earth-based observations was 
made on March 10, 1977, during observations of 
Uranus’ occultation of the star SAO 158657, when 
James L. Elliot’s (1943—) group and other observers 
noticed unexpected dimming of the star’s light before 
the occultation and again after it. These dimmings 
were correctly identified with the existence of several 
faint, thin rings orbiting Uranus well inside Miranda’s 
orbit, which were hitherto undetected; unlike Saturn’s 
rings, they are too faint to be directly observed from 
the Earth’s surface by ordinary methods. Uranus’ 
rings have been observed several times since then dur- 
ing stellar occultations and by the Voyager 2 space- 
craft and the Hubble Space Telescope. The rings are 
very dark; their albedos (the fraction of the light that 
falls on them which they reflect) are only about 0.05. 
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A second major discovery made by Earth-based 
infrared observations was the detection of waterice on 
the surfaces of some of Uranus’ satellites. 


The seasons of Uranus are interesting in nature. 
The fact that Uranus’ rotation axis lies almost in the 
plane of its orbit around the sun means that at some 
seasons its south pole will be pointed nearly at the sun, 
and nearly all of its southern hemisphere will be in 
continuous sunlight (early southern hemisphere 
summer). At the same time, nearly all of its northern 
hemisphere will be in continuous night (early northern 
hemisphere winter). These seasons occurred in 1901 and 
in late 1985, and will occur next in 2069. The sun was 
last above Uranus’ equator in December 1965, when it 
rose at Uranus’ south pole and set at the north pole. The 
sun will shine continuously on Uranus’ south pole for 
the next 41.6 years until mid-2007, when it will again be 
above Uranus’ equator and will set at the south pole 
and rise at the north pole, which will be in continuous 
sunlight for the next 42.5 years while the south pole will 
be in continuous night. The north pole will point closest 
to the sun in early 2030 (early northern hemisphere 
summer), and the sun will set there and rise at the 
south pole in 2050. Calculations show that a horizontal 
unit surface area, say a square meter, at either pole will 
receive over a Uranian year about 1.5 times the sunlight 
that the same surface would receive at Uranus’ equator 
over a Uranian year (84.1 Earth-years). 


Results from the flyby of the Voyager 2 
spacecraft 


The Voyager 2 spacecraft was launched from 
Earth on August 20, 1977. As it flew by Jupiter in 
July 1979, it was accelerated toward Saturn which, in 
turn, accelerated Voyager 2 toward Uranus during the 
August 1981 flyby. Voyager 2 flew by Uranus on a 
hyperbolic orbit, passing it at a minimum distance of 
66,447 mi (107,000 km) from the center of Uranus on 
January 24, 1986. The observations that Voyager 2 
made of the Uranus system from November 4, 1985, 
to February 26, 1986, added immensely to scientific 
knowledge about it. Uranus’ rotation axis was pointed 
less than 8° from the sun at its approach. Because 
Voyager 2 was approaching Uranus along a path 
that made about a 35° angle with the line from the 
sun, Voyager 2 passed through Uranus’ ring and sat- 
ellite system much like a bullet passing through a bull’s 
eye target. It could not pass fairly close to any more 
than two of Uranus’ satellites at most (Figure 1). 


The satellites closely approached by Voyager 2 
were Miranda and Ariel; the spacecraft passed by 
these two at distances of 16,146 mi (26,000 km) and 
17,388 mi (28,000 km), respectively. 
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January 24, 1986 


Figure 1. Trajectory of Voyager 2 through the Uranus system 
in January 1986. (I/lustration by Hans & Cassidy. Courtesy of 
Gale Group.) 


The main discoveries made by Voyager 2 during 
its encounter with Uranus are the following: 


Uranus’s magnetic field 


Like Earth and the other Jovian planets, Uranus 
has a strong magnetic field that arises in its interior. 
Evidence for Uranus’ magnetic field and magneto- 
sphere (the region of space where the planet’s magnetic 
field is dominant over the interplanetary field) was not 
found until January 22, 1986, two days before closest 
approach to Uranus, when radio noise from charged 
particles trapped in its magnetosphere was detected. 
Voyager 2 crossed into Uranus’ magnetosphere on 
January 24 and remained inside it for 45 hours. 
Uranus’ magnetic field was found to be quite strong 
but very unusual. First, Uranus’ magnetic poles were 
found to be 58.6° from its poles of rotation, which is 
much greater than the tilts of the magnetic fields to the 
poles of rotation found for Earth (11°), Jupiter (9.6°), 
and Saturn (0°) (Figure 2). second, the center of 
Uranus’ magnetic field was found to be offset from 
its center of mass by 0.3 of Uranus’ radius, a much 
greater offset than those found for the above-named 
planets. One effect of this magnetic field offset is that 
the magnetic field strength at the cloud level in 
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Magnetic 
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Figure 2. Diagram of offset and tilted magnetic field of 
Uranus. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


Uranus’ atmosphere is expected to vary by factors of 
five to ten depending on Uranian latitude and longi- 
tude. Radiation belts of charged particles trapped in 
Uranus’ magnetosphere were detected. They consist 
mainly of low energy protons and electrons; very few 
heavy ions are detected. The particle densities in these 
radiation belts are low compared with those densities 
in the radiation belts of the Earth and Jupiter, possibly 
because the large tilt of Uranus’ magnetic field to the 
interplanetary magnetic field allows the solar wind to 
make frequent convective sweeps of particles out of 
Uranus’ radiation belts. 


Uranus’ rotation 


The fact that Uranus’ magnetic field is tilted to its 
rotation axis and is offset from its center causes fluc- 
tuations of its magnetic field that are associated with 
the rotation of Uranus’ interior. From measurements 
of these fluctuations by Voyager 2, the rotation period 
of Uranus’ interior was found to be 17 hours 14 
minutes. This is the first accurate rotation period for 
Uranus; earlier attempts in the last 100 years to deter- 
mine its rotation period from spectroscopic and pho- 
tometric observations gave very diverse, conflicting, 
and, as scientists now know, incorrect results. Other 
somewhat different rotation periods found from 
Voyager 2 observations of cloud features in Uranus’ 
atmosphere, which range from 16 to 17.5 hours, are 
caused by winds in Uranus’ atmosphere. 


Atmospheric temperature 
In the earlier discussion of Uranus’ seasons, it was 


mentioned that a unit surface at the poles will receive 
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about 1.5 times as much sunlight as the same surface 
would on Uranus equator over a Uranian year. Based 
on this, one might expect Uranus’ south polar region, 
which at the time of the Voyager 2 flyby had been in 
continuous sunlight for the order of 20 years, to be 
warmer than its equatorial region, which would be 
warmer than the north polar region, which had been 
in prolonged night. Voyager 2’s infrared instruments 
did not observe this; at the level of clouds in Uranus’ 
atmosphere, the temperature seemed to be the same, 
about -346°F (-210°C), from the south pole across the 
equator to the north pole. The most evident temper- 
ature change at this level was a 34°F (1°C) decrease 
centered at about 30° south latitude. This surprising 
observation shows the great capacity of the enor- 
mously thick atmosphere of Uranus (and those of 
the other Jovian planets) to absorb and transport 
away almost all the sunlight energy from a region 
sunlit continuously for decades. 


Uranus’ atmosphere 


By solar and stellar occultations and visual, infra- 
red, and radio observations from Voyager 2, the struc- 
ture and circulation of Uranus’ atmosphere has been 
mapped from just below the cloud layers to its exo- 
sphere. The main components of the atmosphere are 
hydrogen and helium, the most abundant elements in 
the universe. Methane comprises 1—2% of the observ- 
able troposphere. Water vapor and ammonia are 
inferred to be important components of the atmos- 
phere below the clouds, but they have not been 
detected in the observable part of the troposphere 
because it is too cold and freezes them out. 


Uranus’ upper atmosphere is dominated by hydro- 
gen, mainly molecular. Methane and other hydrocar- 
bons are nearly all frozen out by the underlying cold 
atmosphere, especially the lower stratosphere (at 428°F 
[220°C] temperature). Molecular hydrogen is broken 
down into atomic hydrogen mainly by the absorption 
of ultraviolet radiation from the sun, and some atomic 
hydrogen is ionized into free protons and electrons, 
forming an ionosphere. The temperature of the upper 
atmosphere increases to 482°F (250°C) at 497 mi (800 
km) above the cloud layers, and continues to increase to 
over 932°F (500°C) at 3,105 mi (5,000 km) above the 
clouds. Atomic hydrogen becomes the main compo- 
nent of Uranus’ upper atmosphere above 4,658 mi 
(7,500 km) above the clouds, forming a hydrogen ther- 
mal corona in its exosphere that extends at least 15,525 
mi (25,000 km) above the clouds (extending through the 
zone of the rings from 9,936 mi [16,000 km] to 16,146 mi 
[26,000 km] above the clouds). The source of most of the 
heating of Uranus’ upper atmosphere is still unknown 
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as is also true for the heating of the upper atmospheres 
of the Earth, Jupiter, and Saturn. 


Uranus’s internal structure 


Evidence indicates that Uranus may have a silicate 
rock core (perhaps rich in iron and magnesium), which 
is 4,800 km in diameter (approximately 40% of the 
planet’s mass). The mantle is likely ice or ice-rock mix- 
ture (water ice, methane ice, ammonia ice) that may be 
molten in part (perhaps evidence of convention pro- 
duced in the magnetic field). Above the mantle is the 
lower atmosphere, which consists of molecular (gas- 
eous) hydrogen, helium, and traces of other gasses 
(approximately 10% of planet’s mass). Finally, the 
upper atmosphere is methane with cloud layers of 
ammonia or water ice. The magnetic field discovered 
and mapped by Voyager 2 implies a field generating 
region in Uranus’ interior which extends out to 0.7 of 
Uranus radius from the center, and that part of Uranus’ 
interior is a fluid and has a high internal temperature. 


Uranus’ rings 


Uranus’ ring particles are dark grey to black and 
form rings about 2.0 to 10,000 mi (3.2 to 16,000 km) 
wide and less than one kilometer in average thickness. 
The rings are in the equatorial plane of Uranus, which 
is tilted at 98 degrees to the typical planetary attitude 
of the solar system (i.e., the plane of the orbit of the 
eight planets). This suggests that the rings formed after 
the planet was tilted. They are made mostly of ice and 
rock boulders. 


There is a ring hierarchy about Uranus. The inner 
eight rings are very thin and have no known shepherd 
satellites. In an outward order, these rings are known 
as Epsilon, Delta, Gamma, Beta, Alpha, 4-ring, 5-ring, 
and 6-ring. The two outer rings have variable thick- 
ness and have shepherd satellites (Cordelia on the 
inner edge and Ophelia on the outer edge). The num- 
ber nine and ten rings, which are further out, are called 
URI and Epsilon. 


The Voyager 2 observations also indicate that the 
rings contain a large fraction of large particles; the 
average particle size in the rings was calculated to be 
between 8 and 28 in (20 and 70 cm). An appreciable 
amount of micron-sized dust seems to be distributed 
throughout the ring system. However, this dust is 
probably transitory; atmospheric drag on the dust 
particles from Uranus’ hydrogen corona that was 
mentioned above is expected to decelerate them and 
cause them to spiral into the denser layers of Uranus’ 
atmosphere after, at most, a few thousand years. 
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Uranus has 10 known rings that are nearly circular 
and lie in or nearly in the plane of Uranus’ equator. 
The Epsilon ring is one of the most distant rings from 
Uranus, and it is also one of the most elliptical and the 
widest ones. 


As of 2005, two more rings have been identified, 
each by NASA’s Hubble Space Telescope. The larger 
of the two rings has a diameter that is twice the diam- 
eter of the planet’s previously known rings. They are 
the furthest rings from Uranus and, thus, are often 
called Uranus’ second system of rings. 


Uranian satellites 


Uranus’ satellites all lie in the equatorial plane 
(like the rings). There are several groups of satellites. 
The inner satellites are irregular dark objects (which 
may mean they are carbonaceous rock or are methane 
ice bodies coated with carbon material) under 93 mi 
(150 km) in diameter. Some of the larger of the inner 
satellites are Cordelia, Ophelia, Bianca, Cressida, 
Desdemona, Juliet, Portia, Rosalind, Belinda, and 
Puck. Most of the outer satellites are all rather large 
satellites (292-982 mi [470 to 1580 km] in diameter) 
that are locked in 1:1 spin-orbit couples with Uranus. 
The outer satellites of Miranda, Ariel, Umbriel, 
Titania, and Oberon are all spherical objects of water 
ice surrounding rock. 


Voyager 2 discovered ten satellites, which all orbit 
Uranus closer to it than Miranda and are all smaller 
than Miranda. Surface albedo could be found for only 
Puck and Cordelia, which are 0.08 and 0.07, respec- 
tively, indicating that they are somewhat brighter than 
the ring particles. The other found satellites by Vovager 
2 seem to be dark like Puck, Cordelia, and the rings. 
Cordelia and Ophelia—two satellites very close to 
Uranus—seem to serve as shepherd satellites for the 
Epsilon ring, keeping its particles in the ring by their 
gravitational perturbations on them, thereby increasing 
this ring’s orbital stability. Gravitational perturbations 
produced by several other satellites near the rings may 
make the rings more stable. Ophelia is slightly more and 
Cordelia slightly less than two Uranus radii from 
Uranus’ center; this raises the possibility that the rings 
were formed by satellites inside Uranus’ Roche limit 
that were torn to pieces by collisions or by tidal forces 
produced in them by Uranus. 


Observations of Miranda and other satellites 


Since Voyager 2 passed fairly close to Miranda, it 
was possible to determine Miranda’s mass from its 
perturbation of Voyager 2 ’s hyperbolic orbit past 
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Uranus found from an analysis of the Voyager 2 radio 
data. Ariel’s mass was then determined from its pertur- 
bations of the orbits of Miranda and Voyager 2. 
Voyager 2 did not approach Umbriel, Titania, and 
Oberon closely enough for reliable determination of 
their masses from perturbations of its flyby orbit. 
Instead their masses are determined from their pertur- 
bations of Ariel’s orbit and each other’s orbits using 
both Voyager 2 observations and Earth-based observa- 
tions made over many years. Accurate radii were found 
for all five satellites from Voyager 2 images; this allowed 
the calculation of mean densities for these satellites. 
Their mean densities, which range from 1.20 grams/ 
cm? for Miranda to 1.69 grams/cm?> for Titania, are 
compatible with their interiors being largely composed 
of water ice, which was detected earlier on their surfaces. 


All five satellites were found to be tidally locked to 
Uranus, as predicted by theory, so their rotation peri- 
ods are the same as their orbital periods of revolution. 
Their rotation axes have become aligned nearly paral- 
lel to Uranus’ rotation axis, so that only their southern 
hemispheres could be imaged. Voyager 2 infrared 
measurements near the south poles of Miranda and 
Ariel gave temperatures of -304.6°F (-187°C) and - 
308.2°F (-189°C), respectively, considerably warmer 
than the cloud layer of Uranus’ atmosphere, but 
understandable for a surface that has been in contin- 
uous sunlight for about 20 years. None of the satellites 
show an appreciable atmosphere. 


Voyager 2 obtained detailed images of parts of the 
sunlit surface of all five previously known satellites 
and also of Puck. Bright and dark (albedo) regions, 
craters with or without bright ray systems around 
them, mountains, cliffs, scarps, valleys, canyons, gra- 
ben, faults, and other geological features are clearly 
seen on these images. Maps of the parts of the satellite 
surfaces that have been imaged have been made, and 
names have been assigned to many surface features. 
Summaries of the surface features of the six satellites 
with imaged surface features are given below. The 
images with the best resolution obtained were Ariel 
and Miranda because Voyager 2 flew closest to them. 


Oberon 


Oberon, Uranus’ most distant (of the major 
moons) satellite, has extensive, heavily cratered terrain 
interrupted by canyons (rift valleys) and scarps. Some 
craters are surrounded by bright ray systems; others 
show dark matter on their floors. A prominent feature 
on Oberon’s limb is a large mountain 7 mi (11 km) 
high and 28 mi (45 km) wide. Oberon shows the least 
evidence from modification of its cratered terrain by 
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geologic activity of any Uranian satellite. Image reso- 
lution is poor due to Oberon’s distance. 


Titania 


Titania, Uranus’ largest and most massive satel- 
lite, shows similar geological features to those found 
on Oberon. Heavily cratered plains are the most exten- 
sive surfaces found here. Oberon also shows a global 
rift valley network related to global tectonics. Image 
resolution is somewhat better for Titania than Oberon, 
since Voyager 2 was closer to Titania. A prominent 
system of canyons and scarps is the most noticeable 
class of features on Titania’s surface; shadows indicate 
some of them may be as deep as 3.7 mi (6 km). 
Moderately cratered and smooth plains are also 
observed, which indicate resurfacing. These features 
indicate that more geologic activity occurred on 
Titania than on Oberon after the end of the heavy 
bombardment (crater formation) phase of their histor- 
ies. Here the resurfacing material should be liquid or 
icy water, ammonia, or methane, perhaps mixed with 
rocky material, rather than terrestrial type volcanic 
lava. Impact and/or internal heating may have melted 
or softened these ices, which then erupted and flowed 
over the satellite surfaces, resurfacing them. This phe- 
nomenon is called cryovolcanism (sometimes water 
volcanism), and it may have been important in the 
geological histories of many of the satellites of the 
Jovian planets. 


Umbriel 


With an average albedo of 0.21, Umbriel is the 
darkest of Uranus’ five largest satellites. It also has a 
more uniform albedo than Titania and Oberon, show- 
ing only a few striking albedo features on the part of its 
surface imaged by Voyager 2. Umbriel also has exten- 
sive, heavily cratered terrain and several groups of 
canyons, scarps, and lineaments, which seem to be of 
more recent origin than the craters that they cut. 
Evidence is also seen of resurfacing in and near several 
craters, indicating cryovolcanism. Much of its surface 
may have been resurfaced with dark material of uncer- 
tain origin (cryovolcanic, dark ejecta from a crater, or 
from an external source). 


Ariel 


Ariel is similar in size and mass to Umbriel, but 
whereas Umbriel is the darkest of Uranus’ five largest 
satellites, Ariel is the brightest, with a 0.40 average 
albedo. Ariel’s surface seems to have evolved more 
like Titania’s surface than that of Umbriel; it shows 
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global-scale faulting (canyons, scarps, and lineaments) 
and resurfacing by cryovolcanism, but on a more 
extensive scale than occurred on Titania. Ariel’s most 
heavily cratered plains show less cratering than the 
most cratered units on Titania and Oberon. Evidence 
has been found for the extrusion of ice into Ariel’s 
surface, filling part of a valley and partially burying 
an impact crater. 


Miranda 


Miranda shows the most interesting evidence for 
geologic activity and surface modification among 
Uranus’ satellites. In addition to old cratered plains, 
canyons, scarps, lineaments, and valleys, the three 
coronae Arden, Elsinore, and Inverness exist on its 
surface; they are its most prominent surface features. 
They are large, lightly cratered regions of up to 186 mi 
(300 km) or more extent; Arden shows banded 
regions, while Elsinore and Inverness show numerous 
grooves and ridges. A cliff near Miranda’s south pole 
may be as high as 12 mi (20 km). One plausible model 
for Miranda’s evolution hypothesizes the following 
sequence of events. First, Miranda accreted from sev- 
eral smaller bodies near Uranus and nearly in its 
equatorial plane; impacts during accretion formed 
the old cratered plains. Some of the canyon systems 
were formed near the end of accretion. Next, a large 
body impacted Miranda, forming the Arden basin. 
Debris was scattered over and ejected from Miranda, 
and cryovolcanism flooded the basin, forming Arden 
Corona. Then, the Inverness basin was flooded, form- 
ing Inverness Corona. The last main cryovolcanic 
activity formed Elsinore Corona. This left Miranda’s 
surface early in its present state, with only a few more 
recent craters added since then. 


Puck 


Puck’s surface was also imaged by Voyager 2, 
revealing a cratered surface that is considerably darker 
(0.08 average albedo) than that for any of the five 
larger satellites. The Voyager 2 images also show that 
Puck is almost spherical. The three largest impact 
craters on Puck are named Bogle, Lob, and Butz. 


Other natural satellites 


The following are the other 22 natural satellites of 
Uranus, along with their designations, dates (imaged) 
of discovery, and discoverer: 


- Juliet (S/1986 U 2, January 3, 1986, Voyager 2) 
- Portia (S/1986 U 1, January 3, 1986, Voyager 2) 


4536 


- Cressida (S/1986 U 3, January 9, 1986, Voyager 2) 

- Desdemona (S/1986 U 6, January 13, 1986, Voyager 2) 
- Rosalind (S/1986 U 4, January 13, 1986, Voyager 2) 
- Belinda (S/1986 U 5, January 13, 1986, Voyager 2) 

- Cordelia (S/1986 U 7, January 20, 1986, Voyager 2) 
+ Ophelia (S/1986 U 8, January 20, 1986, Voyager 2) 
- Bianca (S/1986 U 9, January 23, 1986, Voyager 2) 

- Caliban (S/1997 U 1, September 6, 1997, Gladman, 

Nicholson, Burns, Kavelaars) 


- Sycorax (S/1997 U 2, October 31, 1997, Gladman, 
Nicholson, Burns, Kavelaars) 


» Perdita (S/1986 U 10, January 18, 1986, Karkoschka 
via Voyager 2) 

»Setebos (S/1999 U 1, July 18, 1999, Kavelaars, 
Gladman, Holman, Petit, Scholl) 


- Stephano (S/1999 U 2, July 18, 1999, Gladman, 
Holman, Kavelaars, Petit, Scholl) 


- Prospero (S/1999 U 3, July 18, 1999, Holman, 
Kavelaars, Gladman, Petit, Scholl) 


- Trinculo (S/2001 U 1, August 13, 2001, Holman, 
Kavelaars, Milisavljevic) 


- Perdita (S/1986 U 10, January 18, 1986 [announced 
August 25, 2003, Karkoschka via Hubble Space 
Telescope) 


- Ferdinand (S/2001 U 2, August 13, 2001 [announced 
August 29, 2003], Holman Kavelaars, Milisavljevic 
[2001]; Sheppard, Jewitt [2003]) 


«Mab (S/2003 U 1, August 25, 2003 [announced 
September 25], Showalter, Lissauer) 


- Cupid (S/2003 U 2, August 25, 2003 [announced 
September 25], Showalter, Lissauer) 


» Francisco (S/2001 U 3, August 13, 2001 [announced 
October 2003], Holman, Kavelaars, Milisavljevic, 
Gladman) 


- Margaret (S/2003 U 3, August 29, 2003 [announced 
October 9], Sheppard, Jewitt) 


See also Planetary atmospheres; Space probe. 
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[ Urea 


Urea is a white, crystalline solid also known as 
carbamide. It is highly soluble in water and is the 
major molecule used by mammals and amphibians as 
a means of excreting nitrogenous waste (which gener- 
ally comes from proteins). It is used in making fertil- 
izers (where it serves as source of nitrogen) and in 
cattle feed, where it also raises the nitrogen levels. 
Urea is also used in the manufacturing of barbiturates 
and in manufacturing some plastics such as urethanes. 
Urea melts at 271°F (133°C). Solutions of urea in 
water are slightly basic. The formula of urea is 
shown in Figure 1. 


The NHz> groups are derived from nitrogen con- 
taining portions of proteins. Urea was first isolated 
from urine in 1773 by Hillaire-Malin Rouelle. In 1828 
urea became the first organic (carbon based) mole- 
cule to be synthesized from inorganic components. 
This was accomplished by Freidrich Wolher by 
heating ammonium cyanate, forming urea. This syn- 
thesis began the decline of a “vital force” theory which 
held that only living things could make organic 
compounds. 
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Figure 1. Structural formula of urea. (I//ustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


Urea and metabolism 


Urea is the final product of the metabolism of 
amino acids (the building blocks of proteins) in mam- 
mals, amphibians, and turtles. In the liver, ammonia 
reacts with carbon dioxide and through a series of 
seven steps that are controlled by enzymes (protein 
catalysts that speed up specific reactions), urea is pro- 
duced. Each molecule of urea is “built” from two 
ammonia molecules (NH3) and one carbon dioxide 
(CO,) molecule. Ammonia itself is toxic so many ani- 
mals have developed metabolic steps that take the 
ammonia formed and convert it into less toxic and 
easily dealt with molecules. The extremely high solu- 
bility of urea in water (35 oz [1,000 g] of urea dissolve 
in a liter of water) make it ideal for eliminating nitro- 
gen-based waste products. The concentration of urea 
rises in many kidney diseases, and blood urea concen- 
tration is often used to monitor kidney function. The 
urea produced by the body is excreted in urine. A 
healthy adult will excrete about 0.9 oz (25 g) of urea 
per day. Upon standing the urea in urine will decom- 
pose to carbon dioxide and ammonia, accounting for 
the “ammonia” smell of old urine. In many animals 
and in some vegetarians, cloudy urine is common. This 
is the result of a precipitate (insoluble compound) 
formed from urea and calcium or magnesium ions. 
Medically urea is used as a diuretic, or substance that 
promotes water loss through urination. Urea-contain- 
ing creams are used on wounds. 


Urea and industry 


Industrially, urea is used in the manufacturing of 
fertilizers (as a source of nitrogen) and in the synthesis 
of some barbiturates and in the petroleum industry to 
help separate straight chain and branched hydrocar- 
bons in petroleum. Urea is widely used in the produc- 
tion of many plastics and resins. One of the most 
common of these is a resin formed by the reaction of 
urea and formaldehyde. Urea-formaldehyde resins are 
used in the adhesives industry (urea-formaldehyde 
resins are used in making laminated woods), in textile 
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KEY TERMS 


Barbiturates—A group of drugs widely used as 
tranquilizers and anti-anxiety medications. One of 
the basic molecules of this class is barbituric acid, 
which is made directly from urea. 


Diuretic—A substance that increases water loss 
through urination. 


Resin—A type of organic polymer. A polymer is a 
large molecule made of repeating basic units 
known as monomers. 


finishes, and surface coatings for plastics. These resins 
are widely used since they accept dyes easily. Over 
300,000 kilograms of urea-formaldehyde resins are 
produced annually in the United States. Urea is also 
used as a stabilizer for many explosives, allowing 
greater control over the reactions. Urea is made com- 
mercially by reacting ammonia and carbon dioxide 
under high pressure. 


See also Excretory system. 


Resources 
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Atkins, Peter Atkins’ Molecules. Cambridge University 
Press, 2nd ed. 2003. 


Louis Gotlib 


Urinary system see Excretory system 


i Urology 


Urology is the branch of medicine that deals with 
the urinary tract in females and with the urogenital 
tract in males. 


In both sexes, the urinary tract consists of the 
kidneys, ureters, bladder, and urethra. In males, addi- 
tional structures such as the prostate gland are 
included in the urogenital system. 


A urologist is concerned with infection, cancer, 
and formation of hard deposits (stones). Cystitis is 
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any infection of the urinary tract. The condition 
often appears to be centered in the urinary bladder, 
but is usually associated with infections of other parts 
of the urinary system. Cystitis is accompanied by fre- 
quent and painful urination. It is treated relatively 
effectively with antibiotics, although other urinary 
tract problems with which it is associated may require 
other treatments. 


Enlargement of the prostate gland is now one of 
the most common disorders among males, especially 
older males. In some cases, the condition is benign and 
is primarily a matter of inconvenience for men who 
find that urination becomes more difficult and more 
frequent. Non-cancerous enlargement of the prostate 
is known as benign prostatic hyperplasia, and can be 
treated surgically by the removal of excess fatty tissue, 
although a number of urologists now recommend the 
use of a newly approved drug known as Proscar as a 
way of shrinking the enlarged gland. 


Cancer of the prostate has become one of the 
leading causes of death among older males in the 
United States and other parts of the developed 
world. Some physicians hypothesize that carcinogenic 
substances in the environment accumulate in the pros- 
tate, one of the fattiest organs in the body, and induce 
tumors. Prostate cancer can be surgically treated, 
although the complete removal of the testicles may 
be recommended if the cancer has metastasized. 
Testing for a marker of prostate cancer called prostate 
specific enzyme is recommended for men over the age 
of 50 years. 


Kidney stones form when certain chemicals that 
normally dissolve in urine begin to precipitate out and 
form stones ranging from microscopic particles to 
marble-size structures. In the majority of cases, the 
stones are expelled from the urinary system without 
incident. In some cases, however, they may become 
lodged in various parts of the system: along the ureter, 
in the bladder, or in the prostate, for example. When 
this happens, the stone may cut into tissue and cause 
extreme pain. 


Stones can be removed in a number of ways: 
surgically, with drugs that dissolve the stony material, 
or with ultrasound therapy. In the last of these treat- 
ments, high frequency sound waves are used to break 
apart a stone, allowing the smaller fragments to be 
carried away in urine. 
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| Vaccine 


A vaccine is a medical preparation given to pro- 
vide immunity from a disease. Vaccines use a variety 
of different substances ranging from dead microor- 
ganisms to genetically engineered antigens to defend 
the body against potentially harmful microorganisms. 
Effective vaccines change the immune system by 
promoting the development of antibodies that can 
quickly and effectively attack a disease causing micro- 
organism when it enters the body, preventing disease 
development. 


The development of vaccines against diseases 
ranging from polio and smallpox to tetanus and mea- 
sles is considered among one of the great accomplish- 
ments of medical science. Contemporary researchers 
are continually attempting to develop new vaccina- 
tions against such diseases as Acquired Immune 
Deficiency Syndrome (AIDS), cancer, influenza, and 
other diseases. 


Physicians have long observed that individuals 
who were exposed to an infectious disease and sur- 
vived were somehow protected against that disease in 
the future. Prior to the invention of vaccines, however, 
infectious diseases were common and devastating. 


Vaccines operate by stimulating the immune sys- 
tem to produce components such as antibodies that will 
help fight the actual infection. Depending on the vac- 
cine, the formulation may use an intact version of the 
disease-causing virus (albeit weakened in some way so 
that it is not able to cause the disease, was used in the 
Sabin oral polio vaccine) or a fragment of a protein 
from the virus or bacteria that is critical to the estab- 
lishment or the progression of the infection. An exam- 
ple of the latter approach is the use of a protein 
involved in the binding of the virus or bacteria to host 
cells. The antibodies produced can block the binding, 
and so hamper the development of an infection. 
Another example is the vaccine for Streptococcus 
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pneumoniae, which uses bacterial polysaccharides 
(carbohydrates found in bacteria which contain large 
numbers of monosaccharides, a simple sugar). 
Streptococcus = related diseases often involve the coat- 
ing of the bacteria in a sugary capsule composed of the 
saccharides; thus, antibodies against this component 
can be a useful means of combating the infection. 


Effective vaccines have limited many of the life- 
threatening infectious diseases. In the United States, 
children starting kindergarten are required to be 
immunized against polio, diphtheria, tetanus, and sev- 
eral other diseases. Other vaccinations are used only 
by populations at risk, individuals exposed to disease, 
or when exposure to a disease is likely to occur due to 
travel to an area where the disease is common. These 
include influenza, yellow fever, typhoid, cholera, and 
Hepatitis A and B. 


The influenza virus is one of the more problematic 
diseases because the viruses constantly change, mak- 
ing development of vaccines difficult. Scientists grap- 
ple with predicting what particular influenza strain 
will predominate in a given year. When the prediction 
is accurate, the vaccine is effective. When they are not, 
the vaccine is often of little help. 


The classical methods of vaccine preparation vary 
in safety and efficiency. In general, vaccines that use 
live bacterial or viral products are extremely effective 
when they work, but carry a greater risk of causing 
disease. This is most threatening to individuals whose 
immune systems are weakened, such as individuals 
with leukemia. Children with leukemia are advised 
not to take the oral polio vaccine because they are at 
greater risk of developing the disease. Vaccines which 
do not include a live virus or bacteria tend to be safer, 
but their protection may not be as great. 


The classical types of vaccines are all limited in 
their dependence on biological products, which often 
must be kept cold, may have a limited life, and can be 
difficult to produce. The development of recombinant 
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vaccines—those using chromosomal parts (or DNA) 
from a different organism—has generated hope for a 
new generation of man-made vaccines. The hepatitis B 
vaccine, one of the first recombinant vaccines to be 
approved for human use, is made using recombinant 
yeast cells genetically engineered to include the gene 
coding for the hepatitis B antigen. Because the vaccine 
contains the antigen, it is capable of stimulating anti- 
body production against hepatitis B without the risk 
that live hepatitis B vaccine carries by introducing the 
virus into the blood stream. 


As medical knowledge has increased—particu- 
larly in the field of DNA vaccines—researchers have 
set their sights on possible new vaccines for cancer, 
melanoma, AIDS, influenza, and numerous others. 
Many improved vaccines have been approved, includ- 
ing several genetically engineered (recombinant) types 
which first developed during an experiment in 1990. 
These recombinant vaccines involve the use of so- 
called naked DNA. Microscopic portions of a viruses’ 
DNA are injected into the patient. The patient’s own 
cells then adopt that DNA, which is then duplicated 
when the cell divides, becoming part of each new cell. 
Researchers have reported success using this method 
in laboratory trials against influenza and malaria. 
These DNA vaccines work from inside the cell, not 
just from the cell’s surface, as other vaccines do, allow- 
ing a stronger cell-mediated fight against the disease. 
Also, because the influenza virus constantly changes 
its surface proteins, the immune system or vaccines 
cannot change quickly enough to fight each new 
strain. However, DNA vaccines work on a core pro- 
tein, which researchers believe should not be affected 
by these surface changes. 


Since the emergence of AIDS in the early 1980s, a 
worldwide search against the disease has resulted in 
clinical trials for more than 25 experimental vaccines. 
These range from whole-inactivated viruses to geneti- 
cally engineered types. Some have focused on a thera- 
peutic approach to help infected individuals to fend off 
further illness by stimulating components of the immune 
system; others have genetically engineered a protein on 
the surface of HIV to prompt immune response against 
the virus; and yet others attempted to protect uninfected 
individuals. The challenges in developing a protective 
vaccine include the fact that HIV appears to have multi- 
ple viral strains and mutates quickly. As of 2006, no 
AIDS vaccine is approved for use. 


Stimulating the immune system is also considered 
key by many researchers seeking a vaccine for cancer. 
Currently numerous clinical trials for cancer vaccines 
are in progress, with researchers developing experi- 
mental vaccines against cancer of the breast, colon, 
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and lung, among other areas. Promising studies of 
vaccines made from the patient’s own tumor cells 
and genetically engineered vaccines have been 
reported. Other experimental techniques attempt to 
penetrate the body in ways that could stimulate vigo- 
rous immune responses. These include using bacteria 
or viruses, both known to be efficient travelers in the 
body, as carriers of vaccine antigens. Such bacteria or 
viruses would be treated or engineered to make them 
incapable of causing illness. 


The reluctance of some parents to vaccinate their 
children due to potential side effects has limited vac- 
cination use. Parents in the United States and several 
European countries have balked at vaccinating their 
children with the pertussis vaccine due to the develop- 
ment of neurological complications in a small number 
of children given the vaccine. Unfortunately, the risk 
of infection is far greater than the risk of vaccine- 
related complications. Because of incomplete immuni- 
zation, whooping cough remains common in the 
United States, with 30,000 cases and about 25 deaths 
due to complications annually. 
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ll Vacuum 


Defined strictly in scientific terms, a vacuum is 
any space that has all of its matter removed. It is 
impossible to create a perfect vacuum in a laboratory 
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on Earth because not every single atom can be 
removed. Even the so-called vacuum of outer space is 
not a true (perfect) vacuum because even it contains 
tiny amounts of gas spread over vast volumes of space. 
However, in everyday terminology, a vacuum is 
described as any volume of space where pressure is 
less than standard sea-level pressure—that is, atmos- 
pheric pressure of 29.92 in [760 millimeters]) of mer- 
cury (or, one atmosphere [1 atm]). 


Thus, vacuum is a term that describes conditions 
where the pressure is lower than that of the atmos- 
phere. A sealed container is said to be under vacuum in 
this case; whereas it is pressurized when the pressure is 
higher than atmosphere. In a vacuum, it becomes 
necessary to define pressure microscopically. This 
means that the pressure, or force per unit area, is 
determined by the number of collisions between the 
atoms or molecules present and the walls of the 
container. 


The first experiments involving vacuum date back 
to 1644 when Italian physicist Evangelista Torricelli 
(1608-1647) worked with columns of mercury, leading 
to the first barometer (a device for measuring pres- 
sure). The famous experiment of German scientist and 
inventor Otto von Guericke (1602-1686) in 1654 dem- 
onstrated the astounding force of vacuum when he 
evacuated the volume formed by a pair of joined hemi- 
spheres and attached each end to a team of horses that 
were unable to pull the hemispheres apart. 


In order to create a vacuum, some kind of pump is 
needed. Simple mechanical pumps create a pressure 
difference, or suction force, which can be sufficient to 
pump water, for example. The most common use of 
pressure difference, the vacuum cleaner, is simply a 
chamber and hose, which are continuously evacuated 
by a fan (but the pressure difference created is far from 
a vacuum). Sophisticated vacuum pumps must be 
sealed to prevent air from leaking back into the pump- 
ing volume too quickly. These pumps increase in com- 
plexity, as better vacuums are needed. Pumps can 
generally be grouped into two categories: dynamic 
pumps, using mechanical or turbo-molecular action, 
and static pumps, using electrical ionization or low 
temperature (cryogenic) condensation. 


Vacuum is important for research and industry, 
especially for manufacturing. Many industrial proc- 
esses require vacuum either to be efficient or to be 
possible at all. Vacuum can be used for the prevention 
of chemical reactions, such as clotting in blood plasma 
or the removal of water in the process of freeze drying. 
Vacuum is also necessary for the prevention of particle 
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collisions with background gas, in a television picture 
tube for example. For the fabrication of integrated 
electronics, it is very important to avoid impurities 
on a microscopic scale. It is only with excellent vac- 
uum that such conditions can be obtained. 


See also Atmospheric pressure; Vacuum tube. 


| Vacuum tube 


A vacuum tube is a hollow glass bulb, approxi- 
mately cylindrical in shape, that contains a positive 
electrode and a negative electrode between which a 
current is conducted through a full or partial vacuum. 
A grid between the electrodes controls the flow of 
electricity. 


The cathode of a vacuum tube is a filament, typ- 
ically tungsten coated with another metal. When the 
filament is sufficiently heated by an electric current, it 
emits electrons. This filament or electrode has a neg- 
ative charge. Free electrons must be supplied to the 
cathode so that it can continue to emit them without 
building up a perpetually growing charge. This is usu- 
ally done by connecting the cathode to the negative 
terminal of a generator or battery. The other elec- 
trode, known as an anode, has a positive charge. The 
electrons move from the cathode to the anode, result- 
ing in a one-way current within the tube. 


History 


In 1884, Thomas Edison, while working on his 
incandescent light bulb, inserted a metal plate between 
glowing filaments. He observed that electricity would 
flow from the positive side of the filament to the plate, 
but not from the negative. He did not understand why 
this was so and treated this effect (now known as the 
Edison effect) as a curiosity. Unwittingly, he had cre- 
ated the first diode. 


Later, John Ambrose Fleming of England, one of 
Edison’s former assistants, became involved in design- 
ing a radio transmitter for Guglielmo Marconi. In 
1904 Fleming realized that the diode had the ability 
to convert alternating current (AC) into direct current 
(DC), and incorporated it into his very efficient radio 
wave detector. Fleming called his device the ther- 
mionic valve because it used heat to control the flow 
of electricity just as a valve controls the flow of water. 
In the United States the invention became known as a 
vacuum tube. 
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Vacuum tube 


In Germany, Arthur Wehnelt, who also worked 
with thermionic emission, had applied for a patent in 
January 1904 for a tube that converted AC into DC. 
However, he neglected to mention the use of the device 
in radio wave detection and was unable to sell his 
invention for that purpose after Fleming applied for 
his own patent. 


Lee de Forest (1873-1961) improved on Fleming’s 
valve by adding a third element in 1906, thus inventing 
the triode. This made an even better radio wave detec- 
tor but, like Edison, he did not realize the full potential 
of his invention; his device, called an audion, created an 
electrical current that could be amplified considerably. 


In 1912 Edwin Howard Armstrong realized what 
de Fest had wrought. He used the triode to invent a 
regenerative circuit that not only received radio sig- 
nals, it amplified them to such a degree they could be 
sent to a loudspeaker and heard without the use of 
headphones. 


Diodes were usually made of two concentric cylin- 
ders, one inside the other. The cathode emitted elec- 
trons and the anode collected them. Fleming’s thermionic 
valve operated at a temperature of 4,532°F (2,500°C), 
generating a considerable amount of heat. Deforest 
placed a grid between the cathode and anode. The 
electrons passed through the triode’s grid, inducing a 
larger current to flow. 


These early vacuum tubes were called soft valves. 
The vacuum was not the best and some air remained 
within the tube, shortening its lifespan. Langmuir 
devised a more efficient vacuum pump in 1915; with a 
better vacuum, the tubes lasted longer and were more 
stable. The improved tubes were called hard valves and 
their operating temperature dropped to 3,632°F 
(2,000°C). In 1922 the temperature was reduced yet 
again, to 1,832°F (1,000°C), with the introduction of 
new elements. Indirect heating improved tube efficiency. 


Triodes were limited to low frequencies of less 
than one megahertz. In 1927 American physicist 
Albert Wallace Hull (1880-1966) invented the tetrode 
to eliminate high-frequency oscillations and improve 
the frequency range. A year later the pentode, which 
improved performance at low voltage, was developed 
and became the most commonly used valve. 


Over the course of years, a variety of vacuum 
tubes came into use. Low-voltage/low-power tubes 
were used in radio receivers as well as early digital 
computers. Phototubes were used in sound equip- 
ment, making it possible to record and retrieve audio 
from motion picture film. The cathode-ray tube 
focused an electron beam, leading to the invention of 
oscilloscopes, televisions, and cameras. Microwave 
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KEY TERMS 


Amplitude—tThe farthest an object can get from its 
resting point, as in the highest position a pendulum 
reaches in its swing. 


Filament—A fine wire heated to a high temperature 
and, thus, emitting electrons. 


Kinetic energy—The energy possessed by an object 
due to the object’s movement; for example, the 
energy in a baseball when it flies through the sky 
after being struck by a bat. 


Semiconductor—A solid whose conductivity 
varies between that of a conductor (like a metal) 
at high temperatures and that of an insulator (such 
as rubber) at low temperatures. 


Tungsten—A metal which makes a good conductor 
and has a high melting point. 


tubes were used in radar, early space communication, 
and microwave ovens. Storage tubes, which could 
store and retrieve data, were essential in the advance- 
ment of computers. 


Despite its numerous advantages, the vacuum 
tube had many drawbacks. It was extremely fragile, 
had a limited life, was fairly large, and required a lot of 
power to operate its heating element. The successor to 
the vacuum tube, the transistor, invented by Walter 
Houser Brattain, John Bardeen, and William 
Shockley in 1948, had none of these drawbacks. 
After 1960 the small, lightweight, low-voltage transis- 
tors became commercially available and replaced vac- 
uum tubes in most applications, but with the creation 
of microscopic vacuum tubes (microtubes) in the 
1990s, vacuum tubes are again being used in electronic 
devices. Moreover, it has never ceased being used in 
some high-end home audio systems, due to its ability 
to deliver extremely good sound with relatively low 
circuit complexity. 


See also Cathode ray tube. 
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| Valence 


Valence, in chemistry, refers to a number assigned 
to elements that reflects their ability, or capacity, to 
react (combine) with other elements. It also refers to 
the type of reactions the element will undergo. Thus, 
the value of valence is associated with the number of 
electrons, if any, that an element loses or accepts from 
another atom during a chemical reaction. The term 
valence, also referred to as valency or valence number, 
is derived from the Latin word for strength and can 
reflect an element’s strength or affinity for certain 
types of reactions. The concept was formulated in the 
nineteenth century as a way to organize formulas of 
the various chemical compounds. 


Oftentimes, Greek prefixes are used to describe an 
atom’s or a materials’ valency. For example, uni/ 
mono stands for 1, while bi/di stands for 2, tri for 3, 
and tetra for 4. For instance, a unimetal will have a 
valence of 1. 


The electrons in an atom are located at different 
energy levels. The electrons in the highest energy level 
are called valence electrons. In accord with the octet 
rule—and to become more energetically stable— 
atoms gain, lose, or share valence electrons in an effort 
to obtain a noble gas configuration in their outer shell. 
The configuration of electrons in an atom’s outer shell 
determines its ability and affinity to enter into chem- 
ical reactions. 


The valence number of an element can be deter- 
mined by using a few simple rules relating to an ele- 
ment’s location on the periodic table. In ionic 
compounds (formed between charged atoms or groups 
of atoms called ions) the valence of an atom is the 
number of electrons that atom will gain or lose to 
obtain a full outer shell. In group one of the periodic 
table, elements are assigned a valence number of 1. A 
valence number of 1 means that an element will gen- 
erally react to lose one electron to obtain a full outer 
shell. Group two elements are assigned a valence num- 
ber of 2. A valence number of 2 means that a group 
two element will generally react to lose two electrons 
to obtain a full outer shell. Group 17 elements are 
assigned a valence number of negative one (-1). A 
valence number of -1 means that a group two element 
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will generally react to gain one electron to obtain a 
noble gas electron configuration. Reflecting an inabil- 
ity to react with other elements, Nobel gases, already 
maintaining a stable arrangement of electrons, are 
assigned a valence of zero (O). 


The term valence can also refer to the charge or 
oxidation number on an atom. In magnesium atoms 
(Mg*?), for instance, the valence is +2. An atom or ion 
with a charge of +2 is said to be divalent. 


In covalent compounds the valence of an atom may 
be less obvious. In this case, it is the number of bonds 
formed, that is, whether the bonds are single, double, or 
triple bonds. A carbon atom with two single bonds and 
one double bond carries a valence of four (4). In water 
(H,0), the valence of oxygen is 2 and the valence of 
hydrogen is 1. In both cases the valence number gives 
an indication of the number of bonds each atom forms. 


Valence bond theory is similar to molecular orbital 
theory in that it is concerned with the formation of 
covalent bonds. Valence bond theory describes bonds 
in term of interactions between outer orbitals and hybri- 
dized orbitals to explain the formation of compounds. 


Valence Shell Electron Pair Repulsion (VSEPR) 
theory is one of the favored models to explain covalent 
bonds. This theory states that molecules will be shaped 
to minimize the repulsion that takes place between 
valence electrons. Because they are all negatively 
charged, valence shell electrons repel one another. 
VSEPR theory states that the atoms of a molecule will 
arrange themselves and assume a shape around a central 
atom to minimize repulsion between valence electrons. 


See also Atomic models; Atomic number; Atomic 
theory; Chemical bond; Chemistry. 


| Van Allen belts 


The radiation belts are enormous populations of 
energetic, electrically charged particles (plasma)— 
principally protons and electrons—trapped in the 
external magnetic field of a planet. Durable radiation 
belts exist at the planets Earth, Jupiter, Saturn, 
Uranus, and Neptune but not at Mercury, Venus, or 
Mars. The radiation belts surrounding Earth are 
called the Van Allen radiation belts. 


Discovery of the radiation belts of Earth 


Raditation belts were first speculated upon by 
Greek-American physicist Nicholas Constantine 
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Van Allen belts 


Magnetic lines 
of force 


The Van Allen belts. (Hans & Cassidy. Courtesy of Gale Group.) 


Christofilos (1916-1972). The first successfully 
launched satellite of the United States was Explorer 
I. It was propelled into orbit from Cape Canaveral, 
Florida, on January 31, 1958, by a four-stage combi- 
nation of rockets (called a Jupiter C missile) developed 
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by the U.S. Army Ballistic Missile Agency and the Jet 
Propulsion Laboratory (JPL). The principal scientific 
instrument within the payload was a Geiger tube radi- 
ation detector developed by American space scientist 
James Alfred Van Allen (1914-2006), a professor at 
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the University of Iowa, and graduate student George 
H. Ludwig. The instrument’s intended purpose was a 
comprehensive survey of cosmic ray intensity above 
Earth’s atmosphere. Lead by Van Allen, the Explorer I 
mission was the first scientific discovery of the torus- 
shaped (doughnut-shaped) region of charged particles 
within Earth’s magnetic field. 


The launch of an improved version of the radia- 
tion instrument was attempted on March 5 on 
Explorer I, but an orbit was not achieved because 
the fourth stage rocket failed to ignite. On March 26, 
the launch of the improved instrument on Explorer 
III, including the first magnetic tape recorder ever 
flown in space, was successful. 


The in-flight data from the radiation detectors on 
Explorer I and Explorer III revealed that there are 
enormous numbers of energetic, electrically charged 
particles trapped in the external magnetic field of 
Earth. This discovery was promptly confirmed and 
extended later in 1958 with additional space flights by 
the Iowa group and others, including Soviet investiga- 
tors on Sputnik III. In subsequent years, the continuing 
study of this phenomenon has included the efforts of 
over one thousand scientists in at least 20 different 
countries. The radiation belts were later mapped by 
such spacecraft as Explorer IV, Pioneer III, and Luna 1 


Description 


The populations of energetic particles trapped in 
the Earth’s magnetic field have come to be known as 
radiation belts because the doughnut-shaped regions 
within which they are confined encircle Earth like huge 
belts. There are two distinct belts: an inner one whose 
lower boundary is at an altitude of about 250 mi (402 
km) and whose less-well defined outer boundary is at a 
radial distance of about 10,000 mi (16,100 km) and an 
outer one that extends outward from 10,000 mi 
(16,100 km) to over 50,000 mi (80,500 km). The 
outer belt consists of high-energy electrons, measured, 
on average, at about 0.1 to 10 MeV (where one MeV is 
equal to one million electron volts [eV]). The inner 
belts consists of high-energy protons with energies 
over 30 MeV. Both belts encircle Earth in longitude 
and have the greatest concentration of trapped par- 
ticles at its magnetic equatorial plane. The concentra- 
tion diminishes with increasing latitude north and 
south of the magnetic equator and falls to nearly 
zero over the north and south polar caps at latitudes 
greater than about 67°. Each trapped particle spirals 
around a magnetic line of force, oscillates between 
magnetic mirror points in northern and southern 
hemispheres, and drifts slowly in longitude. This 
defines a doughnut-shaped region. 
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The principal source of particles in the outer belt is 
solar wind, a hot ionized gas that flows outward from 
the sun through interplanetary space. Some of the 
electrons, protons, and other ions in the impinging 
solar wind are injected into Earth’s external magnetic 
field. These electrons, protons, and ions subsequently 
diffuse inward and are accelerated to greater energies 
by natural fluctuations of electrical and magnetic 
fields induced by the varying solar wind. The solar 
wind also sweeps back the outer portion of Earth’s 
magnetic field to produce a long wake called the mag- 
netotail extending on the night side of Earth to a 
distance of about 4,000,000 mi (6,440,000 km) far 
beyond the orbit of the moon. In the heart of the 
outer belt, typical intensities of electrons with energies 
greater than one million electron volts (1.0 MeV) (the 
most penetrating component there) are 2,000,000 par- 
ticles per square inch per second. The numbers of 
particles of lesser energy and lesser penetration are 
much greater. The outer belt exhibits marked varia- 
tions on time scales of hours, weeks, and months. 


In the heart of the relatively stable inner belt, some 
intensities of protons of energy exceeding 30 million 
electron volts (30 MeV) are 120,000 particles per 
square inch per second. The residence times of such 
protons are many years. Penetrating particles in the 
inner belt are attributable to neutrons from reactions 
of cosmic rays in the gas of the upper atmosphere. A 
small fraction of such (uncharged) neutrons decays 
into protons, electrons, and neutrons as they move 
outward. At the points of decay, the electrically 
charged protons and electrons are injected into 
trapped orbits. A radiation belt of this type would be 
created around a magnetized planet by cosmic rays 
even in the absence of the solar wind, though no such 
example has been found. 


The fate of trapped particles is loss into the atmos- 
phere or outward into space. A quasi-equilibrium pop- 
ulation of any specified species of trapped particle is 
achieved when losses are equal to sources. 


Radiation belts are part of a more complex system 
called the magnetosphere, which also contains large 
populations of relatively low energy ionized gas (plasma). 
This gas plays a central role in the overall physical 
dynamics of the system. 


Artificial radiation belts 


Nine artificial radiation belts of Earth were pro- 
duced during the period from 1958 to 1962 by the 
injection of electrons from radioactive nuclei pro- 
duced by United States (U.S.) and Union of Soviet 
Socialist Republics (USSR) nuclear bomb bursts at 
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Van Allen belts 


high altitudes. These experiments made important 
contributions to understanding the natural belts. 
Since 1962, such high altitude bursts have been pro- 
hibited by international treaty. 


Related geophysical effects 


The aurorae, in both northern and southern lat- 
itudes (northern and southern lights) at typical but 
widely fluctuating magnetic latitudes of about 67°, 
are one of the visible, widely observed manifestations 
of magnetospheric phenomena. Aurorae are not a 
direct product of the outer radiation belt but share 
the solar wind as the primary agent for their creation. 
Magnetic storms detected by the fluctuations of sensi- 
tive magnetic compasses are attributable to electrical 
currents in the outer radiation belt. 


Limitations on space flight 


The inner radiation belt imposes an altitude ceil- 
ing on the region around Earth within which orbital 
flights of humans and animals can be conducted with- 
out exposing the occupants to excessive or fatal radi- 
ation exposures. Prolonged flights of human crews 
above an altitude of about 250 mi (402 km) are unsafe 
though rapid traversals of the radiation belts requiring 
only a few hours (as in the Apollo missions to the 
moon in the late 1960s and early 1970s) result in 
moderate exposures. Even satellites that have no 
human crew are sensitive to the radiation belts. The 
Hubble Space Telescope, in the 1990s and 2000s, often 
has its sensors turned off when it interacts with strong 
radiation. However, space travel beyond the inner belt 
poses little risk to astronauts. 


Two common misperceptions 


Contrary to some common statements, trapped 
particles are not radioactive. Rather they are mainly 
ordinary electrons and protons such as those acceler- 
ated in high energy physics laboratories. Radiation 
belts do not shield Earth’s surface, though the mag- 
netic field deflects some cosmic rays away from Earth. 
The atmosphere acts as an effective shield against 
many solar and other radiations that impinge on it. 


Radiation belts of other planets 


In 1958-1959, radio astronomers discovered that 
the planet Jupiter has an enormous radiation belt of 
high energy electrons. This discovery provided a power- 
ful impetus for the investigation of Jupiter and the other 
planets by scientifically instrumented spacecraft. 
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Beginning in 1962 in situ investigations of the plan- 
ets have been conducted by American, Soviet, and 
European spacecraft. The radiation belt of Jupiter has 
been explored in detail. Enormous radiation belts of 
Saturn, Uranus, and Neptune also have been discov- 
ered and investigated. It has been found that Venus, 
Mars, and Mercury have no durable radiation belts, 
but there are significant magnetospheric effects at these 
planets because of the obstacles that they present to the 
flow of the solar wind. Such effects have also been 
observed at the moon and at several comets. 


A durable radiation belt at a planet can only exist 
if that planet is strongly magnetized so that energetic 
electrically charged particles can be trapped durably in 
its external magnetic field. Earth, Jupiter, Saturn, 
Uranus, and Neptune meet this condition by virtue 
of electrical currents circulating in their interiors to 
produce huge electromagnets. 


Venus, Mars, Mercury, the moon, comets, and 
asteroids are insufficiently magnetized to retain radi- 
ation belts. It is likely that the dwarf planets Pluto and 
Eris are also in this group. 


In addition, pulsars and other distant astrophysical 
objects have radiation belts. These pulsars, or rotating 
neutron stars, generate regular pulses of radiation. 


See also Magnetosphere. 
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[ Van der Waals forces 


Van der Waals forces are weak attractive forces 
between electrically neutral atoms or molecules. They 
are much weaker than the electrostatic forces which 
bind charged atoms or molecules (ions) of opposite 
sign or the covalent forces that bond neighboring 
atoms by sharing electrons. These forces develop 
because the rapid shifting of electrons within mole- 
cules causes some parts of the molecule to become 
momentarily charged, either positively or negatively. 
For this reason, weak, transient forces of attraction 
can develop between particles that are actually neu- 
tral. The magnitude of the forces is dependent on the 
distance between neighboring molecules. Van der 
Walls forces cause gas molecules to condense first to 
a liquid and finally to a solid as the gas is cooled. 


Several groups of forces are included within Van 
der Walls force. These groups include London forces 
(forces that deal with distinct changes in electron cloud 
distributions); Keesom forces (forces that involve 
fixed or angle averaged dipoles); and Debye forces 
(forces that involve free or rotation dipoles). 


The forces are named for Dutch physicist 
Johannes Diederik van der Waals (1837-1930). The 
discovery of these forces evolved from van der Waals’s 
research on the mathematical equations describing the 
gaseous and liquid states of matter. These equations 
are generally known as gas laws and relate the temper- 
ature, pressures and volume of gases. Originally 
derived for an idealized gas, these equations assumed 
that gas molecules had zero volume and that there 
were no attractive forces between them. In 1881, van 
der Waals proposed an empirical gas law that included 
two parameters to account for molecular size and 
attraction. This more accurate model was the first 
serious attempt to formulate gas laws for real gases, 
and it earned van der Waals the Nobel Prize for 
physics in 1910. 


All neighboring molecules in liquids and solids 
attract each other. The nature and strength of these 
interactions depend on the types of atom groups or 
functional groups that comprise the molecules. Some 
molecules are polar and some have hydrogen bonds. 
These relatively strong intermolecular interactions 
require specific structural features. Polar interactions 
require a non-symmetric arrangement of bonds with 
atoms of different electronegativity—what are called 
polar bonds. Hydrogen bonding requires that one 
species possess a hydrogen atom bonded to a highly 
electronegative atom such as fluorine, oxygen, or 
nitrogen. The other species must possess a highly 
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electronegative atom without a hydrogen atom 
bonded to it. However, all molecules interact with 
other molecules through Van der Waals interactions. 
Van der Walls interactions are especially noticeable in 
noble gases because such elements are stable; that is, 
they do not react very readily. 


Van der Waals force is the group of attractive 
forces of one transient dipole for another. A transient 
dipole is a temporary imbalance of positive and neg- 
ative charge. At particular instants, even atoms that 
are spherical on average, such as those of the noble 
gases, will have greater electrondensity on one side of 
the atom than another. At that instant, the atom will 
possess a temporary dipole with a negative charge 
concentration at the side of the atom with greater 
electron density. If this happens in the case of an 
argon atom in liquid argon, for example, the argon 
atoms next to the one with temporary dipole would 
feel the effect of the dipole. An atom near the negative 
end of the dipole would have its own electrons slightly 
repelled from the negative concentration of charge, 
developing a dipole with its positive end near the 
negative charge of the original atom. An argon atom 
on the other side of the original temporary dipole 
would feel its electrons attracted to the positive end 
of the dipole, developing a dipole with the opposite 
orientation. In this way, temporary dipoles are propa- 
gated through a liquid or solid. The motion of the 
molecules in the liquid or solid soon disrupts the pat- 
tern, but similar events take place continually. The 
larger the size of atoms and the more electrons they 
possess, the greater the probability of forming sub- 
stantial transient dipole interactions. Molecules that 
are non-polar and non-polar functional groups of 
molecules only experience Van der Waals interactions 
with other molecules or functional groups. 


To understand the differences in properties of 
larger molecules, the additivity of intermolecular 
interactions becomes important. In effect, the interac- 
tion of each group of atoms of a molecule with a group 
of atoms of a neighboring molecule can be considered 
to be independent of the interactions of other groups 
of atoms of the molecules. The total energy required to 
move two molecules apart is the sum of all the energies 
of the individual interactions. The more groups there 
are present and the stronger each individual interac- 
tion is in size, the greater the sum of energy of inter- 
actions. Among the non-polar linear alkanes, the 
boiling point for a molecule with many -CH) groups, 
such as liquid octane—CH3(CH>2)sCH3—is higher 
than that of gaseous propane—CH3;CH»,CH3;— 
because of the greater number of Van der Waals inter- 
actions between the octane molecules. For large mol- 
ecules such as the higher alkanes (heavy oils and 
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waxes) and polymers such as polyethylene, the total 
attractive energy due to the Van der Waals force can 
be greater than the polar interactions or hydrogen 
bonding interactions of other, smaller molecules. 
Hence, molecules that have only Van der Waals inter- 
actions may still melt or boil at high temperatures. 


See also Gases, properties of. 


Vanadium see Element, chemical 


Vanilla see Orchid family 


I Vapor pressure 


Vapor pressure is the pressure that occurs because 
of the formation of vapor, or gas, from a liquid or 
solid. Within chemistry, this pressure generally indi- 
cates the rate at which particles (atoms or molecules) 
exit a substance to form vapor with respect to the rate 
that particles enter the same substance from the vapor. 
This pressure rate within chemistry is called equili- 
brium vapor pressure. 


Scientists generally measure vapor pressure in the 
following units: physical atmosphere (atm) and milli- 
meters of mercury (mm Hg or torr). For instance, the 
vapor pressure of water at 68°F (20°C) is 0.023 atm 
(17.5 mm Hg). Water’s vapor pressure is very impor- 
tant to life forms on Earth because its value is suffi- 
ciently high to let the process of evaporation to occur, 
but sufficiently low to also allow water to exist in 
liquid and solid forms. 


Scientists generally measure vapor pressure in the 
following units: physical atmosphere (atm) and milli- 
meters of mercury (mm Hg or torr). For instance, the 
vapor pressure of water at 68°F (20°C) is 0.023 atm 
(17.5 mm Hg). Water’s vapor pressure is very impor- 
tant to life forms on Earth because its value is suffi- 
ciently high to let the process of evaporation to occur, 
but sufficiently low to also allow water to exist in 
liquid and solid forms. 


Vaporization of a liquid or sublimation of a solid 
may occur over a wide range of temperature and pres- 
sure. Wet clothes will dry, and a pan of water will 
slowly evaporate to dryness. Below the freezing 
point, frozen clothes will dry and a pan of ice cubes 
will slowly evaporate without first melting. Under 
virtually all conditions, some of the molecules near 
the surface of a liquid or solid attain enough energy 
to pull away from the attraction of their neighbors and 
escape into the gas or vapor phase. 
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Equilibrium vapor pressure of water 


Water vapor 
pressure pressure 
Temperature °C mm Hg Temperature °C mm Hg 


0 4.6 60 149 
10 ged, 70 237 
20 17.5 80 355 
30 31.8 90 526 
40 55 100 
50 93 


Water vapor 


Table 1. Equilibrium vapor pressure of water. (Thomson Gale.) 


Similarly, molecules in the gas phase occasionally 
strike the surface; and they are then captured by the 
attraction of molecules in the liquid or solid phase. 
When the liquid or solid is not confined, gas phase 
molecules will usually move away from the liquid or 
solid, and a few others will reunite with the liquid or 
solid phase. In this case, the liquid or solid will even- 
tually evaporate or sublimate completely. If, however, 
a liquid or solid is confined in a closed container, a 
point is reached when the number of molecules return- 
ing to the liquid or solid phase from the vapor is equal 
to the number escaping. As mentioned earlier, this 
circumstance is called equilibrium. 


All liquids and solids have vapor pressure at all 
temperatures except at absolute zero, -459°F (-273°C). 
The pressure of the vapor that is formed above its 
liquid or solid is called the vapor pressure. If a sub- 
stance is in an enclosed place, the two-phase system 
will arrive to an equilibrium state. This equilibrium 
state is a dynamic, balanced condition with no change 
of either phase. The pressure of the vapor measured at 
equilibrium state is the equilibrium vapor pressure. 
This pressure is a fraction of the total pressure, 
which is equal to 760 mm Hg at sea level. 


For a given substance, vapor pressure is constant 
under isothermal and isobarometric conditions, but its 
value depends on the temperature, pressure, and on 
the nature of the substance. As temperature increases 
so does the vapor pressure. At a constant temperature 
and pressure existing inter-molecular forces of the 
substance are the determining factors of the vapor 
pressure. The molecules of polar liquids and solids 
are held together with relatively large inter-molecular 
forces (e.g., dipole-dipole forces and hydrogen bound- 
ing). Polar compounds such as water, acetic acid, and 
ethyl alcohol have low vapor pressure at a given tem- 
perature. Non-polar liquids like ether, hexane, and 
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benzene or solids like naphthalene have relatively 
small intermolecular forces (no hydrogen bounding 
or dipole-dipole forces). These substances have rela- 
tively high vapor pressure and are known as volatile 
substances. However, it should be noted that substan- 
ces of high molecular weight evaporate more slowly 
than similar substances of low molecular weight. 


The atmosphere has considerable water vapor in 
it; noted in the weather report as relative humidity. 
This relative humidity can be calculated by the equa- 
tion below. 


Actual partial pressure 
of water vapor 
Equilibrium vapor 
pressure of water at 
existing temperature 


% Relative _ 


Humidity ene) 


The water vapor present in the air is temperature, 
geography, and weather dependent. Many living sys- 
tems, including humans, are affected by humidity. On 
a cold, wintry day, the air is dry due to the very low 
water vapor pressure (as low as 4 mm Hg) in the air. 
On a hot, humid summer day, the humidity can be 
above 40 mm Hg, in which is close to the equilibrium 
vapor pressure resulting in about 90% relative humid- 
ity. People use devices like humidifiers and dehumidi- 
fiers to compensate for such extreme conditions and 
keep the relative humidity level around 55 to 60%. 


The equilibrium vapor pressure of water at differ- 
ent temperatures is given in Table 1. 


Jeanette Vass 


| Variable 


A variable is a mathematical and computer sym- 
bol that is used to symbolically represent a member of 
a given set and is typically denoted by a letter such as x, 
y, or z. The idea of a variable, invented during the late 
sixteenth century, is characteristic of modern mathe- 
matics and was not widely used in ancient times. Since 
a variable reflects a quantity that can take on different 
values, its use has become a critical part of nearly all 
disciplines that use mathematical models to represent 
the real world. Variables are often distinguished from 
constants that are known quantities and do not change 
in values. 


The idea of using letters to represent variables was 
first suggested by French mathematician Frang¢ois 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Viéete (1540-1603) in his work, Jn artem analyticam 
isagoge (1591). Although his notations barely resem- 
ble modern day symbolism, they were an important 
step in the development of the concept of using a letter 
to represent a changing value in a mathematical equa- 
tion. His ideas were further developed in the decades 
that followed. French mathematician and philosopher 
René Descartes (1596-1650) is generally credited for 
making standard, the use of the letters x, y, and z for 
variables. 


Characteristics of a variable 


A variable is often denoted by a letter in an alge- 
braic expression and represents a value that can be 
changed or varied. For example, in the expression 
x + 2, the letter x is a real variable and can take on 
the value of any real number. If x is 4, then the expres- 
sion has a value of 6 because 4 + 2 = 6. Similarly, if x 
is 10, the expression has a value of 12. The number 2 in 
this expression is known as a constant because it never 
changes. Generally, a constant can be any number or 
letter in an equation whose value does not change. 


In an equation, the value of a variable is often not 
given and is, therefore, called an unknown. In the 
equation y + 7 = 12, the letter y is an unknown 
variable and it represents some number. The value of 
the unknown that makes the equation true is called the 
solution or root of the equation. In this example, the 
solution of the equation is y = 5 because 5 + 7 = 12. 
Often, there is more than one solution to an equation 
so the unknown variable is equal to all of these values. 
The solution to the equation x” = 4 is both 2 and -2 
because each of these values make the equation true. 


Variables in a function 


Some algebraic equations, known as functions, 
represent relationships between two variables. In 
these functions, the value of one variable is said to 
depend on the value of the other. For instance, the 
sales tax on a pair of gym shoes depends on the price of 
the shoes. The distance a car travels in a given time 
depends on its speed. In these examples, the sales tax 
and the distance traveled are called dependent varia- 
bles because their value depends on the value of the 
other variable in the function. This variable, known as 
the independent variable, is represented by the price of 
the gym shoes and the speed of the car. 


Using variables to represent unknowns was an 
important part of the development of algebra. 
Variables have distinct advantages over the rhetorical 
(written out) algebra of the ancient Greeks. They 
allow mathematical ideas to be communicated clearly 
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Variable stars 


KEY TERMS 


Algebraic expression—A symbolic representation 
of a mathematical statement made up of numbers, 
letters, and operations. 


Constant—A part of an algebraic expression that 
does not change, such as a number. 


Dependent variable—A variable in a function 
whose value depends on the value of another var- 
iable in the function. 


Function—A mathematical relationship between 
two or more variables. 


Independent variable—A variable in a function 
whose value determines the value of the dependent 
variable. 


Rhetorical algebra—A method of communicating 
mathematical ideas by using words to express rela- 
tionships between values. 


Solution of the equation—The value of a variable 
that makes an equation true. 


Unknown—A term used to describe a variable 
whose value is not evident. 


and briefly. The equation 2x” + y = 6 is much clearer 
than the equivalent phrase “two times some number 
times itself, plus some other number is equal to six.” 
Variables also make mathematics more generally 
applicable. For instance, the area of a certain square 
with sides of 2 cm is 4 cm’. The area of another square 
with 3 cm sides is 9 cm?. By representing the side of any 
square with the variables, the area of any square can be 
represented by s. 


Although any letter or character can represent any 
variable, over time, mathematicians and scientists 
have used certain letters to represent certain values. 
The letters x, y, and z are the most commonly used 
variables to represent unknown values in polynomial 
equations. The letter r is often used to represent the 
radius of a circle and the character q is used to signify 
an unknown angle. Other commonly used variables 
include t to represent time, s to represent speed, and p 
to represent pressure. 


See also Solution of equation. 
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l Variable stars 


Most people regard the stars as constant and 
unchanging. A character in one of Shakespeare’s 
plays refers to a friend “as constant as the Pole Star.” 
While Shakespeare was probably referring to the con- 
stant position of the Pole Star, he did not know about 
the precession of the equinoxes. Alternatively, if he 
was referring to the constant light of the Pole Star 
(Polaris), he was in error there also. Astronomers 
now know that the light from Polaris varies, visible 
only with the use of a telescope. Polaris is an example 
of what astronomers call a variable star. Originally, 
the term was used only for stars that vary a great deal 
in brightness, but now it is used to cover a wide range 
of stars. In fact, all stars probably vary in one way or 
another. The sun, for example, has very slight varia- 
tions in its energy output during the life of one of its 
sunspot cycles. Here, in this article, the term variable 
star will be restricted to stars that are much more 
variable than the sun. 


Most people today do not observe the stars closely 
enough to note any of their brightness changes. 
Ancient people with darker skies did observe some 
stars changing in brightness. The Arabs noted that a 
bright star in the constellation Perseus dropped to 
about half its normal brightness for two hours every 
three days. They named this star Algol meaning the 
demon star. Astronomers know today that Algol is an 
example of an eclipsing binary star system. The change 
in brightness results when a dimmer companion star 
moves in front of the brighter star, blocking part of the 
light of the brighter star. 


However, the change in brightness of most varia- 
ble stars is due to changes taking place within a single 
star. These stars are known as intrinsic variable stars. 
Astronomers have identified several classes of intrinsic 
variable stars. Some variable stars are classed as 
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periodic, meaning that they go through regular 
changes in brightness every few hours or within a few 
days or weeks. This group includes such stars as the 
Cepheid variables and RR Lyrae variables. Other 
stars are only roughly periodic or non-periodic in 
their brightness changes and are known as semi-regu- 
lar and irregular variables, respectively. The variable 
stars that are most apt to capture the attention of the 
public are called nova and supernova stars. While 
these are not often seen, they sometimes become bright 
enough so that they are easy to observe without the use 
of a telescope. 


Cepheid variables are so named because one of the 
first of this class studied is found in the constellation 
Cepheus. These stars are all supergiant stars and are 
many times larger than the sun. These stars vary 
because of pulsations within the stars themselves. 
They go through a cycle of expansion (brightening) 
and contraction (dimming). Over a period of many 
weeks the brighter Cepheids may vary by a factor of 
300% in their energy output. Polaris is an example of a 
dimmer Cepheid and it varies only about 7% over a 
period of four days. A general pattern of brightness 
variations of Cepheid variables was discovered by 
American astronomer Henrietta Swan Leavitt (1868— 
1921), at Harvard University, early in the twentieth 
century. She discovered that the brighter cepheids had 
longer periods of brightness variation and the shorter 
period cepheids were generally dimmer. This period- 
luminosity relationship later made it possible for 
American astronomer Edwin Hubble (1889-1953)to 
demonstrate that there are galaxies other than the 
sun’s own Milky Way galaxy. 


They are called the RR Lyrae stars because, when 
studying this class, one of the first stars was found in the 
constellation Lyra. These stars have very short periods 
of light variation (usually less than one day) and they 
are dimmer than the Cepheids. They are usually found 
in large spherical collections of stars called globular 
clusters. Astronomers now know that globular clusters 
uniformly surround the Milky Way galaxy. In the 
1920s, American astronomer Harlow Shapley (1885- 
1972) used RR Lyrae variables to map the distribution 
of globular clusters and concluded that the sun was not 
in the center of the galaxy as was generally believed at 
the time. He found that the sun and the solar system are 
located about 30,000 light-years from the galactic cen- 
ter (where one light-year is the distance that light travels 
in a vacuum in one year). 


Some stars vary because they have large spots on 
their surface. The area covered by these spots changes 
with time. It affects the output of energy from their 
surfaces. The sun is one example of a spotted star. The 
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study of how other spotted stars change their energy 
output has lead American astrophysics and astrono- 
mer Sallie Baliunas, of the Harvard-Smithsonian 
Center for Astrophysics, to suggest that there may be 
a link between the number of spots on the sun and the 
climate patterns on the Earth. Records suggest that 
when the spots are at a minimum for a long period of 
time, as they were in the late 1600s, there was a sig- 
nificant change in Earth’s climate. 


Ancient astronomers noted that once in a while 
stars would appear where they had not been seen 
before. These were called nova stars from the Latin 
word for new. Later, it was noted that some of these 
stars were much brighter than other nova and the name 
supernova was coined. Only astronomers usually notice 
novas (or novae), but historical records indicate that 
some of the supernovas were so bright that they could 
be seen by ordinary people. Today, nova is defined as a 
star that suddenly increases in brightness but eventu- 
ally, over months or years, returns to its original lumi- 
nosity. A supernova, on the other hand, is a star that 
has exploded in the last stage of its evolution. 


Astronomers now believe that nova always occur 
in double-star systems. Over a long period of time, one 
of the members of the pair evolves and becomes a 
white dwarf star. Later, the other member of the pair 
evolves to become a giant star and a portion of its 
outer layer is drawn onto the surface of the white 
dwarf. A temporary nuclear explosion, similar to a 
hydrogen bomb, takes place. 


A supernova, on the other hand, usually results 
when a single, massive star evolves until it has used up 
most of its hydrogen fuel. The star then collapses on 
itself with a tremendous explosion, leaving behind 
small but massive remnants that become either a neu- 
tron star or a black hole. If an observer is located in the 
right orientation, the neutron star may be observed as 
a object called a pulsar. These objects are some of the 
most unusual variable stars. They are thought to be 
highly magnetic, rotating objects only a few miles in 
diameter. Pulsars release their electromagnetic energy 
in regular bursts as frequently as a fraction of a second 
up to five seconds. 


In a few seconds a supernova can produce as 
much energy as 10 billion suns. It becomes a brilliant 
star and even can be seen in the daytime. In the sun’s 
own galaxy, astronomers have seen only a few in all of 
recorded history. The Chinese reported the appear- 
ance of supernovas in 1006, 1054, and 1181 AD. The 
July 4, 1054 supernova was so spectacular that there 
are rock carvings recording the event by Native 
Americans of the American Southwest. Later, in 
1572 and 1604, two other supernovas were observed 
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SAR}S BIGeLeA 


Variable stars 


KEY TERMS 


Black hole—A supermassive object with such a 
strong gravitational field that nothing, not even 
light, can escape it. 

Cepheid variable star—Stars that belong to a class of 
supergiant pulsating stars. 


Eclipsing binary star system—A double star system 
in which the plane of their mutual orbit is nearly 
parallel to our line of sight. As one star passes in 
front of the other star it periodically dims the other. 


Intrinsic variable star—Any star that changes its 
energy output because of changes within the star or 
on the surface of the star. 


Light year—A light year is equal to the distance that 
light would travel in one year within in vacuum, and 
its value equals about 6 trillion miles or 9 trillion 
kilometers. 


Neutron star—The result of the collapse of a super- 
nova star. It is believed that they are almost completely 
composed of neutrons, hence their high densities. 


Nova—A star that has a temporary increase in energy 
output on the order of a thousand times its normal 
energy output. 


and recorded in Europe, and these are the last seen in 
our galaxy. Nearby, however, in the Large Magellanic 
Cloud, which is a small satellite galaxy orbiting it, a 
supernova took place on February 23, 1987. In actual- 
ity, the explosion of SN 1987A took place about 
170,000 years earlier, but astronomers only saw the 
light on that date, since it took that long for its light to 
reach Earth. The star that exploded was a blue super- 
giant, probably 20 times more massive than the sun, 
and when it exploded it was visible to the naked eye. 
Supernova 1987A became one of the most studied 
events in astronomical history, as observations of the 
expanding blast revealed numerous exciting results. 


Most astronomers believe that the Milky Way 
galaxy is overdue for a supernova. Life on any planet 
near a supernova would be instantly vaporized, but 
humans should not worry. The sun is not massive 
enough to become a supernova. The closest likely 
candidate for a supernova is the red supergiant star 
Betalguese in Orion, and it is located nearly 500 light 
years away. At this distance, there would likely not be 
any terrestrial effects if the star did become a super- 
nova. Antares, the brightest star in Scorpio, is another 
notable example. 


See also Stellar evolution. 
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Period-luminosity relationship—An empirical rela- 
tionship exhibited by Cepheid variables between the 
variation in their energy output and the time period 
for this variation. 


Pulsars—Small, dense, rapidly rotating neutron stars 
whose magnetic fields direct their energy output in 
much the same way as a lighthouse been that sweeps 
over the observer. 


RR Lyrae variable stars—A class of giant pulsating 
stars who have periods of about a day. 


Sunspot—Cooler and darker areas on the surface of 
the sun. They appear dark only because they are 
cooler than the surrounding surface. Sunspots appear 
and disappear in cycles of approximately 11 years. 


Supernova—the final collapse stage of a supergiant 
star. 


Variable star—Any star that has a variation in energy 
output. 


White dwarf—A star that has used up all of its ther- 
monuclear energy sources and has collapsed gravita- 
tionally to the equilibrium against further collapse 
that is maintained by a degenerate electron gas. 
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i Variance 


Variance, especially in probability theory and sta- 
tistics, is a mathematical expression concerning how 
data points are spread across a data set. Such expres- 
sions are known as measures of dispersion since they 
indicate how values are dispersed throughout a popula- 
tion. The variance is the average, or mean, of the squares 
of the distance each data point in a set is from the 
mean of all the data points in the set. Mathematically, 
variance is represented as <*, according to the equation: 
6 = (Krew) + (Ko py + (Xs)? +... (KnH)"I/n; where 
X1,23,...n are the values of specific variables; 1 is the 
mean, or average, of all the values; and n is the total 
number of values. Variance is commonly replaced in 
applications by its square root, which is known as the 
standard deviation or ¢. 


Variance is one of several measures of dispersion 
that are used to evaluate the spread of a distribution of 
numbers. Such measures are important because they 
provide ways of obtaining information about data sets 
without considering all of the elements of the data 
individually. Most mathematicians consider that 
British statistician Sir Ronald Aylmer Fisher (1890- 
1962) first used the word variance in his 1918 paper 
The Correlation Between Relatives on the Supposition 
of Mendelian Inheritance. 


To understand variance, one must first under- 
stand something about other measures of dispersion. 
One measure of dispersion is the average of deviations. 
This value is equal to the average, for a set of numbers, 
of the differences between each number and the set’s 
mean. The mean (also known as the average) is simply 
the sum of the numbers in a given set divided by the 
number of entries in the set. For the set of eight test 
scores: 7 + 25 + 36 + 44 + 59 + 71 + 85 + 97, the 
mean is 53. The deviation from the mean for any given 
value is that value minus the value of the mean. For 
example, the first number in the set, 7, has a deviation 
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from the mean of -46; the second number, 25, has a 
deviation from the mean of -28; and so on. However, 
the sum of these deviations across the entire data set 
will be equal to 0 (since by definition the mean is the 
middle value with all other values being above or 
below it.) A measure that will show how much devia- 
tion is involved without having these deviations add 
up to zero would be more useful in evaluating data. 
Such a nonzero sum can be obtained by adding the 
absolute values of the deviations. This average is the 
absolute mean deviation. However, for reasons that 
will not be dealt with here, even this expression has 
limited application. 


A still more informative measure of dispersion can 
be obtained by squaring the deviations from the mean, 
adding them, and dividing by the number of scores; 
this value is known as the average squared deviation or 
variance. For example, in the series of test scores cited 
above, the variance can be calculated as follows: 


= [xp + (xp)? + (x3)? +... Kn-p)7I/n 


<7 = [(7-53)? + (25 - 53)? + (36 - 53)? + (44 - 53)° + (59 - 
53)? + (71 - 53)? + (85 - 53)* + (97 - 53)"]/8 


<? = [(-46)* + (-28)° + (-17)? + (-9) + (7) 4 
(18)" + (32)° + (44)]/8 


<2 = [2116 + 784 + 289 + 81 + 49 + 324 
+ 1024 + 1936]/8 


<* = 6603/8 
<* = 825.38 


Theoretically, the value of <* should relate valua- 
ble information regarding the spread of data. 
However, in order for this concept to be applied in 
practical situations (one cannot talk about squared 
test scores), one may elect to use the square root of 
the variance. This value is called the standard devia- 
tion of the scores. For this series of test scores, the 
standard deviation is the square root of 825.38 or 
28.73. In general, a small standard deviation indicates 
that the data are clustered closely around the mean; a 
large standard deviation shows that the data are more 
spread apart. 


While modern computerization reduces the need 
for laborious statistical calculations, it is still necessary 
to understand and interpret the concept of variance 
and its daughter, standard deviation, in order to digest 
the statistical significance of data. For example, teach- 
ers must be thoroughly familiar with these statistical 
tools in order to properly interpret test data. 


See also Set theory; Statistics. 
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Varicella zoster virus 


KEY TERMS 


Absolute deviation from the mean—The sum of the 
absolute values of the deviations from the mean. 


Average deviation from the mean—For a set of 
numbers, the average of the differences between 
each number and the set’s mean value. 


Measure of dispersion—A mathematical expres- 
sion that provides information about how data 
points are spread across a data set without having 
to consider all of the points individually. 


Standard deviation—The square root of the variance. 
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| Varicella zoster virus 


Varicella zoster virus is a member of the alphaher- 
pesvirus group and is the cause of both chickenpox 
(also known as varicella) and shingles (herpes zoster). 


The virus is surrounded by a covering, or enve- 
lope, that is made of lipid. As such, the envelope dis- 
solves readily in solvents such as alcohol. Wiping 
surfaces with alcohol is thus an effective means of 
inactivating the virus and preventing spread of chick- 
enpox. Inside the lipid envelope is a protein shell that 
houses the deoxyribonucleic acid. 


Varicella zoster virus is related to herpes simplex 
viruses types | and 2. Indeed, nucleic acid analysis has 
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revealed that the genetic material of the three viruses is 
highly similar, both in the genes present and in the 
arrangement of the genes. 


Chickenpox is the result of a person’s first infec- 
tion with the virus. Typically, chickenpox occurs most 
often in children. Recovery is usually complete within 
a week or two and immunity to another bout of chick- 
enpox is usually, but not always, life-long. Treatment 
for chickenpox is available. Fortunately for adults, a 
vaccine to chickenpox exists for those who have not 
contracted chickenpox in their childhood. 


In terms of a health threat, childhood chickenpox is 
advantageous. The life-long immunity conferred to the 
child prevents adult onset infections that are generally 
more severe. However, chickenpox can be dangerous in 
infants, whose immune systems are undeveloped. Also 
chickenpox carries the threat of the development of 
sudden and dangerous liver and brain damage. This 
condition, called Reye’s syndrome, seems related to 
the use of aspirin to combat the fever associated with 
chickenpox (as well as other childhood viruses). When 
adults acquire chickenpox, the symptoms can be much 
more severe than those experienced by a child. In 
immunocompromised people, or those suffering from 
leukemia, chickenpox can be fatal. The disease can be 
problematic in pregnant women in terms of birth 
defects and the development of pneumonia. 


Treatment for chickenpox is available. A drug 
called acyclovir can slow the replication of the virus. 
Topical lotions (lotions that are rubbed on the surface 
of the skin) can ease the itching associated with the 
disease. However, in mild to moderate cases, interven- 
tion is unnecessary, other than keeping the affected 
person comfortable. The life-long immunity conferred 
by a bout of chickenpox is worth the temporary incon- 
venience of the malady. The situation is different for 
adults. 


Naturally acquired immunity to chickenpox does 
not prevent someone from contracting shingles years, 
even decades later. Shingles occurs in between 10% 
and 20% of those who have had chickenpox. In the 
United States, upwards of 800,000 people are afflicted 
with shingles each year. The annual number of shin- 
gles sufferers worldwide is in the millions. The disease 
occurs most commonly in those who are over 50 years 
of age. 


As the symptoms of chickenpox fade, varicella 
zoster virus is not eliminated from the body. Rather, 
the virus lies dormant in nerve tissue, particularly in 
the face and the body. The roots of sensory nerves in 
the spinal cord are also a site of virus hibernation. The 
virus is stirred to replicate by triggers that are as yet 
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unclear. Impairment of the immune system seems to 
be involved, whether from immunodeficiency diseases 
or from cancers, the effect of drugs, or a generalized 
debilitation of the body with age. Whatever forces of 
the immune system that normally operate to hold the 
hibernating virus in check are abrogated. 


Reactivation of the virus causes pain and a rash in 
the region that is served by the affected nerves. The 
affected areas are referred to as dermatomes. These 
areas appear as a rash or blistering of the skin. This 
can be quite painful during the one to two weeks they 
persist. Other complications can develop. For exam- 
ple, shingles on the face can lead to an eye infection 
causing temporary or even permanent blindness. A 
condition of muscle weakness or paralysis, known as 
Guillian-Barre syndrome, can last for months after a 
bout of shingles. Another condition known as post 
herpetic neuralgia can extend the pain of shingles 
long after the visible symptoms have abated. 


[ Variola virus 


Variola virus (or variola major virus) is the virus 
that causes smallpox. The virus is one of the members 
of the poxvirus group (Family Poxviridae). The virus 
particle is brick shaped and contains a double strand 
of deoxyribonucleic acid. The variola virus is among 
the most dangerous of all the potential biological 
weapons. At the time of smallpox eradication approx- 
imately one third of patients died—usually within a 
period of two to three weeks following appearance of 
symptoms. 


Variola virus infects only humans. The virus can 
be easily transmitted from person to person via the air. 
Inhalation of only a few virus particles is sufficient to 
establish an infection. Transmission of the virus is 
also possible if items such as contaminated linen are 
handled. 


The origin of the variola virus in not clear. 
However, the similarity of the virus and cowpox 
virus has prompted the suggestion that the variola 
virus is a mutated version of the cowpox virus. The 
mutation allowed the virus to infect humans. If such a 
mutation did occur, then the adoption of farming 
activities by people, instead of the formally nomadic 
existence, would have been a selective pressure for a 
virus to adopt the capability to infect humans. 


Vaccination to prevent infection with the variola 
virus is long established. In the late 1990s, a resolution 
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was passed at the World Health Assembly that the 
remaining stocks of variola virus be destroyed, to 
prevent the re-emergence of smallpox and the misuse 
of the virus as a biological weapon. At the time only 
two high-security laboratories were thought to contain 
variola virus stock (Centers for Disease Control and 
Prevention in Atlanta, Georgia, and the Russian State 
Centre for Research on Virology and Biotechnology, 
Koltsovo, Russia). However, this decision was post- 
poned until 2002. At that time, the United States 
government indicated its unwillingness to comply 
with the resolution for security issues related to poten- 
tial bioterrorism. As of 2006, the stockpiled virus 
remains. A resolution passed at the World Health 
Assembly, held in May, 2005, now proposes a deadline 
of 2008 for destrcution of the sockpiled virus. 


The United States continues to oppose the reso- 
lution, arguing that the destruction of the stocks of 
variola virus would deprive countries of the material 
needed to prepare vaccine in the event of the deliberate 
use of the virus as a biological weapon. This scenario 
has gained more credence in the past decade, as terro- 
rist groups have demonstrated the resolve to use bio- 
logical weapons, including smallpox. In addition, 
intelligence agencies in several Western European 
countries issued opinions that additional stocks of 
the variola virus exist in other than the previously 
authorized locations. 


l Vegetables 


The word vegetable is not scientifically defined by 
botanists. Rather, the plants and plant parts that 
are considered to be vegetables have been specified 
by a broad consensus among farmers, grocers, and 
consumers. 


In general, vegetables are plant tissues that are 
eaten as a substantial part of the main course of a 
meal. In contrast, fruits have a culinary definition as 
relatively sweet, often uncooked plant parts that are 
eaten as desserts or snacks. 


Many vegetables are above-ground, leafy tissues 
or stems of herbaceous plants, for example: cabbage, 
lettuce, and celery. However, the common under- 
standing of vegetables also includes certain plant 
parts that are botanical fruits such as the tomato, bell 
pepper, cucumber, and squash. Certain below-ground 
plant parts are also considered to be vegetables; for 
example: onions, garlic, and carrots, even though 
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sajqejasa, 


Vegetables 


other below-ground tissues such as potatoes and yams 
are not. 


Globally, the production of the most important 
types of vegetables are as follows: tomatoes, 45 million 
tons; various types of cabbage, 30 million tons; onions 
and garlic, 20 million tons; cucumber and squashes, 15 
million tons; bell and chili peppers, six million tons; 
peas and beans, eight million tons; and carrots, eight 
million tons. 


Vegetables derived from stems, 
petioles, or foliage 


The cabbage is a species of mustard, originally 
native to Eurasia. Various agricultural varieties of 
the cabbage (Brassica oleracea) have been developed 
and are eaten cooked or sometimes raw. The familiar 
head and savoy cabbages are modifications of the 
leafy, pre-flowering rosette of the original mustard 
and can be green or a rich-red color. These cabbages 
are sometimes served raw, for example, finely chopped 
and dressed with oil and mayonnaise as coleslaw. 
Alternatively, these cabbages may be cooked and per- 
haps used as wrappers of cabbage rolls. Cabbage may 
also be slightly fermented and pickled, a food known 
as sauerkraut. Brussels sprouts are small, leafy rosettes 
that develop abundantly on an upright stem of 
another variety of cabbage and are served cooked. 


Lettuce (Lactuca sativa) is another head-forming, 
leafy vegetable, native to southern Europe and usually 
served raw in salads. Endive (Cichorium endivia) is a 
similar related species that is also served raw as a salad 
green. 


The celery (Apium graveolens) develops thick, fle- 
shy, light-green petioles which are eaten raw or 
cooked. Rhubarb (Rheum rhaponticum) also develops 
tart, nutritious petioles which are cooked, sweetened 
with sugar or fruit, and eaten. The leaves of this species 
are poisonous. 


The dark-green leaves of spinach (Spinacea olera- 
ced) are an iron-rich vegetable, served steamed or raw. 


The young shoots of the asparagus (Asparagus 
officinalis) are collected in the early springtime and 
are cooked as a tasty vegetable. 


The ostrich fern (Matteucia struthiopteris) is a 
species of North America. This plant is not normally 
cultivated, but it can develop prolific stands in moist 
bottomlands where its young shoots, known as “fid- 
dleheads,” are collected in the early springtime. These 
are served as a steamed vegetable. 
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The leafy stem of the leek (Allium porrum) is 
served as a cooked vegetable. The foliage of chives 
(A. schoenoprasum) is usually served raw in salads or 
as a garnish to other cooked vegetables. 


Vegetables derived from fruits or flowers 


Cauliflower and broccoli are additional varieties 
of the cabbage that are derived from modified versions 
of the inflorescence and are nutritious vegetables. The 
edible part of the globe artichoke (Cynara scolymus) is 
the pre-flowering inflorescence of the plant which is 
prepared by boiling or steaming. The fleshy bracts are 
eaten by drawing them between the teeth to remove 
the starchy tissues, or the bractless “heart” is served as 
an unusual vegetable. 


The fruits of many species in the pea family are 
served as cooked vegetables, sometimes intact in their 
pod. Some of the more common species are the French 
bean (Phaseolus vulgaris), the broad bean (Vicia faba), 
the scarlet runner bean (Phaseolus multiflorus), the 
garden pea (Pisum sativum), and the lentil (Lens 
esculenta). 


Several species in the tomato family develop fleshy 
fruits that are used as vegetables. The red, plump fruits 
of the tomato (Lycopersicum esculentum), originally 
native to South America, are served raw or cooked. 
The larger fruits of the closely related eggplant or 
aubergine (Solanum melongena) are served cooked. 
The fruits of the red pepper, bell pepper, capsicum, 
or chili (Capsicum annuum) occur in diverse, domesti- 
cated varieties and are served cooked or raw. In Hungary, 
a red powder called paprika is made from dried cap- 
sicum fruits. 


The elongate, fleshy fruits of several species in 
the cucumber family are also served as vegetables. 
Cucumber (Cucumis sativus) is usually served pickled 
in vinegar, raw, or cooked. The pumpkin, squash, or 
vegetable marrow (Cucurbita pepo) are usually served 
cooked, or their seeds may be extracted, roasted, and 
eaten. 


Vegetables derived from below-ground 
tissues 


The carrot (Daucus carota) is a biennial plant 
native to Eurasia. The carrot grows a large, starchy, 
cone-shaped tap-root during its first year of growth. 
As in many biennials, the large root is intended to 
support the great metabolic demands of the develop- 
ment of the flowering structure during the second and 
final year of the life of the plant. In carrots, the root 
develops a rich, orange color because of the presence 
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KEY TERMS 


Cultivar—A distinct variety of a plant that has been 
bred for particular agricultural or culinary attrib- 
utes. Cultivars are not sufficiently distinct in the 
genetic sense to be considered to be subspecies. 


of large concentrations of the pigment carotene, a 
precursor of vitamin A when eaten and metabolized 
by animals. Carrots are eaten raw or cooked. In North 
America and elsewhere, Queen Anne’s lace is a weedy 
variety of carrots that has escaped from cultivation 
and is a common plant of disturbed places. 


The parsnip (Pastinaca sativa) is another biennial 
plant, native to Europe. This plant is also cultivated 
for its conical tap-root which is usually eaten cooked. 


The beet (Beta vulgaris) is another biennial plant 
that is grown for its large root. The beet root develops 
an intensely red-purple color due to the presence of 
large concentrations of anthocyanin pigments. Beet 
root is served cooked or is pickled in vinegar. The 
foliage of this plant is sometimes served as a steamed, 
leafy vegetable. 


The radish (Raphanus sativus) is an annual plant 
that develops a large, below-ground storage organ 
which is anatomically a hypocotyl (the tissue between 
the true stem and the root). Radishes are red-colored 
on the outside and white inside. A biennial cultivar of 
the radish develops a large root which can be red, 
white, or brown colored. Radishes have a pungent 
flavor due to the presence of mustard oils and are 
usually served raw. 


The Jerusalem artichoke (Helianthus tuberosus) is 
a perennial relative of the sunflower, native to North 
America. This plant produces tubers on its below- 
ground stems which are cooked and eaten. 


The onion (Allium cepa) is a member of the lily 
family. The below-ground bulbs of this plant are 
served cooked or raw in salads. Garlic (A. sativum) 
also develops a strong-tasting bulb which is served raw 
or cooked and is mostly used as a flavoring. 


Eat your vegetables 


Most vegetables are highly nutritious foods, very 
rich in carbohydrate energy as well as vitamins, min- 
erals, fiber, and to a lesser degree, protein. A balanced 
diversity of vegetables is an important component of 
any healthy diet, and these plant products should be 
eaten regularly. 
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See also Composite family (Compositaceae); 
Legumes; Nightshade; Sweet potato; Tuber. 
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| Veins 


Veins are vessels designed to collect and return 
blood, including deoxygenated hemoglobin, from tis- 
sues to the heart. In humans, veins and the venous 
vascular system can be divided in to three separate 
systems depending on anatomical relationships and 
function. Initially, veins can be divided into systemic 
and pulmonary systems. The veins that drain the 
heart, comprising the coronary venous system, may 
be described as an independent venous system, or be 
considered a subset of the systemic vascular system. 
The systemic veins transport venous blood—deoxy- 
genated when compared with arterial blood—from 
the body to the heart. The pulmonary veins return 
freshly oxygenated blood from the lungs to the heart 
so that it may be pumped into the systemic arterial 
system. 


Veins can also be described by their anatomical 
position. Deep veins run in organs or connective tissue 
that supports organs, muscle, or bone. Superficial 
veins are those that drain the outer skin and fascia. 


In contrast to arteries, veins often run a more 
convoluted course, with frequent branching and 
fusions with other veins (anastomoses) that make the 
tracing of the venous system less straightforward than 
mapping the arterial system. In addition, there are 
reservoirs or pools (sinus) that collect venous return 
from multiple sources. Many veins contain valves that 
assure a unidirectional (one way) flow of venous blood 
toward the heart. 


The systemic venous system can be roughly div- 
ided into groups depending on the region they drain, 
and the vessel through which they return blood to the 
heart. 


The first systemic venous group consists of veins 
that drain the head, neck, thorax, and upper limbs. 
These veins ultimately return blood to the heart 
through the superior vena cava. 
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Velocity 


Scanning electron micrograph (SEM) showing red and white 
blood cells flowing through a saphenous vein. (©/mage Shop/ 
Phototake.) 


Veins that drain the abdomen, pelvis, and lower 
limbs return blood through the inferior vena cava. 
Both the superior and the inferior vena cava return 
deoxygenated blood to the right atrium of the heart. 
The coronary sinus collects blood from a number of 
cardiac veins before returning blood to the mnght 
atrium near the point where the inferior vena cava 
enters the right atrium. 


The pulmonary veins return blood oxygenated in 
the lungs to the left atrium. There are four major 
pulmonary veins, each lung being drained by a pair 
of pulmonary veins. Akin to the drainage of a land 
basin from streams into a larger river system, smaller 
venules arise from the lung alveolar capillary bed, the 
venules fuse to form single veins that separately drain 
isolated lobes of the lung. The veins from the upper 
and middle lobes of the three lobed right lung fuse to 
create a pair of veins—a superior and inferior pulmo- 
nary vein that separately transport blood to the left 
atrium. 


At a microscopic or histological level, veins have 
thinner walls than do arteries. They are more elastic 
and capable of a wider range of lower pressure volume 
transformations. The elasticity is a result of the fact 
that veins have far less subendothelial connective tis- 
sue in their vascular walls. In addition the tunica 
media and tunica adventitia are often indistinguish- 
able layers or are poorly developed when compared 
with arterial linings. 


Venules drain capillaries and capillary beds. The 
venules ultimately fuse (coalesce) into veins that, as 
they increase in size, also increase in organization and 
differentiation of their vascular walls. In general, the 
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larger the vein the more likely it is to be invested or 
surrounded with smooth muscle tissue. The values 
with the venous system are formed from a cusp form- 
ing multiple folding of the tunica intima. Valves are 
generally absent from the largest veins and the pulmo- 
nary veins. 


Veins also serve in fluid uptake and can receive 
lymph fluid from lymphatic vessels. The major lym- 
phatic duct, for example, drains into the fused vein 
formed from the fusion of the subclavian and left 
internal jugular vein. 


See also Anatomy; Blood gas analysis; Blood sup- 
ply; Circulatory system; Heart diseases; Stroke. 


[ Velocity 


Velocity, in physics, is defined as the time rate of 
change of the position of a body. Mathematically, 
velocity is a vector quantity having direction as well as 
magnitude (length). Speed, on the other hand, is a scalar 
quantity that has only magnitude. An object moving 
with constant velocity (v) during a particular period (t) 
along a straight line has a certain displacement (s). This 
motion is described with the equation: v = s/t. 


For example, an automobile runs at a constant 
rate for two hours and travels north for 120 miles on a 
straight stretch of road. Its velocity contains both a 
directional and a magnitude component. Its direction 
is north and its magnitude (speed) is v = s/t = 120 
miles/2 hours = 60 miles per hour. As seen, the mag- 
nitude of velocity is expressed in units such as miles per 
hour or meters per second when describing motion 
along a straight or curved path. The International 
System of Units (SI) for velocity is meters per second. 


A body sometimes does not maintain constant 
speed during a trip. When this happens, an average 
velocity can be calculated. One of the simplest ways to 
calculate average velocity (Vay) is to add the initial 
velocity (Vinitiat) and the final velocity Vena; and divide 
by two; that is, Vay — (Vinitial + Vfinal)/2. 


For example, an automobile that travels at Vinitial = 
55 miles per hour for the first half of a trip but then 
speeds up tO Vgnat = 65 miles per hour for the last half 
of the trip, would have an average velocity of (55 miles 
per hour + 65 miles per hour)/2 = 60 miles per hour 
(that is, assuming the automobile is traveling in the 
same direction for the entire time, so that its directional 
component remains the same). 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A body that is rotating about an axis has angular 
velocity. Angular velocity is also a vector quantity and 
is expressed as units of angular rotation (w) per unit of 
time (t) such as revolutions per minute or radians per 
second. 


For example, if a rider on a carousel goes around 
once every 30 seconds, then the rider makes one 360° 
revolution every 30 seconds. Thus, v = w/t = 360°/30 
seconds = 12%deg; per second. The SI unit for angu- 
lar velocity is radians per second (where 360° equals 
2n), but other units are also commonly used such as 
revolutions per minute (rpm). 


[ Venus 


Venus is the second planet from the sun and is in 
some superficial geological features like Earth, which 
is why it is sometimes called Earth’s sister planet. In 
many important geochemical features, however, it is 
quite different. Next to the sun and the moon, Venus 
can be the brightest object in the sky. At its most 
brilliant, Venus is sixteen times brighter than Sirius 
(Canis Majoris), the brightest star in the night sky. The 
extreme brilliance of Venus is partly due to its occa- 
sional closeness to Earth, and partly due to it having a 
highly reflective atmosphere. After the moon, Venus is 
the brightest object in the night sky, with an apparent 
magnitude of about -4.6. It is named after the Roman 
goddess of love (Venus), and this pattern of using 
mythological women has continued when naming 
most of its surface features. 


Basic properties 


Venus orbits the sun on a near circular orbit at 
mean distance of 0.723 astronomical units (AU). At 
aphelion the planet is at a maximum distance of 0.728 
AU from the sun, while at perihelion Venus it is 0.718 
AU away. Coming as near as 0.272 AU, no other 
planet approaches Earth as close as Venus does. 


Since it circles the sun in an orbit smaller than that 
of Earth’s, Venus is never very far away from the sun 
for terrestrial viewers (which is why it is considered an 
inferior planet). The greatest angular distance between 
the sun and Venus, as seen from Earth, is 47 degrees. 
This means that even under the most favorable of 
conditions Venus will set at most three hours after 
the sun, or rise no earlier than three hours before the 
sun. Observed since the most ancient of times, Venus is 
often called the morning star, if it rises before dawn or 
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the evening star if it sets after the sun. The Greek 
philosopher Homer referred to Venus in his //liad as 
“the most beautiful star set in the sky.” 


The time required for Venus to complete one orbit 
about the sun, its sidereal period, is 224.701 Earth-days, 
whereas the time for Venus to repeat alignments with 
respect to the sun and Earth is 584 Earth-days. The best 
times for viewing Venus are when it is near greatest 
eastern, or greatest western elongation. Greatest west- 
ern elongation follows about five months after greatest 
eastern elongation, and greatest eastern elongation’s 
repeat about every 19 months. 


As it circles the sun, Venus shows phases just like 
the moon, and the planet Mercury. The phase changes 
of Venus were first recorded by Italian astronomer 
and physicist Galileo Galilei (1564-1642) in 1610. 
Galileo’s observations of Venusian phase changes 
were important since they strengthened his belief in 
the heliocentric model of the solar system, which had 
been proposed by Copernicus in his now famous 
book, De Revolutionibus, published in 1543. Galileo 
reasoned that if Venus circled Earth, as the then 
accepted geocentric model of the universe decreed, it 
would not show the full range of phases that were 
observed. Likewise, the correlation between angular 
size and phase would also be different to that observed 
if Venus orbited Earth. 


Transits of Venus across the disk of the sun, as 
seen from Earth, are not common. If a transit is to 
occur, however, it will take place in either June or 
December, when Earth is at the line along which 
Venus’s orbit cuts the ecliptic—the line of nodes for 
Venus. A very precise geometrical alignment of Earth, 
Venus, and the sun is required for a Venusian transit to 
take place. The next-to-last Venusian transit occurred 
on December 6, 1882, and the last transit took place on 
June 8, 2004. The next transit of Venus is June 5, 2012. 
In general, Venusian transits are seen in pairs. Each of 
the transits in a pair are eight years apart, and the pair- 
cycle repeats on an alternating cycle of 121.5 and 105.5 
years. 


The rotation rate of Venus 


The Venusian atmosphere is both optically thick 
and highly reflective. The upper cloud deck has an 
albedo of 0.76, meaning that it reflects 76% of the 
sunlight that falls on it. In addition, the low-lying 
Venusian clouds are so dense that they completely 
obscure any optical view of the planet’s surface. Not 
being able to monitor variations in surface detail has 
meant that astronomers have only recently discovered 
the true rotation rate of Venus. 
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The surface of Venus is obscured by a dense layer of clouds composed of sulfuric acid droplets. The cloud cover creates a 
greenhouse effect that results in surface temperatures over 860° F (460°C), higher than that of Mercury. (U.S. National Aeronautics 
and Space Administration [NASA].) 


While the Venusian atmosphere presents an 
impenetrable shroud against optical observations, it is 
transparent to radio and microwave radiation. Using 
the giant radio telescope at the Arecibo Observatory in 
Puerto Rico, astronomers were able to bounce micro- 
wave signals off the surface of Venus. By analyzing the 
Doppler shift in the returned signals, the astronomers 
were then able to determine the planet’s rotation rate. 
The results were a complete surprise. 


The microwave measurement of Venus’s rotation 
rate showed that the planet was spinning on its axis in 
the opposite sense to which it orbits the sun. If one 
could stand on the surface of Venus, sunrise would be 
in the west and sunset would be in the east, the exact 
opposite to that seen on Earth. When viewed from 
above, all the planets in the solar system orbit the sun 
in a counter clockwise direction. Most of the planets 
also rotate about their spin axes in a counter clock- 
wise sense. The only exceptions to this rule are the 
planets Venus, Uranus, and dwarf planet Pluto. 
When a planet spins on its axis in the opposite sense 
to its orbital motion, the rotation is said to be 
retrograde. 
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Venus takes 243.01 days to spin once on its axis. 
With this slow rotation rate it actually takes 18.3 days 
longer for Venus to spin once on its axis than it takes 
for the planet to orbit the sun. The Venusian day, that 
is the time from one noon to the next, is 116.8 terres- 
trial days long. A curious relationship exists between 
the length of the Venusian day and the planet’s syndic 
period. The syndic period of Venus, that is, the time 
for the planet to repeat the same alignment with 
respect to Earth and the sun, is 584 days, and this is 
five times the Venusian day (584 = 5 x 116.8). Itis not 
known if this result is just a coincidence, or the action 
of some subtle orbital interaction. The practical con- 
sequence of the relationship is that, should a terrestrial 
observer make two observations of Venus that are 584 
days apart, then they will see the same side of the 
planet turned towards Earth. 


At its closest approach, the planet Venus can have 
an angular diameter just slightly larger than 1/60th of 
a degree. This angular size translates to a physical 
diameter of 7,520 mi (12,104 km), making the planet 
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An artist’s impression of one of the three continent-sized 
highland regions of Venus, Beta Regio, which consists of two 
huge shield volcanoes rising above the plains. Both are 
about 2.5 mi (4 km) high, and appear to be on a north-south 
fault line connecting them with other possibly volcanic 
features in the south. They have smooth surfaces and are 
shaped like Hawaiian volcanoes. The Russian spacecrafts 
Veneras 9 and 10 landed directly east of Beta Regio and 
determined that the surface rock was volcanic basalt. (U.S. 
National Aeronautics and Space Administration [NASA].) 


about 95% the size of Earth. Given the near similar 
sizes of Earth and Venus, it might be expected that the 
same geological processes that operate on Earth have 
shaped the surface of Venus. This expectation is only 
partly true. 


While radar maps of the surface of Venus were 
constructed during the 1970s, the most detailed topo- 
graphic maps obtained to date are those from the 
Magellan spacecraft mission. The Magellan spacecraft 
was placed into Venusian orbit by NASA in 1990, and 
a powerful on-board imaging radar system was used to 
map the entire Venusian surface to a resolution of a 
few hundred meters. 


The Magellan radar data showed that Venus is 
remarkably flat, and that some 80% of the planet’s 
surface is covered by smooth volcanic plains, the result 
of many lava out-flows. The altitude map constructed 
from Magellan data has revealed the existence of two 
large continentlike features on Venus. These features 
are known as Ishtar Terra (named after the 
Babylonian Goddess of love), and Aphrodite Terra 
(named after the Greek Goddess of love). Ishtar 
terra, which measures some 621 mi by 931 mi (1,000 
by 1,500 km), lies in Venus’s northern hemisphere, and 
has the form of a high plateau ringed with mountains. 
The largest mountain in the region, Maxwell Montes, 
rises to a height of 7 mi (11 km). Aphrodite Terra is 
situated just to the south of the Venusian equator and 
is some 9,936 mi long by 1,242 mi (16,000 km by 2,000 
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km) wide. It is a region dominated by mountainous 
highlands and several large volcanoes. 


Venus has three major terrains, based mainly upon 
elevation (above mean planet radius). The lowlands are 
rolling volcanic plains (about 60% of the planet) with 
under 1,600 ft (500 m) of relief. The uplands are inter- 
mediate in elevation and represent a transition between 
lowlands and highlands. Elevations range from 0 to 1.2 
mi (0 to 2 km) in the uplands. The highlands have up to 
3 mi (5 km) relief and are quite mountainous in some 
places. The highlands have compression ridges and 
fractured rocks and comprise about 15% of the planet’s 
surface. 


Given the similarity in size of Venus and Earth, 
geologists had speculated on the possibility that plate 
tectonics, which is the primary agent for re-shaping 
Earth’s surface, might operate on Venus. The 
Magellan probe found no evidence, however, for 
large-scale tectonic activity on Venus. The reasons 
underlying the absence of any large-scale tectonic 
activity on Venus are presently unclear, but it may be 
indicative that the planet has a thinner and weaker 
lithosphere than Earth. The ridges and folds that 
cover many of the plain regions of Venus is indicative, 
however, of a certain amount of local tectonic activity 
on the planet. 


The Magellan maps revealed many large craters 
on the Venusian surface. There is an apparent cut-off 
for craters with diameters less than a few kilometers. 
This is a selection effect imposed by the dense 
Venusian atmosphere. The atmosphere is in fact such 
a good filter of incoming meteoroids, that only those 
objects larger than a few kilometers in diameter sur- 
vive their passage through the atmosphere, with suffi- 
cient mass, to produce a crater at the Venusian 
surface. 


The relative age of different regions on a planet’s 
surface can be gauged by counting the number of 
craters that appear per unit area. This method of 
crater counting has proved very useful for dating the 
various regions on our moon. The essential idea being 
exploited in crater count dating is that, assuming the 
cratering rate is the same over the whole planet, if one 
region has fewer craters per unit area than another, it 
implies that some re-surfacing, e.g., by a lava flow, has 
taken place in the region with fewer craters. The re- 
surfacing has in effect erased the older craters and re- 
set the cratering clock. 


The number of craters in the Venusian plains is 
typically about 15% of the crater counts for the lunar 
maria. This observation indicates that the Venusian 
plains have an age roughly equivalent to 15% the age 
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of the lunar maria. From the lunar rock samples that 
were returned from NASA’s Apollo Moon landing 
Missions, scientists know that the lunar maria are 
about 3.2 billion years old, and consequently the likely 
age of the Venusian plains is about 500 million years. 


The main agent for re-surfacing the Venusian 
plains is believed to be aperiodic but widespread vol- 
canism. Certainly, many (apparently) extinct volcano’s 
were mapped by Magellan during its five-year survey. 
Some lava flow regions observed by Magellan are 
believed to be no more than ten millions years old, 
and they may be much younger. 


Some of the more remarkable surface features 
discovered by Magellan were the pancake-shaped vol- 
canoes. These flat-topped, circular volcanoes are 
unique to Venus, and it is thought that they are prob- 
ably formed through the surface extrusion of a very 
thick and viscous lava. 


In recognition of Venus being named in honor of 
the Greek Goddess Aphrodites, whom the Romans 
called Venus, the International Astronomical Union 
(IAU, which officially names celestial bodies) assigns 
only female names to the planet’s surface features. 
Craters, for example, can be named after any famous 
women; linear features are named after Goddesses of 
War, while plains are named in honor of mythological 
heroines. 


Venusian surface processes 


Processes affecting Venus include impact crater- 
ing, lava flows, solid-state creep (viscous flow of 
rocks at the surface due to high temperatures and 
pressures), and eolian (wind) effects. The latter include 
deflation (blowing away fine particles), wind erosion 
(forming yardangs), and wind deposition (formation 
of streaks, transverse dunes, and wind-shadow dunes). 
Weathering on the surface is due to interaction 
between carbon dioxide and sulfur dioxide at high 
temperature with silicate rocks. At elevations above 
about 2.2 mi (3.5 km) above mean planet radius, 
weathering seems to favor formation of iron-sulfur 
compounds and below that level, iron-oxide and cal- 
cium-sulfate compounds, tend to form. The latter was 
inferred from the nature of the reflected radar signal 
off surficial materials. 


Venusian internal structure 


Venus has no natural satellites (although asteroid 
2002 VE¢g does orbits the planet on an irregular basis, 
and is considered a quasi-moon of Venus) and, con- 
sequently, its mass has only been determined through 
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the gravitational effect that the planet has on passing 
space probes. A mass equivalent to 82% that of 
Earth’s, or 4.9 x 1074 kg, has been found for Venus. 
The bulk density of Venus is 5240 kg/m’, slightly 
smaller than that of Earth’s. 


The similarity between the mass, radius, and bulk 
density of Venus and Earth suggests that the two 
planets have similar internal structure. Venus most 
probably has, therefore, a thin rocky crust, a large 
iron- and magnesium-silicate mantle, and an inner 
nickel-iron alloy core (about 25% of the planet’s 
mass). 


One Venusian anomaly that defies present-day 
theory relates to the planet’s magnetic field, or more 
correctly to the complete lack of any detectable mag- 
netic field. It is believed that the Earth’s magnetic field 
is created by a dynamo effect that operates in its hot, 
liquid nickel-iron alloy core. If, as has been previously 
argued, Venus has an internal structure similar to that 
of Earth, why does it not have a similar magnetic field? 
The answer may lie with the slow Venusian rotation 
rate. One of the key ingredients of the dynamo theory 
is that the conducting, liquid core is rotating. Since 
Venus rotates much more slowly than Earth, by a 
multiplicative factor of 1/243, it may be that the 
dynamo effect cannot operate in the planet’s core. 


The Venusian atmosphere 


While Venus is often referred to as Earth’s twin on 
the basis that the two planets have similar physical 
characteristics (radius, mass, density, composition, 
etc), it is far from being Earth’s twin when atmos- 
pheric characteristics are compared. 


The many spacecraft that have flown past, or 
landed on, the Venusian surface—such as the NASA 
Galileo spacecraft, which was launched in October 
1989, that did a flyby of Venus on its way to the planet 
Jupiter and its moons; and the NASA Cassini space- 
craft, which was launched in October 1997, that per- 
formed two flybys of Venus on April 1998 and June 
1999—have found that the uppermost cloud tops, 
which obscure Earth-based observers’ view of the 
planet, are about 40 mi (65 km) above the surface. 
For comparison, on Earth, the highest clouds are 
about 10 mi (16 km) high. Observations taken of ultra- 
violet wavelengths reveal that the upper Venusian 
clouds follow a jet streamlike pattern and circle the 
planet once every four days, or so. The circulation 
velocity of the upper cloud deck is much greater than 
the rotation rate of the planet, and it is believed that 
this is the result of extensive atmospheric convection 
driven by solar heating. 
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The upper cloud deck is about 3 mi (5 km) thick. 
At about 31 mi (50 km) altitude there is a second much 
more dense cloud deck. Below about 18 mi (30 km) in 
altitude the Venusian atmosphere is clear of clouds. 
The upper cloud deck has been found to contain sub- 
stantial amounts of sulfur, which give the clouds their 
dark yellow to yellow-orange color. The lower cloud 
deck has been found to contain large concentrations of 
sulfur dioxide, hydrogen sulfide compounds, and 
droplets of sulfuric acid. It has been suggested that 
the presence of atmospheric sulfides is indicative of 
very recent volcanic activity on the planet’s surface. 


The greenhouse effect 


Astronomers began to suspect that the surface of 
Venus was a decidedly inhospitable place when radio 
telescope measurements, made in the 1950s, indicated 
surface temperatures as high as 750K (891°F; 477°C). 
It is believed that a greenhouse effect is responsible for 
maintaining the high surface temperature on Venus. 


A greenhouse effect occurs whenever incoming 
sunlight warms the planetary surface, but the atmos- 
pheric gases do not allow the infrared radiation emit- 
ted by the heated surface to escape back into space. 
The net result of the atmospheric trapping of infrared 
radiation is that the atmosphere heats up, and the 
surface temperature continues to rise. 


That a strong greenhouse effect can operate at 
Venus is not surprising given that its primary atmos- 
pheric component is carbon dioxide. This gas has long 
been recognized as a problematic “greenhouse” gas on 
Earth. 


Building a spacecraft to land on the Venusian sur- 
face has proved to be a major engineering challenge. 
Not only must a lander be able to operate at temper- 
atures that exceed the melting point of lead, but it must 
also withstand an atmospheric pressure some 90 times 
greater than that experienced at sea level on Earth. The 
pressure exerted by the Venusian atmosphere, at the 
planet’s surface, is equivalent to that exerted by a 0.6 mi 
(1 km) column of water in Earth’s oceans. The first of 
only four spacecraft to soft-land, and successfully 
transmit images of the surface of Venus back to 
Earth, was the former Soviet Union-built spacecraft 
Venera 7. The lander, which set-down on August 17, 
1970, managed to transmit data for 23 minutes. 


Impact craters on Venus 


Venus’ atmosphere protects the surface from 
smaller objects that would otherwise impact the sur- 
face if the atmosphere were thinner. Smaller objects, 
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especially those under 0.6 mi (1 km) in diameter are 
largely broken up in the atmosphere and do not 
directly impact the surface. For this reason and due 
to Venus’ high volcanic resurfacing rate, rather few 
impact craters on Venus are known (fewer than 1,000). 
Impact craters on Venus are frequently attended by 
flows of impact ejecta that look much like lava flows. 
This is due to the effect of the thick atmosphere on 
ejecta behavior during impact. Meade Patera is the 
largest impact crater basin on Venus at 174 mi (280 
km) in diameter. There are only six known multi-ring 
impact basins on Venus, of which Meade is one. There 
are also large splotches (radar bright spots) about 6 to 
44 mi (10 to 70 km) in diameter thought to be due to 
the effect of near-surface atmospheric detonation of 
incoming objects. 


Venus geologic history 


Venus has two alternative histories, depending 
upon how one views the age of the extensive resurfac- 
ing volcanic lavas. In the catastrophic model of Venus 
history, there was a huge resurfacing event in Venus’ 
history about 200 to 700 million years ago, probably 
due to rather sudden solidification of the interior of 
the planet. Vast volcanic features of about the same 
age favor this interpretation. In the gradualistic model 
of Venus history, global resurfacing has occurred 
gradually over the whole of Venus’ history and the 
rate of this activity has been rather high so no older 
surface areas still exist. The mechanism for this is 
random and continuous volcanic activity. This model 
does not explain the lack of magnetic field (explained 
in the other model by the internal solidification event). 
Future studies of Venus will hopefully help scientists 
understand which of these (or perhaps some other) 
model is correct about Venus’ past. 


Current and future missions to Venus 


The Magellan mission was ended in 1994 when it 
was deliberately sent into the atmosphere of Venus to 
gather additional information about its density. Since 
then, the Venus Express was built by the European 
Space Agency (ESA) and launched by the Russian 
Federal Space Agency (RFSA), and is currently in 
polar orbit about the planet, as of April 11, 2006. 
The probe is making a detailed study of the atmos- 
phere and clouds of Venus. It is also making a com- 
prehensive map of the plasma environment and the 
surface characteristics of the planet. It will remain 
orbiting Venus for two Venusian years (around 500 
Earth-days). The probe has already discovered an 
large double atmospheric vortex about the southern 
pole of Venus. 
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KEY TERMS 


Albedo—tThe fraction of sunlight that a surface 
reflects. An albedo of zero indicates complete 
absorption, while an albedo of unity indicates total 
reflection. 


Doppler effect—The apparent change in the wave- 
length of a signal due to the relative motion of the 
source and the observer. 


Dynamo effect—A model for the generation of 
planetary magnetic fields: the circulation of con- 
ducting fluids within a planet’s hot, liquid inner- 
core results in the generation of a magnetic field. 
Greenhouse effect—The phenomenon that occurs 
when gases in a planet’s atmosphere capture radi- 
ant energy radiated from a planet’s surface thereby 
raising the temperature of the atmosphere and the 
planet it surrounds. 


Lithosphere—The solid outer layer, or crust, of a 
planet’s mantle. 


Mantle—The major portion of a terrestrial planet’s 
interior, made of plastic rock. 

Retrograde rotation—Axial spin that is directed in 
the opposite sense to that of the orbital motion. 


Tectonic activity—The theory of crustal motion. 


The NASA MESSENGER (MErcury Surface, 
Space ENvironment, GEochemistry and Ranging) 
made a flyby of Venus on October 24, 2006, and will 
perform another flyby in June 6, 2007, on its way to 
the planet Mercury. The Bepi Colombo mission, named 
after Italian engineer and mathematician Giuseppe 
(Bepi) Columbo (1920-1984) to the planet Mercury 
is expected to lift off in August 2013 by the ESP and 
the Japan Aerospace Exploration Agency (JAXA). 
Although still in the planning stages, the probe is 
expected to flyby the planet Venus on its way to 
Mercury. 


See also Planetary atmospheres. 
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Venus fly-trap see Carnivorous plants 


f Verbena family (Verbenaceae) 


The verbena or vervain family (Verbenaceae) is a 
diverse group of about 3,000 species of plants, most of 
which occur in the tropics. 


Plants in this family can be herbs, shrubs, trees, or 
lianas (tropical vines). The leaves are usually simple, 
arranged alternately on the stem, which is often 
square-sided. The flowers are small, but often occur 
in attractive inflorescences. 


Some species of trees in the verbena family are 
extremely valuable for the production of lumber. 


Tropical hardwoods in the verbena family 


Teak (Tectona grandis) is one of the world’s most 
prized species of tropical hardwood. Teak is a large 
tree of mature, tropical forests of South and Southeast 
Asia, and can grow as tall as 131 ft (40 m). Teak 
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lumber can vary in color from light to brownish yel- 
low, or a deep chocolate-brown. Lumber made from 
teak is heavy, strong, durable, resistant to splitting 
and cracking, and highly resistant to damages associ- 
ated with immersion in water. Teak wood contains 
an aromatic, resinous oil that makes the wood feel 
slightly greasy to the touch, and helps to make it 
almost invulnerable to termites and highly resistant 
to wood-rotting fungi. Teak is valued for the manu- 
facture of durable decking and trim on boats, and for 
making flooring, panelling, and fine furniture. 


Teak is harvested from tropical forests wherever it 
occurs in Asia. Typically, teak trees are girdled and 
stripped of their lower bark, and then left standing for 
two years prior to felling. This allows the trees to dry 
somewhat before they are cut down, so the logs will be 
lighter and can be more easily dragged out of the 
forest. After the teak trees are felled they are sectioned 
into manageable-sized logs. These are then trans- 
ported out of the forest using elephants or mechanical 
skidders, often to a river, on which the logs are floated 
to the coast for processing into lumber or veneer. 


Unfortunately, teak occurring in natural forests is 
rarely harvested on a sustainable basis, and the resour- 
ces of this extremely valuable tropical hardwood are 
being rapidly mined. Today and more so into the 
future, much of the teak available in commerce must 
be grown in plantations established for the production 
of this precious wood. 


Other tropical species of tree in the Verbena fam- 
ily are also valuable as sources of hardwood lumber. 
These include species of Petitea, Premna, and Vitex 
celebica. Zither wood is a specialized material derived 
from Citharexylum spp. of Central and South America, 
and used to manufacture musical instruments. 


The tropical trees Lippia citriodora and Vitex 
agnus-castus are useful as a source of natural oils, 
known as oil of verbena. 


Ornamental species 


Some species in the Verbena family are cultivated for 
their showy flowers. The most common garden verbenas 
in North American gardens are Verbena hortensis and 
V. hybrida, both frequently used as bedding plants. Two 
native species with showy flowers, the large-flowered 
verbena (Verbena canadensis) and small-flowered ver- 
bena (V. bipinnatifida), are commonly grown in gardens, 
and are often crossed with other verbenas to develop new 
varieties for horticulture. Purple mulberry (Callicarpa 
purpurea) is an attractive Asian shrub that is sometimes 
cultivated in North America. 
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KEY TERMS 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Tropical hardwood—A generic term for a wide 
variety of species of tropical, angiosperm trees. 
Tropical hardwoods have a heavy, dense wood 
that is valuable for the manufacturing of lumber, or 
composite materials such as plywood. Mahogany 
and teak are among the most prized of the tropical 
hardwoods. 


Veneer—A composite wood product, in which a 
thin outer covering of a valuable wood is glued 
onto an interior of less expensive wood. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


Several vines and shrubs in the genus Clerodendrum 
are sometimes grown as ornamentals in temperate 
areas, including the bleeding-heart (C. thomsoniae) 
and the pagoda flower (C. paniculatum). The shrub 
known as the lilac chaste tree (Vitex agnus-castus) is 
sometimes cultivated for its attractive, blue or white 
flowers. The beauty-berry (Callicarpa americana) is 
sometimes grown for its ornamental fruits. 


Attractive species of Lantana are often cultivated 
as greenhouse and bedding plants. Unfortunately, 
some species of Lantana have escaped from gardens 
in the tropics, and in many places these have become 
serious weeds of pastures because livestock can be 
poisoned by eating this plant. Some horticultural spe- 
cies in the verbena family have also become natural- 
ized as weeds in North America. 


North American species 


A number of species of wildflowers in the verbena 
family occur naturally in North America, or have been 
introduced from elsewhere and have spread to natural 
habitats. 


One of the more familiar native species of verbe- 
nas in North America is the blue vervain or wild 
hyssop (Verbena hastata), a common plant of moist, 
temperate habitats. The French or Bermuda mulberry 
(Callicarpa americana) is a native shrub of moist thick- 
ets in southern parts of North America. 


The European vervain or berbine (Verbena offici- 
nalis) is a common, introduced species in North 
America, and is sometimes an important weed. 


4565 


(aevadeuaqiaA) Ajiuuey eUdqlaA 


Vertebrates 


Resources 


BOOKS 


Hartmann, H.T., A.M. Kofranek, V.E. Rubatzky, and 
W.J. Flocker. Plant Science. Growth, Development, 
and Utilization of Cultivated Plants. 4th ed. Englewood 
Cliffs, NJ: Prentice-Hall, 2006. 


Bill Freedman 


Vertebrate paleontology see Paleontology 


| Vertebrates 


Vertebrates are animals classified in the subphy- 
lum Vertebrata, phylum Chordata. Vertebrates share 
a number of features. They all have an internal skel- 
eton of bone and/or cartilage, which includes a bony 
cranium surrounding the brain and a bony vertebral 
column enclosing the spinal cord. Vertebrates are all 
covered by a skin composed of dermal and superficial 
epidermal layers of scales, feathers or fur, a ventral 
heart, formed red and white blood cells, a liver, pan- 
creas, kidney, and a number of other internal organs. 
Many vertebrates also have jaws, teeth, limbs or fins, 
and an internal skeletal structure with pelvic and pec- 
toral girdles, and thoracic lungs. 


Classification among vertebrates is somewhat 
under debate. There are between 8 and 15 classes, 
with most of the discussion surrounding those groups 
that are only known from the fossil record. The most 
well known classes are listed below, in the order of 
their first appearance in the fossil record: 


(1) The class Agnatha is a group of jawless, fish- 
like animals with poorly developed fins, which first 
appeared more than 500 million years ago, during 
the late Cambrian. The roughly 75 surviving species 
include the jawless lampreys and hagfishes. 


(2) The class Placodermi is an extinct group of 
bony-plated aquatic animals. The placoderms were 
primitive, jawless, fish like creatures, whose head was 
heavily armored by an external shield of bony plates. 
These creatures were most abundant during the 
Devonian period, some 413-365 million years ago. 


(3) The class Chondrichthyes includes about 800 
living species of sharks, rays, and rat fishes, all of 
which have a cartilaginous skeleton, true jaws, and a 
number of other distinctive characters. 
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(4) The class Osteichthyes includes some 20,000 
species of true fishes, with a bony skeleton, a sutured 
skull, teeth fused to the jaws, lobed or rayed fins, and a 
number of other distinguishing features. 


(5) The class Amphibia includes some 3,500 living 
species of frogs, toads, salamanders, newts, and cae- 
cilians, all of which have four limbs (making them 
tetrapods), a moist glandular skin, external fertiliza- 
tion, and a complex life cycle. 


(6) The class Reptilia are four-legged, tailed ani- 
mals, with dermal scales, internal fertilization, amni- 
otic eggs, and direct development. Living reptiles 
include about 6,200 species of crocodiles, turtles, liz- 
ards, snakes, and tuataras. Important extinct groups 
of reptiles include the dinosaurs, hadrosaurs, ichthyo- 
saurs, pterosaurs, and plesiosaurs. 


(7) The class Aves, the birds, is a diverse group of 
about 8,800 species of warm-blooded (or homoiother- 
mic) tetrapods whose forelimbs are specialized for 
flight (although some species are secondarily flight- 
less). Birds have a characteristic covering of feathers, 
a beak which lacks teeth, and reproduce by laying 
eggs. 


(8) The class Mammalia includes more than 4,000 
species of homoeothermic tetrapods, with epidermal 
hair and female mammary glands for suckling the 
young. All give birth to young, although a very few, 
primitive species reproduce by laying eggs. 


Vertebrates are the most complex of Earth’s ani- 
mal life forms. The earliest vertebrates were marine, 
jawless, fish-like creatures that probably fed on algae, 
small animals, and decaying organic matter. The evo- 
lution of jaws allowed a more complex exploitation of 
ecological opportunities, including the pursuit of a 
predatory life style. The evolution of limbs and the 
complex life cycle of amphibians allowed the adults to 
exploit moist terrestrial habitats as well as aquatic 
habits. The subsequent evolution of internal fertiliza- 
tion and the self-contained, amniotic eggs of reptiles, 
birds, and mammals allowed reproduction on land, 
and led to fully terrestrial forms. Birds and mammals 
further advanced vertebrate adaptations to terrestrial 
environments through their complex anatomical, 
physiological, and behavioral adaptations, and this 
has allowed them to extensively exploit all of Earth’s 
habitable environments. 


See also Cartilaginous fish; Chordates; Fish; 
Invertebrates. 


Bill Freedman 
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i Video recording 


The term video recording refers to storing a video 
signal (information designed to specify a moving 
image) in a recording medium such as magnetic tape, 
optical disc, or computer memory. Video signals have 
much larger bandwidths (from 1 to 270 MHz or larger) 
than do audio signals (=20 kHz), and thus involve a 
more complex recording and playback technology. 
Video technology, first developed for television, is 
being used in such forms as through the Internet, as 
streaming media clips on computers, and in DVDs, 
used in unison with televisions and computers. 


Several digital storage formats for video recording 
include DVD (digital versatile disc, sometimes called 
digital video disc), MPEG-4 (moving picture experts 
group-4), analog videotapes, VHS (video home sys- 
tem), and Betamax. Three-dimensional-video (3D- 
video) is also a recent addition to video recording, 
where several cameras with real-time depth measure- 
ments are used to record three-dimensional videos. In 
unison with digital storage technologies, digital tele- 
vision (DVT) is quickly becoming a standard for tele- 
vision video. 


Video display standards 


In the 2000s, the following are some of the most 
popular video display standards in digital and analog. 
Some of the digital standards are: ATSC (Advanced 
Television Systems Committee, used in North America), 
DVB (Digital Video Broadcasting, in Europe), ISDB 
(Integrated Services Digital Broadcasting, in Japan). 
Several of the older analog standards that are still in use 
are: MUSE (analog HDTV [high-definition television]), 
NTSC (National Television System(s) Committee, in 
North America and Japan), PAL (phase-alternating 
line, Europe, Asia, and Australia), and SECAM (sequen- 
tial color with memory, in Russia, central Africa, and 
France). 


Magnetic tape video storage 


Magnetic tape is a common method of storing 
video signals, whether analog or digital. In analog mag- 
netic recording, a thin layer of metallic material (e.g., 
iron oxide) on some moving substrate (e.g., a tape being 
wound from one reel to another, or a rotating disc) is 
magnetized under the control of an oscillating electrical 
signal (the video signal). The video signal is passed to a 
recording head, which consists of a coil of wire wound 
around a core made of ferrite (iron-based) material 
(Figure 1). when this signal is passed through the 
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Head gap width 


Ferrite material 


Coil of wire 


Figure 1. A schematic diagram of a recording head. 
(Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


recording-head core, which is Q-shaped, a magnetic 
field arcs across the gap in the Q. 


As the video signal goes through a positive- 
negative oscillation, the polarity of the two ends of 
the core changes, reversing of the direction of the 
magnetic flux. The intensity of the video signal deter- 
mines the strength of the magnetic flux. This flux 
impresses a magnetized area on the flexible tape or 
other magnetic medium, which is moving past the 
recording head. That is, the field produced by the 
recording head forces atoms in the medium’s coating 
to shift their alignment; this alignment remains fixed 
even after the recording head is no longer in the vicin- 
ity, producing a weak, permanent magnetic field on 
the surface of the medium. 


As the video signal oscillates, a linear series of 
such magnetized areas are produced on the recording 
medium, the magnetic-field directions and strengths of 
these areas correspond to the polarity (positive or 
negative) and strength of the original video signal at 
each moment. These magnetized areas comprise the 
recording of the analog video signal. 


In order for the video signal to be recorded prop- 
erly, the medium (usually a tape) has to move at a 
constant and sufficient speed across the end gap of the 
head. This leads to magnetization of the tape according 
to the signal content at each moment of time. 
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Video recording 


Although a digital video signal has a very different 
electrical structure—a series of sudden flips between a 
high level and a low level, rather than a smoothly 
varying level—recording of a digital signal on a mag- 
netic medium works much the same way as for an 
analog signal. The major difference is that a digital 
magnetic recording consists of a series of discrete 
microregions of tape (or disc surface), each one of 
uniform field strength, rather than a smoothly varying 
continuum of magnetized particles. 


Recording techniques 


The baseband (original) frequencies contained in 
a video signal lie between 10 Hz and 5 MHz. For a 
given bandwidth, assuming a simple, linear motion of 
the tape over a stationary recording head, the speed of 
the tape would be given by: 


Speed of tape (meters per second) = width of gap 
(meters) x 2 x frequency (Hertz). 


For a 5-MHz bandwidth and gap width of | x 10°° 
meters, the speed of the tape required would thus be 
10 m/sec, and 36,000 meters (over a mile) of tape 
would be needed to record a one-hour program. In 
practice, a linear tape speed for recording video signals 
of 24 mm/sec can be achieved using various techni- 
ques. Some of the recording techniques used in the 
past and others currently in use are discussed in 
the following sections. 


Transverse recording 


The transverse recording technique is based upon 
the concept of rotation of the head simultaneous with 
transverse movement of the tape over the head. The 
head rotates at a speed of 14,400 revolutions per 
minute, recording a track that zigzags along the tape 
and gives an effective writing speed of 38 m/sec. In this 
method, a single image is divided into 16 segments. All 
these segments are then recorded linearly onto the 
magnetic tape, in parallel. This requires a great deal 
of horizontal synchronization while reproducing the 
video signal. 


Helical recording 


Helical recording enables the linear speed of the 
tape itself to be reduced while increasing the writing 
speed. Instead of a single recording head, two heads 
are set diametrically into a small rotating drum. The 
magnetic tape wraps around the drum as it moves 
forward, thus both the head and the tape are moving 
in the same direction. This drum is tilted at an angle, 
which causes the heads to traverse the magnetic tape in 
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—» Recorded tape 


Tape in contact with the drum 


Magnetic 
video tracks 


Figure 2. (A) A schematic representation of the rotating drum 
and moving tape. (B) A schematic diagram of a magnetic tape 
that has recorded signals. (I/lustration by Hans & Cassidy. 
Courtesy of Gale Group.) 


slanted tracks (Figure 2). again a track length that is 
much longer than the tape length is achieved. 


For maximum utilization of the magnetic tape, at 
least two heads are essential. The two heads are set in 
the drum so that their gaps are at an angle of 6° plus or 
minus from the zero position. The zero position is 
defined as the right angle to the direction of the rota- 
tion. This angle is called the azimuthal angle, and this 
type of recording is also referred to as azimuth record- 
ing. The plus and minus sign in the angles ensure that 
the two heads identify their own tracks while reproduc- 
ing the video signals. Unlike transverse recording, the 
picture field is divided into two segments and each seg- 
ment is recorded by each head. Thus in one rotation of 
the drum one picture field is written completely. 


The width of these magnetic tracks is 0.049 mm and 
the total width of the tape is 12.65 mm. In addition to the 
video tracks, the tape has two other tracks, the sound 
track and a control track for synchronizing tape speeds. 
The latter two tracks are stored in a linear fashion. 


Frequency modulation 


The wide bandwidth of a video signal poses a 
problem, due to the way that the inductive impedance 
of the recording head (i.e., resistance of the recording 
head to rapid changes in current flow) rises with the 
increase in the frequency. For normal recording a 
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thousand times more head voltage will be required for 
a 5-MHz signal than for a 30-Hz signal. To avoid this 
problem, the wide-width luminance (brightness) signal 
is not recorded directly, but is instead recorded using a 
process called frequency modulation (FM), where the 
original signal is used to modulate (vary) the fre- 
quency of a high-frequency carrier signal. This effec- 
tively increases the ratio of the lowest and highest 
frequencies but does not reduce the bandwidth. FM 
signals give a better signal-to-noise performance and 
are less sensitive to unwanted interference. 


Video systems 


Video-recording systems are dependent, in their 
mechanical and electrical details, on the format of the 
television signals to be recorded. These signals vary in 
different parts of the world. For example, electrical- 
power standards vary from region to region, with two 
of the most common power frequencies being 50 Hz 
and 60 Hz. In order to match the frequency of the 
power supply, the television signals have been adapted 
to these standards. In countries with 60-Hz power, like 
the United States, Canada, and Japan, 30 video frames 
per second are transmitted through NTSC (National 
Television System(s) Committee). While in countries 
with 50-Hz power, like Australia, India, and some 
European countries, 25 frames per second are trans- 
mitted through SECAM (sequential color with mem- 
ory) and PAL (phase-alternating line). (Frame rate is 
the number of still pictures that pass per unit of time 
on video. A minimum of about ten frames per second 
is required to perceptually change a still picture into a 
moving picture) 


A television picture consists of a series of dots. For 
a black and white picture the dots are black, gray, and 
white; in a color picture, they are usually red, green, and 
blue. These dots are usually very small and, if viewed 
from more than a meter or so away, invisible to the 
human eye. A series of these dots are synchronized in 
the form of horizontal lines and vertical lines, forming 
the image. The structure of the image lines also deter- 
mine the bandwidth of the television signal, and, as with 
electrical power, the number of horizontal lines varies 
from country to country. Countries with 60-Hz power 
use 525 horizontal lines, while others use 625 lines. 
There is no world standard yet for these horizontal 
lines and the number of frames for transmission. This 
has led to the development of various incompatible 
video recording systems. The major differences in the 
three main systems (NTSC, PAL, and SECAM) are: 


Horizontal lines: NTSC = 525, PAL = 625, 
SECAM = 625. 
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Fields per second: NTSC = 60, PAL = 50, 
SECAM = 50. 


Frames per second NTSC = 30, PAL = 25, 
SECAM = 25 


Besides these major differences, there are varia- 
tions in their subcarrier frequency, luminance, and 
chrominance bandwidths. (PAL and SECAM differ 
in these variables, not in their arrangements of lines, 
fields, and frames per second.) There are also variants 
of these video systems, the differences between these 
minor variants being mainly in FM bandwidth. 


Video formats 


The video signal is recorded using the helical scan- 
ning technique. Use of different azimuthal angles for 
recording leads to different video formats. 


VHS format 


This is a commonly used video formats, although 
one that is decreasing in popularity. The azimuthal 
angle is +6 or -6 degrees. The writing speed is usually 
4.85 m/sec, while the linear speed of the tape is 23.99 
mm/sec. The video track width is 0.049 mm and the 
actual tape width is 12.65 mm. 


Betamax format 


The azimuthal angle for this format is +7 and -7 
degrees. The linear speed of the tapes is 18.7 mm per 
second slower than the VHS tape speed, although the 
writing speed is 5.83 m per second. The video track 
width is 0.0328 mm on a tape 12.7 mm wide. 


Video-8 format 


This format uses azimuthal angles of + 10 and -10 
degrees. The standard video tracks are 0.0344 mm 
wide on a tape that is 8 mm wide. The writing speed 
is 3.12 m/sec with a linear tape speed of 20.051 mm/ 
sec. The drum size used in this format is smaller than 
those used in VHS format. 


VHS-C format 


VHS-C stands for VHS compact. This format is 
widely used in video recording cameras and is fully 
compatible with the standard VHS format. The tape 
width is same as in VHS, but the drum is 41.33 mm 
instead of 62 mm in VHS. The other difference is that 
VHS-C uses four-head helical scanning in order to 
produce the same magnetic pattern in VHS. 
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Video recording 


Digital recording 


Digital recording and storage involves an analog 
signal being transmitted from an input device (such as 
a microphone) to an analog-to-digital converter, com- 
monly abbreviated a ADC device. The ADC device 
converts the analog signal into a series of binary num- 
bers (zeros and ones). This digital signal is then trans- 
mitted to a storage device, such as a DVD, a computer 
hard drive, or other such storage device. 


Some of the current video recording devices are 
still analog recorders, but handheld digital video cam- 
eras, digital video discs (DVDs), and other digital video 
technologies are increasingly capturing large segments 
of the consumer market. The broadcast television mar- 
ket is also shifting rapidly to digital signal standards. 
Digital recording requires high-density recording tech- 
nology due to the large bandwidth—125 to 270 million 
bits per second—but has many advantages over analog 
recording, including greater reliability, low cost (given 
recent advances in digital-signal-processing technolo- 
gies), higher resolution, and greater color accuracy. 


Digital video has the additional virtue of transfer- 
ability, as it may be recorded on any medium capable of 
storing digital data: computer hard drive, digital video- 
tape, optical disc, or other. Given contemporary stand- 
ards for memory and processing speed in affordable 
desktop computers, both professional and amateur 
video users can now upload digital video into working 
computer memory and edit it at will. There is little doubt 
that analog television signals, both for broadcast and 
recording, will be a thing of the past within the decade of 
the 2000s; indeed, in May, 1997 the U.S. Federal 
Communications Commission (FCC) mandated that 
US. broadcasters begin to phase out NTSC in favor 
of digital television. Since then, the FCC has mandated 
that all television sets include digital tuners by 2007. 


Optical disc video storage includes digital versatile 
disc, sometimes called digital video disc, (DVD). It is 
used for data storage including movies with video and 
audio. They are similar to CDs (compact discs) with 
respect to size but are encoded with a different format 
and with a much higher density. The four basic types of 
DVDs are: single sided/single layer, single sided/dual 
(double) layer, double sided/single layer, and double 
sided/dual layer. DVD disc capacity for 12-cm discs 
is: for a single sided/single layer, 4.7 GB (gigabytes); 
double sided/single layer, 9.4 GB; single sided/double 
layer, 8.5 GB; and double sided/double layer, 17 
GB. Eight-centimeter discs are also available in the 
following four types: single sided/single layer, 1.4 GB; 
double sided/single layer, 2.8 GB; single sided/double 
layer, 2.6 GB; and double sided/double layer, 5.2 
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GB. Some of the more popular formats of DVD 
include: DVD-R (DVD recordable), DVD +R, DVD- 
RW (DVD rewriteable), and DVD + RW. 


DVD also comes in high density DVD, sometimes 
called high-definition DVD): HD-DVD (by Toshiba). 
It is used specifically for high-definition video and data 
storage. It uses a blue laser to store data. Some of the 
commercial products using DVD technology include 
video games by Sony PlayStation and Microsoft Xbox. 
HD-DVD is a supposed successor to the DVD format 
because it will be able to handle high-definition video, 
which will be compatible with the HD-TV (high- 
definition television). HD-DVD currently use 30 GB 
dual-layer discs. 


Blu-ray Disc (BD, by Sony and Panasonic) is a 
high-density optical disc storage technology for high- 
definition video. It uses a blue-violet laser to store data 
on a disc. Because it uses a shorter wavelength (405 
nm) than the DVD format (650 nm, red laser), it is able 
to store more information on the same sized disc. BD 
technology uses 50 GB and 200 GB capacity discs. 


The Holographic Versatile Disc (HVD) is an opti- 
cal disc technology that is emerging into the video 
recording and storage industry as of November 2006. 
It uses collinear holography, which is a process where 
a red laser and a blue-green laser work together (are 
collimated) into a single beam for the purpose of 
recording and storing video data. (A hologram is the 
image produced by holography, which uses optical 
phase information to produce a three-dimensional 
image with the use of a pattern of 1s and 0s [binary 
numbering system].) These disks, by Hitachi Maxell, 
hold 3.9 terabytes (TB) of data on one disc, which is 
over 150 times the capacity of a Blu-ray Disc. A release 
of this technology is expected in late 2006. 


Digital recording and storage disparity 


Unfortunately, there is presently even more global 
disparity among digital television signal types than 
among analog signal types. The most pervasive— 
used on DVDs, streaming video on the Internet, and 
in broadcast—is probably that which exploits the type 
of data compression termed MPEG. This acronym is 
itself compression of motion-JPEG, where JPEG 
stands for Joint Photographic Experts Group, the 
name of the body that designed this compression algo- 
rithm. Data compression enables the number of bits in 
a video frame to be reduced by as much as 75% with- 
out (hopefully) compromising the image quality. 
Image compression can, however, degrade image 
quality if misapplied. MPEG is actually two stand- 
ards: MPEG-1 for low-quality video (e.g., streaming 


GALE ENCYCLOPEDIA OF SCIENCE 4 


video on the Internet), while MPEG-2 is for broad- 
cast-quality video. 


The present and the future 


DVD is the standard for recording and storing 
video data in the United States and Europe. As of 
the last quarter of 2006, there are many hopeful suc- 
cessors to DVD in the marketplace. Sony and 
Panasonic’s BD, Toshiba’s HD-DVD, and Hitachi 
Maxell’s HVD are three such hopeful technologies. 
Currently, it is unclear whether any of these technolo- 
gies will replace the DVD in the near future. For the 
most part, digital video storage has become the dom- 
inant way to record and store video data. 
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i Viking project 


The Viking project was a successful effort by the US 
National Aeronautics and Space Administration 
(NASA) to land a pair of twin robotic probes on the 
surface of Mars in 1976. The Viking landers, which were 
paired with orbiters that photographed the planet from 
space, were the first successful Mars landers. They 
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remained so (despite a number of attempted Soviet land- 
ings) until 1996, when NASA’s Pathfinder mission suc- 
cessfully touched down. The Viking landers took high- 
resolution digital images of the Martian surface in color 
and black-and-white, recorded years of weather data, 
and processed soil samples in miniaturized onboard 
laboratories to search for signs of life. Despite confusing 
results from the life experiments, most scientists today 
believe that Viking did not detect life. 


Background 


Efforts to send robotic probes to other planets in 
the solar system began as soon as rockets powerful 
enough to do so were developed in the early 1960s. The 
first probe to return data from Mars was NASA’s 
Mariner 4, which flew past the planet on July 15, 
1965. Twenty-one pictures were taken by a television 
camera during the flyby, stored on a tape recorder, 
and radioed back to Earth the next day. The existence 
of numerous large craters on Mars was discovered for 
the first time, a surprise to scientists, who had thought 
Mars more Earthlike. 


Planning for a robotic landing on Mars began at 
once. By 1966, the basic design of the Viking mission 
existed under the project name Voyager (later re-used 
for a pair of robot probes to the outer solar system). 
Funding was cut for the original “Voyager” mission in 
1967 due to budget pressure on NASA resulting from 
the Apollo program and the Vietnam War, but was 
eventually restored. The program was re-named 
Viking, and a Viking land-orbiter spacecraft combina- 
tion was designed by engineers at NASA’s Langley 
Research Center in collaboration with the Jet 
Propulsion Laboratory in Pasadena, California. After 
several more ups and downs, including budget overruns 
that eventually raised the mission cost to about $1 
billion (about $3.4 billion in 2005 dollars), the Viking 
probes were finally launched in August and September 
1975. They rode Titan III rockets into Earth orbit. Each 
was then launched toward Mars using a hydrogen-oxy- 
gen powered Centaur second stage. 


The mission 


Each Viking spacecraft consisted of an orbiter and 
a lander that traveled to Mars together. After arriving 
in Mars orbit, the lander remained dormant, its sys- 
tems turned off, while the orbit took high-resolution 
photographs of the Martian surface, looking for a safe 
landing site. 


Viking 1 arrived at Mars on June 19, 1976. 
NASA’s desire to not crash the lander on boulders 
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The surface of Mars. (© Corbis.) 


was intense, so mission planners debated photo- 
graphic and Earth-based radar data on surface rough- 
ness for weeks before selecting a site—Chryse Planitia, 
a low-lying plain. After having orbited Mars for a 
month, the Viking spacecraft was ordered to split in 
two. The lander fired retro-rocks and descended into 
the Martian atmosphere, leaving the orbiter behind. 


Protected by a saucer-shaped aeroshell, the lander 
slowed itself first by friction, plunging into the thin 
Martian atmosphere at about 10,000 miles per hour. 
At 19,000 feet, parachutes were deployed. At 4,000 feet, 
the parachutes and aeroshell were separated from the 
lander using small explosive charges. The lander rode 
its own rocket the rest of the way down to the surface, 
guided by on-board radar and computers with no help 
from Earth. Earth was so far away that radio control 
signals would have taken 19 minutes to get to Earth 
from Mars and another 19 minutes to get back again, 
making remote control of a landing impossible. 


Finally, on July 20, 1976, the Viking 1 lander 
made an historic soft touch-down on fold-out legs. 
Nineteen minutes after touchdown, NASA controllers 
received radio signals confirming the event and 
exploded into cheers. As of 2006, the Viking landers 
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were still the only craft to have ever landed success- 
fully on Mars using this soft-landing approach; the 
three other successful landings (Pathfinder in 1996 
and the Mars Exploration Rovers in 2004) used an 
airbag system that allowed them to bounce and roll 
upon touchdown. 


A few minutes after landing, the lander began 
taking the first-ever close-up picture of the Martian 
surface: a view of one of the lander’s own footpads in 
black-and-white, with surrounding sand and rocks. 
This image was chosen because if the lander did not 
manage to transmit any more pictures, it was felt that a 
close-up of the Martian soil would provide more sci- 
entific data than any other one image could. 


More pictures soon followed, including color pho- 
tographs showing the Martian landscape and horizon. 
The Martian sky looked pink at first, which was con- 
sidered an obvious error, so NASA adjusted the colors 
to make the sky blue before releasing the pictures to 
the press. Later it was realized that the Martian sky is 
in fact a light shade of pink. 


Viking 2 arrived at Mars soon after Viking 1 had 
landed. On September 3, 1976, it landed successfully 
on the plain called Utopia Planitia. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


A full-scale operational model of the Mars Viking lander, with its mechanical soil collecting arm extended. (© Lowell Georgia/Corbis.) 


Life-seeking experiments 


The landers carried not only cameras but weather- 
sensing instruments and miniature biological labora- 
tories. Each laboratory contained four experiments to 
test Martian soil samples for evidence of life. 


In the pyrolitic release experiment, Martian soil 
was incubated with water, light, and carbon dioxide 
containing radioactive carbon (carbon-14). The idea 
was that Martian microorganisms might eat some of 
the carbon. After a few days of incubation, the gas was 
pumped out, leaving any possible microorganisms in 
the soil. Baking the soil at 1200°F (650°C) would drive 
out carbon from vaporized microorganisms, which 
could be sensed by its radioactivity. The result could 
be compared to results of soil baked without being 
incubated, to test whether the radioactive carbon in 
the first sample had been put there by living things. 


In the labeled-release experiment, a Martian soil 
sample was mixed with a liquid nutrient mixture con- 
taining carbon-14. Gases from the sample were then 
tested to see if they contained carbon-14, possibly 
released by life chemistry in the soil. 


In the gas-exchange experiment, Martian soil was 
mixed with liquid nutrients. Gases from the sample 
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were then tested to see if they contained oxygen, meth- 
ane, and other gasses that might be released by life. 


Finally, in the gas chromatograph/mass spectrom- 
eter experiment, soil was examined directly to see if it 
contained organic (carbon-containing) compounds. 


All the Viking 1 biology experiments except the 
labeled-release experiment returned negative results— 
no life. However, seven out of nine pyrolitic-release 
experiments gave dramatic positive results. Similar data 
were later returned by the Viking 2 lander. Scientists have 
proposed that a still-unknown Martian chemical reac- 
tion, not Martian life, caused the apparently positive 
results. Although the nature of this chemical reaction 
has not been identified, most scientists agree that the 
Viking landers did not detect life. A few disagree. 
Similar experiments will not be carried out until the 
European ExoMars lander arrives on Mars in 2014, as 
presently scheduled. 


Viking’s legacy 


The mission ended in 1982, when an erroneous 
command to the Viking 1 lander erased antenna- 
positioning data and contact was lost. The Viking orbit- 
ers and landers radioed some 50,000 digital photographs 
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back to Earth, and it would be 20 years before pictures 
comparable to Viking’s were again returned from the 
Martian surface. In the early 2000s, scientists were still 
using data from the Viking missions, in combination 
with data from later missions, to study Mars. For exam- 
ple, in 2003 researchers announced that Viking data had 
helped located exposed water ice near the south pole of 
Mars. 
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I Violet family (Violaceae) 


The violet family (Violaceae) includes about 900 
species of plants. Species in this family occur in all 
parts of the world, but are mostly in the temperate 
zones, and at high altitude in the tropics. The largest 
group in the family is the genus containing violets and 
pansies (Viola spp.), with about 500 species. 


Most species in this family are annual or perennial 
herbs. The leaves are simple, commonly heart-shaped, 
and are alternately arranged on the stem, or arise from 
a basal rhizome. In most species the flowers are irreg- 
ular, that is, they are composed of two complimentary 
halfs. The flowers of most species have both female 
(pistillate) and male (staminate) organs. Most species 
flower in the spring and early summer and have rela- 
tively large and showy flowers, sometimes grouped 
into an inflorescence. They typically produce fra- 
grance and nectar to attract insect pollinators. Later 
in the growing season, some species also develop self- 
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fertilized flowers that do not fully open, an unusual 
trait known as cleistogamy. The fruit is a many-seeded 
berry or capsule. 


The major commercial value of species in the 
violet family is horticultural. One species is important 
in perfumery, and a few are used as medicinals. 


Species native to North America 


Most species of violets native to North America 
are wildflowers of the spring and early summer. Blue- 
colored violets are relatively common, with some of 
the more widespread species including the wooly blue 
violet (Viola sororia), northern blue violet (V. septen- 
trionalis), New England blue violet (V. novae-angliae), 
western blue violet (V. retusa), prairie or larkspur 
violet (V. pedatifida), and marsh violet (V. palustris). 


Some of the more common white-colored violets 
include the large-leaved white violet (Viola incognita), 
kidney-leaved violet (V. renifolia), sweet white violet 
(V. blanda), and northern white violet (V. pallens). 
Yellow-colored violets include the hairy yellow violet 
(Viola pubescens), smoothish yellow violet (V. erio- 
carpa), and round-leaved yellow violet (V. rotundifolia). 


The green violet (Hybanthus concolor) is a species 
found in moist forests of eastern North America. 


Ornamental violets 


Many species of violets and pansies and their 
diverse hybrids are grown in gardens as ornamentals, 
particularly as bedding plants. Most commonly culti- 
vated are the so-called garden pansies (Viola x wit- 
trockiana), a hybrid complex that is largely based on 
the European pansy (V. tricolor). Ornamental pansies 
are now available in diverse floral colors, including 
solid and mixed hues of blue, purple, red, yellow, and 
white. Some pansy varieties develop quite large 
flowers. 


The English or sweet violet (Viola odorata) is also 
commonly cultivated as an ornamental plant, and it 
sometimes escapes from cultivation to become a minor 
weed of North American lawns. Less commonly culti- 
vated species include the horned violet (V. cornuta) 
and the alpine violet (V. labradorica). 


Other uses of violets 


The sweet violet has been cultivated in large quan- 
tities in southern France for the production of a fra- 
grant oil from its flowers, known as oil-of-violets. This 
oil is used in the mixing of perfumes and other scents. 
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KEY TERMS 


Cleistogamy—This refers to flowers that do not 
open, but are self-fertilizing and set viable seed. 
Various species of Viola are cleistogamous. 


Emetic—A substance that induces vomiting. 


Inflorescence—A grouping or arrangement of flor- 
ets or flowers into a composite structure. 


Weed—Any plant that is growing abundantly in a 
place where humans do not want it to be. 


The yield of one tonne of fresh flowers is only 0.98- 
1.51 oz (28-43 g) of oil-of-violets. Interestingly, this 
light-green oil only has a faint scent when in its con- 
centrated, distilled state, but when diluted to about 
1:5000 its odor becomes very strong. The scent of 
violets can now been synthesized by chemists, so nat- 
ural oil-of-violets is now rare. 


Sometimes the flowers of pansies are served as an 
attractive, edible garnish to well-presented, epicurean 
foods. Pansies are also sometimes candied as an exotic 
confectionary. 


Some minor organic medicines are prepared from 
several species in the Violaceae, mostly for use as emetics. 
These medicinal plants include Anchietea salutaris, 
Corynostylis hybanthus, and Hybanthus ipecacuanha. 
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l Vipers 


Vipers are snakes in the family Viperidae, a group 
of short-tailed, (usually) stout-bodied snakes with 
long fangs at the front of the mouth, positioned on a 
short jawbone that can be rotated to bring the fangs 
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from their resting position parallel with the palate to 
an erect position for striking. 


This efficient venom delivery system allows vipers 
to eat large (and sometimes dangerous) animals with- 
out a struggle that might expose them to harm. Vipers 
make a swift strike in which the long hollow (hypo- 
dermic needle like) fangs inject a strong venom deep 
into the prey’s body. The snakes then wait until the 
animal dies, tracking it down if necessary, and then 
calmly swallowing it. The venom also has the effect of 
initiating digestion even before the prey is swallowed. 
Many vipers do not find it necessary to eat more than 
once a month. The venoms of these snakes are diverse, 
being adapted to quickly kill the preferred prey ani- 
mals of each species. 


Vipers are an old and diverse group. They are 
generally divided into the Old World “true” vipers 
(Viperinae) and the pitvipers (Crotalinae), which are 
found in Asia and the Americas. One unusual viper, 
(Azemiops) from southern China and northern Myanmar 
of unknown relationships, is placed in its own sub- 
family, Azemiopinae. 


Old World vipers 


Seventy-five species of true vipers (family 
Viperinae) are found in the Old World and lack facial 
pits; this distinguishes them from the pit vipers of the 
Americas. Africa is the home of many species of Old 
World vipers. Among the African vipers are the 
Gaboon viper (Bitis gabonicus) and the rhinoceros 
viper (B. nasicornis) that attain lengths of almost 6 ft 
(2 m) and have fangs that may be 2 in (5 cm) in length. 
There are green tree-vipers (Atheris), desert-dwelling 
sandvipers (Cerastes), and even a little-known worm- 
eating, burrowing viper (Adorhinos). 


The deserts of north Africa and south Asia are 
home to a number of sandvipers, one of which is the 
notorious carpet viper (Echis carinatus). Although an 
adult of this snake may be little more than 1 ft (30 cm) 
in length, its bite is highly toxic and is responsible for 
many deaths, particularly in the desert regions of 
Pakistan and western India. 


The small European viper or adder (Vipera berus), 
by contrast, is not dangerous to humans. Its bite has 
been described as “a little worse than a bee-sting,” and 
the few reported deaths are apparently due to over- 
treatment. This viper is notable in that it is one of very 
few snakes that ranges above the Arctic Circle in 
Sweden and Norway. 


Some large vipers of the genus Vipera range from 
the eastern Mediterranean eastward through southern 
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A Pope’s pit viper. (Tom McHugh. Photo Researchers.) 


Asia. The ill-tempered and highly venomous Russell’s 
viper (Vipera russelii) follows the rats into the rice 
fields when the fields are drained for harvesting. It is 
the major cause of fatal snake bites (killing perhaps 
10,000 people annually) in Myanmar and Thailand. 


Pitvipers 


The pitvipers are easily identified by the loreal pit, 
a heat-sensitive receptor that lies between the nostril 
and the eye on either side of the face. With this recep- 
tor the snakes can detect and accurately strike a warm- 
blooded prey animal in absolute darkness, guided by 
the infra-red (heat) rays that the prey animal produces. 
The Viperinae lack this heat-sensitive pit. 


The pitvipers range from eastern Europe to the 
East Indies and Japan, and from Canada to Argentina 
in the Americas. Although the 174 species of New 
World pit vipers are much more diverse than the Old 
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World vipers, most are terrestrial, with a few (usually 
green) arboreal species. The best-known pit vipers are 
the rattlesnakes (Crotalus and Sistrurus), which are 
found only in the Americas and whose modified tail 
skin vibrates to produce a rattling, warning sound. 
Most rattlesnakes are North American, ranging from 
southern Canada to Panama, with the greatest num- 
ber inhabiting the dry regions of the southwestern 
United States and northern Mexico. However, a 
small tropical group (Crotalus durissus and its rela- 
tives) ranges as far as southern Brazil. 


There are about 60 species of tropical pitvipers 
(Bothrops and relatives) that range from coastal 
Mexico southward to the Patagonian plains of 
Argentina. Most of these are relatives of the large 
terrestrial South American “fer-de-lance” Bothrops 
atrox, but Central America has a more diverse assem- 
blage composed of several genera, some of which are 
treevipers. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Loreal pit—A sensitive heat receptor found in 
pitvipers. 

Venomous—Having a toxic substance used to sub- 
due prey and in defense. 


The largest of all vipers is the bushmaster (Lachesis 
muta) of northern South America and Panama, which 
attains a reported length of 12 ft (4 m). Like the large 
African vipers, it has very long fangs (2 in/5 cm or 
more) and a large supply of venom. Very few people 
are bitten by these snakes, however, because bushmas- 
ters live in forested areas and are active only at night. 


Asia has a large contingent of pitvipers (including 
green, arboreal species), similar to the American 
Bothrops, that are placed in the genus Trimeresurus. 
Some of its members are so similar to some of the 
American species that there is some doubt that they 
should be in different genera. 


The water moccasins (genus Agkistrodon) are 
found both in North America and in Asia. The cop- 
perhead (Agkistrodon contortrix) is common in the 
forests of the eastern United States, and is responsible 
for most of the venomous snakebites in that region. 
Fortunately, its venom is not highly toxic to humans, 
and almost no one dies from these bites. 


See also Reptiles. 
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l Viral genetics 


Viral genetics is the study of the genetic mecha- 
nisms that operate during the various steps involved in 
the replication of virus. The study of viral genetics 
utilizes biophysical, biological, and genetic analyses 
to study the viral genome and its variation. 


The virus genome consists of only one type of 
nucleic acid, which, depending on the virus, can be a 
single or double stranded form of deoxyribonucleic 
acid (DNA) or ribonucleic acid (RNA). Single 
stranded RNA viruses can contain what is termed 
positive-sense (+ RNA), which serves directly as the 
template to make a molecule called messenger RNA 
(mRNA) that is in turn used to make protein. Other 
single strand virusescontain what is termed negative- 
sense RNA (-RNA); this form of genetic material 
requires the presence of an enzyme called RNA poly- 
merase, which makes a complementary positive strand 
to serve as the template for mRNA. 


Viral genetics is absolutely dependent on the 
genetic machinery of the host cell it infects, since 
viruses cannot replicate themselves alone. They 
require a host cell to replicate. Put another way, 
viruses are obligate parasites that are completely 
dependant on the host cell for the replication and 
transcription of their genomes as well as the trans- 
lation of the mRNA transcripts into proteins. Viral 
proteins that are produced usually have a structural 
function, making up a shell around the genome, but 
may contain some enzymes that are necessary for the 
virus replication and life cycle in the host cell. Both 
bacterial virus (bacteriophages) and animal viruses 
play an important role as tools in molecular and cel- 
lular biology research. 


Viruses are classified in two families depending on 
whether they have RNA or DNA genomes and 
whether these genomes are double or single stranded. 
Further subdivision into types takes into account 
whether the genome consists of a single RNA molecule 
or many molecules as in the case of viruses that are 
termed segmented viruses. 


A great deal of what has been learned about viral 
genetics has come from the study of bacteriophages; 
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viruses that specifically infect a target bacterial spe- 
cies. For example, coliphages specifically infect 
Escherichia coli. Other examples of well-studied 
viruses include the temperate (T) phages that are typi- 
fied by bacteriophage lambda, small DNA phages 
such as M13, and the RNA phages. Animal viruses 
are subdivided in many classes and types. Class I 
viruses contain a single molecule of double stranded 
DNA and are exemplified by adenovirus, simian virus 
40 (SV40), herpes viruses, and human papillomavi- 
ruses. Class II viruses are also called parvoviruses 
and are made of single stranded DNA that is copied 
in to double stranded DNA before transcription in the 
host cell. Class HI viruses are double stranded RNA 
viruses that have segmented genomes which means 
that they contain 10-12 separate double stranded 
RNA molecules. Class IV viruses, typified by polio- 
virus, have a plus strand genomic RNA that serves as 
the mRNA. Class V viruses contain a single negative 
strand RNA. Class VI viruses are also known as retro- 
viruses and contain double stranded RNA genome. 
These viruses have an enzyme called reverse transcrip- 
tase that can both copy minus strand DNA from 
genomic RNA catalyze the synthesis of a complemen- 
tary plus DNA strand. The resulting double stranded 
DNA is integrated in the host chromosome and is 
transcribed by the host’s own machinery. The result- 
ing transcripts are either used to synthesize proteins or 
produce new viral particles. These new viruses are 
released by budding, usually without killing the host 
cell. The human immundeficiency virus (HIV) and 
human T cell leukemia virus (HTLV) are retroviruses. 


Virus genetics mechanisms are studied by either 
investigating genome mutations or exchange of 
genetic material during the life cycle of the virus. The 
frequency and types of genetic variations in the virus 
are influenced by the nature of the viral genome and its 
structure. Especially important are the type of the 
nucleic acid that influence the potential for the viral 
genome to integrate in the host, and the segmentation 
that influence exchange of genetic information 
through assortment and recombination. 


Mutations in the virus genome could either occur 
spontaneously or be induced by physical and chemical 
means. Spontaneous mutations that arise naturally as 
a result of viral replication are either due to a defect in 
the genome replication machinery or to the incorpo- 
ration of an analogous base instead of the normal one. 
Induced virus mutants are obtained by either using 
chemical mutants like nitrous oxide that acts directly 
on bases and modify them or by incorporating already 
modified bases in the virus genome by adding these 
bases as substrates during virus replication. Physical 
agents such as ultra-violet light and x-rays can also be 
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used in inducing mutations. Genotypically, the 
induced mutations are usually point mutations, dele- 
tions, and rarely insertions. 


The phenotype of the induced mutants is usually 
varied. Some mutants are conditional lethal mutants. 
These could differ from the wild type virus by being 
sensitive to high or low temperature. A low temperature 
mutant would for example grow at 88°F (31°C), but not 
at 100°F (38°C), while the wild type will grow at both 
temperatures. A mutant could also be obtained that 
grows better at elevated temperatures than the wild 
type virus. These mutants are called hot mutants and 
may be more dangerous for the host because fever, 
which usually slows the growth of wild type virus, is 
ineffective in controlling them. Other mutants that are 
usually generated are those that show drug resistance, 
enzyme deficiency or an altered pathogenicity or host 
range. Some of these mutants cause milder symptoms 
compared to the parental virulent virus and usually 
have potential in vaccine development as exemplified 
by some types of influenza vaccines. 


Besides mutation, new genetic variants of viruses 
also arise through exchange of genetic material by 
recombination and reassortment. Classical recombina- 
tion involves breaking of covalent bonds within the virus 
nucleic acid and exchange of some DNA segments fol- 
lowed by rejoining of the DNA break. This type of 
recombination is almost exclusively reserved to DNA 
viruses and retroviruses. RNA viruses that do not havea 
DNA phase rarely use this mechanism. Recombination 
usually enables a virus to pick up genetic material from 
similar viruses and even from unrelated viruses and the 
eukaryotic host cells. Exchange of genetic material with 
the host is especially common with retroviruses. 
Reassortment is a non-classical kind of recombination 
that occurs if two variants of a segmented virus infect the 
same cell. The resulting progeny virions may get some 
segments from one parent and some from the other. All 
known segmented viruses that infect humans are RNA 
viruses. The process of reassortment is very efficient in 
the exchange of genetic material and is used in the gen- 
eration of viral vaccines especially in the case of influ- 
enza live vaccines. 


The ability of viruses to exchange genetic infor- 
mation through recombination is the basis for virus- 
based vectors in recombinant DNA technology and 
hold great promises in the development of gene ther- 
apy. Viruses are attractive as vectors in gene therapy 
because they can be targeted to specific tissues in the 
organs that the virus usually infect and because viruses 
do not need special chemical reagents called transfec- 
tants that are used to target a plasmid vector to the 
genome of the host. 
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Genetic variants generated through mutations, 
recombination or reassortment could interact with 
each other if they infected the same host cell and pre- 
vent the appearance of any phenotype. This phenom- 
enon, where each mutant provides the missing function 
of the other while both are still genotypically mutant, is 
known as complementation. It is used as an efficient 
tool to determine if mutations are in a unique or in 
different genes and to reveal the minimum number of 
genes affecting a function. Temperature sensitive 
mutants that have the same mutation in the same gene 
will for example not be able to complement each other. 


It is important to distinguish complementation 
from multiplicity reactivation where a higher dose 
of inactivated mutants will be reactivated and infect 
a cell because these inactivated viruses cooperate in a 
poorly understood process. This reactivation prob- 
ably involves both a complementation step that allows 
defective viruses to replicate and a recombination step 
resulting in new genotypes and sometimes regenera- 
tion of the wild type. The viruses that need comple- 
mentation to achieve an infectious cycle are usually 
referred to as defective mutants and the complement- 
ing virus is the helper virus. In some cases, the defec- 
tive virus may interfere with and reduce the infectivity 
of the helper virus by competing with it for some 
factors that are involved in the viral life cycle. These 
defective viruses called “defective interfering” are 
sometimes involved in modulating natural infections. 
Different wild type viruses that infect the same cell 
may exchange coat components without any exchange 
of genetic material. This phenomenon, known as phe- 
notypic mixing is usually restricted to related viruses 
and may change both the morphology of the packaged 
virus and the tropism or tissue specificity of these 
infectious agents. 
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| Vireos 


Vireos are 44 species of small arboreal birds that 
comprise the family Vireonidae, in the order 
Passeriformes. As it is considered here, the Vireonidae 
is an assembly of three sub-families: the true vireos and 
greenlets (Vireoninae), the shrike-vireos (Vireolantinae), 
and the peppershrikes (Cyclarhinae). It should be 
pointed out, however, that some taxonomic treat- 
ments consider these to be separate families. 


The vireos only occur in the Americas. Species of 
vireos range from the temperate forests of Canada, 
through the rest of North America, Central America, 
and south to northern Argentina. The northern, tem- 
perate species are all migratory, breeding in the north- 
ern parts of their biological range, but spending the 
nonbreeding season in tropical and subtropical for- 
ests. Vireos occur in all types of tropical and temperate 
forests, and in shrubby habitats as well. 


Vireos are small birds, ranging in body length 
from 4-7.1 in (10-18 cm). The bill is relatively heavy 
for a small bird, and the upper mandible has a hook at 
the tip. Depending on the species, the wings are either 
long and pointed, or short and rounded, while the legs 
and feet are short but strong. The plumage of vireos is 
plain, generally olive-green or gray on the back and 
wings, and lighter colored on the throat and belly. 
Species may have eye rings, eye stripes, wing bars, 
and other diagnostically useful markings. 


Vireos glean foliage and branches for their food of 
insects and spiders, and they may also eat small fruits. 
Compared with other types of foliage-gleaning birds, 
vireos are rather sluggish and deliberate in their move- 
ments. Vireos generally occur as solitary birds, or in 
family groups. They are aggressively territorial during 
the breeding season. The territory is demarcated and 
defended by loud, melodious songs, consisting of mul- 
tisyllabic, persistently repeated phrases. 


The nest is cuplike, or is an open, pendulous, bag- 
like structure woven of plant fibers, usually located in 
a horizontal fork of a branch. The clutch size is two to 
five. The male helps with incubation, and both sexes 
cooperate in rearing the young birds. 


North American species of vireos 


A total of 12 species of vireos breed regularly in 
the United States or Canada. All of these are in the 
genus Vireo, and all are migratory, spending their 
nonbreeding season in Mexico or further south in 
Central America, or in the case of the red-eyed vireos, 
in Amazonia. 
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Vireos 


A red-eyed vireo (Vireo olivaceus). (JLM Visuals.) 


The red-eyed vireo (Vireo olivaceus) is a wide- 
spread species, occurring in deciduous forests over 
much of the continent, except for parts of the south- 
western United States. The red-eyed vireo is an abun- 
dant species, and is one of the most commonly netted 
birds at mist-netting sites in eastern North America, 
where bird migration is studied. 


The warbling vireo (Vireo gilvus) breeds in much 
of temperate North America and south into Mexico. 
The warbling vireo is a secretive bird, and males can be 
so confident in their camouflage that they will sing 
from the nest while incubating their clutch. 


The solitary or blue-headed vireo (Vireo solitar- 
ius) breeds in mixed hardwood-conifer forests through 
much of north temperate North America. This is one 
of the only species of vireo whose wintering range 
commonly includes the southern United States. 


The white-eyed vireo (Vireo griseus) is an abun- 
dant species of moist deciduous forests and forest 
edges in the eastern United States. The yellow- 
throated vireo (Vireo flavifrons) has a bright yellow 
throat and breast, and is perhaps the most attractive of 
the North American species. This relatively uncom- 
mon species breeds in deciduous forests throughout 
the eastern United States. 


Vireos elsewhere 


Most species of true vireos occur in subtropical, 
tropical, and montane forests of Central and South 
America, but these species are too numerous and 
diverse to deal with here in any detail. One represen- 
tative is the ashy-headed greenlet (Hylophilus pector- 
alis), a species found in the tropical forests of Guyana, 
Surinam, Brazil, and Bolivia. 


The shrike-vireos are relatively stout, tropical 
birds with a heavy, hooked bill. The chestnut-sided 
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Nest parasite—A species that lays its eggs in the 
nests of other species. The host raises the parasitic 
egg, and usually does not raise any of its own babies. 


shrike vireo (Vireolanius melitophrys) occurs in tropi- 
cal rainforests of Mexico and Guatemala. 


The peppershrikes also are stouter than the true 
vireos, and have a laterally compressed, hooked bill. 
The rufous-browed peppershrike (Cyclarhis gujanen- 
sis) occurs in open forests from Mexico to Argentina. 


Vireos and people 


In spite of their small size, vireos are economically 
important. Sightings of these birds are avidly sought 
by birdwatchers. Birding is a nonconsumptive field 
sport, and is increasing rapidly in popularity. Birding 
and related activities such as bird feeding have large 
economic impacts, and give great aesthetic pleasure to 
many people. 


Unfortunately, the populations of many species of 
birds that are the targets of these activities, including 
vireos, are declining greatly because of human activ- 
ities. This is especially true of many species native to 
North America. 


Vireos and other birds that share their habitat are 
at risk from changes occurring in both their breeding 
and wintering ranges. There have been tremendous 
decreases in the areas of mature forests that most 
vireos require for breeding in North America. The 
vireos are affected directly by these losses of area of 
their essential habitat, as well as by indirect effects 
associated with the fragmentation of much of the 
remaining habitat into small woodlots. 


Small, isolated, habitat “islands” are highly influ- 
enced by their proximity to edges with younger habitat. 
This circumstance exposes vireos and other birds of the 
forest-interior to a greater intensity of predation, and to 
the disastrous effects of nest-parasitism by the brown- 
headed cowbird (Molothrus ater). Many ornithologists 
believe that these factors are causing large declines in 
the populations of numerous species of migratory for- 
est birds, including many of the vireos. 
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tl Virtual particles 


Virtual particles, in physics, are subatomic par- 
ticles that seemingly form out of nothing (vacuum 
fields conceptually analogous to lines of force between 
magnetic poles) for extremely short periods of time 
and then disappear again. Such particles permeate 
space, mediate particle decay, and mediate the 
exchange of the fundamental forces (electromagnetic, 
weak, strong, and—in accord with quantum theory— 
gravititational forces). Virtual particles are real, have 
measurable effects (as seen in some models of quan- 
tum field theory), and exhibit some of the same char- 
acteristics as real particles, but the same uncertainty 
principle (the Heisenberg uncertainty principle) that 
allows them to come into existence dictates that they 
cannot be directly observed. They come from the per- 
turbation theory within quantum theory, which states 
that real particles can interact with virtual particles. 


Heisenberg’s uncertainty principle, which explains 
the virtual particle phenomenon, is most commonly 
stated as follows: It is impossible to exactly and simulta- 
neously measure both the momentum and position of a 
particle. There is always an uncertainty in momentum 
and an uncertainty in position. More importantly, these 
two uncertainties cannot be reduced to zero together. 


One consequence of Heisenberg’s uncertainty 
principle is that the energy and duration of a particle 
are also characterized by complementary uncertain- 
ties. There is always, at every point in space and time, 
even in a perfect vacuum, an uncertainty in energy 
and an uncertainty in duration, and these two com- 
plementary uncertainties cannot be reduced to zero 
simultaneously. 


The meaning of Heisenberg’s uncertainty princi- 
ple is that something can arise from nothing if the 
something returns to the nothing after a very short 
time—an interval too short in which to be observed. 
These micro-violations of energy conservation are not 
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only allowed to happen, they do, and so empty space is 
seen as something with particle-antiparticle pairs that 
come into being and then annihilate each other again 
after a very short interval. Although these particles 
cannot be observed individually, their existence can 
be demonstrated. 


Normally, a metal plate experiences a storm of 
fleeting impacts from virtual particles on both of its 
surfaces; this vacuum pressure is equal on both sides of 
the plate, and so cancels out. If, however, two parallel 
metal plates are too closely spaced to allow the for- 
mation of relatively large virtual particles between 
them, the vacuum pressure between the plates is less 
than that on their outer surfaces, and they experience a 
net force pushing them together. This force is termed 
the Casimir effect after Dutch physicist Hendrik 
Casimir (1909-2000), who predicted its existence in 
1948, and was experimentally measured in 1997. 


The Casimir effect is only one manifestation of the 
reality of virtual particles. Virtual particles also medi- 
ate the exchange of all forces between particles. For 
example, when an electron experiences electrical repul- 
sion from another electron (electrons are negatively 
charged, and like charges repel), it is actually exchang- 
ing virtual photons with that other electron. Higher- 
energy virtual photons are only allowed by the uncer- 
tainty principle to exist for shorter periods of time, as 
shown by the uncertainty equation, and thus cannot 
travel as far as lower-energy virtual photons; this 
explains why the electric force is stronger at short 
distances. (In fact, all the basic forces—electric, 
strong, weak, and gravitational—diminish with dis- 
tance for this reason. Gravity, however, has not been 
satisfactorily integrated with the equations that 
describe the other three forces.) 


A third role for virtual particles is in decay medi- 
ation. When an unstable subatomic particle decays 
(i.e., breaks down into two or more other subatomic 
particles), it does so by first taking the form ofa virtual 
particle. The virtual particle then completes the decay 
process. In some cases, the intermediate virtual par- 
ticle has more mass than the initial particle or the final 
set of decay products; this does not violate the con- 
servation of mass because the intermediate particle is 
virtual; that is, exists for such a short period of time 
that it falls within the uncertainty bounds prescribed 
for the system’s energy by the Heisenberg uncertainty 
principle. 


This list of phenomena does not describe all the 
properties of virtual particles, but does indicate their 
prevalence. 


See also Quantum mechanics. 
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[ Virtual reality 


Virtual reality (VR) is a technology that provides 
users with an interaction with computer-simulated 
environments. It is a product of the evolution of the 
computer from an instrument that merely received 
input from a user to a machine that can adapt to the 
user’s cues to create an almost life like experience. 


The term virtual reality was coined in 1989 by 
American virtual reality developer Jaron Lanier 
(1960-). Others have described the concept as artificial 
reality, cyberspace, and virtual worlds. 


Virtual reality combines state-of-the-art imaging 
with computer technology to allow users to experience 
a three-dimensional simulated environment. It is this 
environment that was called cyberspace in a novel by 
American-Canadian science-fiction writer William 
Gibson (1948-). 


Cyberspace is interactive. In other words, the user 
can alter the appearance of the image or the nature of 
the scene. This interactive medium incorporates 
powerful computers with video displays, sensors, elec- 
tronic headsets, and gloves. With these tools, users can 
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both see and manipulate a phantom environment that 
appears real. Virtual reality tools under development 
include a whole body suit, which, like diving into 
water, would totally immerse the user in a virtual 
world. Although virtual reality has been popularized 
as a new form of entertainment, it has applications in 
business, industry, and medicine. 


The origin of virtual reality 


The concept of virtual reality dates back to World 
War II (1939-1945). Then, piloting training for com- 
bat missions had need of realistic flight simulators. 
The technology of the day was insufficient to produce 
much beyond a rudimentary simulation. 


By the 1960s, technology advanced to a point where 
virtual reality became possible. In 1966, American 
computer programmer and Internet pioneer Ivan 
Sutherland (1938—) conducted experiments with the 
first head-mounted three-dimensional displays at 
the Massachusetts Institute of Technology’s Lincoln 
Laboratory. Although the headset was extremely 
cumbersome, users were able to view a computer- 
generated three-dimensional cube floating in space. 
By moving the head, users could then inspect various 
aspects of the cube and determine its dimensions. 
Sutherland built the first fully functional head- 
mounted display unit in 1970. 


American computer artist Myron Krueger (1942-) 
also worked on the infant science of virtual reality, first 
at the University of Utah and later at the University of 
Connecticut. His artificial realities used both computers 
and video systems. VIDEOPLACE, a virtual reality 
laboratory, was first exhibited in 1975 at the 
Milwaukee Art Center. Using video displays, computer 
graphics, and position-sensing technologies, Kreuger 
was able to create a virtual environment in darkened 
rooms containing large video screens. People in the 
room could see their own computer-generated silhou- 
ettes and follow their movements in the virtual world 
projected onto the screen. In addition, people in two 
different rooms could see each others’ silhouettes and 
interact in the same virtual world. 


As is the case with other technological advance, 
much of the initial development of virtual reality was 
funded by the military. By 1972, the General Electric 
Corporation had built one of the first computerized 
flight simulators, using three screens surrounding the 
training cockpit to provide a 180-degree field of view 
that simulated flying conditions. In 1979, virtual reality 
technology was incorporated into a head-mounted dis- 
play developed by the McDonnell-Douglas Corporation. 
Three years later, American engineer and research 
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scientist Thomas Furness III, who had created visual 
displays for the military since 1966, developed the pro- 
totype Visually Coupled Airborne Systems Simulator. 
Donning a specialized oversized helmet, pilots were 
presented for the first time with an abstract view of 
flying conditions instead of a reality-based image. Since 
they were unable to see anything but the computerized 
cockpit’s field of view, pilots became totally immersed 
in the graphic representation. 


While scientists like Sutherland and Furness con- 
centrated on the visual components of virtual reality, 
American software engineer and computer scientist 
Frederick Phillips Brooks, Jr. (1931—) began experi- 
menting with tactile feedback, or the sense of touch, in 
the early 1970s at the University of North Carolina. 
However, it was not until 1986 that the computer 
industry developed the tools to simulate tactile expe- 
rience (i.e., sensing by touch). Brooks was able to 
develop his GROPE-III system, which used a special- 
ized remote manipulator based on a device that mim- 
icked arm motions to handle radioactive substances. 
Specifically, the GROPE-III system generated stereo- 
scopic images of molecules and protein structures that 
could be felt and manipulated as though they existed 
in the physical world. 


Components of virtual reality 


Essentially, virtual reality systems consist of the 
computer and software—known as the reality 
engine—input sensors, and output sensors. The input 
sensors are the equipment to computer enthusiasts, 
and include the keyboard, mouse, knobs, and joy- 
sticks. Output devices include the printer and the 
video display monitor. In addition, virtual reality 
input and output devices include the head- and ear- 
mounted equipment mentioned above, and gloves for 
controlling the virtual world. Finally, the fourth sen- 
sory component is the user, who both directs and 
reacts to the chosen environment. 


The reality engine 


The reality engine employs both computer hard- 
ware and software to create the virtual world. Reality 
engines are based largely on the same components that 
make up a personal computer (PC), although much 
more computing power is required for the reality 
engine than what is available in a standard PC. 


One reason for the increased computing power is 
the complexity of the hardware and software neces- 
sary to create a world that appears real. The images 
created by the computer and software are extremely 
complex, compared to the relatively simple line-based 
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graphics associated with computer games. Virtual 
reality images are made with thousands of dots called 
pixels (or picture elements). The more pixels per given 
amount of area, the higher the quality of the image. 
Hence, an image will be more realistic. Creating real- 
istic images that can be manipulated is known as 
realization. These images can be either opaque, in 
which all the viewer sees is the virtual world, or see- 
through, in which the virtual image is projected or 
superimposed onto the outer world. 


The reality engine is also involved in bringing 
sound to the virtual world. Sound enriches the virtual 
world. For example, in a flight simulator, the experi- 
ence of soaring through the air in a simulated cockpit 
is more realistic if the user hears the roar of the 
engines. Sound also enhances participation in the vir- 
tual world by providing the user with audio cues. For 
example, the user may be directed to look for another 
virtual airplane flying overhead. 


To incorporate the total experience provided by 
the sight and sound cues, the reality engine can use 
what is known as haptic enhancement. Haptic 
enhancement utilizes the participant’s other senses of 
touch and pressure in the virtual world. Haptic 
enhancement is a complex process, and the hardware 
and software that are required increase the cost of the 
system tremendously. To date haptic enhancement is 
used mainly military and research applications. 


Headsets 


Head-mounted display (HMD) units use a small 
screen or a pair of screens (one for each eye) that are 
worn in a helmet or a pair of glasses. The HMD allows 
viewers to look at an image from various angles or 
change their field of view by simply moving their 
heads. In contrast, a movie is a passive experience, 
where the view of the audience is controlled by the 
position of the camera that recorded the scene. 


HMD units usually employ cathode ray tube 
(CRT) or liquid crystal display (LCD) technology. 
The optical systems in CRTs reflect an image onto 
the viewer’s eye, creating an image of very clear and 
realistic image. CRT images can be semi-reflective. 
This means that the user can experience the virtual 
world while still being able to see the outside world. 
This permits the user to operate another machine or 
device while viewing the virtual world. 


LCD technology has lagged behind CRT in pic- 
ture quality. LCD monitors display two slightly differ- 
ent images to each eye. The brain processes and 
merges the images into a single three-dimensional 
view. However, LCD systems have the advantages of 
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being slimmer, lighter, and less expensive than CRT 
systems. Thus, LCD is better suited to home entertain- 
ment. As the image quality improves, LCDs will find a 
lucrative niche in the home entertainment market. 


Audio units 


Sound effects in virtual reality rely on a prere- 
corded sound set. This aspect of the virtual reality 
experience is less prone to alteration. 


The audio portion of virtual reality is transmitted 
through small speakers placed over each ear. Audio 
cues may include voices, singing, the sound of bub- 
bling water, thud-like noises of colliding objects—in 
short, any sound that can be recorded. 


While the sounds themselves cannot be changed 
from a recording, the presentation of the sounds to the 
user can be changed. Three-dimensional (omnidirec- 
tional) sound further enhances the virtual reality expe- 
rience. Sound that seems to come from above, below, 
or either side provides audio cues that mimic how 
sounds are heard in the real world (e.g., footsteps 
approaching or a plane flying overhead). Three- 
dimensional sound is achieved through the use of 
complex filtering devices. This technology must take 
into account the delay in the detection of sound by the 
ear that is furthest away from the source of the sound 
(interaural time difference) and the tendency of one 
ear to hear a sound more loudly than the other ear 
(interaural amplitude difference). 


The most complex human hearing dynamic is 
called head-related transfer functions (HRTF). 
HRTF accounts for how the eardrum and inner ear 
process sound waves. Factors that are influential in 
HRTF include the various frequencies at which the 
sound waves travel, and how waves are absorbed and 
reflected by other objects. HRTF audio processing 
enables the listener to locate a sound source and to 
focus in on a specific sound out of a multitude of 
sounds. (i.e., the sound of their name called out in the 
midst of a noisy party). 


Gloves 


A popular image of a virtual reality experience 
shows the user wearing gloves. The gloves allow the 
user to interact with the virtual world. For example, 
the user may pick up a virtual block, and, by turning 
their gloved hands, turn the block over and set it ona 
virtual table. 


Virtual reality gloves are wired with thin fiber- 
optic cables, or have light-emitting diodes positioned 
at critical points over the gloves’ surface. The optics 
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detects the amount of light passing through the cable 
in relation to the movement of the hand or joint. The 
computer then analyzes the corresponding informa- 
tion and projects this moving hand into the virtual 
reality. Magnetic tracking systems are also used to 
determine where the hand is in space in relation to 
the virtual scene. 


Some gloves use haptic enhancement to provide a 
sense of touch and feel. In haptic enhancement, the 
reality engine relays the various sensations of force, 
heat, and texture that are experienced by the user to 
the computer software. The software can use the infor- 
mation to determine an outcome of the user’s actions, 
and relay the outcomes back to the user. For example, 
if the user closes a hand on a virtual squeeze toy, the 
software will alter the virtual image to show the toy 
becoming compressed. To achieve this two-way com- 
munication, virtual reality gloves may use either air 
pressure (such as strategically placed, inflated air 
pockets in the glove) or vibrating transducers placed 
next to the skin (such as a voice coil from a stereo 
speaker or alloys, which change shape through the 
conduction of electrical currents) to simulate tactile 
experience. 


Tools under development 


Many other virtual reality tools are in the phases 
of research and development. Remote control robotic 
or manipulation devices are being tested for industry 
and medicine. Already, surgery has been done by a 
physician located hundreds of miles away from the 
patient, by means of robotics and virtual imaging. 


Special wands with sensors, joysticks, and finger 
sensors such as picks and rings will eventually be as 
common to virtual reality technology as microwaves 
are to cooking. The technology to control the virtual 
world through voice commands is also rapidly 
advancing. 


Perhaps the most impressive technology under 
development is the whole body suit. These suits 
would function similarly to the gloves, creating a vir- 
tual body that could take a stroll through a virtual 
world and feel a virtual windstorm. 


Applications of virtual reality 


The potential for virtual reality as an entertain- 
ment medium is apparent. Instead of manipulating 
computerized images of two boxers or a car race, the 
virtual playground allows the user to experience the 
event. Disney World’s Epcot Center houses a virtual 
reality system. 
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Most entertainment applications of the present 
day are visually based. Virtual reality will allow play- 
ers of the future to experience a variety of tactile 
events. For example, in a simulated boxing match, 
virtual reality users would bob and weave, and 
throw, land, and receive punches in return. 


Virtual reality also has practical applications in 
business, manufacturing, and medicine. Already, the 
National Aeronautics and Space Administration 
(NASA) has developed a virtual wind tunnel to test 
aerodynamics shape. Virtual reality holds promise for 
discovering the most efficient manufacturing condi- 
tions by allowing planners to evaluate the actual phys- 
ical motions and strength needed to complete a job. 
For example, the McDonnell-Douglas Corporation is 
using virtual reality to explore the use of different 
materials and tools in building the F-18 E/F aircraft. 
The study of people in relation to their environments 
(ergonomics) may also be revolutionized by trials in 
cyberspace. Engineers at the Volvo car company use 
virtual reality to test various designs for the dashboard 
configuration from the perspective of the user. 


In medicine, virtual reality systems are being devel- 
oped to help surgeons plan and practice delicate surgi- 
cal procedures. Philip Green, a researcher at SRI 
International, has developed a telemanipulator, a spe- 
cial remote-controlled robot, to be used in surgery. A 
physician in Halifax, Nova Scotia, on a patient located 
hundreds of miles away, performed such surgery in 
2002. Using instruments connected to a computer, the 
operation was performed cyberspace, while the com- 
puter sent signals to direct the telemanipulator. Because 
of the time delay factor for distances exceeding a few 
hundred miles (communications can travel only at the 
speed of light, which is still a crucial amount of time for 
surgeries), such remote surgery was not possible until 
about 2004-2005 when robotic surgery was able to be 
tested between the United States and Europe. The tests 
involved a dedicated broadband fiber optic cable con- 
nection that minimized the time delay to only 155 milli- 
seconds. As bandwidth and next-generation Internet 
capabilities improves, such remote surgeries will 
become a reality around the world. 


Virtual reality may even have applications in psy- 
chiatry. For example, someone with acrophobia (a 
fear of heights) may be treated by having the patient 
stand atop virtual skyscrapers or soar through the air 
like a bird. 


On the horizon of virtual reality 
Virtual reality will no doubt mirror the breath 


taking pace of development that is the norm for 
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KEY TERMS 


Pixel—A word used for picture elements, or dots, 
that make up a computerized image. 


Three-dimensional—A _ visual representation in 
terms of height, width, and depth as opposed to a 
“flat” image that represents only height and width. 


other computerized applications. Thus, what is state 
of the art now will be commonplace in decades. 


Aspects of virtual technology that are just ideas 
now will become reality soon. For example, technol- 
ogy is being developed to use the retina of the eye as a 
screen for images that could be transmitted directly to 
the brain through the optic nerve. Virtual sight would 
become a replacement for natural sight in those blind 
people whose optical hardware was intact. 


Also under development is technology to allow 
the remote operation of aircraft and other machines 
as though the user were actually in the machine. 
Traveling to France or Greece, including the experi- 
ence of climbing the Eiffel Tower or basking on a sun- 
drenched beach, may be as easy as donning a headset 
and body suit and plugging in. 


Like most technological advances, virtual reality 
has social and psychological ramifications. Critics 
argue that virtual reality could cause some people to 
forego emotions and interpersonal relationships for 
the safe, controllable virtual world. But proponents 
say advances from the proper applications of this 
technology—both as a means of interacting with the 
real world and as an end of facilitating training and 
entertainment—far outweigh the potential for antiso- 
cial abuse. 
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| Virus 


A virus is a small, infectious agent that consists of 
a core of genetic material (either deoxyribonucleic acid 
[DNA] or ribonucleic acid [RNA]) surrounded by a 
shell of protein. Viruses cause disease by infecting a 
host cell and commandeering the host cell’s synthetic 
capabilities to produce more viruses. The newly made 
viruses then leave the host cell, sometimes killing it in 
the process, and proceed to infect other cells within the 
host. Because viruses invade cells, no drug therapy has 
yet been designed to kill viruses. The human immune 
system is the only defense against a viral disease. 


Viruses can infect both plants, bacteria, and ani- 
mals. The tobacco mosaic virus, one of the most studied 
of all viruses, infects tobacco plants. Bacterial viruses, 
called bacteriophages, infect a variety of bacteria, such 
as Escherichia coli, a bacteria commonly found in the 
human digestive tract. Animal viruses cause a variety of 
fatal diseases. Acquired Immune Deficiency Syndrome 
(AIDS) is caused by the Human Immunodeficiency 
Virus (HIV); hepatitis and rabies are viral diseases; 
and the so-called hemorrhagic fevers, which are char- 
acterized by severe internal bleeding, are caused by 
filoviruses. Other animal viruses cause some of the 
most common human diseases. Often, these diseases 
strike in childhood. Measles, mumps, and chickenpox 
are viral diseases. The common cold and influenza are 
also caused by viruses. Finally, some viruses can cause 
cancer and tumors. One such virus, Human T-cell 
Leukemia Virus (HTLV), was only recently discovered 
and its role in the development of a special kind of 
leukemia is still being elucidated. 


Structure of viruses 


Although viral structure varies considerably 
between the different types of viruses, all viruses 
share some common characteristics. All viruses con- 
tain either RNA or DNA surrounded by a protective 
protein shell called a capsid. Some viruses have a 
double strand of DNA, others a single strand of 
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DNA. Other viruses have a double strand of RNA or 
a single strand of RNA. The size of the genetic mate- 
rial of viruses is often quite small. Compared to the 
100,000 genes that exist within human DNA, viral 
genes number from 10 to about 200 genes. 


The capsid of viruses is relatively simple in struc- 
ture, owing to the few genes that the virus contains to 
encode the capsid. Most viral capsids consist of a few 
repeating protein subunits. The capsid serves two 
functions: it protects the viral genetic material and it 
helps the virus introduce itself into the host cell. Many 
viruses are extremely specific, targeting only certain 
cells within the plant or animal body. HIV, for 
instance, targets a specific immune cell, the T helper 
cell. The cold virus targets respiratory cells, leaving the 
other cells in the body alone. How a virus was capable 
of this degree of recognition involves special receptors 
on the viral cpasid surface that match receptors on 
their targeted host cells. When the virus encounters 
the correct receptors on a host cell, it docks with this 
host cell and begins the process of infection and 
replication. 


Most viruses are rod-shaped or roughly sphere- 
shaped. Rod-shaped viruses include tobacco mosaic 
virus and the filoviruses. Although they look like rods 
under a microscope, these viral capsids are actually 
composed of protein molecules arranged in a helix. 
Other viruses are shaped somewhat like spheres, 
although many viruses are not actual spheres. The 
capsid of the adenovirus, which infects the respiratory 
tract of animals, consists of 20 triangular faces. This 
shape is called an icosahedron. HIV is a true sphere, as 
is the influenza virus. 


Some viruses are neither rod- nor sphere-shaped. 
The poxviruses are rectangular, looking somewhat 
like bricks. Parapoxviruses are ovoid. Bacteriophages 
are the most unusually shaped of all viruses. A bacter- 
iophage consists of a head region attached to a sheath. 
Protruding from the sheath are tail fibers that dock 
with the host bacterium. Bacteriophage structure is 
eminently suited to the way it infects cells. Instead of 
the entire virus entering the bacterium, the bacterio- 
phage injects its genetic material into the cell, leaving 
an empty capsid on the surface of the bacterium. 


All viruses consist of genetic material surrounded 
by a capsid; but variations exist within this basic 
structure. Studding the envelope of these viruses are 
protein spikes. These spikes are clearly visible on some 
viruses, such as the influenza viruses; on other envel- 
oped viruses, the spikes are extremely difficult to see. 
The spikes help the virus invade host cells. The influ- 
enza virus, for instance, has two types of spikes. One 
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Figure 1. In addition to the capsid, some viruses are surrounded by an envelope, consisting of protein and lipid, which is 
acquired as the virus exits the host cell. Viruses that have an envelope exit host cells by exocytosis, in which they "bud out" from 
the host cell. As they bud out, they take pieces of the host cell’s plasma membrane with them and use these pieces as the 


protective envelope. (Hans & Cassidy. Courtesy of Gale Group.) 


type, composed of hemagglutinin protein, fuses with 
the host cell membrane, allowing the virus particle to 
enter the cell. The other type of spike, composed of the 
protein neuraminidase, helps the newly formed virus 
particles to bud out from the host cell membrane. 


Viruses contain such small amounts of genetic 
material because the only activity that they perform 
independently of a host cell is the synthesis of the 
protein capsid. In order to reproduce, a virus must 
infect a host cell and take over the host cell’s synthetic 
machinery. This aspect of viruses—that the virus does 
not appear to be “alive” until it infects a host cell—has 
led to controversy in describing the nature of viruses. 
Are they living or non-living? When viruses are not 
inside a host cell, they do not appear to carry out many 
of the functions ascribed to living things, such as 
reproduction, metabolism, and movement. When 
they infect a host cell, they acquire these capabilities. 
Thus, viruses are both living and non-living. It was 
once acceptable to describe viruses as agents that exist 
on the boundary between living and non-living; how- 
ever, a more accurate description of viruses is that they 
are either active or inactive, a description that leaves 
the question of life behind altogether. 


The origin of viruses is also controversial. Some 
viruses, such as the pox viruses, are so complex that 
they appear to have been derived from some kind of 
living eukaryote or prokaryote. The origin of the pox- 
virus could therefore resemble that of mitochondria 
and chloroplasts, organelles within eukaryotic cells 
which are thought to have once been independent 
organisms. On the other hand, some viruses are 
extremely simple in structure, leading to the conclusion 
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that these viruses are derived from cellular genetic 
material that somehow acquired the capacity to exist 
independently. This possibility is much more likely for 
most viruses; however, scientists still believe that the 
poxvirus is the exception to this scenario. 


Viral infection 


Viruses are obligate intracellular parasites, mean- 
ing that in order to replicate, they need to be inside a 
host cell. Viruses lack the machinery and enzymes nec- 
essary to reproduce; the only synthetic activity they 
perform on their own is to synthesize their capsids. 


The infection cycle of most viruses follows a basic 
pattern. First, the virus docks with the host cell. The 
genetic material of the virus then enters the host cell 
and the virus loses its capsid. Once inside the host cell, 
the viral RNA or DNA takes over the cellular machi- 
nery to make more viruses. Viral subunits are pro- 
duced, which are then assembled to make whole 
viruses. Finally, the new viruses leave the host cell, 
either by exocytosis or by destroying the host cell. 


Bacteriophages are unusual in that they can infect 
a bacterium in two ways (although other viruses may 
replicate in these two ways as well). In the lytic cycle of 
replication, the bacteriophage destroys the bacterium 
it infects. In the lysogenic cycle, however, the bacter- 
iophage coexists with its bacterial host, and remains 
inside the bacterium throughout its life, reproducing 
only when the bacterium itself reproduces. 


An example of a bacteriophage that undergoes 
lytic replication inside a bacterial host is the T4 


4587 


sndlA, 


Virus 


Q 
Virus & w° 
S90 — Capsid 


Entry into cell and 
uncoating of DNA 


Viral DNA AARARA 


1. wef 


pe Viral DNA 


AWM 


Yo 


ANNINIVIA RNA 


Translation 


een 6, 
ee% ene) © Capsid 


e) 
proteins 
ve ° (ome) 


3. Self-assembly of offspring 
virus particles and exit 


from cell 


Pe’ 


Figure 2. First, the virus docks with the host cell. The genetic material of the virus then enters the host cell and the virus loses its 
capsid. Once inside the host cell, the viral RNA or DNA takes over the cellular machinery to make more viruses. Viral subunits are 
produced, which are then assembled to make whole viruses. Finally, the new viruses leave the host cell, either by exocytosis or 
by destroying the host cell. (Hans & Cassidy. Courtesy of Gale Group.) 


bacteriophage which infects E. coli. T4 begins the 
infection cycle by docking with an E. coli bacterium. 
The tail fibers of the bacteriophage make contact with 
the cell wall of the bacterium, and the bacteriophage 
then injects its genetic material into the bacterium. 
Inside the bacterium, the viral genes are transcribed. 
One of the first products produced from the viral genes 
is an enzyme that destroys the bacterium’s own genetic 
material. Now, the virus can proceed in its replication 
unhampered by the bacterial genes. Parts of new 
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bacteriophages are produced and assembled. The bac- 
terium then bursts, and the new bacteriophages are 
freed to infect other bacteria. This entire process takes 
only 20-30 minutes. 


In the lysogenic cycle, the bacteriophage reprodu- 
ces its genetic material but does not destroy the host’s 
genetic material. The bacteriophage called lambda, 
another £. coli-infecting virus, is an example of a 
bacteriophage that undergoes lysogenic replication 
within a bacterial host. After the viral DNA has been 
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A transmission electron micrograph (TEM) of human herpes 
virus type 6 (HHV6) infecting a human cell. This cell was 
isolated from an AIDS patient suffering a secondary infection 
with the virus. HHV6 is now known to be the cause of the 
childhood disease roseola, which produces sudden fever, 
irritability, and a skin rash. (A. B. Dowsett. Science Photo Library, 
National Audubon Society Collection/ Photo Researchers, Inc.) 


injected into the bacterial host, it assumes a circular 
shape. At this point, the replication cycle can either 
become lytic or lysogenic. In a lysogenic cycle, the 
circular DNA attaches to the host cell genome at a 
specific place. This combination host-viral genome is 
called a prophage. Most of the viral genes within the 
prophage are repressed by a special repressor protein, 
so they do not encode the production of new bacter- 
iophages. However, each time the bacterium divides, 
the viral genes are replicated along with the host genes. 
The bacterial progeny are thus lysogenically infected 
with viral genes. 


Interestingly, bacteria that contain prophages can 
be destroyed when the viral DNA is suddenly triggered 
to undergo lytic replication. Radiation and chemicals 
are often the triggers that initiate lytic replication. 
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Another interesting aspect of prophages is the role 
they play in human diseases. The bacteria that cause 
diphtheria and botulism both harbor viruses. The viral 
genes encode powerful toxins that have devastating 
effects on the human body. Without the infecting 
viruses, these bacteria may well be innocuous. It is 
the presence of viruses that makes these bacterial dis- 
eases so lethal. 


Types of viruses 


Scientists have classified viruses according to the 
type of genetic material they contain. Broad categories 
of viruses include double-stranded DNA viruses, single- 
stranded DNA viruses, double-stranded RNA viruses, 
and single stranded RNA viruses. 


Poxviruses are the most complex kind of viruses 
known. They have large amounts of genetic material 
and fibrils anchored to the outside of the viral capsid 
that assist in attachment to the host cell. Poxviruses 
contain a double strand of DNA. 


Herpesviruses are enveloped, double-stranded 
DNA viruses. Of the more than 50 herpes viruses that 
exist, only eight cause disease in humans. These include 
the human herpes virus types 1 and 2 that cause cold 
sores and genital herpes; human herpes virus 3, or 
varicella-zoster virus (VZV), that causes chickenpox 
and shingles; cytomegalovirus, a virus that in some 
individuals attacks the cells of the eye and leads to 
blindness; human herpes virus 4, or Epstein-Barr 
virus, which has been implicated in a cancer called 
Burkitt’s lymphoma; and human herpes virus types 6 
and 7, newly discovered viruses that infect white blood 
cells. In addition, herpes B virus is a virus that infects 
monkeys and can be transmitted to humans by han- 
dling infected monkeys. 


Adenoviruses are viruses that attack respiratory, 
intestinal, and eye cells in animals. More than 40 kinds 
of human adenoviruses have been identified. 
Adenoviruses contain double-stranded DNA within a 
20-faceted capsid. Adenoviruses that target respiratory 
cells cause bronchitis, pneumonia, and_tonsillitis. 
Gastrointestinal illnesses caused by adenoviruses are 
usually characterized by diarrhea and are often accom- 
panied by respiratory symptoms. Some forms of appen- 
dicitis are also caused by adenoviruses. Eye illnesses 
caused by adenoviruses include conjunctivitis, an infec- 
tion of the eye tissues, as well as a disease called phar- 
yngoconjunctival fever, a disease in which the virus is 
transmitted in poorly chlorinated swimming pools. 


Human papoviruses include two groups: the pap- 
illoma viruses and the polyomaviruses. Human papo- 
viruses are the smallest double-stranded DNA viruses. 


4589 


snr 


Virus 


They replicate within cells through both the lytic and 
the lysogenic replication cycles. Because of their lyso- 
genic capabilities, human papilloma virus-containing 
cells can be produced through the replication of those 
cells that the virus initially infects. In this way, human 
papoviruses infect epithelial cells, such as the cells of 
the skin. The viruses cause several kinds of benign 
(non-cancerous) warts, including plantar warts 
(those that form on the soles of the feet) and genital 
warts. However, these viruses have also been impli- 
cated in a form of cervical cancer that accounts for 
slightly less than 10% of all female cancers. 


Human papoviruses contain oncogenes, or genes 
that encode for growth factors that initiate the uncon- 
trolled growth of cells. This uncontrolled proliferation 
of cells is called cancer. When the oncogenes within an 
epithelial cell are activated, they cause the epithelial 
cell to proliferate. In the cervix (the opening of the 
uterus), the cell proliferation manifests first as a con- 
dition called cervical neoplasia. In this condition, the 
cervical cells proliferate and begin to crowd together. 
Eventually, cervical neoplasia can lead to full-blown 
cancer. 


Polyomaviruses are somewhat mysterious viruses. 
Studies of blood have revealed that 80% of children 
aged five to none years have antibodies to these 
viruses, indicating that they have at some point been 
exposed to polyomaviruses. However, it is not clear 
what disease this virus causes. Some evidence exists 
that a mild respiratory illness is present when the first 
antibodies to the virus are evident. The only disease 
that is certainly caused by polyomavirses is called 
progressive multifocal leukoencephalopathy, a disease 
in which the virus infects specific brain cells called the 
oligodendrocytes. This malady is a debilitating disease 
that is usually fatal, and is marked by progressive 
neurological degeneration. It usually occurs in people 
with suppressed immune systems, such as cancer 
patients and people with AIDS. 


The hepadnaviruses cause several diseases, includ- 
ing hepatitis B. Hepatitis B is a chronic, debilitating 
disease of the liver and immune system. The disease is 
much more serious than hepatitis A for several rea- 
sons: it is chronic and long-lasting; it can cause cir- 
rhosis and cancer of the liver; and many people who 
contract the disease become carriers of the virus, able 
to transmit the virus through body fluids such as 
blood, semen, and vaginal secretions. 


The hepatitis B virus infects liver cells and has one 
of the smallest viral genomes. A double-stranded 
DNA virus, Hepatitis B virus is able to integrate its 
genome into the host cell’s genome. When this inte- 
gration occurs, the viral genome is replicated each time 
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the cell divides. Individuals who have integrated hep- 
atitis B virus into their cells become carriers of the 
disease. Recently, a vaccine against hepatitis B was 
developed. The vaccine is especially recommended 
for health care workers who through exposure to 
patient’s body fluids are at high risk for infection. 


Parvoviruses are icosahedral, single-stranded 
DNA viruses that infect a wide variety of mammals. 
Each type of parvovirus has its own host. For instance, 
one type of parvovirus causes disease in humans; 
another type causes disease in cats; while still another 
type causes disease in dogs. The disease caused by 
parvovirus in humans is called erythremia infectio- 
sum, a disease of the red blood cells that is relatively 
rare except for individuals who have the inherited 
disorder sickle-cell anemia. Canine and feline parvo- 
virus infections are fatal, but a vaccine against parvo- 
virus is available for dogs and cats. 


Orthomyxoviruses cause influenza (flu). This 
highly contagious viral infection can quickly assume 
epidemic proportions, given the right environmental 
conditions. An influenza outbreak is considered an 
epidemic when more than 10% of the population is 
infected. Antibodies that are made against one type of 
rhinovirus are often ineffective against other types of 
viruses. For this reason, most people are susceptible to 
colds from season to season. 


These helical, enveloped, single-stranded RNA 
viruses cause pneumonia, croup, measles, and mumps 
in children. A vaccine against measles and mumps has 
greatly reduced the incidence of these diseases in the 
United States. In addition, a paramyxovirus called 
respiratory syncytial virus (RSV) causes bronchiolitis 
(an infection of the bronchioles) and pneumonia. 


Flaviviruses (from the Latin word meaning yel- 
low) cause insect-carried diseases including yellow 
fever, an often-fatal disease characterized by high 
fever and internal bleeding. Flaviviruses are single- 
stranded RNA viruses. 


The two filoviruses, Ebola virus and Marburg 
virus, are among the most lethal of all human viruses. 
Both cause severe fevers accompanied by internal 
bleeding, which eventually kills the victim. The fatal- 
ity rate of Marburg is about 60%, while the fatality 
rate of Ebola virus approaches 90%. Both are trans- 
mitted through contact with body fluids. Marburg 
and Ebola also infect primates. Study of these viruses 
is limited because the outbreaks appear quickly and 
disappear just as quickly, and because laboratory 
study requires a facility that is “escape-proof” for 
the virus; only a handful of such facilities exist world- 
wide as of 2006 
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KEY TERMS 


Bacteriophage—A virus that infects bacteria. 
Capsid—tThe outer protein coat of a virus. 
Deoxyribonucleic acid (DNA)—The genetic mate- 
rial in a cell; in the nucleus, DNA transcribes RNA 
for the synthesis of proteins. 

Envelope—The outermost covering of some viruses; 
it is composed of lipid and protein acquired from the 
host cell’s plasma membrane as the virus buds out 
from the cell. 

Eukaryote—A cell whose genetic material is carried 
on chromosomes inside a nucleus encased in a 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 
Exocytosis—The process by which a virus “buds 
out” from the host cell. 

Genome—The complete sequence of genes within a 
cell or virus. 

Host cell—The specific cell that a virus targets and 
infects. 


Icosahedron—A 20-sided polyhedron. 


Rhabdoviruses are bullet-shaped, single-stranded 
RNA viruses. They are responsible for rabies, a fatal 
disease that affects dogs, rodents, and humans. 


Retroviruses are unique viruses. They are double- 
stranded RNA viruses that contain an enzyme called 
reverse transcriptase. Within the host cell, the virus 
uses reverse transcriptase to make a DNA copy from 
its RNA genome. In all other organisms, RNA is 
synthesized from DNA. Cells infected with retrovi- 
ruses are the only living things that reverse this 
process. 


The first retroviruses discovered were viruses that 
infect chickens. The Rous sarcoma virus, discovered in 
the 1950s by Peyton Rous (1879-1970), was also the 
first virus that was linked to cancer. However, it was 
not until 1980 that the first human retrovirus was 
discovered. Called Human T-cell Leukemia Virus 
(HTLV), this virus causes a form of leukemia called 
adult T-cell leukemia. In 1983, another human retro- 
virus, Human Immunodeficiency Virus, the virus 
responsible for AIDS, was discovered independently 
by two researchers. Both HIV and HTLV are trans- 
mitted in body fluids. 
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Lysogenic cycle—A viral replication cycle in which 
the virus does not destroy the host cell but co-exists 
within it. 

Lytic cycle—A viral replication cycle in which the 
virus destroys the host cell. 


Obligate intracellular parasite—An organism or 
agent, such as a virus, that cannot reproduce unless 
it is inside a cell. 


Oncogene—A gene that encodes for growth factors; 
oncogenes are believed to cause the cancerous 
growth of cells. 


Prokaryote—A type of cell without a true nucleus, 
such as a bacterium. 


Retrovirus—A type of virus that inserts its genetic 
material into the chromosomes of the cells it infects. 


Reverse transcriptase—The enzyme that allows a 
retrovirus to transcribe DNA from RNA. 


Ribonucleic acid—RNA; the molecule translated 
from DNA in the nucleus that directs protein syn- 
thesis in the cytoplasm; it is also the genetic material 
of many viruses. 
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tl Viscosity 


The viscosity of a fluid is an internal measure of its 
resistance to continuous deformation caused by slid- 
ing or shearing forces. It is commonly described as a 
resistance to pouring of a liquid, such as the viscosity 
different grades of automobile oil. Thus, it can be 
described as a measure of fluid friction. 
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Viscosity 


Liquids of different viscosities. (© Yoav Levy/Phototake NYC.) 


Imagine a fluid between two flat plates; one plate 
is stationary and the other is being moved by a force at 
a constant velocity parallel to the first plate. The 
applied force per unit area of the plate is called the 
shear stress. The applied shear stress keeps the plate in 
motion and, when the plate velocity is steady, this 
shear stress is in equilibrium with the frictional and 
drag forces within the fluid. 


All fluids, except superfluids (those with a com- 
plete absence of viscosity), contain some factor that 
pose a resistance to shear stress. Those fluids that have 
no resistance to shear stress are called ideal fluids. 


The shear stress is proportional to the speed of the 
plate and inversely proportional to the distance between 
the plates. The proportionality factor between the shear 
stress and the velocity difference between the plates is 
defined as the coefficient of viscosity or simply the 
viscosity of the fluid. Thick fluids such as tar or honey 
have a high viscosity; thin fluids such as water or alco- 
hol have a low viscosity. 


In general, viscosity is a function of temperature 
and pressure; however, in some fluids viscosity is 
dependent on the rate of shear and time. When brushed 
on (sheared) quickly, fluids such as paint have a low 
viscosity and flow easily. After paint is applied, only the 
slow and steady pull of its weight causes it to flow; at 
this slow shear rate the viscosity of paint is high and it 
resists the tendency to flow or sag. Fluids that behave in 
this manner are called non-Newtonian fluids. Other 
examples are liquid plastics and mud. For gases and 
non-polymeric liquids like water, viscosity is independ- 
ent of the fluid’s shear stress and history. These are 
called Newtonian fluids. In the case of gases, the vis- 
cosity increases with temperature because of the 
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increased molecular activity at higher temperatures. 
Liquids, conversely, generally show decreasing viscos- 
ity with increasing temperature. 


When large intermolecular forces are present, a 
liquid will tend to be thick or highly viscous. For 
example, glycerin is thick because it has a high 
capacity to form hydrogen bonds with itself. Liquids 
that have complex molecular structure viscosity will 
also tend to be higher because the molecules can 
become entangled. 


Any material that flows will exhibits viscosity. 
The unit of measure typically used for viscosity is 
poise (P or Po) or centipoise (cP or cPo) (where one 
centipoise equals 100 poises; and one poise is also 
equal to 0.1 pascal-second). The unit of poise was 
defined around 1924, being named for French physi- 
cian and physiologist Jean Louis Marie Poiseuille 
(1799-1869), who formulated mathematical expres- 
sions for the flow rate of fluids in circular tubes. The 
viscosity equation known as the Hagen-Poiseuille 
equation is named after him and Gotthilf Heinrich 
Ludwig Hagen (1797-1884). 


Viscosity is determined by applying a continuous 
force in order to push one layer of a fluid so that it 
moves faster than another fluid layer. The magnitude 
of this constant force, which is often measured in dynes 
per square centimeter, is determined as that amount 
necessary to maintain a difference of velocity of one 
centimeter per second between two fluid layers that are 
one centimeter apart. The viscosity measurement for 
water is defined as | centipoise (0.0100 poises) at room 
temperature of 68°F (20°C). However, water’s viscosity 
at its boiling point of 212°F (100°C) drops to 0.0038 
poises. Oils are thicker, having values between 100 and 
100,000 centipoises. High molecular weight polymers 
can have viscosity values in the millions of centipoises 
range. 


Liquids can be classified by the type of flow behav- 
ior they exhibit. In Newtonian fluids, the shear stress is 
in direct proportion to the shear rate. This proportion 
means that the viscosity measurement will remain con- 
stant even after several viscosity measurements. 
Examples of Newtonian fluids include water, glycerin, 
and light oils. In non-Newtonian fluids, the viscosity 
measurements change depending on shear stress. Shear 
thinning fluids exhibit a reduced viscosity value as the 
shear rate is increased. Shear thickening fluids have 
higher viscosity values as shear rate is increased. 


The viscosity of certain systems is time-dependent. 
These systems are called thixotropic, and are character- 
ized by a difference in viscosity, depending on the speed 
at which the shear force is applied. An example of this 
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type of system is ketchup. When left in a bottle undis- 
turbed, ketchup remains thick. When enough force is 
put on the system, it immediately thins. Ketchup has a 
viscosity of about 50,000 to 70,000 centipoises. 


Viscosity is an important quality control charac- 
teristic for a variety of products. It is used to ensure 
that such products as shampoos, hand creams, paints, 
and inks are stable. Additionally, it is used to measure 
the molecular weight of polymers and determine when 
a polymerization reaction is complete. 


Lubricants are important in industrial and commer- 
cial applications because of their ability to flow easily 
under large changes in temperatures. Products, such as 
silicone oils, help to lubricate machinery in a wide vari- 
ety of uses. They are also applied in various areas of the 
world, from those with extreme cold temperatures to 
those with extreme hot climates. The flow of liquids in 
pipes, the performance of oil-lubricated bearings in 
engines or oil-filled automotive shock absorbers, and 
the air resistance on a moving car or airplane are all 
dependent on the viscosity of the fluids involved. 


| Vision 


Vision is sight, the act of seeing with the eyes. In 
humans, sight conveys more information to the brain 
than either hearing, touch, taste, or smell, and con- 
tributes enormously to memory and other require- 
ments for our normal, everyday functioning. Because 
we see objects with two eyes at the same time, human 
vision is binocular, and therefore stereoscopic. Vision 
begins when light enters the eye, stimulating photo- 
receptor cells in the retina called rods and cones. The 
retina forms the inner lining of each eye and functions 
in many ways like film in a camera. The photoreceptor 
cells produce electrical impulses which they transmit 
to adjoining nerve cells (neurons), which converge at 
the optic nerve at the back of the retina. The visual 
information coded as electrical impulses travels along 
nerve tracts to reach each visual cortex in the posterior 
of the brain’s left and right hemispheres. Each eye 
conveys a slightly different, two-dimensional (flat) 
image to the brain, which has the amazing ability to 
decode and interpret these images into a clear, color- 
ful, three-dimensional view of the world. 


Our 3-D view of the world 


Because our eyes are separated by about 2.6 in (6.5 
cm), each eye has a slightly different horizontal view. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


This phenomenon is called “binocular displacement.” 
The visual images reaching the retina of each eye is a 
two-dimensional flat image. In normal binocular vision, 
the blending of these two images into one single image is 
called stereopsis, which produces a three-dimensional 
view (one with a sense of depth), and allows the brain 
to accurately judge an object’s depth and distance in 
space in relation to ourselves and other objects. 


Depth and distance perception is also available 
without binocular displacement and is called monocu- 
lar stereopsis. Even with one eye closed, a car close to 
us will appear much larger than the same sized car a 
mile down the road, or two rails of a railway line 
appear to draw closer together the further they run 
off into the distance. The ability to unconsciously and 
instantaneously assess depth and distance enables us 
to move about in space without continually bumping 
into objects or stumbling over steps. 


Ocular dominance 


Studies strongly indicate there is a critical period 
during which normal development of the visual system 
takes place—a period when environmental informa- 
tion is permanently encoded within the brain. 
Although the exact time frame of the critical period 
is not clear, it is believed that by age six or seven years, 
visual maturation is complete. Animal studies show 
that if one eye is completely covered during the entire 
critical period, neurons in the visual pathway and 
brain connected to the covered eye do not develop 
normally. When that eye is finally uncovered, only 
neurons relating to the eye that was not covered func- 
tion in the visual process. This is an example of “ocular 
dominance,” when cells activated by one eye dominate 
over the cells of the other. 


Memory 


Just as vision plays an important role in memory, 
memory plays an important role in vision. The brain 
accurately stores an incredible amount of visual data 
which it draws upon every time the eyes look at some- 
thing. For example, imagine fishing in a quiet stream 
and the cork on your line begins to bob up and down 
in the water. Although you cannot see under the water, 
your brain—from previous knowledge—remembers 
that a fish tugging at the worm on the hook will 
cause the floater to bob and tells you to pull the line in. 


Electrochemical messengers 


The entire visual pathway—from the retina to the 
visual cortex—is paved with millions of neurons. 
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Vision 


From the time light enters the eye until the brain forms 
a visual image, vision relies upon the process of elec- 
trochemical communication between neurons. Each 
neuron has a cell body with branching fibers called 
dendrites and a single long, cylindrical fiber called an 
axon. When a neuron is stimulated it sends chemicals 
called neurotransmitters, which causes the release of 
electrical impulses along the axon. The point where 
information passes from one cell to the next is a gap 
called a synapse, and neurotransmitters affect the 
transmission of electrical impulses on to an adjacent 
cell. This synaptic transmission of impulses is repeated 
until the message reaches the appropriate location in 
the brain. In the retina, approximately 125 million 
rods and cones transmit information to approximately 
one million ganglion cells. This means that many rods 
and cones must converge onto one single cell. At the 
same time, however, information from each single rod 
and cone “diverges” on to more than one ganglion cell. 
This complicated phenomenon of convergence and 
divergence occurs along the entire optic pathway. 
The brain must transform all this stimulation into 
useful information and respond to it by sending mes- 
sages back to the eye and other parts of the brain 
before we can see. 


Our eyes adapt to an incredible range of light 
intensities—from the glare of sunlight on glistening 
snow to the glow of moonlight on rippling water. 
Although the pupil regulates to some degree the 
amount of light entering the eye, it is the rods and 
cones which allow our vision to adapt to such extremes. 
Rod vision begins in dim light at the level of darkness 
and responds for up to five orders of intensity. Cones 
function in bright light and are responsible for color 
vision and visual activity. 


When light hits the surface of an object, it is either 
absorbed, reflected, or passes through—as it does 
through clear glass. The amount of pigment in an 
object helps us determine its color. The amount of 
light absorbed by an object is determined by the 
amount of pigment, or color, contained in that object. 
The more heavily pigmented the object, the darker it 
appears because it absorbs more light. A sparsely 
pigmented object, which absorbs very little light and 
reflects a lot back, appears lighter. 


Color vision 


Human color perception is dependent on three 
conditions. First, whether we have normal color 
vision; second, whether an object reflects or absorbs 
light; and third, whether the source of light transmits 
wavelengths within the visible spectrum. Rods contain 
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only one pigment which is sensitive to very dim light, 
and which facilitates night vision but not color. Cones 
are activated by bright light and allow us to see colors 
and fine detail. There are three types of cones that 
contain different pigments which absorbs wavelengths 
in the short (S), middle (M), or long (L) ranges. Cones 
are often labeled blue, green, and red, because they 
detect wavelengths in those color spectrums. The peak 
wavelength absorption of the S (blue) cone is approx- 
imately 430 nm; the M (green) cone 530 nm; and the L 
(red) cone 560 nm. 


The range of detectable wavelengths for all three 
types of cones overlap, and two of them—the L and M 
cones—respond to all wavelengths in the visible spec- 
trum. Most of the light we see consists of a mixture of 
all visible wavelengths which results in “white” light, 
like that of sunshine. However, cone overlap and the 
amount of stimulation they receive from varying 
wavelengths produces a fabulous range of vivid colors 
and gentle hues present in normal color vision. 
Approximately 8% of all human males experience 
abnormal color vision, or color blindness. 


Actually, we do not “see” colors at all. A leaf, for 
example, appears green because it absorbs long- and 
short-wavelengths but reflects those in the middle 
(green) range, stimulating the M cones to transmit 
electrochemical messages to the brain which interprets 
the signals as the color green. 


Optic pathway 


Only about 10% of the light which enters the eye 
actually reaches the photoreceptors in the retina. This 
is because light must pass first through the cornea, 
pupil, lens, aqueous and vitreous humors (the liquid 
and gel-like fluids inside the eye) then through the 
blood vessels of the lining of the eye and then through 
two layers of nerve cells (ganglion and bipolar cells in 
the retina) (Figure 2). 


Visual field 


The entire scene projected onto the retinas of both 
eyes is called the “visual field” (Figure 1). 


Optic chiasma 


Synaptic transmission of impulses from retinal 
cells follows the optic nerve to the optic chiasma, an 
x-shaped junction in the brain where half the fibers 
from each eye cross to the other side of the brain. This 
means that some visual information from the right 
half of each retina (from the left visual field) travels 
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Only about 10% of light entering the eye 
actually reaches the photoreceptive rods 
and cones in the retina. Light must pass 
through the cornea, aqueous humor, lens, 
and vitreous humor before even hitting the 
retina; then it must pass through the layer 
of retinal blood vessels, the ganglion cell 
layer, and the bipolar cells before it reaches 
the layer of rods and cones. 


Ganglion 
cell 


Bipolar 


cell Cone 


Rod 


visual 
cortex 


Lateral 
geniculate 
body 


Optic 
radiations 


Stimulated by the light, the rods and cones send electrical 
signals to the bipolar cells, which in turn communicate 


Cell layers in 
the retina 


information to the ganglion cells, which send the 
information down the optic nerve and on to the lateral 


geniculate body in the thalamus. From the thalamus, 
fibers carry visual nerve impulses to the primary visual 
cortex in the occipital lobe of the brain. 


Figure 2. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


to the right visual cortex, and visual information from 
the left half of each retina (from the right visual field) 
travels to the left visual cortex. Information from the 
right half of our environment is processed in the left 
hemisphere of the brain, and vice versa. Damage to the 
optic pathway or visual cortex in the left brain—per- 
haps from a stroke—can cause complete loss of the 
right visual field. This means only information enter- 
ing the eye from the left side of our environment is 
processed, even though information still enters the eye 
from both visual fields. 


Visual cortex 


Each visual cortex is about 2 in (5 cm) square and 
contains about 200 million nerve cells which respond 
to very elaborate stimuli. In primates, there are about 
20 different visual areas in the visual cortex, the largest 
being the primary, or striate, cortex. The striate cortex 
sends information to an adjacent area which in turn 
transmits to at least three other areas about the size of 
postage stamps. Each of these areas then relays the 
information to several other remote areas called 
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accessory optic nuclei. It is thought that the accessory 
optic nuclei plays a role in coordinating movement 
between the head and eyes so images remain focused 
on the retina when the head moves. 


Visual acuity 


Visual acuity, keenness of sight and the ability to 
distinguish small objects, develops rapidly in infants 
between the age of three and six months and decreases 
rapidly as people approach middle age. Good visual 
acuity is often called 20/20 vision. Optometrists test 
visual acuity when we have our eyes examined, and 
poor acuity is often correctable with glasses or contact 
lenses. As with every other aspect of vision, visual acuity 
is highly complex, and is influenced by many factors. 


Retinal eccentricity 


The area of the retina on which light is focused 
influences visual acuity, which is sharpest when the 
object is projected directly onto the central fovea—a 
tiny indentation at the back of the retina comprised 
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Vision 


A human has a field of vision that covers almost 180°, although binocular 
vision is limited to the approximately 120° common to both eyes. The field 
extends upward about 60° and down about 75° 


_ 


Optic nerve 


Optic chiasm 


Optic tract 


Lateral 
geniculate 
nucleus 


Optic radiations 


Primary visual cortex 


— 


Because the nerve fibers from the left half of the retina of the left eye go to 
the left side of the brain and fibers from the left half of the right eye cross 
the optic chiasm and go to the left side of the brain as well, all the 
information from the two left half-retinas ends up in the left half of the brain. 
And because the lens of the eye reverses the image it sees, it is information 
from the right half of the visual field that is going to the left visual cortex. 
Likewise, information from the left half of the visual field goes to the right 


visual cortex. 


Figure 1. If you were to draw a line down the center of this scene, what you observe left of that line is your “left visual field,” and 
to the right is your “right visual field.” Images from the left visual field project to the right half of each retina, and images from the 
right visual field project to the left half of each retina. (/llustration by Hans & Cassidy. Courtesy of Gale Group.) 


entirely of cones. Acuity decreases rapidly toward the 
retina’s periphery. It was initially believed this was 
because cones decrease in number moving out from 
the retina, disappearing altogether at the retina’s 
periphery where only rods exist. However, recent stud- 
ies indicate it may result from the decreasing density of 
ganglion cells toward the retina’s periphery. 


Luminance 
Luminance is the intensity of light reflecting off an 


object, and influences visual acuity. Dim light activates 
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only rods, and visual acuity is poor. As luminance 
increases, more cones become active and acuity levels 
rise sharply. Pupil size also affects acuity. When the 
pupil expands, it allows more light into the eye. 
However, because light is then projected onto a wider 
area of the retina, optical irregularities can occur. A 
very narrow pupil can reduce acuity because it greatly 
reduces retinal luminance. Optimal acuity seems to 
occur with an intermediate pupil size, but the optimum 
size varies depending on the degree of external lumi- 
nance. The difference in luminance reflected by each 
object in an image produces varying degrees of light, 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Accommodation—Changes in the curvature of the 
eye lens to form sharp retinal images of near and far 
objects. 


Cones—Photoreceptors for daylight and color vision 
are found in three types, each type detecting visible 
wavelengths in either the short, medium, or long, 
(blue, green, or red) spectrum. 


Ganglion cells—Neurons in the retina whose axons 
form the optic nerves. 


Ocular dominance—Cells in the striate cortex which 
respond more to input from one eye than from the 
other. 


Optic pathway—The neuronal pathway leading 
from the eye to the visual cortex. It includes the 
eye, optic nerve, optic chiasm, optic tract, genicu- 
late nucleus, optic radiations, and striate cortex. 


dark, or color. Contrast between a white page and 
black letters enables us to read. The greater the con- 
trast, the more acute the visual image. 


Accommodation 


Accommodation is the eye’s ability to adjust its 
focus to bring about clear, sharp images of both far 
and near objects. Accommodation begins to decline 
around age 20 and is so diminished by the mid-fifties 
that sharp close-up vision is seldom possible without 
corrective lenses. This condition, called presbyopia, is 
the most common vision problem in the world. 


Common visual problems 
Strabismus 


Strabismus is seeing two images of a single object. 
Strabismus results from a lack of parallelism of the 
visual axes of the eyes. In one form (cross-eyes) one or 
both eyes turn inward toward the nose. In another form, 
wall-eyes, one or both eyes turn outward. A person with 
strabismus does not usually see a double image—partic- 
ularly if onset was at a young age and remained 
untreated. This is because the brain suppresses the 
image from the weaker eye, and neurons associated 
with the dominant eye (ocular dominance) take over. 


While the causes of strabismus are not fully under- 
stood, it appears to be hereditary, often obvious soon 
after birth. In many cases, strabismus is correctable. 
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Rods—Photoreceptors which allow vision in dim 
light but do not facilitate color. 


Stereopsis—The blending of two different images 
into one single image, resulting in a_three- 
dimensional image. 


Suppression—A “blocking out” by the brain of 
unwanted images from one or both eyes. Prolonged, 
abnormal suppression will result in underdevelop- 
ment of neurons in the visual pathway. 


Synapse—Junction between cells where the 
exchange of electrical or chemical information 
takes place. 


Visual acuity—Keenness of sight and the ability to 
focus sharply on small objects. 


Visual field—The entire image seen with both eyes, 
divided into the left and right visual fields. 


However, the critical period (probably to age six or 
seven years) involved in normal neuronal development 
of vision makes it necessary that the problem be 
detected and treated as early as possible. 


Amblyopia 


Amblyopia, or lazy eye, is the most common vis- 
ual problem associated with strabismus. Amblyopia 
involves severely impaired visual acuity, and is the 
result of suppression and ocular dominance; it affects 
an estimated four million people in the United States 
alone. One study suggests it causes blindness in more 
people under 45 years of age than any other ocular 
disease and injury combined. 


Other common visual problems 


Slight irregularities in the shape or structure of the 
eyeball, lens, or cornea cause imperfectly focused 
images on the retina. Resulting visual distortions 
include presbyopia (far-sightedness, or the inability 
to focus on close objects), myopia (near-sightedness, 
in which distant objects appear out of focus), and 
astigmatism (which causes distorted visual images). 
All of these distortions can usually be rectified with 
corrective lenses. 


Valuable vision 


Our memory and mental processes rely heavily on 
sight. There are more neurons in the nervous system 
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Vision disorders 


dedicated to vision than to any other of the five senses, 
indicating vision’s importance in our lives. The almost 
immediate interaction between the eye and the brain in 
producing vision makes even the most intricate com- 
puter program pale in comparison. Although we sel- 
dom pause to imagine life without sight, vision is the 
most precious of all our senses. Without it, our relation- 
ship to the world about us, and our ability to interact 
with our environment, would diminish immeasurably. 


See also Blindness and visual impairments; Color; 
Depth perception; Vision disorders. 
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| Vision disorders 


Vision disorders are irregularities or abnormalities 
either of the eye, visual pathway, or brain, which affect 
one’s ability to see. In healthy vision, visual acuity— 
often referred to as “20/20 vision”—develops rapidly by 
three to six months of age and generally decreases 
rapidly as people approach 45 years of age. Poor visual 
acuity is often correctable with glasses or contact lenses. 
However, many other factors affect human’s ability to 
see—some preventable or correctable and others not. 
Vision disorders may manifest from refractive errors, 
defective eye muscles, cataracts, lens displacement, 
glaucoma, fundus conditions, color vision deficits, eye- 
lid conditions, orbital diseases, eye injuries, and optic 
nerve and visual pathway damage. 


In 2003, the U.S. National Institutes of Health 
(NIH) reported that over nine million people in the 
United States are considered visually impaired. People 
who are 45 years or older report are reported to have 
some type of vision impairment in 17% of that group. 
When the age group goes to 75 years or older, the 
percentage goes up to 26%. In 2006, according to the 
American Foundation for the Blind, roughly about 
ten million people in the United States were consid- 
ered blind or visually impaired. According to an U.S. 
Congressional study, announced in 2005, about 80 
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million Americans have a disease that could poten- 
tially blind them. The results of the federal study fur- 
ther stated that even though one-half of all blindness 
can be medically prevented, by the year 2030 the num- 
ber of blind or visually impaired Americans is pro- 
jected to double in numbers. 


Refractive errors 


When parallel rays of light enter the eye they are 
refracted (bent) by the crystalline lens and projected 
into the eye. The healthy eye adjusts for distance, focus- 
ing each image perfectly on a minute hollow in the 
retina at the back of the eye called the fovea. In refrac- 
tive errors, the image either falls short of the fovea or 
lands behind it. This causes blurred vision as a result of 
inadequate adjustment of the eye, irregular axial length 
(distance from the front to the back of the eyeball), or 
incorrect curvature of the cornea. These problems can 
usually be fixed with corrective lenses or surgery, which 
adjusts the shape of the cornea. 


Hyperopia/presbyopia 


When the eye’s axial length is shorter than normal, 
close objects appear blurry. This is called hyperopia or 
presbyopia, commonly termed long-sightedness. It may 
be latent—meaning the eye can compensate through 
accommodation, the ability to adjust; or it may be 
absolute—in which case correction requires convex or 
positive lenses. Around middle-age, the eye’s ability to 
accommodate deteriorates, which is why almost all 
people over 45 or 50 years of age require glasses for 
close-up vision. Irregular curvature of the cornea or lens 
will produce the same deficit. 


Myopia 


When the axial length is longer than normal, dis- 
tant objects appear blurry. This error is called myopia, 
or short-sightedness. Myopia can also be caused by 
irregular curvature of the cornea or lens, and is cor- 
rectable with concave or negative lenses. 


Astigmatism 


Astigmatism, irregular curvature of the cornea, 
causes blurred vision of objects both near and far. It 
may be regular, which means light rays fall on the 
retina in two different areas, or irregular, resulting 
from corneal damage which projects light onto many 
different points on the retina. The former is correct- 
able with lenses, the latter is not. Sometimes the faulty 
component is the crystalline lens and in these instances 
the error is called lenticular astigmatism. 
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Suturing of a donor’s cornea onto the eye of a transplant 
recipient. The transplant replaces the patient’s own damaged 
cornea, which was impairing his vision. (Chet Szymecki. 

© Chet Szymecki/Phototake.) 


Other refractive errors 


While the above refractive errors may be congen- 
ital (originating at birth) or occur gradually, fast 
changes in the eyes’ focusing ability should be inves- 
tigated immediately by an ophthalmologist. Some 
causes may be senile cataracts (described below); dia- 
betes mellitus—in which fluctuating blood sugar levels 
cause corresponding fluctuations in focus; external 
pressure from lumps or cysts on the eyelids distorting 
the shape of the cornea; subluxation (partial disloca- 
tion) of the crystalline lens, causing hyperopia when it 
moves backward and myopia when it moves forward; 
and keratoconus, the thinning of the cornea allowing 
irregular curvature of the eyeball. 


Strabismus 


Strabismus comes from the Greek strabismos 
meaning twisted, and results from a lack of parallelism 
of the visual axes of the eyes. Often, the cause of stra- 
bismus is not known, but it appears to be hereditary 
and is usually obvious soon after birth. Cosmetically, 
strabismus causes a squint—convergence or divergence 
of one or both eyes from the parallel line. Sometimes 
the term cross-eyed is used to describe one or both eyes 
turning toward the nose, and wall-eyed when one or 
both eyes turn outward. It may be concomitant (non- 
paralytic), in which the divergence or convergence 
remains the same no matter what way the eyes turn; 
or noncomitant (paralytic), which means that the devi- 
ation is more noticeable when the eyes look in one 
direction than in another. Strabismus is often correct- 
able if treated before the age of four or five years. 
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Nonparalytic strabismus 


Nonparalytic strabismus is thought to be due to 
underdeveloped binocular reflexes within the brain 
resulting in diplopia, the projection of a double 
image of a single object to the brain. The brain does 
not see both images, however—particularly if onset is 
at a young age and remains untreated—because the 
visual system develops an adaptive sensory mecha- 
nisms to deal with the confusion. This mechanism is 
called suppression, in which the brain suppresses the 
image from the weaker eye and neurons associated 
with the dominant eye take over. 


The most common problem associated with sup- 
pression is strabismic amblyopia, or lazy eye, which 
affects more than four million people in the United 
States and causes blindness in more people under 45 
years of age than any other ocular disease and injury 
combined. If it is present at birth or occurs within the 
first few months, vision never develops in the affected 
eye. This is called amblyopia of arrest. When the prob- 
lem appears during the first two or three years, it is 
termed suppression amblyopia. 


Paralytic strabismus 


Paralytic strabismus is caused by some form of 
interference in the transmission of motor impulses 
from the brain to the eye muscles. This paralysis results 
in limited eye movement, particularly when the eyes 
turn in the direction of the paralyzed muscle. When it 
occurs one year or more after birth, it is usually the 
result of diseases such as meningitis, encephalitis, and 
multiple sclerosis and is termed acquired paralytic stra- 
bismus. Some congenital forms are evident at birth, 
perhaps caused by developmental abnormalities in the 
neural pathway or head injury during birth. 


Cataracts 


A cataract is the clouding or opacity of the crys- 
talline lens that alters the amount of light entering the 
eye. Developmental cataracts are relatively minor and 
harmless, primarily present at birth or developing in 
early childhood, but that can occur later in life. No 
reduction of vision is noticeable with this type of dis- 
order, which is thought to be hereditary. Congenital 
cataracts are present at birth and may appear as a 
white or gray pupil; they create a squint like that 
apparent in strabismus and cause visual impairment. 
In most instances, the cause is unknown; however, 
diseases and disorders contracted by the child’s 
mother during pregnancy—such as rubella, syphilis, 
diabetes mellitus, or birth defects as a result of Down 
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syndrome, are thought to be causative. Systemic dis- 
ease-associated cataracts develop as a result of such 
disorders as diabetes, high doses of steroids over long 
periods, and a dysfunctioning thyroid. Some cataracts 
develop secondary to ocular diseases like keratitis 
(inflammation of the cornea), iritis (inflammation of 
the iris), radiation (either from radiation therapy or 
the sun), or from trauma, such as intraocular surgery 
or penetration of the eye. 


The most common cataracts are senile cataracts, a 
phenomenon of aging that occurs in almost all people 
over 65 years of age. Sometimes they develop in 
younger people whose nutrition is poor and are then 
termed pre-senile cataracts. Both types are probably 
caused by changes in or loss of enzyme production, 
which synthesizes nutrients that in turn feed the layer 
of cells on the lens surface. Senile cataracts grow slowly 
over months or years, cause no pain, usually affect both 
eyes, and gradually reduce visual acuity. Symptoms 
include two or more images from one eye, dark spots 
in the center of vision, extreme sensitivity to the glare of 
bright lights or sunshine, and reduced color vision. If 
not removed surgically, they eventually cause blindness. 


Lens displacement 


In a normal eye, the crystalline lens fits snugly 
behind the iris. Either complete (dislocated) or partial 
(subluxated) lens displacement causes the iris to wobble 
as the lens is no longer supporting it, or the edge of the 
lens may be visible through the pupil. If the lens moves 
forward into the anterior (frontal) chamber or back- 
ward into the posterior (rear) chamber, interrupted 
flow of fluid may cause glaucoma. Immediate rectifica- 
tion is necessary to prevent blindness in the affected eye. 
Posterior subluxation will also cause cataracts, and— 
because the lens moves about—the patient experiences 
rapid and frequent changes in visual acuity. 


Glaucoma 


Glaucoma is a serious condition that, left undiag- 
nosed and treated, will cause permanent blindness. 
Glaucoma is the unrelieved increase of intraocular 
pressure that acts like air in a tire. In a normal eye, 
pressure is maintained by the continuous production 
of aqueous humor, its movement through the pupil 
into the anterior chamber, and its drainage out of the 
chamber. When drainage is decreased or prevented, 
pressure inside the chamber increases. 


Chronic simple glaucoma 


Because this type occurs gradually and there is no 
pain or evident loss of visual acuity in the early stages, 
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it causes more blindness word-wide than any other 
disease. It affects perhaps as many as 2% of the pop- 
ulation over the age of 40 years, with the highest 
incidence after 60 years. This disease is inherited by 
approximately 10% of all children whose parents are 
known to be affected. Symptoms are gradual loss of 
close-up vision but occurring more quickly than pres- 
byopia, and partial loss of visual field, noticeable 
because the patient frequently bumps into objects. 


Acute glaucoma 


Acute glaucoma may happen in a matter of hours 
and causes very fast vision loss, severe pain, and a 
bloodshot and watery eye. Colored haloes around 
lights may be visible prior to onset. It primarily affects 
one eye at a time, usually begins in the evening, and 
often after a physical or emotional trauma. It is most 
common in people over the age of 40 years, particu- 
larly in the 60 to 70 year age group. Immediate medical 
intervention is imperative to prevent damage to the 
optic nerve and subsequent blindness. 


Secondary glaucomas 


These are complications commonly caused by 
other eye diseases such as iritis, injury, blockage to 
the retinal vein, or long-term use of steroid eye drops 
for other disorders. 


Fundus disorders 


The fundus is the lining inside the eye, which 
includes the retina and its blood vessels, the macula, 
and the optic disc. Viewed through an ophthalmo- 
scope—a special instrument for examining the interior 
of the eye—the fundus appears a reddish brown in 
color, the macula in the center of the retina appears as 
a darker red spot, and the optic disc located toward the 
nose side of center a lighter red. Many general health 
and vision-related abnormalities can be detected by 
examining the fundus. Congenital myopia appears as 
a pale crescent moon in the vicinity of the optic disc, 
while cloudy nerve fibers—which should be the same 
color as the retina—appear as a whitish patch. Both 
these conditions are harmless. Others, however, are not. 


Vascular conditions 


Blood vessels in the fundus affected by hypertension 
(high blood pressure) are narrow and appear quite 
bright. Rapid-onset or severe hypertension, which can 
cause strokes, may first be diagnosed when a patient 
seeks an eye examination for blurred vision caused by 
the disorder. Arteriosclerosis (hardening of the arteries) 
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is a normal process of aging and poses no danger to 
vision. Central retinal artery occlusion and central reti- 
nal vein occlusion can cause sudden loss of vision in the 
affected eye when the blood supply to the retina is 
obstructed for longer than two hours, or if hemorrhag- 
ing occurs within the retina. Vision is then severely 
limited to light only and damage is virtually irreversible. 
Causes include hypertension, diabetes mellitus, narrow- 
ing of a carotid artery (the primary arteries supplying 
blood to the head), and blood disorders such as anemia, 
leukemia, and sickle-cell anemia. 


Degeneration of the macula 


This is primarily an age-related disorder resulting 
in deterioration and often distortion of vision. It is one 
of the leading causes of blindness in developed coun- 
tries. There is no treatment; however, if detected early, 
laser treatment may prevent further degeneration. 


Detached retina 


This condition manifests with the sudden appear- 
ance of bright, floating specks and flashes of light in 
the affected eye with a shadow or curtain appearing 
later, which may gradually cover the entire visual field. 
It occurs when part of the retina falls away from the 
outer layer of cells to which it is normally attached. 
Breaks or tears in the retina also cause similar symp- 
toms. Although most common in people over 50 years 
of age, especially those with a high degree of myopia, 
detachment can also occur in younger people, partic- 
ularly following trauma. Surgery is the only form of 
treatment for detachment but laser surgery for a tear 
or break will sometimes prevent full detachment. 


Fundus inflammation and tumors 


The choroid is the layer of cells over which the 
retina lies. Inflammation of this layer is visible through 
the retina and manifests as rapid onset of blurred 
vision—usually only in one eye—and haziness and 
spots over the entire field of vision. It may be caused 
by a parasitic protozoan infection in the bloodstream; 
larvae of dog tapeworms (the eggs of which may be 
accidentally ingested through contact with dog feces); 
a seriously compromised immune system—from 
AIDS (acquired immune deficiency syndrome), for 
example; a fungus infection called Histoplasmosis; or 
syphilis passed on to unborn babies. 


Benign and malignant tumors 


Benign melanomas produce no symptoms and 
usually cause no loss of vision. Malignant melanomas 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Astigmatism—Irregular curvature of the cornea 
causing distorted images. 


Cataract—Eye disease characterized by the devel- 
opment of a cloudy layer in the lens of the eye. 


Diplopia—Double image. 

Dystrophy—Atrophy, deterioration. 
Fundus—Layers lining the inside of the eye. 
Glaucoma—A disease of the eye in which 
increased pressure within the eyeball can cause 
gradual loss of vision. 
Hyperopia/presbyopia—Far-sighted; close objects 
are out of focus. 

Keratoconus—Thinning of the cornea. 


Moypia—Near-sighted; distant objects out of 
focus. 


Stabismus—Non-parallel eye axes. 


of the choroid occur primarily around middle-age, 
producing symptoms similar to those caused by a 
detached retina—which can occur secondary to the 
tumor itself—and may result in spread of cancer to 
the bloodstream. When localized treatment with radi- 
ation therapy is not effective, the removal of the entire 
eye is recommended. Retinoblastoma usually affects 
children within the first two years of life, is closely 
related to astrocytoma—a tumor of the brain—and 
is the only primary tumor that occurs on the retina. It 
manifests as a white pupil or squint and, if treatments 
with radiation therapy are ineffective, the affected eye 
is removed. 


Retinal dystrophies 


Retinitis pigmentosa and macular dystrophy are 
degenerative disorders that appear to be hereditary, 
generally affect young children and adolescents, and 
cause night blindness, tunnel vision, slow deteriora- 
tion of central vision, and increasing loss of sight. As 
yet, effective treatment has not been found. 


Other causes 


Many people, especially males, experience color 
blindness, varying degrees of which range from inabil- 
ity to differentiate between red and green to total 
inability to see one or more colors. Damage to any 
area in the visual pathway—including the optic nerve, 
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optic tract, optic chiasm, optic radiations, or visual 
cortex—will cause vision deficits or loss. Although not 
vision disorders themselves, diseases, disorders, and 
damage of the eye lid, eye, and bony orbit (eye socket) 
may—if severe and left untreated—tesult in reduced, 
impaired, or lost vision. 


See also Blindness and visual impairments; Radial 
keratotomy. 
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| Vitamin 


Vitamins are organic molecules that are needed in 
small amounts in the diet. The vitamins include vita- 
min D, vitamin E, vitamin A, and vitamin K, or the 
fat-soluble vitamins, and folate (folic acid), vitamin 
Bi, biotin, vitamin B,, niacin, thiamin, riboflavin, 
pantothenic acid, and vitamin C (ascorbic acid), or 
the water-soluble vitamins. Vitamins are required in 
the diet in only tiny amounts, in contrast to the energy 
components of the diet. The energy components of the 
diet are sugars, starches, fats, and oils, and these occur 
in relatively large amounts in the diet. Vitamins are 
frequently molecules that bind in the active site of an 
enzyme and thereby alter its structure in a way that 
permits it to react more readily. 


History 


Several diseases resulting from vitamin deficien- 
cies were prevalent until the twentieth century. Sailors 
on long sea voyages, where fresh vegetables were not 
readily available, were often victims. In the Far East, 
the disease beriberi was rampant and millions died of 
its associated polyneuritis. The condition could be 
relieved by feeding the patients rice polishings. The 
founder of the vitamin concept was N.J. Lumin 
(1853-1937). During subsequent decades, the importance 
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of accessory food factors for normal growth and 
development was gradually recognized. Polish bio- 
chemist, Casimir Funk (sometimes named as 
Kazimierz Funk) (1884-1967) formulated the vitamin 
theory in 1912 and proposed that several common 
diseases such as beriberi, pellagra, rickets and scurvy 
resulted from lack in the diet of essential nutrients. It 
was Funk who suggested the name vitamin for these 
accessory factors, from the Latin vita + amine, the 
amine reflecting the fact that the first of these factors 
to be studied, vitamin B,, contained nitrogen. 


Deficiency diseases 


Most of the vitamins are closely associated with a 
corresponding vitamin deficiency disease. Vitamin D 
deficiency causes rickets, a disease of the bones. 
Vitamin E deficiency occurs only very rarely, and 
causes nerve damage. Vitamin A deficiency is common 
throughout the poorer parts of the world, and causes 
night blindness. Severe vitamin A deficiency can result 
in xerophthalamia, a disease which, if left untreated, 
results in total blindness. Vitamin K deficiency results 
in spontaneous bleeding. Mild or moderate folate defi- 
ciency is common throughout the world, and can 
result from the failure to eat green, leafy vegetables 
or fruits and fruit juices. 


Folate deficiency causes megaloblastic anemia, 
which is characterized by the presence of large abnor- 
mal cells called megaloblasts in the circulating blood. 
The symptoms of megaloblastic anemia are tiredness 
and weakness. Vitamin B,, deficiency occurs with the 
failure to consume meat, milk or other dairy products. 
Vitamin Bj, deficiency causes megaloblastic anemia 
and, if severe enough, can result in irreversible nerve 
damage. Niacin deficiency results in pellagra. Pellagra 
involves skin rashes and scabs, diarrhea, and mental 
depression. Thiamin deficiency results in beriberi, a 
disease resulting in atrophy, weakness of the legs, 
nerve damage, and heart failure. 


Vitamin C deficiency results in scurvy, a disease 
that involves bleeding. Specific diseases uniquely asso- 
ciated with deficiencies in vitamin Bs, riboflavin, or 
pantothenic acid have not been found in the humans, 
though persons who have been starving, or consuming 
poor diets for several months, might be expected to be 
deficient in most of the nutrients, including vitamin Be, 
riboflavin, and pantothenic acid. 


Synthesization 
Vitamins serve nearly the same role in all forms of 


life and many are essential in the metabolism of all 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Vitamin 


Vitamin A (Beta Carotene) 


ESSENTIAL VITAMINS 


What It Does For The Body 


Promotes growth and repair of body tissues; reduces susceptibility to 
infections; aids in bone and teeth formation; maintains smooth skin 


Vitamin B-1 (Thiamin) 


Promotes growth and muscle tone; aids in the proper functioning of the 
muscles, heart, and nervous system; assists in digestion of carbohydrates 


Vitamin B-2 (Riboflavin) 


Maintains good vision and healthy skin, hair, and nails; assists in formation 
of antibodies and red blood cells; aids in carbohydrate, fat, and protein 
metabolism 


Vitamin B-3 (Niacinamide) 


Reduces cholesterol levels in the blood; maintains healthy skin, tongue, and 
digestive system; improves blood circulation; increases energy 


Vitamin B-5 


Fortifies white blood cells; helps the body’s resistance to stress; builds cells 


Vitamin B-6 (Pyridoxine) 


Aids in the synthesis and breakdown of amino acids and the metabolism 
of fats and carbohydrates; supports the central nervous system; maintains 
healthy skin 


Vitamin B-12 (Cobalamin) 


Promotes growth in children; prevents anemia by regenerating red blood 
cells; aids in the metabolism of carbohydrates, fats, and proteins; maintains 


healthy nervous system 


Biotin Aids in the metabolism of proteins and fats; promotes healthy skin 


Choline 


Helps the liver eliminate toxins 


Folic Acid (Folate, Folacin) 


Promotes the growth and reproduction of body cells; aids in the formation 


of red blood cells and bone marrow 


Vitamin C (Ascorbic Acid) 


One of the major antioxidants; essential for healthy teeth, gums, and bones; 


helps to heal wounds, fractures, and scar tissue; builds resistance to 
infections; assists in the prevention and treatment of the common cold; 


prevents scurvy 


Vitamin D 


Improves the absorption of calcium and phosphorous (essential in the 


formation of healthy bones and teeth) maintains nervous system 


Vitamin E 


A major antioxidant; supplies oxygen to blood; provides nourishment to 


cells; prevents blood clots; slows cellular aging 


Vitamin K (Menadione) 


(Stanley Publishing. The Gale Group.) 


living organisms. They are synthesized by plants and 
microorganisms, and the absolute requirement for 
vitamins in the diet of higher animals is the result of 
the loss of this biosynthetic capability during evolu- 
tion. The biosynthetic abilities and thus the dietary 
requirement of different species vary. For example, 
ascorbic acid (vitamin C) is a vitamin only for pri- 
mates and a few other animals, such as the guinea 
pig, but most other animals can synthesize it, so for 
them it is not a vitamin. Certain vitamins can be 
synthesized from provitamins obtained from the diet. 
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Prevents internal bleeding; reduces heavy menstrual flow 


Some of the vitamin requirements of humans and 
higher animals are supplied by the intestinal flora, 
for example most of the vitamin K required by 
humans is provided in this way. 


Role of vitamins 


The metabolic role of vitamins is largely catalytic. 
Most vitamins serve as coenzymes and prosthetic groups 
of enzymes. For most of these, the nature of the bioca- 
talytic function has been elucidated. Vitamin D, 
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however, acts as a regulator of bone metabolism and is 
thus has an activity similar to hormones. As a compo- 
nent of the visual pigments, vitamin A acts as a pros- 
thetic group, however, it is not known whether it is 
associated with catalytic proteins in its other functions. 
Nicotinamide and riboflavin are constituents of the 
hydrogen-transferring enzymes, such as those in the 
respiratory electron transport chain. Biotin, folic acid, 
pantothenic acid, pyridoxine, cobalamin and thiamine 
are coenzymes, or precursors of coenzymes, of group 
transfer reactions. The low daily requirements for vita- 
mins reflect their catalytic and/or regulatory roles. Thus, 
vitamins are nutritionally quite different from fat, car- 
bohydrate, or protein, which are required in the diet in 
considerable quantities as substrates of tissue synthesis 
and energy metabolism. 


Groupings 


Vitamins can be grouped according to whether 
they are soluble in water or polar solvents. The water- 
soluble vitamins are ascorbic acid, the vitamin B series 
(thiamain, B,, riboflavin, B2, pyridoxine, Be, cobala- 
min, By»,), folic acid, niacin and pantothenic acid. 
Ascorbate, the ionised form of ascorbic acid, is essential 
in the prevention of scurvy and acts as a reducing agent 
(an antioxidant). It serves, for example, in the hydrox- 
ylation of proline residues in collagen. The vitamin B 
series are components of coenzymes. For example, 
riboflavin (vitamin B,) is a precurser of FAD, and 
pantothenate is a component of coenzmye A. Vitamin 
B, (thiamine) was found to cure beriberi. 


Much is known about the molecular actions of the 
fat-soluble vitamins, which are designated by the let- 
ters A, D, E and K. Vitamin K, which is required for 
normal blood clotting, participates in the carboxyla- 
tion of y-carboxyglutamate, which makes it a much 
stronger chelator of Ca**. Vitamin A (retinol) is the 
precurser of retinal, the light sensitive group in rho- 
dopsin and other visual pigments. A deficiency of this 
vitamin leads to night blindness. Furthermore, it is 
required for growth by young animals. Retinoic acid, 
which contains a terminal carboxylate in place of the 
alcohol terminus of retinal, activates the transcription 
of specific genes that mediate growth and develop- 
ment. The metabolism of calcium and phosphorus is 
regulated by a hormone derived from vitamin D. A 
deficiency of vitamin D impairs bone formation in 
growing animals and causes the disease rickets. 
Infertility in rats is a consequence of vitamin E (a- 
tocopherol) deficiency and this vitamin also protects 
unsaturated membrane lipids from oxidation. 


Most vitamins were purified between 1920 and 
1950. The last one was vitamin Bj, in 1948, whose 


4604 


chemical structure was elucidated by A.R. Todd in 
1955. Chemical syntheses are known for all vitamins. 


People are treated with vitamins for three reasons. 
The primary reason is to relieve a vitamin deficiency, 
when one has been detected. Chemical tests suitable 
for the detection of all vitamin deficiencies are avail- 
able. The diagnosis of vitamin deficiency is often aided 
by visual tests, such as the examination of blood cells 
with a microscope, the x-ray examination of bones, or 
a visual examination of the eyes or skin. 


A second reason for vitamin treatment is to pre- 
vent the development of an expected deficiency. Here, 
vitamins are administered even with no test for possi- 
ble deficiency. One example is vitamin K treatment of 
newborn infants to prevent bleeding. 


A third reason for vitamin treatment is to reduce 
the risk for diseases that may occur even when vitamin 
deficiency cannot be detected by chemical tests. One 
example is folate deficiency. The risk for cardiovascu- 
lar disease can be slightly reduced for a large fraction 
of the population by folic acid supplements. The risk 
for certain birth defects can be sharply reduced in 
certain women by folic acid supplements. 


Supplements 


Vitamin supplements are widely available as over- 
the-counter products. However, whether they work to 
prevent or curtail certain illnesses, particularly in peo- 
ple with a balanced diet, is a matter of debate and 
ongoing research. For example, vitamin C is not pro- 
ven to prevent the common cold. Yet, millions of 
people take it for that reason. Ask a physician or 
pharmacist for more information on the appropriate 
use of multivitamin supplements. 


Vitamin A and vitamin D can be toxic in high 
doses. Side effects range from dizziness to kidney fail- 
ure. Ask a physician or pharmacist about the correct 
use of a multivitamin supplement that contains these 
vitamins. 


Vitamin treatment is usually done in three ways: by 
replacing a poor diet with one that supplies the recom- 
mended dietary intake (RDI), by consuming oral sup- 
plements, or by injections. Injections are useful for 
persons with diseases that prevent absorption of fat- 
soluble vitamins. Oral vitamin supplements are espe- 
cially useful for persons who otherwise cannot or will 
not consume food that is a good vitamin source, such as 
meat, milk or other dairy products. For example, a 
vegetarian who will not consume meat may be encour- 
aged to consume oral supplements of vitamin By». 
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Treatment of genetic diseases that impair the 
absorption or utilization of specific vitamins may 
require megadoses of the vitamin throughout one’s 
lifetime. Megadose means a level of about ten to one 
thousand times greater than the RDI. Pernicious ane- 
mia, homocystinuria, and biotinidase deficiency are 
three examples of genetic diseases which are treated 
with megadoses of vitamins. 


Few risks are associated with vitamin treatment. 
Any possible risks depend on the vitamin and the 
reason why it was prescribed. 


See also Biochemistry; Malnutrition; Nutrient 
deficiency diseases; Nutrition. 
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I Viviparity 


Viviparity is a form of reproduction found in most 
mammals and in several other species. Viviparous ani- 
mals give birth to living young that have been nour- 
ished in close contact with their mothers’ bodies. 
Humans, dogs, and cats are viviparous animals. 
Viviparous animals differ from egg-laying animals, 
such as birds and most reptiles. Egg-laying, or ovipar- 
ous, animals obtain all nourishment as they develop 
from the yolk and the protein-rich albumen, or 
“white,” in the egg itself, not from direct contact with 
the mother, as is the case with viviparous young. 


The offspring of both viviparous and oviparous 
animals develop from fertilized eggs, but the eggs of 
viviparous animals lack a hard outer covering or shell 
like the chicken egg. Viviparous young grow in the 
adult female until they are able to survive on their 
own outside her body. In many cases, the developing 
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fetuses of viviparous animals are connected to a pla- 
centa in the mother’s body. The placenta is a special 
membranous organ with a rich blood supply that lines 
the uterus in pregnant mammals. It provides nourish- 
ment to the fetus through a supply line called an umbil- 
ical cord. The time between fertilization and birth of 
viviparous animals is called the gestation period. 


All mammals except the platypus and the echid- 
nas are viviparous. Only these two unusual mammals, 
called montremes, lay eggs. Some snakes, such as the 
Garter snake, are viviparous. So are some lizards and 
even a few insects. Ocean perch, some sharks, and a 
few popular aquarium fish, guppies, and mollies are 
also viviparous. 


Although certain snakes give birth to live young, 
they are not viviparous. These snakes hatch from eggs 
which never leave the body of the parent snake. 
Because these young snakes hatch from eggs, and do 
not receive nourishment directly from the mother’s 
body, this type of reproduction is called ovoviviparity. 
It is considered a more primitive form of reproduction 
than viviparity. 

Even some plants, such as the mangrove and the 
tiger lily, are described as viviparous because they 
produce seeds that germinate, or sprout, before they 
become detached from the parent plant. 


See also Embryo and embryonic development. 


I Vivisection 


Vivisection originally meant the dissection of a live 
animal, usually for the purpose of teaching or research. 
Historically, the word came also to mean the use of a 
live animal in any experiment. Vivisection, especially in 
its broader meaning, is a time-tested tool that has 
helped humans understand how the bodies of animals 
function, how disease alters that function, and how 
such diseases can be treated. However, changing atti- 
tudes toward animals and a more cynical outlook 
toward the biomedical enterprise have caused some 
people to question the continued usefulness and mor- 
ality of using animals for this purpose. 


An ancient history 


The practice of true vivisection dates back to 
ancient times. Around 500 BC, one of the earliest 
known vivisectionists, Akmaeon of Croton, discov- 
ered that the optic nerve is necessary for vision by 


4605 


UOIDASIAIA 


Vivisection 


cutting it in living animals. One of the most well 
known—and controversial—early vivisectionists was 
Galen of Pergamon, physician to Roman Emperor 
Marcus Aurelius. Galen, who lived in the second cen- 
tury AD, is remembered today for his pioneering use 
of vivisection of animals to understand health and 
disease in the human body. But Galen was also a 
poor scientist, failing to identify such major bodily 
functions as the circulation of the blood. An unques- 
tioning adherence to Galen’s false beliefs in succeeding 
generations of physicians was undoubtedly a major 
hindrance to medical progress in Europe. 


Real progress in medical knowledge began again 
with the experiments of the Italian physicians Andreas 
Vesalius and his student, Realdo Colombo, in the 
sixteenth century. They pioneered the use of vivisec- 
tion to correct and expand, rather than merely to 
confirm, Galen’s science. In the early seventeenth cen- 
tury, English physician William Harvey used vivisec- 
tion to discover the circulation of the blood and to 
debunk many of Galen’s other beliefs. 


But this century also saw the beginnings of an 
antivivisectionist movement. Physician Jean Riolan 
Jr. in France and Irish physician Edmund O’Meara 
both argued that the painful and violent deaths suf- 
fered by vivisected animals—remember, there was no 
anesthesia yet—were putting the animals into an 
unnatural state that could lead to faulty assumptions 
about the functioning of a healthy animal. 


Also in this century, vivisection received an impor- 
tant philosophical boost from the French philosopher 
René Descartes. Descartes believed that the mind and 
the body are separate entities, and that animals differ 
from humans in that they have bodies but no true 
minds. As such, animals were morally no different 
from machines, and so vivisection was not morally 
wrong. Descartes even went so far as to say that animals 
did not feel real pain (a belief that is sometimes still 
repeated today, although few believe it to be true), 
although he stressed that vivisection was primarily 
defensible because it helped humans, not because hurt- 
ing animals was right. Unfortunately, some of 
Descartes’s later followers lost this fine distinction, 
and were known for their gratuitous cruelty to animals. 


Battle lines are drawn 


Around the turn of the eighteenth century, both 
vivisectionists and their critics gained momentum. 
English physicist Robert Boyle’s experiments with ani- 
mals in a vacuum chamber were hailed at the time for 
their contribution to the understanding of breathing 
and the function of the lungs. But also in England, the 
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literary figures Joseph Addison, Alexander Pope, and 
Samuel Johnson all condemned the practice of vivisec- 
tion and live animal experiments as cruel. Johnson 
suggested that medical students who learned to 
become insensitive to the suffering of animals in 
experiments would also become insensitive to human 
pain—an argument that continues to this day. 


But it was the nineteenth century that saw many of 
today’s attitudes forming. The medical advances of 
this era, derived at least in part from animal experi- 
ments, were profound, including widespread use of 
vaccination (first discovered at the end of the eight- 
eenth century); the understanding of microorganisms 
as a cause of disease; the use of sterile procedures in 
surgery; the discovery of the diphtheria antitoxin, 
which could be used to save patients with that often 
fatal disease; and the discovery of anesthesia. 


This last discovery, however, did not have as great 
an effect on the vivisection debate as might have been 
expected. For one thing, antivivisectionists argued 
that researchers were not using anesthesia as often as 
they should; they also began to argue that anesthesia 
was only being given at low levels, to prevent the 
animal from struggling, rather than the higher levels 
necessary to control pain. Again, these arguments are 
repeated today. 


A major confrontation between pro-vivisection 
physicians and antivivisectionists came to a head in 
turn of the century America. This conflict was some- 
times bitter, calling to mind more recent events in the 
debate. Antivivisectionists were accused of using out 
of date and misleading pictures of animals in exper- 
imental devices to garner sympathy for their cause; 
they also planted spies in laboratories to expose viv- 
isectionist practices. The fight came to a head at the 
U.S. Senate hearings of 1896 and 1900, where testi- 
mony by some of the world’s greatest medical 
researchers led to the defeat of a bill to regulate viv- 
isection in the District of Columbia. 


The debate today 


Today the biomedical establishment and antivivi- 
sectionists are again locked in a struggle over the 
appropriateness of animal experimentation. The bio- 
medical research enterprise has become a huge 
endeavor in the last century; in addition, the pharma- 
ceutical, agricultural, and cosmetics industries use 
many animals each year to test new products and 
procedures. A new wrinkle in the debate is scientists’ 
ability to genetically engineer animals—especially 
mice—to either lack or to contain genes related to 
human disease. 
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As of late 2006 United States law does not require 
detailed regulation or recording of experiments 
involving animals except for dogs, cats, and primates, 
so it is difficult to estimate how many animals are 
involved in total. In 1991, 108,000 dogs and 35,000 
cats were used in biomedical experiments in the United 
States. By comparison, in England, where detailed 
records are kept of all animal experiments, the total 
number of animals used in 1990 was about 3.2 million, 
with roughly 16,000 being dogs and cats; so we know 
that the total number of animals used in experiments 
in the United States must be very large. 


Sometimes the debate today may seem a contest 
between scientists who oppose all regulation and ani- 
mal extremists who would deny that animal research 
has helped human beings at all. In 1975 animal rights 
activist Peter Singer’s book Animal Liberation sug- 
gested that animal research is wrong not merely because 
it is cruel, but because animals have the same rights as 
humans not to suffer. This book fueled a movement 
that has sometimes been violent, including groups such 
as the Animal Liberation Front that have threatened 
researchers’ lives and broken into and vandalized labo- 
ratories. On the other side, occasionally one may hear a 
scientist voicing the Cartesian opinion that animals 
can’t feel pain, and that the goal of medical knowledge 
justifies any treatment of animals. 


But others have voiced more moderate views that 
may represent a more realistic goal for the future. 
Animal welfare activists seek to institute safeguards 
against cruelty in laboratories without banning animal 
research. The famous English primatologist Jane 
Goodall, while recognizing the importance of primate 
research for human health, has argued that our grow- 
ing understanding of animal intelligence demands 
more humane conditions in laboratories—especially 
for highly intelligent animals such as chimpanzees. 


Both scientists and laypeople have played an 
important role in minimizing animal pain in research 
by serving on the now-required animal welfare com- 
mittees at institutions engaging in government-funded 
research—although the political power of such com- 
mittees has been claimed to vary between different 
institutions. And the growing use of computer simu- 
lations, tissues grown in the laboratory, and other 
alternatives to animal use is being hailed for its ethical 
as well as scientific value. 


But in the end, it seems unlikely that animal 
research will either be abolished or will continue with- 
out further regulation. Research alternatives, while 
helpful, must be compared to the real thing in order 
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KEY TERMS 


Animal rights—The philosophy that animals have 
rights no less compelling than human rights; more 
extreme animal liberationists believe that no 
human use of animals is justified. 


Animal welfare—The philosophy that humans 
have a moral obligation to treat animals humanely 
while using them for human purposes. 


Animal welfare committee—A committee at an 
academic institution that reviews and approves 
research at that institution with animals. 


Antivivisectionist—Someone who believes in the 
abolition of vivisection, and often other types of 
animal research as well. 


Vivisectionist—A scientist who carries out vivisec- 
tions or other animal experiments. 


to be validated: for instance, the safe testing of drugs 
will continue to require large numbers of animals, even 
when alternatives are also used. On the other hand, 
many animal welfare activists note that instances of 
cruelty and broken regulations continue to be discov- 
ered at some laboratories, and that vast numbers of 
animal experiments in the cosmetics and agricultural 
industries are hardly regulated at all. 


In the end, the question may be as enduring as 
human beings’ ability to view the same event in very 
different ways. The value of animal experimentation 
to human health and knowledge is not seriously in 
doubt. But past “scientific” beliefs—such as that ani- 
mals cannot feel pain; that an animal rendered 
motionless by anesthesia cannot feel pain; and that 
higher animals such as dogs and primates cannot feel 
anxiety and fear—have been overturned by increased 
scientific understanding. 
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l Volatility 


Volatility is the ease with which a substance is 
converted to the gaseous, or vapor, state. The term is 
usually used to describe the speed with which a liquid 
evaporates, but it can also apply to the process of a 
solid changing to a gas, known as sublimation. Liquids 
that boil at low temperatures, such as gasoline, are 
volatile liquids, while liquids that boil at higher temper- 
atures, such as water, are less volatile or nonvolatile. 
Extremely volatile substances have such low boiling 
points that they exist as gases at room temperature, 
such as oxygen gas. 


Several factors affect the volatility of a liquid. In 
general, larger molecules are less volatile than smaller 
ones among molecules that share similar composition 
and construction. For example, ethyl alcohol is more 
volatile and evaporates more readily than a larger 
alcohol such as decanol. Almost every chemical is 
more volatile at higher temperatures than at lower 
ones. Water, which evaporates faster on a hot day 
than on a cold one, is a good example of this. 
Volatility is also affected by atmospheric pressure. 
Liquids are more volatile at higher altitudes, where 
atmospheric pressure is less. Some substances that 
are liquids at sea level will evaporate very quickly on 
top of a high mountain, assuming no change in other 
factors such as temperature. 


Some compounds, such as water, are extremely 
nonvolatile; often this is because of strong chemical 
bonds between the molecules—the most common of 
which are hydrogen bonds—that resist the tendencies 
of individual molecules to enter the gaseous state. 


Volcanic arcs see Plate tectonics 


Volcanic island arc see Plate tectonics 


I Volcano 


A volcano is an opening in Earth’s surface 
through which molten rock, hot gases, and rocks are 
ejected. Volcanoes create new land and islands. They 
can also produce economically important mineral 
deposits, fertile soils, and beautiful landscapes. 
However, volcanoes can also destroy lives and prop- 
erty, and therefore constitute significant geologic haz- 
ards in many parts of the world. 
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The July 22, 1980, eruption of Mount St. Helens in southern 
Washington. (JLM Visuals.) 


With regard to the hazard that they present, vol- 
canoes can be classified as active, dormant, or extinct. 
Active volcanoes are those that have erupted within 
recorded history. Dormant volcanoes are those that 
have not erupted during recorded history but may 
erupt again, whereas extinct volcanoes are those for 
which there is little or no chance of future eruptions. 


Where volcanoes develop 


Most of the volcanoes on Earth are located along 
the boundaries between lithospheric plates, which can 
be convergent (subduction zones) or divergent (mid 
ocean ridges). The chain of volcanoes along the Pacific 
Rim, often referred to as the Ring of Fire, is an exam- 
ple of subduction zone volcanism. Iceland, in contrast, 
is a volcanic island straddling the Mid-Atlantic Ridge 
(a divergent plate boundary). Although they are not as 
numerous as plate boundary volcanoes, intraplate vol- 
canoes can occur where plates pass over mantle hot 
spots or along continental rift zones where plates are 
being pulled apart. The Hawaiian Islands, for exam- 
ple, were formed as the Pacific Plate slowly passed 
over a magma-generating hot spot within the mantle. 


Oceanic ridges are chains of volcanoes located 
along the boundary between two diverging oceanic 
plates. New oceanic crust is formed along the ridges 
as two oceanic plates move apart. Where the rate of 
plate formation is rapid, older crust is quickly pushed 
out of the way and only small volcanic vents form. 
Where the spreading rate is slower, volcanic eruptions 
may form large volcanoes. 


Subduction zones are areas in which oceanic 
plates are overridden by continental plates, forcing 
the heavier oceanic crust deep enough to be melted 
and recycled as second generation magma. Because 
the size of Earth is constant, the amount of oceanic 
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Molten lava erupting and flowing in a stream, Iceland. (Krafft. National Audubon Society Collection/Photo Researchers, Inc.) 


crust consumed by subduction zones must be approx- 
imately equal the amount produced along mid-ocean 
ridges. The volcanoes of the western coast of North 
and South America, Indonesia, the Philippines, Japan, 
Kamchatka, and Alaska all sit atop subduction zones 
and collectively comprise the Ring of Fire. 


Some volcanoes form above hot spots far from the 
edges of tectonic plates, and are known as intraplate 
volcanoes. A hot spot is an upwelling of magma from 
far beneath Earth’s crust, caused by a disturbance at 
the boundary between the solid mantle and the liquid 
outer core of Earth’s interior. Hot spots are, compared 
to mid-ocean ridges or subduction zones, relatively 
small and isolated features. Well known intraplate 
hot spot volcanoes include the Hawaiian Islands and 
the volcanoes that produced volcanic rocks through- 
out the Yellowstone region of Wyoming. 


Hot spots provide information about the rates and 
directions of movement of tectonic plates over geologic 
time scales. When magma from a hot spot rises from the 
lower mantle and through the lithospheric plate, a vol- 
cano forms on the surface. The plate continues to move 
over the stationary hot spot and eventually produces a 
chain of volcanoes that increase in age away from the 
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hot spot and show the direction of plate movement. The 
Hawaiian Islands mark the track of a hot spot, over 
which the Pacific Plate has moved in a northwesterly 
direction, toward Japan. Likewise, the volcanic rocks of 
the Snake River Plain in southern Idaho recorded the 
progress of the North American plate as it moved over 
the Yellowstone hot spots. 


The origin of magma 


All magma forms by melting pre-existing rock. 
Generally, this occurs in one of two ways: (1) by con- 
vection of rock upwards through the mantle until it 
melts, or (2) by melting rock at a subduction zone. 
Mantle convection occurs because deep within the 
Earth, radioactive decay raises the temperature of 
rock, making it expand. This expansion lowers the 
rock’s density, causing it to rise, or convect. As the 
rock rises through the mantle, the surrounding pres- 
sure decreases and eventually the convecting rock 
melts as a result. Geologists call this pressure-relief 
melting. The magma moves upward and erupts to 
form either an oceanic ridge or a hot spot volcano. 
At subduction zones, volatile compounds (especially 
water) escape from the subducting plate and lower the 
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melting temperature of the overlying mantle rocks. 
This triggers melting and magma forms as a result. 


Magma comes from a variety of sources and may 
have a complicated history. For example, as magma 
rises in the mantle and crust, it undergoes a process 
known as fractional crystallization. Each mineral in a 
rock has its own crystallization (or melting) temper- 
ature. Because different minerals crystallize at differ- 
ent temperatures, certain minerals form from magma 
earlier than others. This produces magma with a com- 
position different from that when the minerals first 
began to crystallize. Therefore, the minerals that crys- 
tallize later, and the rocks that they form, will be of a 
different composition than those that form earlier. 
Fractional crystallization is thought to be one way of 
producing rocks of different compositions from the 
same magma. Partial melting and magma contamina- 
tion are also important. 


If a rock is not exposed to a high enough temper- 
ature to melt all of its minerals, only some minerals 
will melt. This is known as partial melting. If a rock 
melts only partially, the magma produced will have a 
different chemical composition than the rock from 
which the magma originated. As magma rises toward 
Earth’s surface it may also cause rocks in the overlying 
crust to partially melt, contaminating the magma with 
molten rock of a different composition. The composi- 
tion of magma therefore depends on many factors, 
including original magma composition resulting 
from partial melting, fractional crystallization, and 
magma contamination. 


Volcanic rocks produced from partially melted 
continental crust usually appear red, brown, or gray 
in color and are known as felsic rocks. Felsic rocks 
such as rhyolite are rich in the minerals feldspar and 
quartz, both of which contain abundant silica. Lava 
formed by melting of mantle rocks contains abundant 
iron- and magnesium-rich minerals, which are poorer 
in silica than quartz and feldspar, and produces mafic 
volcanic rocks such as basalt. Lava with a chemical 
composition that falls between these two extremes is 
said to be of intermediate composition. Andesite is an 
example of an intermediate volcanic rock. 


Types of volcanic eruptions 


Lava flows are streams of molten rock that flow 
onto Earth’s surface from a vent or fissure, and most 
commonly have a basaltic composition. Two common 
types of basaltic lava have been distinguished in the 
Hawaiian language. The Hawaiian words adopted 
into English to describe these different lava rocks are 
aa (pronounced AH-ah), also called blocky lava, and 
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pahoehoe (pronounced pa-HOY-hoy) or ropey lava. 
Aa forms from viscous and slow-moving, and aa flows 
are characterized by an irregular, jagged appearance. 
Pahoehoe flows, in contrast, are characterized by 
smooth, wavy surfaces. Submarine eruptions of basalt 
form large lobes known as pillows, and are commonly 
referred to as pillow basalts. 


Pyroclastic (“fiery fragment”) deposits are the 
result of explosive eruptions. Explosive eruptions 
occur when magma containing water or gases (or 
magma that has been in contact with ground water) 
rises near enough to the surface that the pressure 
exerted by the rock above it can no longer keep the 
magma from boiling. The result is an explosive erup- 
tion of pyroclastic debris. Volcanic dust, ash, cinders, 
and blocks are collectively known as tephra. Ash from 
pyroclastic eruptions can cover large areas, thinning 
with distance from the volcano. The rock produced by 
a volcanic ash fall is known as tuff. 


An ash flow, or pyroclastic flow, is a dense body 
of ash, superheated gases, and rock that moves as a 
fluid from an erupting volcano, crossing the landscape 
and filling valleys with the fluid mixture. This material 
deflates as it cools and produces a rock known as 
ignimbrite, or welded tuff. Ignimbrites can cover hun- 
dreds of square kilometers of landscape, such as the 
Mitchell Mesa Tuff of West Texas. Pyroclastic flows 
from a prehistoric eruption of Taupo, a volcano in 
New Zealand, produced ignimbrite deposits that cov- 
ered the tops of hills hundreds of meters tall. 


A pyroclastic surge is a kind of pyroclastic flow 
that occurs when magma encounters groundwater 
close to Earth’s surface. Also called a nuee ardente, a 
French phrase meaning “glowing cloud,” this was the 
kind of eruption that destroyed the city of St. Pierre, 
on the Caribbean island of Martinique, in 1902. The 
volcano that is formed by this kind of eruption is 
called a maar or tuff ring. 


Controls on the explosivity of volcanic eruptions 


Generally, the viscosity of a magma controls the 
type and violence of eruptions. Viscosity is the resist- 
ance of a fluid to flow. The more viscous the magma, 
the more explosive its eruption is likely to be. Very 
viscous magmas tend to resist eruption, and so gas 
pressure builds within the magma pipe leading to the 
volcanic vent. By the time sufficient pressure builds to 
displace a viscous magma, the force released by the 
eruption will be much greater than for a fluid magma. 
This leads to explosive eruptions. The most important 
controls on viscosity are the silica content of the 
magma and its temperature. Basaltic (mafic) lavas 
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are very fluid due to their low silica content. 
Conversely, rhyolitic lavas are very viscous due to 
their high silica content. Magma and lava viscosity is 
also a function of temperature; therefore, a the viscos- 
ity of a lava flow will increase as its temperature 
decreases. 


Volatile substances are elements or compounds— 
hydrogen sulfide, water, carbon dioxide, radon, and 
other gasses—that escape during eruptions. The Latin 
root for volatile means “winged.” Volatile compounds 
in magma can cause violent explosive eruptions. 


Different kinds of volcanic structures 


As new rock forms around a volcanic vent, the 
resulting volcano takes shape according to the kind of 
erupted material, which is in turn related to lava com- 
position. The most common types of volcanoes, from 
largest to smallest, are the shield volcano, composite 
volcano, and cinder cone. 


A shield volcano is a very large, broad, and low 
profile volcano consisting of layers of basaltic rocks. 
Shield volcanoes most commonly form in the middle 
of oceanic plates or in continental rifts, which are 
areas in which the continental crust is being pulled 
apart. The shape of shield volcanoes resembles the 
round shields used by warriors of ancient times to 
protect themselves in battle. The tallest individual 
mountain on Earth—the island of Hawaii—is a shield 
volcano. This volcanic island slopes gently down from 
the 13,796 ft (4205 m) summit of Mauna Kea to the 
ocean abyss more than 30,000 ft (9 km) below. 
Kenya’s Mt. Kilimanjaro, the tallest mountain in 
Africa, is a shield volcano, as is Olympus Mons, the 
tallest mountain on Mars. Mountains very much like 
shield volcanoes have been mapped on Venus by the 
Magellan spacecraft radar mapping expedition. Shield 
volcanoes can produce large amounts of lava and bury 
large areas, but are not known for violent explosive 
eruptions. 


A composite volcano, or stratovolcano, is a large, 
steep-sided andesitic volcano made of alternating 
sequences of lava and pyroclastic debris. Composite 
volcanoes are most commonly located along plate 
boundaries. Japan’s Mt. Fuji is a composite volcano, 
as are Mount St. Helens in Washington, Mt. Ararat in 
the Caucasus, and Popocatepetl, near Mexico City. 
Composite volcanoes can grow over millions of years 
and then collapse in a cataclysmic event, forming a 
large volcanic crater known as a caldera. 


A cinder cone is a small, steep-sided volcano made 
of pyroclastic material, with lava composition ranging 
from basaltic to rhyolitic. Cinder cone eruptions occur 
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as an incandescent liquid solidifies in midair and falls 
into a heap. Landslides sculpt the sides of the still-hot 
rock pile, forming such cinder cones as Mexico’s 
Paricutin, New Mexico’s Mt. Capulin, and Arizona’s 
Sunset Crater. 


Some mafic eruptions occur through cracks 
known as fissures. Instead of building a mountain in 
one place, fissure eruptions cover broad areas with 
basaltic lava flows known as flood basalts. A fissure 
eruption occurred in Iceland in 1783, and the resulting 
environmental catastrophe wiped out one-fifth of its 
population. Fissure eruptions have: 


« Filled the Rio Grande Rift with hundreds of feet 
(100 m) of volcanic rock near Taos, New Mexico. 


« Constructed the Columbia River Plateau in 
Washington and Oregon. 


- Covered southern India with approximately 
240,000 cubic mi (1 million cubic km) of basalt 65 
million years ago, forming the Deccan Traps. 


- Formed the Siberian Flood Basalt plateau in 
northern Russia 250 million years ago, the largest 
flood basalt in the world. 


Some of these basaltic eruptions happened at the 
same time great extinctions occurred. No conclusive 
evidence has been found for a connection between 
fissure eruptions and global extinction, but the gas 
and heat released could affect environmental condi- 
tions on a planetary scale. 


Calderas 


The most violent large volcanic eruption is the 
collapse of a composite volcano. This normally hap- 
pens on the active margins of tectonic plates, that is, at 
subduction zones or along a continental rift valley 
(where a continent is breaking apart). The process is 
part of the evolution of a composite volcano, which 
starts with a reservoir of molten rock, several miles 
wide and under high pressure. This magma rises in 
Earth’s crust and forces its way to the surface. A 
composite volcano is born in clouds of ash, supersonic 
steam explosions filling the air with hot rock, ash, and 
various gases. 


After a series of eruptions, perhaps over millions 
of years, the volcano forms a mountain of lava and 
pyroclastic material as much as 2-3 mi (3-4 km) high. 
Eventually, there is one last eruption of ash and pyro- 
clastic flows. The magma begins to boil, gas bubbles 
expand the magma to many times its original volume, 
and it explodes upward. The magma chamber rapidly 
empties its contents onto the landscape above and the 
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volcano collapses into the void, forming a depression 
known as a caldera. 


Volcanic hazard assessment 


The considerable danger posed by active volcanoes 
has led to the development of national monitoring pro- 
grams. In the United States, the U.S. Geological Survey 
operates volcano observatories in Alaska, Washington 
(Mount St. Helens), Hawaii, California (Long Valley 
caldera), and the Yellowstone region of Montana and 
Wyoming. 


The work undertaken at volcano observatories and 
includes both monitoring of active volcanoes (such as 
Mount St. Helens and Mount Rainier in Washington) 
and studies the rocks and sedimentary deposits left by 
inactive volcanoes. Because volcanoes erupt so rarely, 
studies of volcanic rocks and related sediments can 
provide important information about the frequency, 
size, and violence of eruptions that might be expected 
in the future. Such instruments as seismometers, tilt- 
meters, and gas samplers are used to monitor active 
volcanoes. Airborne laser scanning can provide detailed 
topographic maps of inaccessible areas, such as the 
rapidly growing lava dome at Mount St. Helens during 
its 2004 eruptions. Interferometric synthetic aperture 
radar (InSAR), which uses differences in radar satellite 
images obtained over time, can also be used to monitor 
the growth or bulging of volcanic edifices. 


In 2005, the U.S. Geological Survey released a 
nationwide assessment of volcanic hazards that took 
into account factors such as geologically recent erup- 
tions, the possibility of large scale collapse (so-called 
sector collapse) that could lead to a catastrophic erup- 
tion, seismicity, tsunamic generation potential, ongoing 
ground deformation, and threats to life, transportation, 
and infrastructure. A total of 20 volanoes within the 
United States (5 of them in Alaska) were judged to pose 
a very high threat. These included Mount St. Helens in 
Washington and Kilauea in Hawaii, both of which were 
erupting when the assessment was made. Mount Rainier, 
near Seattle, and Mount Hood, near Portland, Oregon, 
were also ranked as very high threat volcanoes. 


Site characterization studies at the proposed high 
level nuclear waste repository at Yucca Mountain, 
Nevada, have also included assessments of the like- 
lihood that a volcano will erupt nearby in the future. 
There are several geologically young volcanoes near 
Yucca Mountain, and the possibility that a volcano 
might erupt, damage the waste repository, and release 
radioactive contaminination into the environment has 
been given serious consideration. 
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In addition to such obvious hazards as molten 
lava and fast moving volcanic ash flows, active volca- 
noes pose a considerable threat to aviation. On 
December 15, 1989, KLM flight 867 was carrying 
231 passengers when it flew into an ash cloud from 
Redoubt Volcano, Alaska, which had begun erupting 
earlier that day. All four engines on the Boeing 747 
became clogged with ash and stopped operating, and 
the aircraft fell 15,000 feet without power before the 
crew was able to re-start the engines and land safely in 
Anchorage. Repairs to the aircraft, including the 
replacement of all four engines, cost $80 million. At 
least 80 aircraft flying through volcanic ash clouds 
were damaged (although no fatalities have occurred) 
between 1980 and 2004. A global network of 9 vol- 
canic ash advisory centers, including two in the United 
States operated by the National Oceanographic and 
Atmospheric Administration (NOAA), tracks vol- 
canic activity and ash clouds in order to warn aviators 
of potential dangers. Data are obtained from multi- 
spectral remote sensing satellites and the movement of 
volcanic ash clouds is predicted using computer mod- 
els that take into account prevailing winds. 


Volcanic catastrophes 


According to the United States Geological 
Survey, between 50 and 60 volcanoes erupt each 
year, usually in sparsely populated areas. In the past 
500 years more than 200,000 people have died as a 
result of volcanic activity. Between 1900 and 1986, 
volcanoes directly or indirectly killed an average of 
845 people each year. The 1980 eruption of Mount 
St. Helens, the last volcanic eruption within the con- 
tiguous United States, killed 57 people. 


During the 1980s and 1990s the science of volca- 
nology greatly improved our knowledge of volcano 
behavior. Consequently, volcanologists can now 
warn civil authorities when eruptions are likely to 
occur. Mt. Pinatubo, a composite volcano in the 
Philippine Islands, erupted explosively in 1991. In 
1997, a pyroclastic flow burst from the Sourfriere 
Hills volcano on the island of Montserrat in the 
Caribbean. Lives were lost in both of these disasters; 
however, many more lives were saved by timely evac- 
uation of the populations flanking the volcanoes. 


Mt. Mazama, which existed in what is now south- 
ern Oregon, erupted and collapsed nearly 7000 years 
ago, creating Crater Lake. The story of the eruption 
evolved into a Native American myth, the Battle of 
Llao and Skell, which was eventually translated to 
English. Twentieth century geologists found the 
myth to be an accurate description of the development 
of a caldera nearly 250 generations ago. 
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Ash fall—A layer of volcanic ash that falls from an 
erupted ash cloud. 


Cinder cone—A small, steep-sided volcano made of 
pyroclastic material. A cinder cone is an accumula- 
tion of loose volcanic material that erupts as a liquid, 
and cools into cinders in the air, falling to the ground 
in a heap. 


Composite volcano—A large, steep-sided volcano 
made of alternating sequences of lava and pyroclas- 
tic debris. Sometimes called a stratovolcano. 


Convection current—The motion of a fluid that rises 
as it is heated and sinks as it cools, moving in a 
circular path. 


Felsic—A term applied to light-colored igneous 
rocks, such as rhyolite, that are rich in silica. Felsic 
rocks are rich in the minerals feldspar and quartz. 


Fissure—A crack through which lava erupts onto 
Earth’s surface 


Hot spot—An upwelling of magma from beneath 
Earth’s crust, caused by a disturbance at the boun- 
dary between the solid mantle and the liquid outer 
core. This upwelling is not related to the convection 
currents associated with oceanic ridges, although 
some hot spots do occur there. 


Lava—Molten rock erupted onto Earth’s surface. 


An ash fall from Mt. Vesuvius buried the Roman 
city of Pompeii in 79 AD. The volcano struck down the 
people where they lived, and preserved the shapes of 
their bodies where they fell in the ash. Pompeii is a 
remarkable volcanic disaster because much of the city 
was preserved along with the names, portraits, writings, 
and even graffiti of those who lived there. Plaster casts 
were made of them as the city was excavated in the late 
1700s. The nearby city of Herculaneum was covered by 
a pyroclastic flow that destroyed it in seconds. 


Kuwae, in Melanesia, erupted in 1453. A legendary 
chieftain hastily assembled the population, moving them 
to safety in the last-minute. The eruption destroyed all 
remaining life on the island, and split it into several 
sections. Decades after the caldera eruption, the people 
returned to the new archipelago of which Epi and 
Tongoa are the principal islands. Eruptions of this size 
affect weather and climate worldwide, and cause pecu- 
har optical effects in the atmosphere. Ash in the strato- 
sphere causes the sky to appear strangely colored and 
dims the sunlight. Some geologists speculate that the 
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Mafic—A term applied to dark-colored igneous 
rocks, such as basalt, that are poor in silica and 
contain large amounts of the iron and magnesium. 
Magma—Molten rock beneath Earth’s surface. 
Oceanic ridge system—A long (40,000 mi; 64,000 km) 
crack in Earth’s crust where new ocean crust is continu- 
ously forming, causing ocean basins to grow wider. 
Pyroclastic flow—A fast moving body of pyroclastic 
material from an erupting volcano. It moves as a 
fluid, in some cases covering thousands of square 
kilometers. 

Pyroclastic material—Volcanic debris formed by 
solidification of erupted lava in air; includes dust, 
ash, cinders, and blocks of rock. 

Shield volcano—A broad, low profile volcano con- 
sisting of layers of basaltic rock, typically formed in 
the middle of oceanic plates or on continental rifts. 


Silica—Any of the mineral forms of silicon dioxide. 


Subduction zone—A boundary between tectonic 
plates in which a dense oceanic plate is forced 
beneath a less dense continental plate. 
Viscosity—The internal friction within a fluid that 
makes it resist flow. 

Volatile—Readily able to form a vapor at a relatively 
low temperature. 


eruption’s optical effects in 1453 may have filled the 
defenders of Constantinople with superstitious dread, 
hastening the city’s demise. 


The Laki fissure eruption of 1783 produced huge 
volumes of fluorine gas, which poisoned the grass that 
fed Icelanders’ flocks. Approximately 229,000 animals 
died as a result, and 10,000 Icelanders subsequently 
starved to death, reducing the population by one-fifth. 
Benjamin Franklin observed the blue haze that cov- 
ered Europe, and deduced that the pollution from the 
eruption must have caused the abnormally cold winter 
that year. 


Tambora, an Indonesian composite volcano, 
erupted and collapsed in 1815, chilling the world for 
the next year. The explosion destroyed the volcano’s 
summit and filled the stratosphere with volcanic dust, 
significantly decreasing the amount of sunlight that 
reached Earth’s surface. Tambora’s collapse killed 
10,000 people, and another 80,000 starved to death 
as a result of crop losses. 
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Krakatau, another Indonesian composite vol- 
cano, erupted and collapsed in 1883, causing world- 
wide cooling similar to Tambora. The collapse was 
heard by people 2,500 mi (4,000 km) away. Tsunamis 
killed 36,000 people in coastal Java and Sumatra. The 
atmospheric effects of this eruption in the equatorial 
latitudes included brilliant green sunrises, sunsets, 
and moonrises, followed by blue sunlight throughout 
the day. 


Volcanologists know of even larger caldera erup- 
tions in the geologic past than those in this list. 
Likewise, there are many volcanoes that have the 
potential to erupt catastrophically in the near future. 
Some of them are located in the world’s most populous 
areas: Seattle, Washington; Guadalajara, Mexico; the 
Bay of Naples, Italy; and Rabaul, Papua New Guinea. 


Volcanic benefits 


Through geologic time, volcanic eruptions have 
shaped Earth’s environment in many ways. The erup- 
tion of volcanoes built the continents on which we live. 
We owe much of the composition of our atmosphere 
to volcanic eruptions on the early Earth. Our oceans 
formed from water expelled during these same erup- 
tions. Some of the world’s richest farmland draws its 
fertility from minerals provided by nearby volcanoes. 
Volcanoes, particularly collapsed calderas, can 
develop geothermal systems when groundwater or 
rainwater seep into the volcano. Geothermally pow- 
ered electric generating stations provide electricity in 
Iceland, Italy, and New Zealand. Volcanic processes 
are also responsible for precious and non-precious 
mineral deposits, which are formed when minerals 
precipitate from geothermal waters circulating in the 
rocks beneath and around volcanoes. 


See also Asthenosphere; Boiling point; Catastro- 
phism; Geology; Geophysics; Lithosphere; Planetary 
geology; Plate tectonics; Seamounts; Tectonics. 
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[ Voles 


Voles are small mouse like mammals in the family 
Muridae, order Rodentia. Other members of this fam- 
ily include the gerbils, hamsters, lemmings, rats, and 
mice. Voles occur in a wide range of open, often grassy 
habitats, such as alpine and arctic tundra, prairies, 
savannas, and pastures and other types of agricultural 
fields. 


Voles have a body length of about 3-5 in (8-12 
cm), and typically weigh 1.1-1.8 oz (30-50 g), with 
mature males being slightly larger than females. 
Voles have a stout, plump body, a small head, blunt 
nose, small eyes, short ears, a short neck, and a short, 
stubby tail. Their pelage is dense, and is typically 
colored brownish or grayish. 


Voles are herbivores, eating a wide range of plant 
tissues, especially the shoots and rhizomes of grasses 
and sedges. Voles typically live in tunnels and runways 
that they dig in the ground and surface litter, equipped 
with numerous resting dens and food-storage areas. 
These tunnels are often lived in by communal groups 
of voles. The runways are kept free of obstructions, 
and the voles are intimately familiar with the twists 
and turns of these paths. Consequently, voles can 
move along their runways much faster than they can 
run along the ground surface. This is an important 
advantage when these small animals are attempting 
to flee from a predator. 


Voles remain active throughout the year. During 
the winter, voles develop tunnels beneath the snow at 
the snow-ground interface, and they feed on rhizomes 
and food that they have stored from the previous 
autumn. 


Populations of voles often irrupt in a cyclic fash- 
ion, with regularly occurring years of great abundance 
punctuated by longer periods of time during which 
these small animals may be rather scarce. Some species 
of voles have enormous potential for population 
growth because of their intrinsic fertility. For example, 
females of the common vole (Microtus arvalis) of 
Europe can become sexually mature before they are 
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two weeks old, and while they are still suckling on their 
mother’s milk! Potentially, a female vole can give birth 
to her first litter of four to seven young when she is 
only five weeks old. One captive common vole bore 33 
litters, and had a total of 127 young. Because these 
animals breed more or less continuously during 
the growing season, and sometimes even in the 
winter, their population growth rates are potentially 
enormous. 


What prevents an unmitigated growth of voles is 
mortality associated with predation, coupled with 
unfavorable environmental conditions, such as the 
availability of adequate food. In most cases, it appears 
that the most important ecological factors that allow 
rapid population growth in voles is the availability of 
an abundance of food, associated perhaps with rela- 
tively favorable growing conditions for one or several 
years. 


Voles are always an important prey item for many 
species of predators. However, when voles are abun- 
dant, they are avidly hunted by virtually all small 
predators, including weasels, foxes, owls, and hawks, 
and even some larger animals such as wolves and 
bears. 


Voles are sometimes considered to be pests, 
because they can cause serious damages to crops 
growing in fields, and to stored grains and other 
foods. These damages are caused by the actual eating 
of foods, as well as by the contamination of stored 
grains with vole feces, which can render the crops 
unsaleable. 


North American voles 


There are more than 100 species of voles. Most 
voles are included in the genus Microtus. The meadow 
vole (M. pennsylvanicus) is the most common and 
widespread species of vole in North America, occur- 
ring through most of Canada south of the high arctic 
tundra, and in most of the northern United States. The 
meadow vole is a familiar species of fields, wet mead- 
ows, and disturbed forests. Because of its wide distri- 
bution and periodic irruptions of abundance, the 
meadow vole is both ecologically important as a com- 
ponent of ecological food webs, and economically 
important as an occasional pest. 


The tundra vole (Microtus oeconomus) is another 
widespread species, occurring in arctic tundra and open 
boreal forests of Alaska, Yukon, and Eurasia. The 
woodland vole (M. pinetorum) is widespread in forests 
of southeastern North America. The montane vole (M. 
montanus) occurs in alpine grasslands and tundras of the 
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mountains of the western United States. The prairie vole 
(M. ochrogaster) occurs in the grasslands of the interior 
of the continent, while the rock vole (M. chrotorrhinus) 
occurs in boulder slopes and other rocky places in north- 
eastern North America. The chestnut-cheeked vole (M. 
xanthognathus) occurs in local populations in the boreal 
forest of northwestern North America. The long-tailed 
vole (M. longicaudus), singing vole (M. miurus), 
Townsend’s vole (M. townsendii), Richardson’s vole 
(M. richardsoni), and California vole (M. californicus) 
are all species of coniferous forests of western North 
America. 


The heather vole (Phenacomys intermedius) occurs 
widely in boreal and northern temperate forests of 
Canada and the northwestern United States. This spe- 
cles is very similar in appearance to the meadow vole, 
and was overlooked as a distinct species by most field 
biologists until the 1950s, when reliable, diagnostic 
characters were discovered (these involve the shape 
of the cheek teeth). 


The northern red-backed vole (Clethrionomys 
rutilus) occurs in tundra and open boreal forests of 
northwestern Canada and Alaska, and also in Siberia 
and eastern Scandinavia. There is also a disjunct pop- 
ulation in coniferous rain-forests of Oregon and 
Washington. Gapper’s red-backed vole (C. gapperi) 
occurs more widely throughout temperate North 
America, reaching as far south as the mountains of 
Arizona. 


The sagebrush vole (Lagurus curtatus) occurs in 
high altitude sagebrush steppes and semi-deserts of 
southwestern North America. Richardson’s water 
vole (Arvicola richarsoni) is a species of alpine mead- 
ows and streams of the Rocky Mountains. 


See also Rodents. 


Resources 
BOOKS 


MacDonald, David, and Sasha Norris, eds. Encyclopedia of 


Mammals. New York: Facts on File, 2001. 


Nowak, Ronald M. Walker’s Mammals of the World. 6th 
ed. Baltimore: The Johns Hopkins University Press, 
1999. 


Wilson, D. E. and D. Reeder. Mammal Species of the World. 
3rd ed. Washington, DC: Smithsonian Institution 
Press, 2005. 


Bill Freedman 


Voltage see Electric circuit 


4615 


S3JOA 


Volume 


| Volume 


Volume is the amount of space occupied by an 
object or a material. Volume is said to be a derived 
unit, since the volume of an object can be known from 
other measurements. In order to find the volume of a 
rectangular box, for example, one only needs to know 
the length, width, and depth of the box. Then the 
volume can be calculated from the formula, V = | x 
w x d. Specifically, if the length (1) is 30 centimeters, 
width (w) is 20 centimeters, and depth (d) is 10 centi- 
meters, then the volume is: V = 30 centimeters x 20 
centimeters x 10 centimeters = 6,000 cubic centimeters. 


The volumes of some typical objects can vary 
enormously. For example, the human body has a vol- 
ume of roughly 26 gallons (0.1 cubic meter or 100 
liters). A grown elephant’s volume is about 1,500 gal- 
lons (6 cubic meters), and the volume of Earth is about 
107! cubic meters. By contrast, the volume of a hydro- 
genatom is far smaller, about 10° cubic meters. 


Greek mathematicians, especially Archimedes 
(287-212 BC), were among the first scientists to derive 
formulas for the volumes of common _ shapes. 
However, it was not until the invention of the calculus 
by English physicist and mathematician Sir Isaac 
Newton (1642-1727) and German mathematician 
Gottfried Wilhelm Leibniz (1646-1716) in the seven- 
teenth century that the volume for an arbitrary shape 
could be calculated. One can show, for example, that 
for an object of a certain volume, a sphere has the 
smallest ratio of surface area to volume. This example 
explains why a cat curls up into a ball when it sleeps— 
it is trying to make itself like a sphere, so its surface 
area is as small as possible in order to minimize heat 
loss through its skin. 


Volume of most physical objects is a function of 
two other factors, temperature and pressure. In gen- 
eral, the volume of an object increases with an increase 
in temperature and decreases with an increase in pres- 
sure. Some exceptions exist to this general rule. For 
example, when water is heated from a temperature of 
32°F (0°C) to 39°F (4°C), it decreases in volume. 
Above 39°F (4°C), however, further heating of water 
results in an increase in volume that is more character- 
istic of matter. 


Units of volume 


The term unit volume refers to the volume of one 
something: one quart, one milliliter, or one cubic inch, 
for example. Every measuring system that exists 
defines a unit volume for that system. Then, when 
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one speaks about the volume of an object in that 
system, what he or she means is how many times that 
unit volume is contained within the object. If the vol- 
ume of a glass of water is said to be 35.6 cubic inches, 
for example, what is meant is that 35.6 cubic inch unit 
volumes could be placed into that glass. 


Mathematically, volume would seem to be a sim- 
ple extension of the concept of area, but it is actually 
more complicated. The volume of simple figures with 
integral sides is found by determining the number of 
unit cubes that fit into the figure. When this idea is 
extended to include all possible positive real numbers, 
however, paradoxes of volume occur. It theoretically 
is possible to take a solid figure apart into a few pieces 
and reassemble it so that it has a different volume. 


The units in which volume is measured depend on 
a variety of factors, such as the system of measurement 
being used and the type of material being measured. 
For example, volume in the British system of measure- 
ment may be measured in barrels, bushels, drams, 
gills, pecks, teaspoons, or other units. Each of these 
units may have more than one meaning, depending on 
the material being measured. For example, the precise 
size of a barrel ranges anywhere from 31 to 42 gallons, 
depending on federal and state statutes. The more 
standard units used in the British system, however, 
are the cubic inch or cubic foot and the gallon. 


Variability in the basic units also exists. For exam- 
ple, the quart differs in size depending on whether it is 
being used to measure a liquid or dry volume and 
whether it is a measurement made in the British or 
customary U.S. system. As an example, | customary 
liquid quart is equivalent to 57.75 cubic inches, while | 
customary dry quart is equivalent to 67.201 cubic 
inches. In contrast, 1 British quart is equivalent to 
69.354 cubic inches. 


The basic unit of volume in the international sys- 
tem (often called the metric system) is the liter (abbre- 
viated as 1), although the cubic centimeter (cc or cm*) 
and milliliter (ml) are also widely used as units for 
measuring volume. The fundamental relationship 
between units in the two systems is given by the fact 
that 1 U.S. liquid quart is equivalent to 0.946 L or, 
conversely, 1 liter is equivalent to 1.057 customary 
liquid quarts. 


The volume of solids 


The volume of solids is relatively less affected by 
pressure and temperature changes than is that of 
liquids or gases. For example, heating a liter of iron 
from 32°F (0°C) to 212°F (100°C) causes an increase 
in volume of less than 1%, and heating a liter of water 
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through the same temperature range causes an 
increase in volume of less than 5%. However, heating 
a liter of air from 32°F (0°C) to 212°F (100°C) causes 
an increase in volume of nearly 140%. 


The volume of a solid object can be determined in 
one of two general ways, depending on whether or not 
a mathematical formula can be written for the object. 
For example, the volume of a cube can be determined 
if one knows the length of one side (s). In such a case, 
V = s°, or the volume of the cube is equal to the cube 
of the length of any one side (all sides being equal in 
length). The volume of a cylinder, on the other hand, is 
equal to the product of the area of the base multiplied 
by the altitude of the cylinder. For a right circular 
cylinder, the volume is equal to the product of the 
radius of the circular base (r) squared multiplied by 
the height (h) of the cone and by pi (z), or V = mr*h. 


Many solid objects have irregular shapes for 
which no mathematical formula exists. One way to 
find the volume of such objects is to sub-divide them 
into recognizable shapes for which formulas do exist 
(such as many small cubes) and then approximate the 
total volume by summing the volumes of individual 
subdivisions. This method of approximation can 
become exact by using calculus. Another way is to 
calculate the volume by water displacement, or the 
displacement of some other liquid. 


Suppose, for example, that one wishes to calculate 
the volume of an irregularly shaped piece of rock. One 
way to determine that volume is first to add water to 
some volume-measuring instrument, such as a grad- 
uated cylinder. The exact volume of water added to the 
cylinder is recorded. Then, the object whose volume is 
to be determined is also added to the cylinder. The 
water in the cylinder will rise by an amount equivalent 
to the volume of the object. Thus, the final volume 
read on the cylinder less the original volume is equal to 
the volume of the submerged object. 


This method is applicable, of course, only if the 
object is insoluble in water. If the object is soluble in 
water, then another liquid, such as alcohol or cyclo- 
hexane, can be substituted for the water. 


The volume of liquids and gases 


Measuring the volume of a liquid is relatively 
straight forward. Since liquids take the shape of the 
container in which they are placed, a liquid whose 
volume is to be found can simply be poured into a 
graduated container, that is, a container on which 
some scale has been etched. Graduated cylinders of 
various sizes, ranging from 10 ml to 1 | are commonly 
available in science laboratories for measuring the 
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KEY TERMS 


British (customary) system—A collection of meas- 
uring units that has developed haphazardly over 
many centuries and is now used almost exclusively 
in the United States and for certain specialized 
types of measurements. 


Displacement method—A method for determining 
the volume of an irregularly shaped solid object by 
placing it in a measured amount of water or other 
liquid. 

International (metric) system—A system of meas- 
urement used by all scientists and in common prac- 
tice by almost every nation of the world. 


Unit volume—tThe basic size of an object against 
which all other volumes are measured in a system. 


volumes of liquids. Other devices, such as pipettes 
and burettes, are available for measuring exact vol- 
umes, especially small volumes. 


The volume of a liquid is only moderately affected 
by pressure, but it is often quite sensitive to changes in 
temperature. For this reason, volume measurements 
made at temperatures other than ambient temperature 
are generally so indicated when they are reported, as 
V = 35.89 ml (95°F; 35°C). 


The volume of gases is very much influenced by 
temperature and pressure. Thus, any attempt to meas- 
ure or report the volume of the gas must always 
include an indication of the pressure and temperature 
under which that volume was measured. Indeed, since 
gases expand to fill any container into which they are 
placed, the term volume has meaning for a gas only 
when temperature and pressure are indicated. 


David E. Newton 


l Voyager spacecraft 


Twin robotic, unmanned interplanetary space 
probes, Voyager 1 and Voyager 2, were launched by 
the United States in 1977; on September 5, 1977 and 
August 20, 1977, respectively. Their original mission 
was to fly by the planets Jupiter and Saturn, but the 
journey of Voyager 2 was successfully extended to 
Uranus and Neptune. The Voyagers are the most 
scientifically fruitful space mission ever launched, 
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Voyager spacecraft 


Voyager. (U.S. National Aeronautics and Space Administration [NASA].) 


collecting, among other data, high-quality photo- 
graphs of four planets and dozens of moons, most of 
which were previously known only as specks of light in 
telescopes. The Voyagers are still functioning today, 
returning data to the Earth as they coast toward inter- 
stellar space. They are the longest-lasting missions 
ever launched into space. They are controlled by the 
Jet Propulsion Laboratory, a project of the National 
Aeronautics and Space Administration (NASA) and 
the California Institute of Technology (Caltech), near 
Pasadena, California. 


The structural foundation of each Voyager is a 
puck-shaped frame, or bus, about 6 ft (1.8 m) diame- 
ter. To this bus are attached 11 science instruments, 
communications antennae, computers, and a power- 
generation unit. A high-gain dish antenna 12 ft (3.7 m) 
in diameter is mounted directly onto the bus and 
devoted to receiving command signals from Earth. A 
radioiosotope thermoelectric generator provides each 
Voyager with electric power derived from the heat 
given off by several kilograms of plutonium-238. 
Voyager’s cameras and spectrometers are mounted 
on a scan platform attached to a gearbox at the end 
of a 10-ft (3-m) boom. The gearbox makes it possible 
to select observational targets, within limits, without 


4618 


having to rotate the entire spacecraft. Each Voyager 
also possesses several computers to handle scientific 
data, coordinate its own subsystems, and control its 
position. 


Since it was known that the Voyagers would even- 
tually leave the solar system, they are also equipped 
with messages for any extraterrestrial beings that 
might encounter them, perhaps millions of years 
hence. These messages are preserved on gold-plated 
audio discs of the now-obsolete type that encodes 
sound as sinuous grooves on a surface. The Voyager 
records include a wide variety of Earthly sounds (e.g., 
rain, a kiss, the rock-and-roll classic “Johnny B. 
Goode” by Chuck Berry) and images (e.g., a snow- 
flake, Australian hunters, rush-hour traffic), and are 
supplied with needles, cartridges, and playback 
instructions in pictorial form. 


Voyager I made its closest approach to Jupiter in 
March, 1979, taking detailed pictures of the planet and 
several of its moons; Voyager 2 encountered Jupiter in 
July of the same year. Voyager photographs revealed 
that the moon Io is the most volcanically active body 
in the solar system, with its interior kneaded to hot 
liquid by periodic gravitational tugs from the moon 
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Europa and its surface pockmarked by hundreds of 
volcanoes. Some of these volcanoes squirt liquid sulfur 
compounds at 0.6 miles per second (1 km/sec) up to 
190 mi (300 km) above the surface, forming umbrella- 
shaped plumes that can be easily seen from space. 
Europa was found to be among the smoothest bodies 
in the solar system, covered with a network of cracks 
suggesting a relatively thin layer of ice over a watery 
world-ocean. Ganymede and Callisto, consisting 
mostly of ice, were found to contain fascinating geol- 
ogy of their own. Callisto, thanks to data obtained in 
1998 by the space probe Galileo, is now thought to also 
possess a world-ocean of saltwater, albeit under a 
thicker crust than Europa’s. 


Both spacecraft received a gravitational assist 
from Jupiter that increased their speed and redirected 
them toward Saturn, which Voyager J reached in 
November, 1980, and Voyager 2, 10 months later. 
Their observations showed that Saturn’s ring struc- 
ture was more complex and finely divided than was 
suspected. Close observation of Saturn’s moon Titan, 
the largest satellite in the solar system, revealed little 
because of its dense, hazy atmosphere. 


After Saturn, Voyager / proceeded to head out of 
the solar system, but Voyager 2 continued on what was 
termed the Grand Tour—a course that would take it to 
Neptune and then, with yet another gravitational assist 
from that planet, to Uranus. A Grand Tour is only 
available to spacecraft when the outer planets are in a 
certain alignment; this alignment was present when the 
Voyagers were launched in the 1970s, but will not recur 
for another 150 years. In January 1986, Voyager 2 
swept through the Uranian system of moons, which is 
oriented at right angles to the plane of the ecliptic so 
that Uranus, with its system of moons, moves as if 
rolling along its orbit. Voyager 2, moving along the 
ecliptic, shot through the Uranian system like a dart 
through a bull’s eye, gathering detailed images of its five 
previously known large moons—all of which revealed 
unique geology—and discovering ten new, lesser satel- 
lites. In August, 1989, Voyager 2 encountered Neptune, 
outermost of the major planets, passing within a mere 
3,000 mi (4,800 km) of its north pole. It made thorough 
observations of Neptune’s ring system (similar to 
Saturn’s, but less spectacular) and observed bizarre 
nitrogen geysers on its largest moon, Triton. 


For its encounters with Uranus and Neptune, 
Voyager 2 was ingeniously reprogrammed to cope 
with conditions it had not been designed to face. The 
power yielded by its thermoelectric generators had 
declined, forcing controllers to dole it out by switching 
essential systems on and off in an intricate sequence. 
Additionally, the sun’s light is much dimmer at 
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Uranus and Neptune—the former being four times 
and the latter six times as far from the sun as is 
Jupiter—necessitating lengthy camera exposures 
(over a minute in some cases). In order to keep its 
instruments steady for such long periods, the slight 
jerk caused by the onboard tape recorder starting up 
was compensated for by milliseconds-long steering- 
rocket blasts. 


Voyager 2 discovered ten moons of Uranus, along 
with studying the planet’s atmosphere and ring system. 
Because of Uranus’ axial tilt of 97.77°, which is unique in 
the solar system, the probe found that the tail of its 
magnetic field is also tilted by 60° from the planet’s 
rotational axis. The probe also discovered the magnetic 
field of Uransus. On its trip past Neptune, the probe 
discovered the Great Dark Spot, which has seen been 
studied by astronomers with the Hubble Space 
Telescope. Voyager 2 found out that Neptune has some 
of the strongest winds of all the gas planets in the solar 
system; sometimes over 1,600 kilometers per hour. 


As of August 2006, Voyager J had traveled into 
the sun’s heliosheath, which is the termination shock 
region between the solar system and interstellar space. 
According to NASA, the probe entered the termina- 
tion shock sometime around May 2005. The probe is 
about 100 astronomical units from the sun, where one 
AU equals the average distance of Earth from the sun, 
or about 93 million miles. The heliopause is consid- 
ered the official end of the solar system and the begin- 
ning of interstellar space. When Voyager J enters this 
space, it will be the first human-made object—an 
interstellar probe—to pass into true interstellar space 
when it crosses the heliopause (the limit of the solar 
wind’s influence) some time around 2015. Voyager / is 
expected to generate power, so be able to communi- 
cate with Earth, to the year 2020. 


Voyager 2 was still in the heliosphere, as of August 
2006. It is at a distance of about 80.6 AU from the sun. 
It travels about 3.3 AUs each year; being about twice 
the distance from the orbit of the dwarf planet Pluto 
but not yet having reached the orbit of dwarf planet 
Eris. The probe is expected to continue transmitting to 
Earth into the 2030s. 


See also Astronomy; Cosmology; Galaxy; 
Interstellar matter; Mars Pathfinder; Planetary atmos- 


pheres; Planetary geology; Planetary nebulae; 
Planetary ring systems. 
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| Vulcanization 


Vulcanization is the process by which rubber mol- 
ecules (polymers or macromolecules made of repeat- 
ing units or monomers called isoprene) are cross- 
linked with each other by heating the liquid rubber 
with sulfur. It is named after the Roman god of fire, 
Vulcan. Cross-linking increases the elasticity and the 
strength of rubber by about ten-fold, but the amount 
of cross-linking must be controlled to avoid creating a 
brittle and inelastic substance. The process is used 
because natural rubber deteriorates after a few days. 
Large rubber molecules break up as they oxide in air, 
especially when exposed to ultraviolet radiation from 
the sun. 


The process of vulcanization was discovered acci- 
dentally in 1839 by American inventor Charles 
Goodyear (1800-1860) when he dropped some rubber 
containing sulfur onto a hot stove. Goodyear followed 
up on this discovery and, subsequently, developed the 
process of vulcanization. In 1844, Goodyear was 
issued United States Patent #3644. 


Rubber as a natural product 


Natural rubber comes from the rubber tree 
(Hevea brasiliensis) and is a white, milky liquid called 
latex. Most rubber comes from Malaysia and other 
nations in East Asia. Latex can also be seen as the 
white fluid in dandelion stalks. The latex from the tree 
is actually a suspension of rubber particles in water. 
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Figure 1. The process of vulcanization. (//iustration by Hans & 
Cassidy. Courtesy of Gale Group.) 


Rubber is a polymer (long chain made of repeating 
units) of isoprene. Natural rubber is relatively reac- 
tive, and is especially vulnerable to oxidation. 


Vulcanization and properties 
of vulcanized rubber 


In the process of vulcanization, the added sulfur 
allows some C-H bonds to be broken and replaced by 
C-S bonds. The process of vulcanization cross-links 
the chains or polyisoprene to each other. The cross- 
linked molecules create a three-dimensional network 
of rubber. Each cross-link is a chain of about eight 
sulfur atoms between two long chains of polyisoprene. 


Vulcanized rubber is about ten times stronger 
than natural rubber and is also about ten times more 
rigid. However, it is still very elastic, which means that 
is can be stretched reversibly. Polymers that are elastic 
are sometimes called elastomers. The optimum 
amount of sulfur to be added to the rubber is about 
10% by weight. Adding an excess of sulfur produces a 
very brittle and inelastic substance called ebonite. 
Artificially made or synthetic rubber can also be vul- 
canized, and the process is similar. 


Figure 1 shows what happens to rubber when the 
long chains of polyisoprene are cross-linked in part a, 
the macromolecules are bent and randomly arranged. 
In part b, the chains are cross-linked but still randomly 
arranged. The molecules become aligned when the 
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rubber is stretched. If the individual chains were not 
cross-linked, each chain could slide freely past each 
other. 


Resources 


OTHER 

Indian Academy of Sciences. “Vulcanization of Rubber.” 
<http://www.ias.ac.in/resonance/Apr1997/pdf/ 
Apr1997p55-59.pdf> (accessed November 6, 2006). 

International Rubber Research and Development Board. 
“History of Natural Rubber.” <http://www.irrdb.com/ 
irrdb/NaturalRubber/History/History1.htm> 
(accessed November 6, 2006). 

National Inventors Hall of Fame. “Hall of Fame Inventor 
Profiles: Charles Goodyear.” <http://www.invent.org/ 
hall_of_fame/68.html> (accessed November 6, 2006). 


Louis Gotlib 


| Vultures 


Vultures are large birds of prey specialized to 
scavenge the bodies of dead animals. Species of vul- 
tures are assigned to two families in the order 
Falconiformes. The vultures of the Americas include 
seven species in the family Cathartidae. The vultures 
of Eurasia and Africa, numbering 15 pecies, are speci- 
alized members of the Accipitridae, a family that also 
includes hawks and eagles. The Cathartidae and the 
Accipitridae are not closely related. 


Biology of vultures 


Although the vultures of the Cathartidae and 
Accipitridae have evolved from different ancestral 
stock, the two groups occupy broadly similar ecolog- 
ical niches. As a result, the vultures in these families 
are highly convergent in many aspects of their biology 
and ecology. All vultures have very broad wings with 
marginated primary feathers at the tips that allow 
them to soar at great heights and position themselves 
in thermals, thus flying for hours with little effort. This 
is a very useful ability for animals with excellent eye- 
sight, because they can scan for carrion over great 
expanses of terrain. Once most vultures become air- 
borne, it is unusual to see them flap their wings. In 
fact, most species are rather weak at active flying, and 
they sometimes appear to be straining their capabil- 
ities when they are taking flight from the ground. 


All vultures have a hooked beak. The neck 
muscles and beak of vultures are too weak to tear the 
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tough skin of recently dead, large animals, but they are 
able to deal with carcasses that have had some time to 
decompose. Until this happens, only the eyes of the 
dead animal, apparently a delicacy among vultures, 
can be eaten. Vultures have long, clawed toes, but their 
feet cannot grasp with much strength. Because of their 
relatively weak beaks and feet, these birds survive 
almost entirely by scavenging dead animals, and 
increasingly in many areas, the refuse of human 
towns and habitations. 


Vultures rarely kill anything. They are rather 
timid when confronted by a living adult animal, even 
if the creature is obviously unwell, and therefore a 
potential meal. In such a situation, vultures will typi- 
cally wait patiently nearby until the animal dies before 
they begin to eat. However, vultures have been known 
to attack relatively helpless, recently born, young 
animals. 


Vultures are binge eaters of the first order. Their 
prey of dead animals is not always plentiful, and these 
birds sometimes must pass a rather long time between 
meals. However, when a large corpse is available, 
vultures will eat as much as they possibly can. Under 
such conditions, vultures can sometimes become so 
engorged with ingested carrion they are unable to fly. 
If they are disturbed when thus grounded, vultures 
must lighten their load so that they can become air- 
borne. They do this by regurgitating their food, repre- 
senting a case of reluctant avian bulimia. 


New World vultures 


The vultures of the Cathartidae have perforate 
nasal septums, which means that when one is looking 
at a sideways profile of the head of one of these birds, 
daylight can be clearly seen through their paired 
nostrils. 


It appears that at least some of the American 
vultures have an excellent sense of smell, a very rare 
and unusual trait among birds. The turkey vulture 
(Cathartes aura), for example, has the largest olfactory 
system of any bird. There is also a great deal of behav- 
ioral evidence that a sense of smell is a significant aid 
to vultures in finding their food of dead animals. This 
ability is especially useful for vultures that find carrion 
in relatively closed-canopied ecosystems, such as 
shrublands and forests. 


Most species of vultures have a featherless, naked 
head. This is likely an adaptation that facilitates san- 
itation, because these birds often have to reach far into 
a decomposing carcass in order to feed. Most species 
with naked heads have brightly colored and patterned, 
warty skin on their neck and head, which is important 
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Vultures 


Black vultures on a dead alligator in Florida. (JLM Visuals.) 


in species recognition and in courting and aggressive 
interactions. The male Andean condor (Vultur gry- 
phus) has a large, fleshy structure known as a caruncle 
on the top of its naked head, seemingly bizarre to 
humans, but undoubtedly most alluring to females of 
the species. 


The courtship rituals of American vultures gener- 
ally involve open-winged strutting on the ground, fol- 
lowed by impressive displays of aerial soaring and 
gliding. Vultures are monogamous, and both sexes 
brood the eggs and care for the young. Vulture chicks 
mature slowly, taking up to six months to leave the 
nest, in the case of the Andean condor. 


Species of New World vultures 


The most widespread vulture in the Americas is 
the turkey vulture (Cathartes aura), which ranges from 
southern Canada to South America. This species is 
migratory in the northern part of its range, often 
traveling in flocks of several hundred birds. The 
black vulture (Coragyps atratus) is another common 
species that breeds from southern North America to 
South America. The only other species of vulture in 
North America is the California condor (Gymnogyps 
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californianus), an endangered species on the edge of 
extinction. 


Other vultures occur in South America. The larg- 
est species is the increasingly rare Andean condor, 
which has a wingspread of 9 ft (3m), the largest of 
any living bird. This species, which can weigh more 
than 14 lb (6.5 kg), is also the heaviest flying bird. 


A now-extinct American vulture was the very 
impressive Terratornis mirabilis, which had an enor- 
mous wing span of at least 16 ft (5 m). This species is 
known from fossils collected at the Rancho La Brea 
tar pits of southern California. Terratornis mirabilis 
may have still existed as recently as the end of the most 
recent glacial epoch, about 10,000-15,000 years ago. 
This enormous vulture may have become extinct as an 
indirect consequence of the disappearance at that time 
of many large species of mammals, an event that was 
likely due to the first colonization of the Americas by 
very effective human hunters. 


New World vultures and humans 


As scavengers of dead animals, vultures provide 
an important ecological service. This has long been 
recognized by some human societies, which have 
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viewed vultures as useful birds because they contribute 
to cleaning up some types of unpleasant refuse around 
habitations. However, in some places these views have 
recently changed and the presence of these scavengers 
is no longer encouraged. This has happened, for exam- 
ple, in parts of the Andes, where vulture dropping has 
been shown to contribute to the contamination of 
open reservoirs of drinking water with microbial 
pathogens. 


Species of vultures have had great cultural signifi- 
cance to various groups of people. The Maya of 
Central America commonly used a hieroglyphic asso- 
ciated with the king vulture (Sarcoramphus papa) to 
signify the thirteenth day of each month, and this 
species also appears to have been a religious symbol. 
The Andean condor was also culturally important to 
indigenous peoples over large parts of its range. 


Unfortunately, because of their feeding habits 
vultures are regarded with great distaste in some 
other human cultures. Until rather recently, vultures 
were erroneously thought to be responsible for spread- 
ing some important, contagious diseases of livestock, 
because they fed on the bodies of animals that had died 
of those maladies. Vultures have sometimes been shot 
or poisoned in large numbers for this reason. One 
American farmer claimed to have shot 3,500 black 
vultures during a single winter, in an attempt to relieve 
himself and his ranch of this harmless bird, which he 
perceived as a pest. Fortunately, vultures are rarely 
treated this way in North America any more, although 
they are still persecuted in some other areas, usually by 
a few misguided people. 


The California condor is a critically endangered 
species of vulture. This species was formerly wide- 
spread in North America, especially in the west. 
However, this slowly reproducing species has declined 
enormously in abundance because of hunting and poi- 
soning, and until recently it only survived in a critically 
endangered population of a few birds in the San 
Joaquin Valley of southern California. In 1984, only 
15 birds survived, and by 1986 there were only three 
adult male California condors. The few surviving wild 
condors are still under threat from shooting, lead 
poisoning following ingestion of lead bullets in scav- 
enged carrion, and habitat degradation. 


In 1987, no California condors remained in the 
wild. The few surviving wild condors were caught for 
use in a captive breeding program, with the hope that 
enough birds could be produced to allow the eventual 
reintroduction of this endangered species into the 
wild. At that time the total population of the species 
was only 27 individuals, all in captivity. These last 
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California condors are being used in a program of 
captive breeding supported by the U.S. Fish and 
Wildlife Service, and located at the San Diego Wild 
Animal Park and the Los Angeles Zoo. Fortunately, 
this breeding program was successful, and in 1991 the 
first, careful releases of California condors were made 
to a large ecological reserve created and managed for 
their benefit in southern California. By January 2006, 
there were 127 wild birds at five release sites, including 
44 that were over six years old (the age at which 
breeding can begin). Breeding in the wild resumed in 
2002, and by September 2005, 17 attempts had been 
recorded, from which four offspring were still surviv- 
ing. The reintroduction program continues and has 
expanded its geographic coverage to include two 
areas in California and two more in Baja California. 
The ultimate goal is to establish at least two separate 
populations of more than 150 birds each. 


The California condor remains a critically endan- 
gered species, but there is now guarded optimism for 
its longer-term prospects of avoiding extinction. 


Status 


- Andean condor (Vultur gryphus). The largest flying 
bird. Resident of the Andes. 


- Turkey vulture (Cathartes aura). Highly developed 
sense of smell. Ranges from southern Canada to 
Tierra del Fuego. Reportedly declining population 
on the southern plains. Eggshell thinning has been a 
widespread problem. Today the populations appear 
stable. 


« Yellow-headed vulture (Cathartes  burrovianus). 
Resident of Mexico, Panama, and the lowland 
areas of South America. 


- Greater yellow-headed vulture (Cathartes melambro- 
tus). Found in several regions of northern South 
America. 


- Black vulture (Coragyps atratus). Resident of middle 
North America to South America. Winters in North 
America. Loss of suitable tree cavities due to fire 
control has been a problem, as has eggshell thinning 
as a result of pesticide use. The population has 
expanded in the northeastern United States, but 
declined in the Southeast (possibly due to a loss of 
nesting sites in hollow trees). 


- King vulture (Sarcorhamphus papa). Striking bird 
with pinkish white plumage and black flight feathers. 
Some records suggest this bird may once have been a 
resident of Florida. Today it is a rare resident of 
tropical America. 
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- California condor (Gymnogyps californianus). Resident 
of North America. On the verge of extinction, now an 
endangered species. A captive breeding program intro- 
duced in 1987 has met with success, and reintroduction 
of birds to the wild began in 1991. 


Old World vultures 


Some Old World vultures have evolved unusual 
behaviors that help them with feeding. The lammerge- 
ier or bearded vulture (Gypaetus barbatus) of Eurasia 
and Africa is known to drop large bones onto rocks in 
order to break them open so that they can eat the 
nutritious, internal marrow. The Egyptian vulture 
(Neophron percnopterus) is known to pick up stones 
in its beak, and throw them at ostrich eggs to break 
them, again so that the contents can be eaten. 


Unlike the New World vultures, the Old World 
vultures lack a perforate nasal septum, and they are 
generally heavier billed. The Old World vultures have 
an ancient evolutionary lineage, extending to at least 
30 million years, whereas it appears that the American 
vultures evolved much more recently. 


In regions of India, vultures are given access to 
human corpses within secluded, walled facilities. This 
custom would seem to be a cultural acknowledgement 
of the continuity of life and death, and of the relation- 
ships of humans with other species and ecosystems. 


Old World vultures, unlike their New World 
counterparts, lack a highly developed sense of smell, 
and are therefore entirely dependent on their vision to 
find food. Their dependence on their sense of sight has 
restricted their range to the open country, and has kept 
them from making their homes in rainforests like those 
inhabited by the New World vultures. 


Beginning in the early 1990s, vulture populations 
in India and neighboring countries began to decline 
precipitously. By the mid-2000s, the populations of 
three vulture species—the oriental white-backed vul- 
ture (Gyps bengalensis), the long-billed vulture (Gyps 
indicus), and the slender-billed vulture (Gyps tenuirost- 
ris)—had declined by 95%. After extensive research, 
the cause of this decline was found to be accidental 
poisoning of the vultures with diclofenac, a nonster- 
oidal anti-inflammatory drug (NSAID) used to treat 
swelling and pain in cattle and water buffalo. The 
vultures ingest the drug accidentally when feeding on 
carcasses and it causes fatal kidney failure in the birds. 
In March 2006, India announced its intention to ban 
the use of the drug and scientists have determined that 
another NSAID (meloxicam) that does not cause kid- 
ney damage in vultures can be used in animal husban- 
dry instead of diclofenac. 
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Representative Old World vultures include: 


- Lappet-faced vulture (Torgos tracheliotus). Largest 
of the African vultures, and second in size only to the 
European black vulture among Old World vultures. 


- Griffon vultures (Gyps fulvus; also G. bengalensis, 
G. indicus, G. himaleyensis, G. africanus, G. rueppellii, 
G. coprotheres). Medium to large-billed resident of 
Eurasia. Griffins are found chiefly in Spain and the 
Balkans; in Asia, Iran, the Hindu Kush, and parts of 
the Himalayas. Indian populations of several species 
of Gyps vultures have declined precipitously due to 
accidental poisoning with a nonsteroidal anti- 
inflammatory drug that causes kidney failure in the 
birds. The drug’s use has been banned and a safe 
substitute proposed. 


Lammergeir or bearded vulture (Gypaetus barbatus). 
A handsome bird, rather unlike many of the vultures 
that some people consider repellant. A threatened 
species in Europe (1989), this vulture maintains 
healthy populations in the Middle East, Central 
Asia, and the African highlands. Strychnine used in 
bait has led to its decline in Europe. 


Egyptian vulture (Neophron pecnopterus). Small vul- 
ture. Resident of Africa, southern Europe, the 
Middle East, southwestern and central Asia, the 
Himalayas, and India. 


Hooded vulture (Necrosyrtes monachus). Small vul- 
ture. Resident of Africa, south of the Sahara. 


- Palm-nut vulture (Gypohierax angolensis). Feeds on 
crabs, mollusks, fish, and the husks of the oil palm. 
Resident of Africa. 


Indian black vulture (Sarcogyps calvus). Resident of 
India, the Himalayas, Burma, Thailand, the Malay 
Peninsula, and southern Vietnam. 


- European black vulture (Aegypius monachus). 
Resident of southern Europe, Afghanistan, Tibet, 
the Himalayas, and China. Small numbers. 


« White-headed vulture (Trigonoceps  occipitalis). 
Resident of southern Africa, south of the Sahara. 
Scarce. 
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l VX agent 


VX nerve agent (O-ethyl S-[2-diisoproylaminoethy]] 
methylphsophonothioate) is one of the most toxic sub- 
stances ever developed. Like other nerve agents, it is an 
organophosphate. Although it is often called a nerve gas, 
VX is usually a clear, odorless, tasteless liquid. A tiny 
amount of VX, about 10 mg, absorbed through the skin, 
eyes, or ingested is fatal, and death usually occurs within 
an hour of exposure. VX poisons by binding to the 
enzyme cholinesterase, inactivating it. As a result, the 
chemical signals passed between nerve cells are trans- 
mitted uncontrollably. Symptoms of VX poisoning 
include constriction of the pupils, headache, runny 
nose, and nasal congestion, chest tightness, giddiness, 
anxiety and nausea, eventually progressing to convul- 
sions and respiratory failure. VX poisoning can be 
treated immediately with two antidotes: atropine and 
pralidoxome chloride. Because of its extreme toxicity, 
VX is considered a weapon of mass destruction. 


VX poisoning 


Chemical signals are transmitted between nerve cells 
by means of small molecules called neurotransmitters. 
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One of the most common neurotransmitters in the cen- 
tral and peripheral nervous system is acetylcholine. 
Under normal conditions, acetylcholine is released from 
the terminal axon of one nerve cell, crosses the synaptic 
cleft between nerve cells and binds with a receptor on the 
membrane of the post-synaptic nerve cell. Then, the 
enzyme cholinesterase binds to acetylcholine and inacti- 
vates it. This completes the chemical signaling between 
nerve cells. 


When the VX nerve agent is present in the nervous 
system, it inactivates the enzyme cholinesterase. As a 
result, the receptor on the post-synaptic nerve cell is 
indefinitely stimulated by acetylcholine. In addition, 
the pre-synaptic nerve cell continues to release acetyl- 
choline. Nervous signals are never completed and the 
nervous system is eventually destroyed. 


VX poisoning can occur by exposure to the eyes or 
skin, inhalation, or ingestion. Symptoms occur within 
minutes. Autonomic nervous system symptoms 
include constricted pupils, reduced vision and other 
visual effects, drooling, sweating, diarrhea, nausea, 
vomiting, and abdominal pain. Neuromuscular symp- 
toms include twitching, weakness, paralysis, and 
eventually respiratory failure. Symptoms affecting 
the central nervous system are headache, confusion, 
depression, convulsions, coma, respiratory depres- 
sion, and respiratory arrest. 


Treatment of VX poisoning 


Two antidotes for VX poisoning exist: atropine 
and pralidoxime chloride, also called 2-PAM. 
Atropine blocks one type of acetylcholine receptor 
on the post-synaptic nerve cell membrane. This pre- 
vents acetylcholine that is in the synaptic cleft from 
binding to the receptor. Pralidoxime chloride prevents 
VX from binding to cholinesterase. These two drugs 
are combined in an antidote kit called Mark I. 


VX is an extremely toxic material with low vola- 
tility and therefore, it dissipates very slowly. VX also 
has adhesive properties, which make it difficult to 
remove from surfaces. These characteristics make a 
powerful strategic contaminant. For example, mili- 
tary bases contaminated with VX could result in 
casualties for several weeks if the base continued to 
be used. In order to counter such tactics by terrorist 
groups, scientists at the Department of Energy’s 
Idaho National Engineering and Environmental 
Laboratory have recently developed technology to 
detect VX and to predict its degradation rate on 
concrete surfaces. 


See also Bioterrorism. 
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W and Z bosons see Subatomic particles 


i Wagtails and pipits 


Wagtails and pipits are about 60 species of terres- 
trial birds that make up the family Motacillidae. 
Species in this group occur on all of the continents 
but Antarctica. The usual habitat of these birds is 
deserts and semi-deserts, prairies, tundras, shores, 
and cultivated fields. Many species are migratory, 
with northern species traveling to the tropics to 
spend their nonbreeding season, and alpine species 
moving to lower-altitude valleys and lowlands. 


Wagtails and pipits are slender birds, with a body 
length of 5.1-8.7 in (13-22 cm). They have pointed 
wings, a long tail, long, slim legs, rather long toes 
and claws, and a thin, short, straight beak. 


Pipits are typically colored in streaked or mottled 
browns, and the sexes are similar. Wagtails are 
brighter colored, with bold patterns of yellow, black, 
and white, and males being brighter than females. The 
tail of both types is commonly edged with white feath- 
ers, and it is wagged frequently as the bird walks, 
particularly by the well-named wagtails. The flight of 
these birds is undulating. 


These birds hunt on the ground, by walking and 
searching for their food of small insects, other inver- 
tebrates, and seeds, especially during the winter. 


Courtship in wagtails and pipits includes song- 
flights, which feature the male making a rapid ascent, 
and then undertaking a slower, fluttering, tinkling 
descent. Wagtails and pipits nest on the ground in a 
small, cup-shaped nest woven of plant fibers. The clutch 
size can range from two to seven, with high-latitude 
species having a larger number of eggs, and tropical 
species fewer. Both sexes of wagtails incubate the eggs, 
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but in the pipits only the females do. Both sexes of pipits 
and wagtails cooperate in feeding the young. 


The most widespread species in North America is 
the water pipit (Anthus spinoletta). This bird nests in 
alpine and arctic tundras. It spends its nonbreeding 
season in prairies and agricultural fields of the southern 
United States and Central America, generally occurring 
as seed-eating flocks of various sizes. The water pipit 
also breeds in arctic and alpine tundras of Eurasia. 


Sprague’s pipit (A. spragueii) breeds in the mixed- 
grass and short-grass prairies of central North America, 
and winters in Arizona, Texas, and Louisiana, and as 
far south as southwestern Mexico. 


The yellow wagtail (Motacilla flava) breeds in 
western Alaska and the northern Yukon, and much 
more widely in northern Eurasia. This species has a 
number of well-defined subspecies, and these have 
created some confusion among taxonomists, who in 
the past have treated certain of these subspecies as full 
species. The type occurring in Alaska is a subspecies of 
northeastern Siberia and the Beringean region, known 
as Motacilla flava tschutschensis. The white wagtail 
(M. alba) is another species that breeds widely in 
northern Eurasia, while also breeding in Greenland 
and western, coastal Alaska. 


Bill Freedman 


l Walkingsticks 


Walkingsticks are insects with a long, thin body, 
lengthy delicate legs and a brown-green color which 
gives them a striking resemblance to a twig. 
Walkingsticks are in the family Phasmidae in the 
order Orthoptera, which also includes the grasshop- 
pers and crickets. There are almost 2,500 species of 
walkingsticks (phasmids), ranging in size from 1 in 
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Walnut family 


A walkingstick. (Photograph. © Art Wolfe/The National Audubon Society Collection/Photo Researchers, Inc.) 


(2.5cm) to 1 ft (30 cm), the largest species occurring in 
the tropics. Some phasmids resemble leaves (rather 
than twigs) and are called leaf insects. 


All species of phasmids are herbivorous and are 
found on or near vegetation. Often, a phasmid will 
look like the plant on which it is feeding, an adaptation 
known as protective resemblance, which blends these 
insects with their surroundings and protects them from 
predation. Walkingsticks not only resemble twigs, they 
also walk with an odd, rocking motion which makes 
them appear to be a stick being blown in the wind. If 
phasmids are attacked by a predator then delicate legs 
break off so the insect can escape. Some species of 
phasmids when attacked spray a foul-smelling fluid 
from glands on their thorax. In large numbers, phas- 
mids can cause extensive defoliation damage to trees, 
but these insects are otherwise harmless. 


After copulation, female phasmids simply lay 
their eggs while feeding, scattering them on the 
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ground. Some species project their eggs with a flick 
of the abdomen while others place their eggs in a 
protected crack or crevice. The eggs usually hatch 
within two years. Thus, the majority of walkingsticks 
are usually found every second year. Young phasmids 
(nymphs) resemble adult insects, and grow in a series 
of stages (instors) to the adult stage, a type of develop- 
ment known as incomplete metamorphosis. 


Wallabies see Kangaroos and wallabies 


[ Walnut family 


The walnut family contains about 60 species of 
trees in the family Juglandaceae, divided among seven 
genera. North American representatives are the 
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Pecans growing on a tree (above). Ripened pecans showing 
nut meat (below). (ULM Visuals.) 


walnuts (Juglans spp.) and hickories (Carya spp.). All 
of these species produce edible nuts and useful wood, 
and some are cultivated in orchards for the production 
of these crops. 


Biology of walnuts 


Species in the walnut family are woody plants that 
develop as trees, and mostly grow in angiosperm- 
dominated forests in temperate and subtropical cli- 
mates. The range of most species is the Northern 
Hemisphere, although a few species penetrate to the 
Andes of South America and the southwest Pacific. 


The wood of trees in the walnut family is strong 
and resilient and is highly prized as lumber. The twigs 
have a chambered pith which is visible in a longitudi- 
nal cross-section. 


Species in the walnut family have prominent, 
hairy buds and seasonally deciduous, compound 
leaves which are shed in the autumn. The flowers are 
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small and greenish. The staminate flowers occur in 
catkins, while pistillate flowers occur individually. 
The ripe fruit of the hickories and walnuts is properly 
termed a drupe in which their large, hard-coated seed 
is encased in a leathery case. The fruits of walnuts and 
hickories are edible. 


An interesting characteristic of the black walnut 
and some related species is their ability to apparently 
poison the soil in their immediate vicinity. Few plants 
are able to grow beneath a large walnut tree, an obser- 
vation attributed to the presence of a toxic alkaloid 
known as juglone. Even walnut seedlings cannot nor- 
mally grow beneath a parent tree. The production of 
phytotoxic chemicals by plants for use in a type of 
chemical warfare with other competing plants is a 
form of allelopathy. Black walnut is often cited by 
ecologists as an archetypal, allelopathic species. 


Species of walnuts 


Six species of walnuts occur in North America. 
The black walnut (Juglans nigra) and butternut 
(J. cinerea) are widespread in eastern North America. 
The little walnut (J. microcarpa) and Arizona walnut 
(J. major) range into Texas and Arizona and south 
into Mexico. The California walnut (J. californica) 
and Hinds walnut (J. hindsii) have relatively localized 
distributions in southern California. The English wal- 
nut (J. regia) is native to Europe and Asia but has been 
widely planted in North America. 


Twelve native species of hickories occur in North 
America. The most famous species is the pecan (Carya 
illinoensis). This species occurs naturally throughout 
the central United States and south through eastern 
Mexico, but is now cultivated more widely throughout 
the eastern United States. Other species that are wide- 
spread in southeastern North America are the shagbark 
hickory (C. ovata), mockernut hickory (C. tomentosa), 
pignut hickory (C. glabra), and bitternut hickory 
(C. cordiformis). 


Economic importance 


Various species of walnuts and hickories are eco- 
nomically important trees for both their wood and 
their edible fruits which may be gathered in the wild 
but are now mostly grown in plantations. 


The wood of black, English, and other walnuts is 
close-grained, dark-brown colored, and very strong. 
Walnut wood is used to manufacture lumber and 
veneers for fine furnitures and cabinets, and it is some- 
times carved into components for artisanal furniture. 
A well-formed tree of black walnut with a good grain 
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KEY TERMS 


Compound leaf—A leaf in which the blade is sep- 
arated into several or many smaller units, called 
leaflets, arranged along a central petiole or stalk 
known as a rachis. 


Drupe—A fruit which has a fleshy outer layer, and 
a hard inner layer which encloses a single seed. 
A cherry is a typical example, but the fruit of a 
walnut is also a drupe. 


Nut—A generic term for a dry, one-seeded fruit 
with a hard coat which is usually quite difficult to 
open. 

Pith—A large-celled tissue that is found inside of 
the roots or stems of certain species. Members of 
the walnut family have a chambered pith in which 
the tissue is separated into discrete zones of solid 
tissue and air chambers. 


and solid core can be worth more than $12,000 as raw 
material for fine lumber or veneer. Because of this 
enormous per-tree value, walnut trees are sometimes 
illegally “rustled” from private or public property to 
be sold in a black market. 


Hickories also provide an excellent hard wood, 
used to manufacture fine furniture and wooden base- 
ball bats. 


The best-known edible fruits harvested from spe- 
cies in the walnut family are those of the European or 
English walnut (Juglans regia), the black walnut 
(J. nigra), the pecan (Carya illinoensis), and the hickory 
(Carya ovata). The first three of these species are com- 
monly grown in plantations established for the produc- 
tion of their fruits. When they reach a large size, the 
walnuts may be harvested from the plantations for their 
extremely valuable wood. However, this is not done for 
pecans because their wood does not have qualities that 
are as desirable as those of large walnut trees. 


The most important use of the fruits of walnuts 
and hickories is directly for eating. However, fresh 
walnut seeds contain about 50% of their weight as 
oil, which can be expressed from these fruits and 
used as an edible oil or to manufacture soap, perfume, 
cosmetics, or paint. 


Walnuts have sometimes been used as minor folk 
medicines. The inner bark of the black walnut can be 
used as a laxative, while the fruit rind has been used to 
treat intestinal parasites, ulcers, and syphilis. An infu- 
sion of boiled leaves has been used to get rid of 
bedbugs. 
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The doctrine of signatures was a medicinal theory 
that developed in Europe during the Middle Ages 
(about 500 to 1,500 years ago), but also occurred 
independently in some other cultures. This theory 
held that the potential usefulness of plants for medical 
purposes was revealed through the growth form of the 
plant or its parts. For example, a similarity between 
the form of the plant or its parts and some component 
of the human anatomy was commonly thought to 
reveal a signature of usefulness. When the hard, 
outer shell of a walnut is removed, the seed looks 
superficially like a human brain, viewed from above 
with the top of the skull removed. Consequently, it 
was believed that walnuts were somehow useful for the 
treatments of insanity and headaches. 
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l Walruses 


The walrus (Odobenus rosmarus) is one of the 
largest seals, suborder Pinnipedia. Although similar 
in many respects to other seals, particularly the eared 
seals, the walrus is sufficiently different to merit being 
placed in its own family, Odobenidae. It is the sole 
member of that family, with only a few subspecies. The 
genus name is derived from the Greek words for 
“tooth” and “I walk”—thus, “tooth walker,” which refers 
to the walrus’s use of its tusks to haul out on ice floes. 
The species name is derived from the Scandinavian 
word for walrus. 


Walruses are found along the coast of the Arctic 
Ocean, where they spend most of their time on the 
seasonal pack ice. (If ice is unavailable, they will gather 
on land.) They have bred as far south as Nova Scotia, 
the Aleutians, and the White Sea, and stray individu- 
als have been recorded in more temperate waters, 
including coastal Massachusetts, Ireland, southern 
England, France, and even northern Spain. 


Among the seals, the walrus is second in size only 
to the elephant seal. It varies in size according to loca- 
tion; the smallest walruses are found in Hudson Bay, 
the largest in the Bering and Chukchi Seas. Hudson Bay 
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Pacific walrus (Odobenus rosmarus) vary in color. When walrus are in cold water, they may appear pale brown or gray. On land, 
when walrus are warm, they vary from pinkish to darker brown. (Francisco Erize. Bruce Coleman, Inc.) 


males average 9.5 ft (2.9 m) in length and weigh about 
1,750 lb (795 kg), and the females are about 8.2 ft (2.5 m) 
long and weigh 1,250 Ib (565 kg). In the Bering Sea 
population, the adult males are about 10.5 ft (3.2 m) 
long and weigh 2,670 Ib (1,210 kg) and the females are 
8.9 ft (2.7 m) long and 1,830 lb (830 kg). 


It is impossible to mistake a walrus for anything 
else. Its distinctive tusks are present in both sexes. 
Tusk length, like body size, varies among populations, 
but can exceed 39 in (100 cm) in males and 32 in (80 cm) 
in females. The tusks are derived from the canine teeth, 
and they grow throughout life. The tusk is almost 
purely dentine (ivory); this has made the walrus a 
target of hunting. Although fearsome weapons, the 
tusks are mostly used as ice axes, when the animal 
hauls itself out of the water onto an ice floe. They are 
also used as a social signal, much like the antlers of 
deer. The size and shape of tusks differs between males 
and females, so it is likely that walruses use these clues 
to determine sex and age. 


The body of a walrus is massive. The head, which 
appears to be set directly on the animal’s trunk, is 
round and the skull is thick. A walrus may use its 
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head as a battering ram to break through ice up to 
8 in (20 cm) thick. The deeply folded skin is 1.2-1.6 in 
(3-4 cm) thick, and is underlain by a 4 in (10 cm) layer 
of blubber. In females and young males, the skin is 
covered with coarse hair about 0.4 in (1 cm) long, 
which gives them a soft, velvety look. Older males 
are nearly hairless, and their thick, folded skin is 
bare on their neck and shoulders. When an old male 
hauls himself out of the Arctic water, he may be nearly 
white; but as the sun warms him, his skin will turn a 
rosy shade of pink. The skin is particularly thick on the 
male’s neck, where it can be up to 2.4 in (6 cm). Males 
also have a pair of pouches extending from the phar- 
ynx. When inflated, these pouches produce a distinc- 
tive bell-like sound, and help the male float. 


The walrus has four flippers, each with five digits. 
The flippers are thick and cartilaginous. All the flip- 
pers have a bare, warty sole that provides good trac- 
tion on ice. Like the eared seals, the walrus can rotate 
the flippers forward and use them to walk. In the 
water, however, the walrus propels itself almost 
entirely with its hind flippers, using the fore-flippers 
only to steer. They swim at an average speed of about 
4.3 mph (7 km/h), and can reach 22 mph (35 km/h). 
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However, they are generally not great migrators, and 
seem to prefer to hitch rides on ice floes that drift with 
the current. Dives last about 2-10 minutes; the depth is 
typically 32-164 ft (10-50 m), but the deepest known 
dive was 262 ft (80 m). 


The eyes are small, and the external ears are mere 
folds of skin. While these senses may not be particu- 
larly good, there is an excellent sense of touch using 
the distinctive moustache, used to find food. The 
moustache, found in both sexes, is composed of 
about 450 sensitive whiskers. 


The whiskers help the walrus detect the bottom- 
dwelling organisms on which it feeds. Bivalve mol- 
lusks such as clams comprise the bulk of the typical 
diet. Once a walrus noses a mollusk out of the mud (an 
old wives’ tale suggests that walrus use their tusks to 
dig up mollusks), it sucks the creature out and spits the 
shell back into the mud. Thousands of mollusks may 
make up a meal. The diet also includes crabs, octopus, 
sea cucumbers, polychaete worms, tunicates, fish, and 
occasionally, birds. Some individuals have been 
known to hunt other seals and even whales. 


Walruses are gregarious animals. They seem to 
enjoy nothing more than sunbathing in great agglom- 
erations called haul-outs. The haul-outs are generally 
all-male or all-female during the non-breeding season, 
and within them several thousand walruses may lie 
close together. Within a haul-out there is a social 
hierarchy, with the largest animals with the largest 
tusks at the top. A dominant animal need just show 
its tusks to a subordinate and the latter will generally 
move along; sometimes there is violence, but generally 
there is no lasting injury. 


Mating occurs during January and February, in 
the water, and the female can delay implantation of 
the fertilized egg until July. The calf is born 10-11 
months later, about 140 lb (63 kg) in weight, 45 in 
(113 cm) in length, and tuskless. Mothers and calves 
share a strong bond, and the mother is very protective. 
Unlike in the eared seals, walrus mothers do not leave 
their calf for long periods. However, females will 
“babysit” each other’s young, and even adopt 
orphans. Calves remain with their mother for two 
years. Females are sexually mature between the ages 
of six and seven; males mature later, at around eight to 
10, but they generally cannot compete for females 
until they reach their full growth at around age 15. 
Females are full-grown at 10-12 years old. Walruses 
can live about 40 years. 


Walruses have been hunted for thousands of years 
by aboriginal Arctic peoples, who used all parts of the 
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animal—skin, fat, meat, and bones—for clothing, 
fuel, food, tools, and boat-skins. Then Europeans 
realized the walrus was an easy-to-kill source of oil, 
ivory, and skins. By the mid-1800s, the Atlantic sub- 
species (O. r. rosmarus) had vanished at southern loca- 
tions they had traditionally used, such as Sable Island 
and the Magdalen Islands off eastern Canada. This 
subspecies has never recovered from the onslaught; 
about 30,000 North Atlantic walruses remain, but 
they occur much farther to the north than in former 
times. During the nineteenth century, western hunters 
turned their attention to the Pacific subspecies 
(O. r. divergens), and tens of thousands of those ani- 
mals were killed. On the Pribilof Islands alone, hunters 
took 35,280 Ib (16,000 kg) of walrus ivory. The walrus 
of the Laptev Sea, O. r. /aptevi, is considered rare, as it 
numbers only between 4,000-5,000 animals. 


Although both the United States and Russia have 
prohibited hunting except by native peoples, some 
conservationists contend that this “subsistence” hunting 
is now primarily commercial. Poaching has increased 
since an international moratorium on international 
trade of elephant ivory was enacted (walrus ivory is a 
good substitute for many purposes). Between poach- 
ing and the legal killing of 10,000-15,000 walruses in 
the eastern and western Arctic each year, the popula- 
tion of all walruses is likely to decrease greatly. 


Other than human beings, walruses have few nat- 
ural enemies; they include polar bears, but walruses 
are quite good at fending off these predators. 
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[ Warblers 


Warblers are small, perching song birds with a 
large number of species distributed throughout the 
world. There are two families of warblers, one in the 
New World and one in the Old World. The New 
World warblers (family Parulidae) comprise 126 spe- 
cies that occur throughout the Americas. The Old 
World warblers (family Sylviidae) occur in Eurasia, 
Africa, and Australia, and include some 350 species. 
Although the warblers in these two families are not 
closely related, having evolved from different ances- 
tral stocks, they are of rather similar general appear- 
ance, and many species in both families are 
accomplished singers. These are the main reasons for 
their shared common name. 


In addition, birds in both families of warblers are 
very active hunters of insects, spiders, and other small 
invertebrates. Most species of warblers are tropical or 
subtropical. However, many migratory species of war- 
blers breed in forested and shrubby habitats at higher 
latitudes, and spend the non-breeding season in warmer 
latitudes. These migratory warblers can be regarded as 
essentially tropical birds that breed and raise their 
young in the forests of higher latitudes in order to take 
advantage of the seasonal abundance of arthropods. 


The Old World and American warblers bear a super- 
ficial resemblance to each other. This is largely because of 
convergent evolutionary influences, resulting from the 
fact that these unrelated birds occupy rather similar 
niches in their ecosystems—that of small, arthropod- 
eating birds. One difference between the families is the 
occurrence of 10 primary wing feathers in the Sylviidae, 
compared with nine in the Parulidae. The American 
warblers, particularly male birds, tend to be much more 
brightly colored than the Old World warblers. 


American warblers 


The American warblers are small, brightly col- 
ored, insectivorous birds. Most species of American 
warblers are resident in tropical forests, but some 
migrate to northern ecosystems to breed. 


At least 52 species of American warblers breed 
north of Mexico. Some of these species have very 
wide ranges, occurring over much of the United 
States and Canada. The yellow warbler (Dendroica 
petechia), for example, is a common species found in 
shrubby habitats from the northern low arctic through 
all but the southernmost deciduous forests and west- 
ern deserts. The common yellowthroat (Geothlypis 
trichas) is similarly widespread in marshes and 
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A male black-throated green warbler (Dendroica virens). 

Usually found high in trees, this warbler was in the grass 
feeding on grounded insects after a cold snap. (Robert J. 
Huffman. Field Mark Publications.) 


shrubby habitats, from the subarctic through the 
southern states and into Mexico. The yellow-breasted 
chat Ucteria virens) is the largest species of warbler in 
North America, with a body length of 15 in (38 cm). 
This species also ranges widely, from southern Canada 
through most of the United States. The yellow- 
rumped warbler (Dendroica coronata) is one of the 
most familiar species, because it breeds in many 
types of conifer forests, and winters throughout 
much of the southern United States and down into 
Mexico and elsewhere in Central America. 


Male birds of these and many of the other North 
American warblers are very colorful. The prothono- 
tary or golden swamp warbler (Protonotaria citrea) 
occurs in hardwood swamps and riparian forests, 
and has a brilliant yellow plumage, offset by its gray- 
blue wings. The northern parula (Parula americana) 
occurs in eastern hardwood forests, and has a bright 
blue back, and a yellow breast with a black-and-red 
band running across. The male blackburnian warbler 
(Dendroica fusca) of eastern spruce-fir forests has an 
orange throat framed by black and white markings. 
The red-faced warbler (Cardellina rubrifrons) of south- 
ern Arizona and Mexico has a crimson face and 
throat. The American redstart (Setophaga ruticilla) is 
a widespread forest species with a black body and 
bright, orange patches on its flanks and tail. 


American warblers are a diverse component of the 
community of birds breeding in most forests of the 
Americas. In some places in North America, 10 or 
more species may breed in the same stand. Although 
all of these birds feed on small arthropods, they segre- 
gate ecologically by feeding in different parts of the 
tree canopy, on the surface of tree bark, or on the 
forest floor. 
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Old World warblers 


About one-half of the Old World warblers are 
resident or short-distance migrants that breed in trop- 
ical and sub-tropical ecosystems of Africa. Africa is 
also the wintering ground for many of the other spe- 
cies of Old World warblers, which migrate to more 
northern latitudes to breed. Various species in this 
family are widespread throughout Eurasia, breeding 
as far as the northern tundra, but wintering in the 
tropics of Africa or Asia. Other migratory species 
breed in more temperate habitats. 


Only a few species of sylviid warblers breed in 
North America. The ruby-crowned kinglet (Regulus 
calendula) and golden-crowned kinglet (R. satrapa) 
are widespread and common birds of northern conifer 
forests. The blue-gray gnatcatcher (Polioptila caerulea) 
is more southern in distribution, and prefers broad-leaf 
forests. The black-tailed gnatcatcher (P. melanura) 
occurs in desert scrub. These are all small, very active, 
insect- and spider-hunting birds. The gnatcatcher was 
named after its habit of catching small insects while 
hovering, or through brief, aerial pursuits. 


Like other songbirds, male warblers sing to pro- 
claim their breeding territory, and to advertise their 
availability as a mate to females. Some of the sylviid 
warblers of Eurasia are very difficult to tell apart on 
the basis of plumage, but they have different habitat 
preferences and distinctive songs. 


Conservation of warblers 


Warblers are small, often colorful birds, and there 
are many species of both the parulid and sylviid war- 
blers. As a result, these birds are among the most 
avidly sought-after sightings by bird-watchers. Birding 
is a non-consumptive field sport rapidly increasing in 
popularity. Birding, in conjunction with related activ- 
ities such as bird feeding, has a very large economic 
impact, and gives great aesthetic enjoyment to many 
people. Unfortunately, populations of many of the 
small birds that are the object of these activities, 
including warblers, are becoming increasingly at risk 
from a number of human activities. 


In spite of their small size, migrating Old World 
warblers are commonly hunted as food in the 
Mediterranean region. These days, they are mostly 
captured with nets or using sticky perches from 
which the birds cannot extricate themselves. Large 
numbers of migrating warblers are caught in these 
ways, and are eaten locally or are offered for sale as 
a delicacy at markets. Some of the catch, generally 
pickled, is even traded internationally. The use of 
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Convergence—An evolutionary pattern by which 
unrelated species that fill similar ecological niches 
tend to develop similar morphologies and behav- 
ior. Convergence occurs in response to similar 
selection pressures. 


Nest parasite—A bird that lays its eggs in the nests 
of other species. The host raises the parasitic egg, 
and often fails to successfully raise any of its own 
babies. 


warblers in this way is a quite uncontrolled, free-for- 
all exploitation, and represents a significant risk to the 
populations of these tiny birds. 


One species of North American warbler may have 
become extinct quite recently. Bachman’s warbler 
(Vermivora bachmanii) used to breed in mature 
broad-leaf forests of the southeastern United States. 
This species has not been reported since 1988 even 
though there still seems to be sufficient breeding hab- 
itat, including intact stands where Bachman’s warbler 
used to successfully breed. If this species is extinct, its 
demise was probably caused by the conversion of its 
wintering habitat on the island of Cuba to agriculture. 
Once the surviving numbers of Bachman’s warbler 
decreased to below a critical threshold of abundance, 
potential mates were probably unable to locate each 
other in their relatively large breeding range, and the 
population collapsed. 


Many other species of North American warblers 
are at risk from decreases in the area of their wintering 
and/or breeding habitat. This concern is especially 
acute for those warblers whose habitat is mature for- 
est. Losses of natural habitat directly decrease the 
populations of birds that can be sustained on the land- 
scape. In addition much of the remaining breeding 
habitat is fragmented into small woodlots. This 
means that much of the remaining forest habitat is 
ecologically influenced by proximity to an edge with 
younger habitat. This factor appears to expose war- 
blers and other forest birds to more intense predation, 
and to the debilitating effects of nest-parasitism by the 
brown-headed cowbird (Molothrus ater). Many North 
American ornithologists feel that these factors are 
causing large declines in the populations of numerous 
species of migratory forest birds, including many spe- 
cies of warblers. The same environmental problem, 
along with hunting, is affecting populations of war- 
blers and other small birds in Europe and elsewhere. 
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When patience and birding skills allow their close 
observation, warblers can be wonderfully charismatic. 
Unfortunately, like so many other creatures native to 
North America and other parts of the rapidly chang- 
ing world, many species of warblers are at great risk 
from the environmental changes being caused by 
humans and their activities. 
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I Wasps 


Wasps are slim-waisted, stinging insects in the 
order Hymenoptera. There are two main groups of 
wasps: the solitary wasps are relatively small parasites 
of other arthropods, while the social wasps are larger 
and live in colonies. Some other groups of tinier 
hymenopterans are also commonly known as wasps. 


Wasps are familiar insects to most people, and 
they are good insects to know about because wasps 
can deliver a very painful sting when they feel threat- 
ened or are agitated. It is less well-known that many of 
the tinier species of wasps provide a very valuable 
service to humans because these parasites and preda- 
tors can be quite effective at reducing populations of 
injurious species of insects. 
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This female wasp of the family Mutillidae mimics the 
appearance of dangerous species of ants to ward off 
predators. (© George Bernard, National Audubon Society 
Collection/Photo Researchers, Inc.) 


Biology of wasps 


Wasps have a complete metamorphosis with four 
stages in their life history: egg, larva, pupa, and adult. 


Adult wasps have four sparsely veined, membra- 
nous wings, and most species have their abdomen 
joined to the thorax across a very narrow waist. 
Wasps have chewing mouth parts, useful for masticat- 
ing their food and for pulping wood to manufacture 
the paper that wasps often use to build the cell-like 
walls of their nests. The ovipositor of female wasps is 
modified into a stinger, located at the end of their 
abdomen. This organ can deliver a dose of venom to 
kill or paralyze other insects which may be eaten or 
used as a living provision for young wasps. The social 
wasps will also aggressively sting large animals if they 
feel that their nest is threatened. 


There are males and females of most species of 
wasps. However, as with most species in the order 
Hymenoptera, males are normally produced from non- 
fertilized eggs in a developmental process known as par- 
thenogenesis. Female wasps develop from fertilized eggs 
and are usually much more abundant than males. In 
some species, male wasps are not even known to occur. 


Solitary wasps are relatively small insects that 
build their nests in burrows in the ground or out of 
mud on an exposed surface. The nest is then provi- 
sioned with a insect or spider that has been paralyzed 
by stinging and upon which one or more eggs are laid. 
The prey serves as a living but immobile food for the 
developing larvae of the wasp. Although quite small, 
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parasitic wasps can be rather abundant, and they can 
exert a substantial measure of control over the popu- 
lations of their prey species. 


In contrast, the social wasps are relatively large 
insects that live in colonies of various size. Vespid 
wasps develop colonies with three castes: queens, 
drones, and workers. The drones are relatively short- 
lived males and serve only to fertilize the queens. The 
queens are long-lived wasps, and their major function 
is to initiate a colony and then spend their life laying 
eggs. Once a colony is established, the eggs and young 
are tended by workers which are nonfertile female 
wasps that can be very numerous in large colonies. 
Social wasps cooperatively feed their developing 
young on a continuous basis, often with chewed-up 
insects and other animal-derived foods. 


Important groups of North American wasps 


The most familiar wasps to most people are the 
relatively large social species, such as hornets, yellow 
jackets, and potter wasps, all in the family Vespidae. 
These wasps are brightly colored, have yellow-and- 
black or white-and-black stripes on their abdomen, 
and buzz audibly when flying. Adults of these species 
catch insects as prey, and they also feed on nectar and 
soft fruits. Vespid wasps build nests out of paper, 
made from the cellulose fibers of well-chewed wood. 
These wasps sometimes attack people who have 
stepped on their nests or are too close for the wasps’ 
comfort. The stings of these large wasps, often deliv- 
ered in multiple doses, can be very painful and often 
cause a substantial swelling of the surrounding tissue. 
Some people develop allergies to the stings of wasps 
(and bees), and fatalities can be caused if these hyper- 
sensitive individuals are stung. 


The name yellow jacket is applied to various 
ground-nesting species in the genus Vespula, including 
V. pennsylvanica in western North America and 
V. maculifrons in the east. The closely related bald- 
faced hornet (V. maculata) is a widespread and abun- 
dant species in the United States and Canada. The 
polistes wasp (Polistes fuscatus) builds paper nests 
that are suspended from tree limbs or the eaves of 
roofs. The potter or mud-dauber wasp (Eumenes fra- 
terna) makes clay nests suspended from branches of 
trees and shrubs. 


The spider wasps (family Pompilidae) build their 
nests in the ground and provision them with paralyzed 
spiders. One of the better-known species is the taran- 
tula wasp (Pepsis mildei) which is famous for its skills 
at hunting and subduing tarantula spiders which are 
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KEY TERMS 


Biological control—The use of a nonpesticidal bio- 
logical method to control the abundance of a pest. 
Parasitic and predatory wasps are sometimes used 
to achieve a measure of biological control of some 
pest insects. 


Parthenogenesis—Reproduction by the develop- 
ment of an unfertilized gamete. In wasps, unfertil- 
ized eggs develop into males. 


much larger than the wasp. Virtually all tarantulas 
that are located by a tarantula wasp become living 
pantries for the young of these efficient predators. 


Chalcid wasps are various, minute-bodied species 
of parasitic wasps in the superfamily Chalcidoidea 
made up of several families. Adult chalcid wasps feed 
on nectar, plant juices, or honeydew, a sweet secretion 
of aphids. The young wasps, however, are reared in the 
bodies of arthropods, usually eventually killing the 
host. Some species of chalcid wasps are bred in cap- 
tivity in enormous numbers and are then released into 
fields or orchards in an attempt to achieve a measure 
of biological control over important insect pests. For 
example, the trichogramma wasp (Trichogramma min- 
utum), only 0.1 in (2.5 mm) long, will parasitize more 
than 200 species of insects. This useful wasp has been 
captive-reared and released to reduce populations of 
bollworms of cotton, corn earworms, and spruce bud- 
worms in coniferforests. 
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[ Waste management 


Waste management is the handling of discarded 
materials. Recycling and composting, which trans- 
form waste into useful products, are forms of waste 
management. The management of waste also includes 
disposal, such as landfilling. 
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A household hazardous waste disposal day sponsered by the local municipality. Residents are asked to bring toxic materials, 
such as paint, petroleum products, insecticides, and antifreeze, to a central location where they are combined and placed in 
barrels for disposal. (Robert J. Huffman. Field Mark Publications.) 


Waste can be almost anything, including food, 
leaves, newspapers, bottles, construction debris, 
chemicals from a factory, candy wrappers, disposable 
diapers, old cars, or radioactive materials. People have 
always produced waste, but as industry and technol- 
ogy have evolved and the human population has 
grown, waste management has become increasingly 
complex. 


A primary objective of waste management today 
is to protect the public and the environment from 
potentially harmful effects of waste. Every individual, 
business, or organization must make decisions and 
take some responsibility regarding the management 
of their waste. On a larger scale, government agencies 
at the local, state, and federal levels enact and enforce 
regulations governing waste management. These 
agencies also educate the public about proper waste 
management. In addition, local government agencies 
may provide disposal or recycling services, or they 
may hire or authorize private companies to perform 
those functions. 
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Historically, waste has been handled by deposit- 
ing it in a designated location such as a dump, burning, 
and reuse/recycling. How those methods are used 
depends on the wastes. Municipal solid waste is differ- 
ent than industrial, agricultural, or mining waste. 
Hazardous waste is a category that should be handled 
separately, although it sometimes is generated with the 
other types. 


Municipal solid waste is another term for garbage, 
refuse, or trash. It is generated by households, busi- 
nesses, and institutions, such as schools and hospitals. 
Toilet wastes or other liquid wastes from these sources 
are not considered as solid waste; if treated, they are 
commonly handled through public sewage treatment 
systems. Also called biosolids, sewage sludge is not 
generally considered solid waste, but it is sometimes 
composted with organic municipal solid waste. 
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Waste management 


The first humans did not worry much about waste 
management. They simply left their garbage where it 
dropped. However, as permanent communities devel- 
oped, people began to dispose their waste in designated 
dumping areas. The use of open dumps for garbage is 
still common in many parts of the world. Open dumps 
have major disadvantages, especially in heavily popu- 
lated areas. Toxic chemicals can filter down through a 
dump and contaminate groundwater. The liquid that 
filters through a dump or landfill is called leachate. 
Dumps may also generate methane, a flammable and 
explosive gas produced when organic wastes decom- 
pose under anaerobic (oxygen-poor) conditions. 


Waste can be buried. This strategy utilizes a landfill. 
At a landfill, the garbage is compacted and covered at 
the end of every day with several inches of soil. 
Landfilling became common in the United States in 
the 1940s. By the late 1950s, it was the dominant method 
for disposing municipal solid waste in the nation. 


Early landfills had significant problems with 
leachate and methane, but those have largely been 
resolved at facilities built since about the early 1970s. 
Well-engineered landfills are lined with several feet of 
clay and with thick plastic sheets. Leachate is collected 
at the bottom, drained through pipes, and processed. 
Methane gas is also safely piped out of many land- 
fills. As of 2006, the United States Environmental 
Protection Agency has strict guidelines and regula- 
tions regarding the construction, location, and use of 
landfills. 


The dumping of waste does not just take place on 
land. Ocean dumping, in which barges carry garbage 
out to sea, was once used as a disposal method by 
some United States coastal cities and is still practiced 
by some nations. Sewage sludge, or waste material 
from sewage treatment, was dumped at sea in huge 
quantities by New York City as recently as 1992, but 
this is now prohibited in the United States. 


Burning has a long history in municipal solid 
waste management. Some American cities began to 
burn their garbage in the late nineteenth century in 
devices called cremators. These were not very efficient, 
however, and cities went back to dumping and other 
methods. In the 1930s and 1940s, many cities built new 
types of more-efficient garbage burners known as 
incinerators. The early incinerators were rather dirty 
in terms of their emissions of air pollutants, and could 
release toxic components into the air. 


Newer incinerators are more protective of the 
environment and produce heat or electricity that can 
be used in nearby buildings or residences, or sold to a 
utility. 
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Municipal solid waste will likely always be land- 
filled or burned to some extent. In the past 25 years, 
however, non-disposal methods such as waste preven- 
tion and recycling have become more common. 
Municipal solid waste is a relatively small part of the 
overall waste generated in the United States. More 
than 95% of the approximately five billion tons of 
solid waste generated in the United States each year 
is agricultural, mining, or industrial waste. 


Three main, inter-related factors influence the 
way wastes are handled today: government regulation, 
cost, and public attitudes. Industry and local govern- 
ments must comply with increasingly strict federal and 
state regulations for landfills and incinerators. Partly 
because those regulations have driven up the costs of 
disposal, it has become critical for local governments, 
industry and businesses of all sizes to find the lowest- 
cost waste management options. 


Public attitudes also play a pivotal role in deci- 
sions about waste management. Virtually every pro- 
posed new landfill or waste-to-energy plant is opposed 
by people who live near the site. Public officials and 
planners refer to this reaction as NIMBY, which 
stands for “Not In My Back Yard.” If an opposition 
group becomes vocal or powerful enough, a city or 
county council is not likely to approve a proposed 
waste-disposal project. The public also wields consid- 
erable clout with businesses. Recycling and waste pre- 
vention initiatives enjoy strong public support. 


Preventing or reducing waste is typically the least 
expensive method for managing waste. Waste preven- 
tion may also reduce the amount of resources needed 
to manufacture or package a product. Waste preven- 
tion includes many different practices that result in 
using fewer materials or products, or using materials 
that are less toxic. For example, a chain of clothing 
stores can ship its products to its stores in reusable 
garment bags, instead of disposable plastic bags. 
Manufacturers of household batteries can reduce the 
amount of mercury in their batteries. In an office, 
employees can copy documents on both sides of a 
sheet of paper, instead of just one side. A family can 
use cloth instead of paper napkins. 


Composting grass clippings and tree leaves at 
home, rather than having them picked up for disposal 
or municipal composting, is another form of waste 
prevention. A resident can leave grass clippings on 
the lawn after mowing (this is known as grass-cycling), 
or can compost leaves and grass in a backyard com- 
posting bin, or use them as a mulch in the garden. 


Waste prevention is preferable over recycling or 
municipal composting programs, because it does not 


GALE ENCYCLOPEDIA OF SCIENCE 4 


require transportation, processing, and administra- 
tion. However, waste prevention does have limita- 
tions. It will never eliminate waste; it just reduces the 
amount that has to be recycled or disposed. Waste 
prevention also is extremely difficult for a government 
to measure, since waste that is prevented never really 
existed in the first place. The lack of good data can 
make it hard for governments to justify spending 
money on education programs in support of waste 
prevention. Even though waste prevention is less 
expensive than other forms of waste management in 
the long run, local governments and businesses may 
need to spend substantial amounts over the short 
term, to provide education about waste prevention 
or to make changes in operating procedures so that 
less waste is produced. Waste prevention can also be a 
valuable tool for managing industrial and hazardous 
wastes, since disposal of those materials is particularly 
expensive and heavily regulated. 


Recycling is a simple concept: using disused (or 
waste) material to make a new product. In practice, 
however, recycling is far from simple. Recycling con- 
sists of three essential elements: collection of the waste 
materials, also known as secondary materials or recy- 
clables; processing those materials and manufacturing 
them into new products; and the marketing and sale of 
those new products. Dozens of different materials can 
be recycled, including glass bottles, aluminum cans, 
steel cans, plastic bottles, many types of paper, used 
motor oil, car batteries, and scrap metal. For each 
material, the collection, processing, and marketing 
needs can be quite different. 


Composting is considered either a form of recycling, 
or a close relative. Composting occurs when organic 
waste, such as yard waste, food waste, and paper, is 
broken down by microbial processes. The resulting mate- 
rial, known as compost, can be used by landscapers and 
gardeners to improve the fertility of their soil. 


Yard waste, primarily grass clippings and tree 
leaves, makes up about one-fifth of the weight of 
municipal solid waste. Some states do not allow this 
waste to be disposed. These yard-waste bans have 
resulted in rapid growth for municipal composting 
programs. In these programs, yard waste is collected 
by trucks (separately from garbage and recyclables) 
and taken to a composting plant, where it is chopped 
up, heaped, and regularly turned until it becomes 
compost. 


Waste from food-processing plants and produce 
trimmings from grocery stores are composted in some 
parts of the country. Residential food waste is the next 
frontier for composting. As a example of a city leading 
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KEY TERMS 


Composting—The process by which organic 
waste, such as yard waste, food waste, and paper, 
is broken down by microorganisms and turned into 
a useful product for improving soil. 


Hazardous wastes—Wastes that are poisonous, 
flammable, or corrosive, or that react with other 
substances in a dangerous way. 


Incineration—The burning of solid waste as a dis- 
posal method. 


Landfilling—A land disposal method for solid 
waste, in which the garbage is covered every day 
with several inches of soil. 


Recycling—tThe use of disused (or waste) materials, 
also known as secondary materials or recyclables, 
to produce new products. 


Source reduction—Reduction in the quantity or 
toxicity of material used for a product or packaging; 
this is a form of waste prevention. 


Waste prevention—A waste management method 
that involves preventing waste from being created, 
or reducing waste. 


this trend, Halifax, Canada, collects food waste from 
households and composts it in large, central facilities. 
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| Waste, toxic 


Toxic wastes are unwanted materials known to be 
fatal to humans or laboratory animals at low doses or 
that are carcinogenic, mutagenic, teratogenic, or neu- 
rotoxic to humans or other life forms. Radioactive 
materials are considered especially dangerous, and 
their use and disposal is tightly regulated. Modern 
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societies produce, use, and discard a vast array of toxic 
chemical substances. According to the United States 
Environmental Protection Agency, the U.S. generates 
about 270 million metric tons of toxic waste each year, 
almost one ton per year for every person in the coun- 
try. Fortunately, most of this material is stored, 
recycled, converted to non-hazardous forms, or other- 
wise disposed of safely. But, each year tens of millions 
of metric tons of toxic and hazardous chemicals are 
released into the air, water, or land by unsound or 
illegal disposal methods. 


Toxic waste is particularly worrisome if it persists in 
the environment for a long time. Persistent chemicals 
such as pesticides, dioxins, polychlorinated biphenyls 
(PCBs), and mercury can be carried over long distances 
and accumulate to levels that appear to be causing health 
effects in wildlife and human populations thousands of 
miles and dozens of years from their original source. 


The preferred scheme of waste management is to 
reduce, reuse, recycle, detoxify, and—only as a last 
resort—store safely. Reducing waste amounts means 
not making it in the first place. Often we can find 
alternative products or industrial processes that 
avoid creating a particular waste. Reuse means using 
a material for some other purpose or process. What is 
one person’s unwanted waste can be a valuable 
resource for someone else. Recycling and detoxifica- 
tion involve chemical, biological, or physical treat- 
ments to change toxins into harmless forms that 
could be used in beneficial ways. Storage of toxic 
wastes requires specialized facilities in which materials 
are isolated from the environment by secure metal 
containers, impermeable plastic liners, compacted 
clay cushions, and other coverings that prevent mate- 
rials from ever escaping. Permanent, secure waste dis- 
posal sites are both very expensive to construct as well 
as difficult to site and maintain. 


l Water 


Water is a chemical compound (H2O) composed 
of a single oxygen (O) atom bonded to two hydrogen 
(H) atoms, which are separated by an angle of 105°. 
Because of this asymmetrical arrangement, water mol- 
ecules have a tendency to orient themselves in an 
electric field, with the positively charged hydrogen 
toward the negative pole and the negatively charged 
oxygen toward the positive pole. This tendency results 
in water having a large dielectric constant, which is 
responsible for making water an excellent solvent. 
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Water is, therefore, commonly referred to as the uni- 
versal solvent. Water is the most abundant liquid on 
Earth. It covers more than 70% of Earth’s surface. 
Including the clouds (which are, of course, also water), 
it makes the entire planet look blue and white from 
space. About 97.5% of Earth’s water is contained in 
seawater. Approximately 1.875% is found in polar ice 
caps. The remaining 0.625% is drinkable water. 


Since mineral salts and organic materials can dis- 
solve in water, it is the ideal medium for transporting life- 
sustaining minerals and nutrients into and through ani- 
mal and plant bodies. Brackish and ocean waters may 
contain large quantities of sodium chloride (NaCl) as 
well as many other soluble compounds leached from 
the crust of Earth. For example, the concentration of 
mineral salts in ocean water is about 35,000 parts per 
million. Water is considered to be drinkable if it contains 
less than 500 parts per million of salts. Water can be 
reused indefinitely as a solvent because it undergoes 
almost no modification in the process. 


Hydrogen bonding 


Hydrogen bonding, which joins water molecule to 
water molecule, is responsible for other properties that 
make water a unique substance. These properties 
include its large heat capacity, which causes water to 
act as a moderator of temperature fluctuations; its 
high surface tension (due to cohesion among water 
molecules); and its adherence to other substances, 
such as the walls of a vessel (due to adhesion between 
water molecules and the molecules of a second sub- 
stance). The high surface tension makes it possible for 
surface-gliding insects and broad, flat objects to be 
supported on the surface of water. Adhesion of water 
molecules to soil particles is the primary mechanism 
by which water moves through unsaturated soils. 


Three physical states 


Water is the only common substance that occurs 
naturally on Earth in three different physical states. The 
solid state, ice, is characterized by a rigid crystalline 
structure occurring at or below 32°F (0°C) and occupy- 
ing a definite volume (found as glaciers and ice caps, as 
snow, hail, and frost, and as clouds formed of ice crys- 
tals). The liquid state exists over a definite temperature 
range 32 to 212°F (0°C to 100°C), but is not rigid nor 
does it have a particular shape. In other words, it has a 
definite volume but assumes the shape of its container. 
Liquid water covers three-fourths of Earth’s surface in 
the form of swamps, lakes, rivers, and oceans as well as 
found as rain clouds, dew, and ground water. The gas- 
eous state forms at temperatures above 212°F (100°C), 
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and neither occupies a definite volume nor is rigid. In 
other words, it takes on the exact shape and volume of 
its container. It occurs naturally as fog, steam, and 
clouds. One phase does not suddenly replace its prede- 
cessor as the temperature changes, but for a time at the 
melting point or boiling point, two phases will coexist. 
As water changes from the gaseous form to the liquid 
form, it gives off heat at about 540 calories per gram, 
and as it changes from the liquid form to the solid form, 
it gives off about 80 calories per gram. The turbulence of 
thunderstorms is in large part due to the release of large 
amounts of energy into the atmosphere as water con- 
denses into water droplets or into crystals of ice (i.e., 
hail). Pressure affects the transition temperature 
between phases. For example, at pressures below atmos- 
pheric pressure, water boils at temperatures under 
212°F (100°C), so food will take longer to cook at higher 
elevations. 


Water can pass directly from the solid phase to the 
gaseous phase without going through the liquid phase. 
This process occurs at low temperatures and greatly 
reduced pressures through a process called sublima- 
tion. Dehydrated foods are produced by sublimation, 
in which foods are quick-frozen and then placed in 
evacuation chambers. Dehydration by sublimation 
requires less energy than other methods, reduces phys- 
ical deterioration that accompanies prolonged or 
excessive heating, and decreases the loss of volatile 
aromatic compounds responsible for flavor. 


Essential to living things 


Earth’s supply of water is constantly being 
recycled. It is evaporated from the oceans by the sun 
and is given off by the forests. The vapor condenses 
into clouds, which rain out onto the land. The land 
water runs off into the lakes and rivers, which then run 
back to the seas, and the cycle is complete. The total 
amount of water on Earth, in the form of oceans, 
lakes, rivers, clouds, polar ice, etc., is 1.5 x 10'8 
(one-and-a-half billion) tons, occupying a total vol- 
ume of 8.7 million cubic miles. 


It is impossible to overstate the importance of 
water to almost every process on Earth, from the life 
processes of the lowest bacteria to the shaping of con- 
tinents. Water is the most familiar of all chemical 
compounds known to humans. It is essential to all 
living things, plant and animal. Humans drink it, 
wash with it, play in it, and cook in it. In fact, human 
bodies are more than one-half water. 


Scientists never see absolutely pure water because 
it dissolves so many substances. If people want pure 
water, then scientists have to prepare it laboriously by 
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such means as distillation, ion exchange, and reverse 
osmosis. Moving water even dissolves rock slightly, to 
form caves and to wear away mountains. All of the 
water on Earth, therefore, is in the form of solutions. 
The dissolved substances change the properties of 
water from what they would be in pure water. They 
affect its freezing point and its boiling point, among 
many other physical and chemical properties. The 
dissolved or suspended substances in water can be in 
the form of ions, molecules, or larger particles. For 
drinking water, bacteria must also be killed. 


What is water? 


Water is an odorless, tasteless, transparent liquid 
that appears colorless but is actually very pale blue. 
The color is obvious in large quantities of water such 
as lakes and oceans, but it can even be seen in a full 
bathtub. It is a single chemical compound whose mol- 
ecules consist of two hydrogen atoms attached to one 
oxygen atom. The chemical formula of this compound 
is therefore HO. The two hydrogen atoms are 
attached to the oxygen atom in such a way as to 
make an angle-shaped molecule. The angle is not 90°, 
however, but 104.5°—close to a right angle, but a little 
wider. 


The formula H,O means that no matter how 
much water is talked about, it always contains exactly 
twice as many hydrogen atoms as oxygen atoms. 
Considering that a hydrogen atom weighs only about 
one-sixteenth as much as an oxygen atom, most of the 
weight in water is due to oxygen: 88.8% of the weight 
is oxygen and 11.2% is hydrogen. That goes for every- 
thing from a single molecule to a lake. 


Water can be made (synthesized) from hydrogen 
and oxygen, both of which are gases. When these two 
gases are mixed, however, they do not react unless the 
reaction is started with a flame or spark. Then, they 
react with explosive violence. The tremendous energy 
that is released is a signal that hydrogen and oxygen 
are very eager to become water. Another way of saying 
that is that water is an extremely stable compound, 
compared with loose molecules of hydrogen and oxy- 
gen. It is hard to break water molecules apart into its 
components. 


Not only that, but water molecules are stuck quite 
tightly to each other—at least when compared with 
similar compounds. The molecule-to-molecule sticki- 
ness is caused mainly by the fact that the water mole- 
cule is a dipole, because the oxygen atom pulls 
electrons away from the hydrogen atoms, giving the 
oxygen corner of the molecule a slight negative charge 
and the two hydrogen ends a slight positive charge. 
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The negative part of one water molecule then attracts 
the positive parts of others like a magnet, although 
they can still slide around over each other as molecules 
do in any liquid. Water molecules stick to each other 
also by hydrogen bonds. 


An unusual liquid 


The strong attractions that water molecules have 
for each other are responsible for many of water’s 
highly unusual properties, as compared with other 
liquids of about the same molecular weight. Among 
these are: 


1. Its unusually high boiling point (if it were sim- 
ilar to the other liquids, it would be a gas at room 
temperature). 


2. Its high heat of vaporization (the amount of 
heat it takes to change the liquid to a gas). 


3. Its high heat of fusion (the amount of heat it 
takes to melt solid ice). 


4. Its high heat capacity (the amount of heat it 
takes to raise its temperature by a certain amount). 


5. Its world-champion rank among liquids as a 
solvent (it has been called the universal solvent 
because it dissolves so many different substances). 


6. The low density (the lightness) of ice, which 
makes it float on the surface of liquid water. As 
water is cooled to make ice, it gets slightly denser, 
like all liquids. But at 39.2°F (4°C) it reaches its max- 
imum density; when cooled below that temperature, it 
gets less dense until it reaches 32°F (0°C), at which 
time it freezes and suddenly decreases to 91.7% of the 
density of the water. Being less dense than the water, 
the ice floats. 


The normal boiling point of water is 212°F 
(100°C), and its freezing point is 32°F (0°C). In fact, 
zero and 100 degrees on the Celsius scale are defined as 
the freezing and boiling points of water. Water is also 
the standard by which many other quantities are meas- 
ured. For example, the density of a material is often 
expressed as its specific gravity or specific weight: how 
many times denser it is than water. 


In pure water, one out of every 555 million mole- 
cules is broken down—dissociated—into a hydrogen 
ion and a hydroxide ion: 

H,0 — H* + OH 

These ions are enough to make water a slight 
conductor of electricity. That is why water is danger- 
ous when there is electricity around. The slight disso- 
ciation of water is responsible for the acid and base 
balances of all of the chemical reactions that take place 
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in water, and that includes almost all the chemical 
reactions that take place anywhere, including those 
in the human body. Acid-base balance is probably 
the most important single factor that affects chemical 
reactions. 


Today and tomorrow 


Water is a major geologic agent of change for 
modifying Earth’s surface through erosion by water 
and ice. Water is also an important recreational 
medium, supporting fishing, swimming, and boating, 
and is a major factor in the tourism industry. 


Water is scarce in many parts of the world, while it 
is plentiful in others. Many water resource experts 
state that water will become the next major commod- 
ity traded internationally. It has been called such 
phrases as liquid gold and the oil of the twenty-first 
century because of the increasing demands made by 
humans on water. 


See also Groundwater; Hydrologic cycle; Hydrol- 
ogy; Irrigation; Precipitation; States of matter; Water 
conservation; Water pollution. 
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l Water bears 


Water bears or tartigrades are about 500 species 
of tiny aquatic invertebrate animals in the phylum 
Tartigrada, including about 90 species in North 
America. Water bears have a very widespread distri- 
bution, occurring in moist habitats from the Arctic to 
the Antarctic and on mountains as high as 19,680 ft 
(6,000 m). 


Water bears have roughly cylindrical dark-colored 
bodies with four body segments and four pairs of 
stumpy legs each tipped with tiny claws. The awk- 
ward, pawing locomotion of these animals was 
thought to vaguely resemble that of slow-moving 
bears and hence the common name of these creatures 
which was given in the nineteenth century. The mouth- 
parts of water bears are adapted for piercing, and they 
have a muscular pharynx for sucking the juices of 
mosses, liverworts, and algae. Water bears do not 
have active circulatory or respiratory systems; materi- 
als move about within their tiny body by simple proc- 
esses such as diffusion, while respiratory gases diffuse 
across the surface of the body. 


Water bears are typically found in moist films on 
mosses, lichens, angiosperm plants with a rosette 
growth form, and plant litter. Water bears can utilize 
this micro-aquatic habitat because they are only 0.002- 
0.05 in (0.05-1.2 mm) long. Water bears are highly 
tolerant of the desiccation that frequently afflicts 
these sorts of habitats because they have an ability to 
encapsulate into a shriveled, spherical state until moist 
conditions again return. Water bears may also be 
collected from debris or mud in more typical shallow- 
water habitats, but they are seldom abundant in ponds 
or lakes. Some species occur in sandy and pebbly 
marine habitats above the zone of most vigorous 
wave action. 


Water bears have separate sexes, but males are 
quite uncommon. Usually males are only relatively 
abundant during the winter and spring. Some species 
only produce females, reproducing by a process 
known as parthenogenesis which does not require 
sex. There are four to 12 post-hatching developmental 
stages, each beginning with a molt of the cuticle. 


Water bears are interesting little creatures which 
have fascinated zoologists ever since the discovery of 
microscopy first made these animals visible several 
centuries ago. 


Bill Freedman 
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| Water conservation 


Water conservation is the use and management of 
water for the good of all consumers. It is used in 
agriculture, industry, and the home. Human require- 
ments for agricultural production, flood control, fish 
and wildlife management, navigation, industrial pro- 
duction, and many other uses have amended natural 
hydrologic processes. 


The hydrosphere refers to that portion of Earth that 
is made of water, including all oceans, lakes, rivers, 
streams, glaciers, and underground water. Less than 3% 
of the water of Earth is freshwater, an amount that 
includes polar ice caps, glaciers, groundwater, surface 
water of rivers and freshwater lakes, and even atmos- 
pheric water. However, the amount of freshwater useable 
by people and other members of the biosphere is less than 
0.7% of the total (this is water in rivers and lakes, and in 
the ground). This relatively small amount of available 
freshwater is recycled and purified by the action of proc- 
esses within the hydrologic cycle, including evaporation, 
condensation, precipitation, and percolation through the 
ground. All life depends on the availability of freshwater. 


Of all the freshwater used directly by humans, 
agricultural irrigation accounts for about 70% of the 
total. The remainder is used for industrial and domes- 
tic purposes. However, these proportions vary widely 
due to the climatic and economic conditions of the 
particular locality. Within this century, one-third of 
the countries situated in areas of water scarcity may 
encounter severe water shortages. By 2025, two thirds 
of the world’s population is likely to live in areas of 
moderate or severe water shortage. The need for more 
effective conservation of the limited supplies of water 
that are available for use by people and required by 
natural ecosystems will intensify as water stress grows. 


Freshwater resources 


Available freshwater resources are either ground- 
water or surface water (rivers and lakes). Water that 
flows on the surface of the land is surface runoff. The 
relationship among surface runoff, precipitation, 
evaporation, and percolation is summarized in the 
following equation: 


Surface runoff = precipitation — (evaporation + 
percolation) 


When surface runoff resulting from rainfall or 
snowmelt is confined to a relatively narrow, well- 
defined channel, it is called a river or stream. 
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Groundwater is that water that has percolated 
downward through the soil and is present within porous 
spaces in soil and bedrock. It has been estimated that the 
global groundwater resource is equivalent to about 
34 times the volume of all surface waters (i.e., rivers 
and lakes) of the world. This resource is present nearly 
everywhere and has the additional advantages of typi- 
cally needing no storage or treatment. Utilization does 
require the construction of a well, sometimes presenting 
a problem in the most needy locations. 


Water utilization efficiency is measured by the 
ratio of water withdrawal and its subsequent con- 
sumption. Water withdrawal is water pumped from 
rivers, reservoirs, or groundwater wells, and is then 
transported for use. Water consumption is water that 
is withdrawn and actually used for some specific pur- 
pose. It is then returned to the environment through 
evaporation, transpiration, discharge to a river or 
lake, or in some other way. 


Water consumption 


Water consumption varies greatly among regions due 
to differences in economic development. The average 
municipal use in the United States is about 150 gal (568 1) 
per person per day, though the rate can be higher than 
350 gal (1324 1) in some locations. This includes home 
use for bathing, waste disposal, and gardening, as well 
as institutional and commercial usage. Per capita (per 
person) water usage in Asia is only 22 gal (85 1) per 
day, and just 12 gal (47 1) in Africa. 


According to the World Health Organization 
(WHO) of the United Nations, people have a minimum 
water requirement of about 5 gal (201) per person per day. 
This is the minimum amount needed for physiological 
rehydration, cooking, washing, and other subsistence 
requirements. However, the WHO estimates that nearly 
two billion people consume contaminated water. This 
carries a significant risk of developing such water-borne 
diseases as cholera, dysentery, polio, or typhoid, which kill 
about 25 million people per year. Both conservation and 
sanitation are obvious necessities in meeting the huge 
demand for freshwater. 


Because irrigation accounts for 70% of the water 
used by humans worldwide, achieving a better effi- 
ciency of agricultural use is a logical step in advancing 
water conservation. This can be accomplished by lin- 
ing water delivery systems with concrete or other 
impervious materials to minimize loss by leaking dur- 
ing transport, and by using drip-irrigation systems to 
minimize losses by evaporation. Drip-irrigation sys- 
tems have been successfully used on fruit trees, certain 
row-crops, and horticultural plants. Conservation can 
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also be accomplished by improving the efficiency of 
utilization of water by crops, including the cultivation 
of plants that are less demanding of moisture. 


Efficient water utilization efforts 


Subsurface irrigation is an emerging technology 
with high water-utilization efficiency. Subsurface irri- 
gation uses a drip-irrigation tubing buried 6 to 8 in (15 
to 20 cm) underground, with a spacing of 12 to 24 in 
(30 to 60 cm) between parallel lines. The tubing con- 
tains drip outlets that deliver water and nutrients 
within the root zone at a desired rate. In addition to 
water conservation, subsurface irrigation has other 
advantages that overhead sprinklers do not: minimal 
over watering, fewer disease and aeration problems, 
less runoff and erosion, fewer weeds, and better pro- 
tection from vandalism. However, this system is rela- 
tively expensive to install. In California, subsurface 
irrigation has been used on fruit trees, field crops, 
and lawns, and has achieved water-use savings of 
about 50%. However, this methodology can, in arid 
environments, lead to the buildup of soil salinity lev- 
els, damaging plants and reducing crop yields. 
Balancing the water needs of the plant with mainte- 
nance of soil quality is an important component of 
water conservation measures. Technologically advanced 
irrigation systems now incorporate climate-based con- 
trols. These systems utilize meteorological informa- 
tion to determine the need for irrigation and modify 
the length and duration of irrigation to match the 
plant’s requirements. Though these systems are cur- 
rently used primarily on large-scale applications, 
development of economical models for the small- 
scale user is underway. 


Xeriscaping, or the cultivation of plants requiring 
little water, is an especially suitable horticultural prac- 
tice for conserving water in regions with a dry, hot 
climate. For example, over much of the southwestern 
United States, more than 50% of the domestic water 
consumption may be used to irrigate lawns and other 
horticultural plants that are intolerant of drought. 
Xeriscaping uses plants such as cacti, succulents, and 
shrubs of semi-desert habitat (such as trailing rose- 
mary Rosemarinus officinale and rock rose Cistus 
cobariensis), which are well-adapted to a hot, dry cli- 
mate and need little water. 


Water conservation can also be advanced by 
improving other domestic uses of water. One simple 
conservation practice is to install ultra-low-flush 
(ULF) toilets and low-flow showerheads in homes 
and other buildings. A ULF toilet uses only 1.6 gal 
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(6.1 1) per flush, compared to 5 to 7 gal by a standard 
toilet. Replacing a standard toilet with an ULF saves 
about 30 to 40 gal (114 to 151 1) of water per day, 
equivalent to 10,000 to 16,000 gal (37,850 to 60,560 1) 
per year. More recently, advanced toilets and urinals 
requiring no water have been developed and are begin- 
ning to be utilized on a limited basis. 


Another way to conserve the freshwater supply is 
to desalinize seawater. Desalinization is the removal of 
salts and other impurities from seawater by either 
distillation or reverse osmosis (RO), and this method 
is being increasingly used to provide high-quality 
water for drinking, cooking, and other domestic uses. 
In 2004, the world production of desalinated water 
was at least 40 billion gallons per day (150 billion 
liters), most of which was produced in Saudi Arabia 
and other nations of the Gulf of Arabia, where energy 
costs are relatively low (the cost of desalinated water is 
highly sensitive to the cost of energy). The largest 
desalination plant in the world (Shoaiba Desalination 
Plant) is located in Saudi Arabia, and it uses reverse 
osmosis to produce half of its country’s drinking 
water. Saudi Arabia is the largest producer of desali- 
nated water in the world with desalination providing 
70% of the country’s drinking water. Desalinization is 
also practiced in California and Florida, where the 
cost is about three dollars per thousand gallons, 
which is four to five times the cost paid for domestic 
water by typical urban consumers in the United States, 
and more than 100 times the cost paid by farmers for 
water for irrigation. The process is also gaining popu- 
larity in Spain, Australia, and China. 


Widespread recognition of the importance of reus- 
ing water has begun to change traditional water use 
methods. As the value of water increases, users are 
willing to employ methods that may increase the initial 
cost of a project, with the hope of regaining those costs 
through water savings in the future. One of the first of 
these reuse applications was the irrigation of golf 
courses and landscaping. In many areas, treated waste- 
water is diverted from its normal disposal path to be 
reused in irrigation. This has gained in popularity and is 
also utilized in small artificial ponds for decorative 
purposes. Graywater systems capture water that drains 
from sinks, tubs, laundry, and dishwashers for reuse in 
irrigation. Graywater systems do not incorporate toilet 
wastes because of the potential health threat. Dual 
plumbing is required for such a system and some treat- 
ment is required prior to reuse. Though home construc- 
tion costs are obviously increased by including a 
graywater system, many have become dedicated 
believers in the benefits of water reuse, while others 
question the economic benefit of small-scale systems. 
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KEY TERMS 


Drip irrigation—A method of irrigation utilizing 
small, low-flow emitters that are located at or 
above the plant root zone. Designed to reduce the 
quantity of water lost to evaporation. 


Graywater—Used wash water collected from 
sinks, laundry, etc. that is reused for irrigation. 
Graywater does not include toilet wastes. 


Per capita usage—The amount used by one person 
in a given amount of time. 


Reverse osmosis—A process for purification of 
water in which water is forced through a semi- 
permeable membrane, retaining most ions while 
transmitting the water. 

Tiered pricing—A system of pricing in which unit 
quantities of a commodity are priced with increas- 
ingly higher rates, such that, higher rates of usage 
result in rapidly increasing costs for the consumer. 


The widespread application of graywater systems has, 
however, been hampered by codes and laws that make 
such systems illegal in many locations. 


Economic incentives for water conservation 


As the availability of water becomes more 
restricted, the costs to both the provider and consumer 
are increased. In a situation unique to the water supply 
industry, providers are frequently placed in the posi- 
tion of trying to convince consumers to use less of the 
commodity that they supply. Most large water pro- 
viders have departments dedicated to education of the 
public with regard to conservation. In general, these 
education efforts have been largely ineffective and 
conservation of freshwater resources has been best 
achieved through economic incentives. Water pro- 
viders frequently provide rebates for those consumers 
that are willing to change from older technology to 
newer, such as low-flush toilets and modern washing 
machines, convert to water efficient landscaping, or 
otherwise demonstrate lower water usage. Greatest 
effect has been achieved through tiered pricing. In 
this pricing structure, users are charged higher rates 
for each successive unit, or block, of water used. The 
rate structure penalizes heavy users with greatly 
increased rates. This technique has been shown to be 
highly effective in reducing overall usage. In Tucson, 
Arizona, for example, an increasing tiered price struc- 
ture resulted in decreased usage of 26% over a three- 
year period. Additionally, some communities have 
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implemented the use of water conservation monitors 
and water waste hotlines to penalize those that con- 
tinue to waste the resource. Many communities cur- 
rently limit the type and size of landscaping, the time 
and nature of outdoor water use, and in extreme cases, 
have completely banned outdoor water use during 
crisis periods. 


Throughout history, the availability of water has 
been a vital factor in the rise and fall of human cultures. 
This is largely because water is a limiting factor for the 
carrying capacity for human activities in any region. It 
is crucial that humans learn to live within the limits of 
available natural resources, including the supply of 
fresh water. Because the supply of usable water is finite, 
the consumption per person must be reduced in regions 
that are using this resource excessively. 


See also Desalination; Water pollution. 
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li Water lilies 


The water lily, yellow water lily, lotus, and several 
other aquatic plants are about 60 species of aquatic 
herbs that make up the family Nymphaeaceae. These 
plants occur in shallow, fresh waterbodies from the 
boreal to the tropical zones. The usual habitats of 
these plants are ponds and shallow water around 
lake edges, as well as slowly-flowing pools and stag- 
nant backwaters in streams and rivers. 


Water lilies are perennial, herbaceous plants. 
Their green foliage dies back each year at the end of 
the growing season, but the plant perennates itself by 
issuing new growth from a long-lived rhizome occur- 
ring in the surface sediment. The foliage of most spe- 
cies in the family is comprised of simple, glossy, dark- 
green leaves, which float on the water surface. The 
solitary, perfect (or bisexual) flowers are held just 
above the water surface, and are large and showy, 
with numerous petals and a strong fragrance, making 
them highly attractive to pollinating insects. In most 
species, the flowers open at dawn, and close at dusk for 
the night. 


On breezy days, the leaves and flowers of water 
lilies appear to dance lightly on the water surface. This 
superficial aesthetic led to the choosing of the family 
name of these plants (Nymphaeaceae) by the famous 
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Swedish naturalist Carolus Linnaeus (1707-1778), 
who likened the water lilies to frolicking nymphs. 


Species of water lilies 


Species of water lilies are prominent in many shal- 
low-water habitats, from the boreal zones to the 
tropics. The genera are described below, with partic- 
ular reference to species occurring in North America. 


There are about 40 species of water lily (Nymphaea 
spp.). The white water lilies (Nymphaea odorata and 
Nymphaea tuberosa) are widespread in North America, 
and have large, roundish leaves with a triangular cleft 
at one end, at the point of which the petiole attaches. 
The large flowers are colored white, or rarely pink. 
The blue water lily (Nymphaea elegans) occurs in the 
southern United States and down south into Latin 
America, and has bluish or pale violet flowers. 


The are about 10 species of yellow water lilies or 
spatterdock (Nuphar spp.), including the widely dis- 
persed North American species Nuphar microphyllum, 
N. variegatum, and N. advena. The floating leaves of 
these plants are rather oblong in shape, with a basal 
cleft, at the apex of which the petiole attaches. The 
flowers are greenish on the outside, and are bright- 
yellow or sometimes reddish on the inside. 


The water-shield (Brasenia schreberi) occurs widely 
in ponds and shallow waters along lake and pond shores 
in North America, Central and northern South America, 
and Eurasia. The petiole joins the oblong, floating leaves 
at their center, a morphology known as peltate. The 
flowers are relatively small, and are colored a dull red. 


There are about seven species of fanwort or water- 
shield, including Cabomba caroliniana, a widespread spe- 
cies of pools and quiet streams over much of North 
America. This species has dense, oppositely arranged, 
finely dissected, submersed foliage, as well as small, alter- 
nately arranged, floating leaves. The six-petalled flowers 
are relatively small, and are colored white or lavender. 


The lotus lily or water chinquapin (Nelumbo lutea) 
occurs in scattered populations in North America. The 
roundish leaves float on the water surface, or are held 
slightly above, and the petiole is attached at the mid- 
dle. The flowers are pale-yellow in color. The Oriental 
sacred lotus (N. nucifera) and sacred lotus (N. nelumbo) 
are native species in Asia, and are widely cultivated 
ornamentals there, and sometimes in North America 
and Europe. 


The largest-leafed species in the Nymphaeaceae is 
the royal water lily (Victoria amazonica) of tropical South 
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KEY TERMS 


Hydrophyte—A perennial plant that is adapted to 
growing in permanently aquatic habitats. 


Perfect—in the botanical sense, this refers to flow- 
ers that are bisexual, containing both male and 
female reproductive parts. 


America, whose floating leaves can be larger than one- 
meter across, and can support the weight of a child. 


Ecological and economic importance 


Species in the water lily family are important 
components of the plant communities of most fresh- 
water lakes, ponds, and other shallow-water habitats. 
They provide food for many types of herbivorous 
animals, and a habitat substrate for others, such as 
the long-toed birds known as “‘lily-trotters” or jacanas 
(family Jacanidae, including Jacana spinosa of Central 
and South America). 


Species of water lilies provide a beautiful aesthetic 
to aquatic habitats, which is greatly appreciated by 
many people. The sacred lotuses (Nelumbo nucifera 
and N. nelumbo) are especially important in this regard 
in a number of cultures. This is particularly true in 
India, China, Japan, and elsewhere in Asia, where 
sacred lotuses are featured prominently in horticul- 
tural plantings in many gardens and parks, in paint- 
ings and other visual arts, in architectural motifs and 
decorations, and as symbolism in literature. 


Several other species in the water lily family are of 
minor economic importance as horticultural plants, 
because of the pleasing aesthetics of their floating 
leaves, as well as their attractive flowers. Various spe- 
cies of water lilies and spatterdocks are commonly 
planted in gardens which have shallow ponds incorpo- 
rated into their design. A water lily native to North 
America, Nymphaea odorata, is commercially avail- 
able in rose-hued flowers, as well as the wild-type 
white color. 


Another minor use of some species is in the pro- 
duction of food for fishes grown in tropical aquacul- 
ture. Water lilies growing in commercial fish ponds are 
eaten as a food by certain herbivorous fish, and 
thereby contribute to the productivity of the agricul- 
tural ecosystem. 


Some people eat the seeds of Nymphaea, Nelumbo, 
and Victoria, but this is a relatively minor use of the plants. 
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Bill Freedman 


I Water microbiology 


Water microbiology refers to the study of the 
microorganisms that live in water, or which can be 
transported from one habitat to another by water. 


Water can support the growth of many types of 
microorganisms. This can be advantageous. For 
example, the chemical activities of certain strains of 
yeasts provide us with beer and bread. As well, the 
growth of some bacteria in contaminated water can 
help digest the poisons from the water. 


However, the presence of other disease causing 
microbes in water is unhealthy and even life threat- 
ening. For example, bacteria that live in the intestinal 
tracts of humans and other warm blooded animals, 
such as Escherichia coli, Salmonella, Shigella, and 
Vibrio, can contaminate water if feces enters the 
water. Contamination of drinking water with a type 
of Escherichia coli known as O157:H7 can be fatal. 
The contamination of the municipal water supply of 
Walkerton, Ontario, Canada in the summer of 2000 by 
strain O157:H7 sickened 2,000 people and killed seven 
people. 


The intestinal tract of warm-blooded animals also 
contains viruses that can contaminate water and cause 
disease. Examples include rotavirus, enteroviruses, 
and coxsackievirus. 


Another group of microbes of concern in water 
microbiology are protozoa. The two protozoa of the 
most concern are Giardia and Cryptosporidium. They 
live normally in the intestinal tract of animals such as 
beaver and deer. Giardia and Cryptosporidium form 
dormant and hardy forms called cysts during their life 
cycles. The cyst forms are resistant to chlorine, which 
is the most popular form of drinking water disinfec- 
tion, and can pass through the filters used in many 
water treatment plants. If ingested in drinking water 
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they can cause debilitating and prolonged diarrhea in 
humans, and can be life threatening to those people 
with impaired immune systems. Cryptosporidium con- 
tamination of the drinking water of Milwaukee, 
Wisconsin with in 1993 sickened more than 400,000 
people and killed 47 people. Illness caused by these 
protozoans are becoming more prevalent in the 
United States, as urban areas continue to expand 
into what was previously relatively undisturbed 
wilderness. 


Many microorganisms are found naturally in 
fresh and saltwater. These include bacteria, cyanobac- 
teria, protozoa, algae, and tiny animals such as roti- 
fers. These can be important in the food chain that 
forms the basis of life in the water. For example, the 
microbes called cyanobacteria can convert the energy 
of the sun into the energy it needs to live. The plentiful 
numbers of these organisms in turn are used as food 
for other life. The algae that thrive in water is also an 
important food source for other forms of life. 


A variety of microorganisms live in fresh water. 
The region of a water body near the shoreline that is 
termed the littoral zone is well lighted, shallow, and 
warmer than other regions of the water. Photosynthetic 
algae and bacteria that use light as energy thrive in this 
zone. Further away from the shore is the limnitic zone, 
which can be colder and sunlight only in the upper 100 
feet or so. Photosynthetic microbes also live here. As 
the water deepens, temperatures become colder and the 
oxygen concentration and light in the water decrease. 
Now, microbes that require oxygen do not thrive. 
Instead, purple and green sulfur bacteria, which can 
grow without oxygen, dominate. Finally, at the bot- 
tom of fresh waters (the benthic zone), few microbes 
survive. Bacteria that can survive in the absence of 
oxygen and sunlight, such as methane producing bac- 
teria, thrive. 


Salt water presents a different environment to 
microorganisms. The higher salt concentration, higher 
pH, and lower nutrients, relative to freshwater, are 
lethal to many microorganisms. But, salt loving (hal- 
ophilic) bacteria abound near the surface, and some 
bacteria that also live in freshwater are plentiful (i.e., 
Pseudomonas and Vibrio). Also, in 2001, researchers 
demonstrated that the ancient form of microbial life 
known as archaebacteria is one of the dominant forms 
of life in the ocean. The role of archaebacteria in the 
ocean food chain is not yet known, but must be of vital 
importance. 


Microorganisms exist at all depths in the ocean, 
even at the ocean floor, thousands of feet below the 
surface. Indeed, at locations such as hydrothermal 
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vents, bacteria are the basis of the community of 
organisms that flourishes around the vents. 


Another microorganism found in saltwater are a 
type of algae known as dinoflagellelates. The rapid 
growth and multiplication of dinoflagellates can turn 
the water red. This “red tide” depletes the water of 
nutrients and oxygen, which can cause many fish to 
die. As well, humans can become ill by eating conta- 
minated fish. 


Water can also be an ideal means of transporting 
microorganisms from one place to another. For exam- 
ple, the water that is carried in the hulls of ships to 
stabilize the vessels during their ocean voyages is now 
known to be a means of transporting microorganisms 
around the globe. One of these organisms, a bacterium 
called Vibrio cholerae, causes life threatening diarrhea 
in humans. 


Drinking water is usually treated to minimize the 
risk of microbial contamination. The importance of 
drinking water treatment has been known for centu- 
ries. For example, in pre-Christian times the storage of 
drinking water in jugs made of metal was practiced. 
Now, the anti-bacterial effect of some metals is 
known. Similarly, the boiling of drinking water, as a 
means of protection of water has long been known. 


Chemicals such as chlorine or chlorine derivatives 
have been a popular means of killing bacteria such as 
Escherichia coli in water since the early decades of the 
twentieth century. Other bacteria-killing treatments 
that are increasingly becoming popular include the use 
of a gas called ozone and the disabling of the microbe’s 
genetic material by the use of ultraviolet light. Microbes 
can also be physically excluded from the water by pass- 
ing the water through a filter. Modern filters have holes 
in them that are so tiny that even particles as miniscule 
as viruses can be trapped. 


An important aspect of water microbiology, par- 
ticularly for drinking water, is the testing of the water 
to ensure that it is safe to drink. Water quality testing 
can de done in several ways. One popular test meas- 
ures the turbidity of the water. Turbidity gives an 
indication of the amount of suspended material in 
the water. Typically, if material such as soil is present 
in the water then microorganisms will also be present. 
The presence of particles even as small as bacteria and 
viruses can decrease the clarity of the water. Turbidity 
is a quick way of indicating if water quality is deteri- 
orating, and so if action should be taken to correct the 
water problem. 


In many countries, water microbiology is also the 
subject of legislation. Regulations specify how often 
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water sources are sampled, how the sampling is done, 
how the analysis will be performed, what microbes are 
detected, and the acceptable limits for the target 
microorganisms in the water sample. Testing for 
microbes that cause disease (1.e., Salmonella typhymu- 
rium and Vibrio cholerae) can be expensive and, if the 
bacteria are present in low numbers, they may escape 
detection. Instead, other more numerous bacteria pro- 
vide an indication of fecal pollution of the water. 
Escherichia coli has been used as an indicator of fecal 
pollution for decades. The bacterium is present in the 
intestinal tract in huge numbers, and is more numer- 
ous than the disease-causing bacteria and viruses. The 
chances of detecting Escherichia coli is better than 
detecting the actual disease causing microorganisms. 
Escherichia coli also has the advantage of not being 
capable of growing and reproducing in the water 
(except in the warm and food-laden waters of tropical 
countries). Thus, the presence of the bacterium in 
water is indicative of recent fecal pollution. Finally, 
Escherichia coli can be detected easily and inexpensively. 
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i Water pollution 


Any physical, biological, or chemical change in 
water quality that adversely affects living organisms 
or makes water unsuitable for desired uses can be 
considered pollution. 


Often, however, a change that adversely affects 
one organism may be advantageous to another. 
Conversely, antibiotics designed for use at one site, 
might pose a pollution threat to non-target or benefi- 
cial downstream microorganisms and ultimately other 
life forms. 
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Water pollution 


Garbage washed up on the shore of the Hudson River. (Yoav 
Levy/Phototake NYC.) 


The U.S. Environmental Protection Agency (EPA) 
oversees National Primary Drinking Water Regulations 
(NPDWRs or primary standards), which are legally 
enforceable standards regarding water contained in 
public water systems. Primary standards are intended 
to promote and protect public health by setting limits 
for levels of contaminants in drinking water. Agents of 
pollution or contaminants are divided into categories 
of microorganisms, disinfectants, disinfection byprod- 
ucts, organic chemicals, inorganic chemicals, and 
radionuclides. 


Nutrients that stimulate growth of bacteria and 
other oxygen-consuming decomposers in a river or 
lake, for example, are good for the bacteria but can 
be lethal to game fish populations. Similarly, warming 
of waters by industrial discharges may be deadly for 
some species but may create optimal conditions for 
others. Whether the quality of the water has suffered 
depends on your perspective. There are natural 
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sources of water contamination, such as arsenic 
springs, oil seeps, and sedimentation from desert ero- 
sion, but most environmental scientists restrict their 
focus on water pollution to factors caused by human 
actions and that detract from conditions and uses that 
humans consider desirable. 


Water pollution control regulations usually dis- 
tinguish between point and non-point pollution sour- 
ces. Factories, power plants, sewage treatment facilities, 
underground mines and oil wells, for example, are 
classified as point sources because they release pollu- 
tion from specific locations, such as drain pipes, 
ditches, or sewer outfalls. These individual, easily 
identifiable sources are relatively easy to monitor and 
regulate. Their unwanted contents can be diverted and 
treated before discharge. In contrast, non-point pollu- 
tion sources are scattered or diffuse, having no specific 
location where they originate or discharge into water 
bodies. Some non-point sources include runoff from 
farm fields, feedlots, lawns, gardens, golf courses, con- 
struction sites, logging areas, roads, streets, and park- 
ing lots. Whereas point sources often are fairly 
uniform and predictable, non-point runoff often is 
highly irregular. The first heavy rainfall after a dry 
period, for example, may flush high concentrations 
of oil, gasoline, rubber, and trash off city streets, 
while subsequent runoff may have much lower levels 
of these contaminants. The irregular timing of these 
events, as well as their multiple sources, scattered 
location, and lack of specific ownership make them 
much more difficult to monitor, regulate, and treat 
than point sources. 


Among the most important categories of water 
pollutants are sediment, infectious agents, toxins, oxy- 
gen demanding wastes, plant nutrients, and thermal 
changes. Sediment (dirt, soil, insoluble solids) and 
trash make up the largest volume and most visible 
type of water pollution in most rivers and lakes. 
Rivers have always carried silt, sand, and gravel 
down to the oceans but human-caused erosion now 
probably rivals the effects of geologic forces. 
Worldwide, erosion from croplands, forests, grazing 
lands, and construction sites is estimated to add some 
75 billion tons of sediment each year to rivers and 
lakes. This sediment smothers gravel beds in which 
fish lay their eggs. It fills lakes and reservoirs, 
obstructs shipping channels, clogs hydroelectric tur- 
bines, and makes drinking water purification more 
costly. The most serious water pollutant in terms of 
human health worldwide is pathogenic (disease-causing) 
organisms. Among the most deadly waterborne diseases 
are cholera, dysentery, polio, infectious hepatitis, and 
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schistosomiasis. Together, these diseases probably 
cause at least two billion new cases of disease each 
year and kill somewhere between six and eight million 
people. The largest source of infectious agents in water 
is untreated or insufficiently treated human and ani- 
mal waste. The United Nations estimates that more 
than one-half of the world’s population has inad- 
equate sanitation and that over one billion people 
lack access to clean drinking water. Water pollution 
has been accused of being the leading cause of death 
and disease in the world. 


Toxins are poisonous chemicals that interfere 
with basic cellular metabolism (the enzyme reactions 
that make life possible). Among some important tox- 
ins found in water are metals (lead, mercury, cad- 
mium, nickel), inorganic elements (selenium, arsenic), 
acids, salts, and organic chemicals such as pesticides, 
solvents, and industrial wastes. Some of these materi- 
als are so toxic that exposure to extremely low levels 
(perhaps even parts per billion) can be dangerous. 
Others, while not usually found in toxic concentra- 
tions in most water bodies, can be taken up by living 
organisms, altered into more toxic forms, stored, and 
concentrated to dangerous levels through food chains. 
For example, fish in lakes and rivers in many parts of 
the United States have accumulated mercury (released 
mainly by power plants, waste disposal, and industrial 
processes) to levels that are considered a threat to 
human health for some people with certain health 
problems or women that are pregnant who eat fish 
on a regular basis. 


The United States continues to work toward a 
goal of making all surface waters fishable and swim- 
mable. Investments in sewage treatment, regulation of 
toxic waste disposal and factory effluents, and other 
forms of pollution control have resulted in significant 
water quality increases many areas. Nearly 90% of all 
the river miles and lake acres that are assessed for 
water quality in the United States fully or partly sup- 
port their designed uses. Lake Erie, for instance, which 
was widely described in the 1970s as being “dead,” 
now has much cleaner water and more healthy fish 
populations than would ever have been thought pos- 
sible 30 years ago. Unfortunately, surface waters in 
developing countries have not experienced similar 
progress in pollution control. In most developing 
countries, only a tiny fraction of human wastes are 
treated before being dumped into rivers, lakes, or the 
ocean. In consequence, water pollution levels often are 
appalling. In India, for example, two-thirds of all sur- 
face waters are considered dangerous to human 
health. 
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In 1972, the United States enacted federal legisla- 
tion called the Federal Water Pollution Control Act 
Amendments in order to control water pollution. In 
1977, further amendments were added, and the Act 
became known as the Clean Water Act (CWA), which 
is the primary federal law to control water pollution. It 
made the Environmental Protection Agency (EPA) 
the authority in establishing water quality standards 
across the country. In 2002, the Act was further modi- 
fied to include the Great Lakes Legacy Act, which 
deals with contaminated sediments on the bottom of 
the Great Lakes. 


See also Waste, toxic. 


Water table see Groundwater 


| Water treatment 


Water is treated to make it safe to drink and to use 
for other purposes, such as to spray on agricultural 
plants. Water that contains domestic and industrial 
waste is often required to be treated to lessen or 
remove the contaminants prior to the discharge of 
the water into a river, lake, or ocean. 


Some industrial processes require water that is 
free of impurities and microorganisms. One example 
is the water used in the manufacture of pharmaceut- 
icals. The preparation of a medicine using contami- 
nated water could be disastrous for the patient. 


The need for treatment of drinking water is 
becoming more urgent, even in developed countries. 
The increasing populations of developing countries 
are encroaching more on previously undisturbed 
watersheds. As the watershed quality deteriorates, 
the ability of the watershed to naturally purify the 
water flowing through it is lessened. As well, the 
increasing use of chemicals is contaminating ground- 
water. Watersheds that were pristine only a few deca- 
des ago are now under threat. 


Wastewater treatment is typically a multi-stage 
process. Typically, the first step is known as the pre- 
liminary treatment. This step removes or grinds up 
large material that would otherwise clog up the tanks 
and equipment further on in the treatment process. 
Large matter can be retained by screens or ground up 
by passage through a grinder. Examples of items that 
are removed at this stage are rags, sand, plastic 
objects, and sticks. 
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Water treatment 
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A water treatment plant in Orange County, California. (© Alan 
Towse/Ecoscene/Corbis.) 


The next step is known as primary treatment. The 
wastewater is held for a period of time in a tank. Solids 
in the water settle out while grease, which does not mix 
with water, floats to the surface. Skimmers can pass 
along the top and bottom of the holding tank to 
remove the solids and the grease. The clarified water 
passes to the next treatment stage, which is known as 
secondary treatment. 


During secondary treatment, the action of micro- 
organisms comes into play. There are three versions of 
secondary treatment. One version, which was devel- 
oped in the mid-nineteenth century, is called the fixed 
film system. The fixed film in such a system is a film of 
microorganisms that has developed on a support such 
as rocks, sand, or plastic. If the film is in the form of a 
sheet, the wastewater can be overlaid on the fixed film. 
The domestic septic system represents such a type of 
fixed film. Alternatively, the sheets can be positioned 
on a rotating arm, which can slowly sweep the micro- 
bial films through the tank of wastewater. The micro- 
organisms are able to extract organic and inorganic 
material from the wastewater to use as nutrients for 
growth and reproduction. As the microbial film thick- 
ens and matures, the metabolic activity of the film 
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increases. In this way, much of the organic and inor- 
ganic load in the wastewater can be removed. 


Another version of secondary treatment is called 
the suspended film. Instead of being fixed on a support, 
microorganisms are suspended in the wastewater. As 
the microbes acquire nutrients and grow, they form 
aggregates that settle out. The settled material is 
referred to as sludge. The sludge can be scrapped up 
and removed. As well, some of the sludge is added back 
to the wastewater. This is analogous to inoculating 
growth media with microorganisms. The microbes in 
the sludge now have a source of nutrients to support 
more growth, which further depletes the wastewater of 
the organic waste. This cycle can be repeated a number 
of times on the same volume of water. 


Sludge can be digested and the methane that has 
been formed by bacterial fermentation can be col- 
lected. Burning of the methane can be used to produce 
electricity. The sludge can also be dried and processed 
for use as compost. 


A third version of secondary treatment utilizes a 
specially constructed lagoon. Wastewater is added toa 
lagoon and the sewage is naturally degraded over the 
course of a few months. The algae and bacteria in the 
lagoon consume nutrients such as phosphorus and 
nitrogen. Bacterial activity produces carbon dioxide. 
Algae can utilize this gas, and the resulting algal activ- 
ity produces oxygen that fuels bacterial activity. 
A cycle of microbiological activity is established. 


Bacteria and other microorganisms are removed 
from the wastewater during the last treatment step. 
Basically, the final treatment involves the addition of 
disinfectants, such as chlorine compounds or ozone, to 
the water, passage of the water past ultraviolet lamps, 
or passage of the water under pressure through mem- 
branes whose very small pore size impedes the passage 
of the microbes. In the case of ultraviolet irradiation, 
the wavelength of the lamplight is lethally disruptive 
to the genetic material of the microorganisms. In the 
case of disinfectants, neutralization of the high con- 
centration of the chemical might be necessary prior to 
discharge of the treated water to a river, stream, lake, 
or other body of water. For example, chlorinated 
water can be treated with sulfur dioxide. 


Chlorination remains the standard method for the 
final treatment of wastewater. However, the use of the 
other systems is becoming more popular. Ozone treat- 
ment is popular in Europe, and membrane-based or 
ultraviolet treatments are increasingly used as a sup- 
plement to chlorination. 


Within the past several decades, the use of sequen- 
tial treatments that rely on the presence of living 
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material such as plants to treat wastewater by filtra- 
tion or metabolic use of the pollutants has become 
more popular. These systems have been popularly 
dubbed “living machines.” Restoration of wastewater 
to near drinking water quality is possible. 


Wastewater treatment is usually subject to local 
and national standards of operational performance 
and quality in order to ensure that the treated water 
is of sufficient quality so as to pose no threat to aquatic 
life or settlements downstream that draw the water for 
drinking. 
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ll Waterbuck 


Waterbucks belong to the large family of bovids, 
plant-eating hooved animals with horns and a four- 
chambered stomach for extracting nutrients from a 
diet of grass or foliage. These ruminants regurgitate 
and rechew their food (chewing the cud). Domestic 
cattle, also members of the bovid family, chew their 
cuds as well. 


Description 


Waterbucks belong to a subfamily of bovids 
called the Hippotraginae and are further classified in 
the tribe Reduncini, which also includes kobs, reed- 
bucks, and lechwes. Waterbucks are the largest ani- 
mals in this subfamily, with males weighing more than 
500 Ib (227 kg) and standing more than 4 ft (1.2 m) at 
the shoulders. Female waterbucks are slightly smaller. 
Only male waterbucks have horns, which are 
V-shaped, tapered, ridged, and curve backward, then 
slightly forward at the tips. 


Two subspecies of waterbuck are recognized: the 
common waterbuck Kobus ellipsiprymnus ellipsiprym- 
nus and the defassa waterbuck K. e. defassa. Some 
scientists consider the defassa waterbuck to be a 
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separate species. One distinguishing marking between 
the two is their coloration. Defassa waterbucks have 
shaggy, silvery-gray or reddish to dark brown coats 
with a streak of white on their rumps. Common water- 
bucks have a distinctive white ring around the rump, 
the lower half of the legs are black, and they have 
white markings at the throat, an eyebrow line, and a 
white snout. Males tend to darken with age. 


Waterbucks lack scent glands, but possess a greasy 
coat with skin glands that secrete a smelly, musk odor 
that can be detected as far as 1,600 ft (488 m) away. The 
greasy, shaggy coat serves to protect waterbucks from 
their damp habitats. Waterbucks do not run rapidly, 
moving mostly at a trot. 


Habitat and population 


Waterbucks have even less tolerance to dehydra- 
tion than cattle. Therefore, they are usually found 
close to water in regions with ample rainfall. 


Waterbucks prefer to eat the protein-rich grasses, 
herbs, and foliage found in valleys and areas where 
rain water drains. They are found in the central and 
south-central African countries of Kenya, Tanzania, 
Rwanda, Uganda, Zambia, Zimbabwe, and northern 
parts of South Africa. 


In areas where the different subspecies of water- 
buck overlap, many hybrid individuals have been seen. 
In a national park in Kenya the population density of 
waterbucks has been observed to reach as many as 
250 animals per sq km while the average is 30 per sq 
km. These numbers are much higher than their typical 
density outside the refuge where they average about 
four animals per sq km. In areas where there is a good 
water supply, waterbucks tend to live in denser 
populations. 


Social relationships 


The importance of proximity to water plays an 
important role in the social behavior of waterbucks. 
Not only do they need the water for drinking, but they 
also use water to fend off predators, for they are good 
swimmers. Competition to be near water is reflected in 
male relationships. Male waterbucks are territorial, 
but they will tolerate several other males within their 
territory. These so-called satellite bulls are submissive 
to the dominant male and will help him defend their 
territory from other males. 


Females have loose, come-and-go relationships, 
congregating in female herds with as many as 30 animals, 
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Watershed 


KEY TERMS 


Coloration—The overall color of an animal, plus 
distinctive color markings on various parts of the 
body. 

Family—A large group of animals classified together 
because they share common characteristics of phys- 
ical structure and consequent behavior. 


Herbivore—An animal that only eats plant foods. 


Hybrid animals—Animals that are crosses between 
species or subspecies that have already been 
classified. 


Regurgitation—The casting up of food that has 
only been partly digested in a stomach chamber 
of cud-chewing animals. 


Satellite bulls—Submissive bulls that the dominant 
bull tolerates within his territory and that help 
defend it from other intruders. 


including dependent young waterbucks. Female herds 
may have a home range as large as 1500 ac (608 ha), 
while bachelor groups have a range of 250 ac (101 ha). 
Young males form bachelor herds of five to 40 young 
bulls and there is evidence of a hierarchy among them. 
These are also loose social groups with members com- 
ing and going. Young males join these groups at the 
age of nine months until they are six years old, their 
age of maturity. 


Female waterbucks conceive after the age of three, 
reproducing about once a year after an eight-month 
gestation period. The mother stays with her calf at 
night, but during the day wanders away from her 
young. The calf is nursed three times a day for the 
first two to four weeks and the calf is weaned at six to 
eight months. Mothers with young offspring tend to 
remain in woodland areas as a protection from 
predators. 


See also Antelopes and gazelles. 
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Watermelon see Gourd family 
(Cucurbitaceae) 


[ Watershed 


A watershed refers to land that is drained by an 
interconnected system of rivulets, streams, rivers, 
lakes, and groundwater to a particular point. Both 
rain and snow contribute to the watershed. The top- 
ography of a region sets the boundaries for a water- 
shed, which are defined by the highest regions around 
a stream. Any drop of water falling on land within the 
water shed will drain into the watershed. Any drop 
falling on land outside highest points of the watershed 
will drain downward into another watershed. Watersheds 
can range in size from just a few square miles to many 
hundreds of square miles. The related terms catchment 
and drainage basin refer to the total area of land that 
drains into a water body. 


Watersheds are important for many reasons. They 
are a direct link to the water quality of a region. They 
impact the amount and intensity of flooding. Fisheries 
yields are related to watershed health. Watersheds are 
key natural areas that serve as habitats for many plants 
and animals as well as for human recreational use. 


The major predictor of the health of a watershed 
is the percentage of impervious cover found within its 
boundaries. Impervious cover is any surface that 
does not allow water to soak through it, such as 
asphalt surfaces, concrete surfaces, houses and build- 
ings. It is estimated that watersheds with impervious 
cover over more than 10% of their area will experi- 
ence declines in stream quality. When impervious 
cover exceeds 60%, the stream quality will be severely 
damaged. 


Impervious cover affects watersheds in a variety 
of ways. By blocking the movement of precipitation 
into groundwater, stream flow decreases since many 
streams are fed in part from groundwater. Impervious 
cover also increases the amount of stormwater enter- 
ing streams, which can lead to increased flooding, 
can change the shape of stream channels and can 
lead to increased erosion. In addition, the amount of 
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pollutants washed into streams, in the form of bacte- 
ria, pesticides and herbicides, oil and gas and sedi- 
ment, increases. This is usually accompanied by a 
decrease in the biodiversity of a region as both aquatic 
and terrestrial habitat is impacted. 


Development of land and waterways has threat- 
ened a variety of ecosystems through out the United 
States, specifically because of impacts to the water- 
shed. For example, salmon runs in the streams of the 
Pacific Northwest have decreased drastically due to 
watershed development diminishing the health of 
streams where the salmon spawn. Coral reefs in the 
Florida Keys have been damaged due to coastal devel- 
opment resulting in pollution and sedimentation in 
stormwater runoff. Rare salamanders found in Texas 
springs have become endangered due to poor land use 
practices affecting aquatic habitat in the watershed. 


In general, a group of basic management tools that 
work at the watershed level can mitigate some of the 
threats to stream quality. These tools include watershed 
planning, land conservation, maintaining ecological 
buffers such as wetlands, improved site design, erosion 
management and mitigation, stormwater treatment, 
control of water discharges not related to storms, and 
long-term watershed monitoring. Because of both the 
ecological and human dependence on watersheds, the 
improvement of watershed management practices is 
becoming recognized as a priority by local, regional, 
and national governments. 


See also Hydrologic cycle; Water pollution. 
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| Waterwheel 


A waterwheel, also called a water wheel or noria, 
is a device that uses falling or flowing water to produce 
power (what is called hydropower). It consists of a 
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large vertical wheel, usually made of wood, attached 
to a horizontal axle. The wheel has a number of blades 
or buckets attached on the outside of the wheel used to 
catch the water. The two general types of waterwheels 
are the undershot and the overshot. 


The waterwheel is considered the first rotor mech- 
anism in which an outside force creates power to spin a 
shaft. The ancient Greeks are said to have first devel- 
oped the waterwheel, using it to raise water from 
rivers. Polls or pots were attached around the circum- 
ference of a large wheel; then oxen would walk in a 
circle round a vertical shaft connected through a sim- 
ple gear to the horizontal shaft of the waterwheel. 
When possible, the current of a fast-flowing river 
would do the work of the oxen. By Roman times, 
ancient engineers realized that the spinning shaft 
could be used as a power source to turn millstones. 
However, few were built for this purpose due to the 
abundance of slaves to grind grain into flour. 


After the fall of the Roman Empire, waterwheels 
spread throughout Medieval Europe largely through 
the efforts of monks who introduced the technology to 
landowners, many of whom had lost workers to dis- 
ease and war. In the eighteenth century, waterwheels 
were developed in England by such inventors as engi- 
neer James Brindley (1716-1772) and civil engineer 
John Smeaton (1724-1792). 


The first factories—textile mills—were powered 
by water. Other early uses of waterwheels included 
sawmills for sawing lumber and gristmills for grinding 
grain. Many large cities owe their existence to power 
drawn from nearby rivers, but this power source was 
not very dependable due to floods and droughts that 
changed the amount of water flowing in the river. 


Several types of waterwheels evolved over the 
centuries. The two most used were the overshot 
wheel, which involved water falling on the paddles 
from above, and the undershot wheel, which was 
placed directly in the water and worked especially 
well in swift streams. A more unusual and less fre- 
quently used type was the reaction wheel in which 
water was dropped into a hollow tube from a great 
height. The tube had hollow spouts attached to it, and 
the water would spray out the spouts, causing the tube 
to rotate much like today’s lawn sprinklers. The tidal 
wheel required an enclosed pond with a gate. As the 
tide rose, water flowed into the pond until the gate was 
closed, effectively trapping the water. Later, the gate 
was opened, allowing water to flow out and turn a 
wheel for power. 
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Wave motion 


The waterwheel of an old mill at Stone Mountain Park, Georgia. (James Steinberg/Photo Researchers, Inc.) 


By the late eighteenth century, more efficient and 
powerful steam engines began to replace waterwheels 
as Europe’s primary source of power. However, the 
principle of the waterwheel lives on in today’s water 
turbines such as those found in hydro-electric dams, 
which use the movement of downward flowing water. 


| Wave motion 


A wave is a disturbance that moves from place to 
place in a medium, carrying energy with it. The behav- 
ior of waves is closely related to the concept of oscil- 
lations, which will be discussed first. 


A good example of an oscillation is that of an 
object attached to the end of a spring hanging from a 
fixed clamp. When the object is at rest, the spring is 
stretched so that its upward pull balances the weight of 
the object. This is the equilibrium position. If the object 
is lifted a short distance above the equilibrium position 
and released, it will fall until the force of the spring 
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stops it and pulls it back upward through the equili- 
brium position and nearly to the point where it was 
lifted. Then it will fall again and spring upward again, 
etc. The energy in the oscillating motion came from the 
original disturbance, which in this case moved the 
object to a position above the equilibrium point. At 
that position, the object was at its maximum displace- 
ment. The distance between the equilibrium point and 
the maximum displacement is the amplitude. The larger 
the amplitude, the greater the energy in the motion. 


Consider a duplicate and identical object-spring 
system hung side-by-side with the first one, but without 
the two being in contact in any way. If the first object is 
disturbed, it oscillates just as before and the second 
object remains stationary at its equilibrium position. 
However, the situation becomes different when the two 
objects are connected with a rubber band and then only 
the first object is disturbed. It begins to oscillate as 
before, but soon the second object starts to oscillate 
also. The rubber band allows energy to transfer to the 
second object, which will eventually move with the 
same frequency as the first oscillation. We can make 
the experiment more complicated if we use a large 
number of springs hanging in a row, with each object 
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Transverse waves produced by a water droplet penetrating 
the surface of a body of liquid. (© Martin Dohrn/Science Photo 
Library, National Audubon Society Collection/Photo Researchers, 
Inc.) 


connected to the one before and after it with rubber 
bands. If only the first object is disturbed, the oscilla- 
tion will pass its energy through all the springs. After 
the energy has been transferred to the next few springs, 
the first spring will become still with its object back at 
its equilibrium point. This shows exactly how a dis- 
turbance can move as a wave through a medium. In 
this example, the medium is composed of the objects on 
springs, which act as coupled oscillators. 


The way that a disturbance is transferred from one 
part of a medium to another in the spring model is very 
similar to the way that waves move in water, air, or a 
guitar string. Water is composed of a great number of 
H,0 molecules lying very close to each other. If the 
water has been undisturbed for a long time, its surface 
will be calm and the molecules will be relatively sta- 
tionary (of course, they are not completely stationary, 
but their motion is microscopic). Now suppose the 
water is disturbed by an object impinging on it. This 
produces a disturbance as many molecules are forced 
downward. We have all seen a wave move on the sur- 
face of the water away from the position of our tap, 
and this is simply the disturbance being transferred 
from one molecule to another. The molecules of 
water all exert an electrical force on their neighbors, 
which are quite close. This holds them together and 
provides the same effect as the rubber bands in the 
example above. Just as before, the larger the original 
displacement, the greater the energy in the disturbance 
and the bigger the energy that the wave carries. 


The water wave discussed above is an example ofa 
traveling wave since the disturbance moves from place 
to place in the medium. It can also be classified as a 
transverse wave because the direction of the disturb- 
ance (vertical in this case) is perpendicular to the 
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KEY TERMS 


Frequency—The number of cycles, or repetitions, 
of an oscillating motion which occur per second. 


Medium—A material in which a disturbance (oscil- 
lation) at one location can transfer its energy to 
nearby locations, for example from one molecule 
of water to another. 


Wave train—A repeated pattern of individual 
waves which are produced with a specific rhythm, 
or frequency. 


direction that the wave travels (horizontally). There 
are also longitudinal waves, like those that carry the 
energy of sound in air, in which the direction of the 
disturbance is the same as that of the wave motion. 
This is easy to visualize if you have ever seen a speaker 
move when the volume is turned up very loud. The 
sudden movements of the speaker compress the 
nearby air and that disturbance moves in the same 
direction toward you and your ears. 


A repeated pattern of individual waves, a wave 
train, often occurs in water bodies. A wave train is 
produced in water by tapping the surface with a spe- 
cific rhythm, or frequency. A complementary charac- 
teristic of a wave train is the wavelength. Suppose the 
surface of the water is tapped with a specific frequency 
and a picture of the resulting waves is taken. In effect, 
this “freezes” the wave train in time. Examination of 
the picture will show that there is a constant distance 
between the individual waves; this is the wavelength. 
The frequency tells how often the wave train repeats 
itself in time and the inverse of the wavelength tells 
how often the wave train repeats itself in space. 
Multiplying the values of the frequency and the wave- 
length results in the speed at which the wave moves. 


Waves have many interesting properties. They can 
reflect from surfaces and refract, or change their direc- 
tion, when they pass from one medium into another. 
These properties are commonly observed in the behav- 
ior of light, which behaves as a wave in many everyday 
circumstances. Light reflects off of shiny surfaces such as 
mirrors and glass. An example of refraction is the bend- 
ing of light when it passes from water into air. For this 
reason, when looking at objects underwater, they appear 
to be at different locations than their real positions. 


Waves can also combine, or interfere. For exam- 
ple, if two waves reach a particular point so that they 
both disturb the medium in the same way the ampli- 
tude of the wave will increase additively. This is 
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constructive interference. Likewise, destructive inter- 
ference happens when the disturbances of different 
waves cancel. Interference can also lead to standing 
waves which appear to be stationary—the medium is 
still disturbed, but the disturbances are oscillating in 
place. This occurs within confined regions, like a bath- 
tub or a guitar string (fixed at both ends). For just the 
right wavelengths, traveling wave trains and their 
reflections off the boundaries can interfere to produce 
a wave that appears stationary. 


See also Acoustics; Fluid dynamics. 
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| Waxbills 


Waxbills or weaverfinches are 129 species of 
finchlike birds that make up the family Estrildidae. 
Species of waxbills occur in the tropics of Africa, 
south and Southeast Asia, New Guinea, Australia, 
and many islands of the South Pacific. Their usual 
habitats are grasslands, marshes, savannas, forest 
edges, and disturbed forests. Waxbills are sedentary, 
nonmigratory birds. 


Waxbills are small birds, ranging in body length 
from 3.2-5.9 in (8-15 cm). The bill is short, stout, con- 
ical-shaped, and pointed, and adapted to eating seeds. 
The plumage of male birds is generally brightly colored, 
with contrasting patterns that can include hues of red, 
blue, purple, green, yellow, black, or white. Female 
birds have a much more inconspicuous coloration. 


Waxbills forage on the ground for seeds, fruits, and 
small invertebrates. Species that occur in open, season- 
ally dry habitats are gregarious during the drier times of 
the year, while species occurring in more closed moist 
habitats defend their territories throughout the year. 


All waxbills are territorial during their breeding 
season, which for many species typically begins imme- 
diately after the seasonal rains begin. Their songs are 
weak hisses, buzzes, and chatterings. Waxbills con- 
struct bulky, domed nests of grassy fibers, often lined 
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with feathers on the inside. They lay four to 10 eggs, 
which are incubated by both sexes, who also share 
duties in caring for the young. 


Several species of waxbills have been domesti- 
cated, and are kept in captivity as cage birds. These 
include the zebra finch (Taeniopygia guttata) of 
Australia, the striated finch or white-rumped munia 
(Lonchura striata) of south and Southeast Asia, and 
the Java finch (Padda oryzivora), native to Java and 
Bali in Indonesia, but widely introduced elsewhere in 
Indochina and Southeast Asia. 


The Gouldian or rainbow finch (Chloebia gouldiae) 
is a particularly gaudy bird of northern Australia, 
which has a yellow bill, black face, purple breast, yellow 
belly, and green back. The white-crowned mannikin 
(Lonchura nevermanni) is a white-headed, two-toned 
brown-bodied species that lives within grassy savannas 
in southern New Guinea. The red-headed parrot finch 
(Erythrura cyaneovirens) has a red head, blue breast, 
green belly and back, and burgundy tail. The orange- 
eyed pytilia or red-faced waxbill (Pytilia afra) is a red- 
faced, gray-bodied species of East Africa. 


Some species of waxbills are regarded as serious 
pests of agriculture. For example, the Java finch is a 
pest in parts of Southeast Asia, because of the quanti- 
ties of ripened rice that these birds consume. 


See also Finches. 


Bill Freedman 


[ Waxwings 


Waxwings are eight species of medium-sized, 
fruit-eating, perching birds found in northern 
Eurasia and North America that are included in the 
family Bombycillidae. Waxwings have a crest on the 
top of their head, and have soft, sleek, often shiny 
plumage. The secondary feathers often have a soft, 
wax-like appendage at the tip, from which the com- 
mon name of these birds was derived. 


Waxwings are largely fruit-eating birds, although 
they also eat insects, especially during the breeding 
season. These birds usually catch their insect prey by 
flycatching, which involves aerial sallies from an 
observation perch to catch insects on the wing. 


Three species of waxwings are familiar to North 
Americans. The cedar waxwing (Bombycilla cedrorum) 
breeds in a wide range of habitats throughout the 
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Cedar waxwing (Bombycilla cedrorum). (Robert J. Huffman. 
Field Mark Publications.) 


range of northern coniferous and broadleaf forests of 
Canada and the northern United States. The cedar 
waxwing winters in the southern United States and 
Central America. 


The Bohemian waxwing (B. garrulus) breeds in 
coniferous and mixed-wood forests and muskegs of 
northwestern North America, as well as in northern 
Eurasia, where it is known simply as the waxwing. 
However, during the non-breeding season the Bohemian 
waxwing aggregates into flocks, which forage widely 
for berries far to the south of the breeding range, and 
as far east as the Atlantic coast. 


The phainopepla 


Phainopepla nitens is a red-eyed, glossy-black bird 
that occurs in the southwestern United States and cen- 
tral Mexico. Females are ashy gray with whitish edges 
on all their wing feathers. The phainopepla is found in 
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semi-arid scrub, and is rather more insectivorous than 
the waxwings. It also travels in small flocks during the 
non-breeding season. 


The waxwings are rather irregular in both their 
breeding and wintering abundances. They sometimes 
occur in unusually large numbers outside of their usual 
range in some winters, probably as a result of poor 
berry crops in their normal wintering habitat. During 
such irruptive events of abundance, waxwings often 
occur in large flocks in cities, avidly feeding on berry- 
laden, urban trees and shrubs such as junipers and 
mountain-ash. These winter occurrences of flocks of 
Bohemian and cedar waxwings are unpredictable 
pleasures that are relished by bird watchers. 


Weak acids and bases see Acids and bases 
Weak electrolyte see Electrolyte 


l Weapon-grade plutonium 


and uranium, tracking 


Weapon-grade (or “bomb-grade”) uranium or plu- 
tonium is any alloy or oxide compound that contains 
enough of certain isotopes of these elements to serve 
as the active ingredient in a nuclear weapon. Some 
civilian weapon-grade materials are tracked by interna- 
tional organizations, especially the United Nations’ 
International Atomic Energy Agency (IAEA) and the 
European Atomic Energy Community (EURATOM), 
to prevent their diversion to bombs. The goal of is to 
prevent nuclear proliferation, that is, the possession of 
nuclear weapons by more and more groups. 


IAEA safeguards track weapon-grade materials 
(or, in the case of plutonium, dilute materials that 
could be refined to weapons grade) in non-military 
nuclear fuel cycles in states that are signatories to the 
Non-Proliferation Treaty (NPT) of 1968. Those states 
that already had nuclear weapons at the time of the 
treaty’s creation—the United States, United Kingdom, 
France, Russia, and China—are not subject to IAEA 
safeguards. EURATOM safeguards civil plutonium 
and uranium in the European countries, including 
materials not covered by mandatory IAEA safeguards 
under the NPT (i.e., those in the United Kingdom and 
France). The IAEA and EURATOM cooperatively 
safeguard Europe materials to avoid redundancy. 


Military nuclear materials are tracked not by the 
IAEA but by the governments that own them. 
Because the tracking techniques employed internally 
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Weapon-grade plutonium and uranium, tracking 


Plutonium reserves. (© Corbis Sygma.) 


by nuclear-weapons states vary from nation to nation 
and are always partly or wholly secret, and since 
EURATOM safeguards are essentially the same as 
IAEA safeguards, this article restricts itself to IAEA 
safeguards on nuclear materials in the 182 non- 
nuclear-weapons signatories of the NPT. 


Definition of “weapon-grade” 


“Weapon-grade” uranium or plutonium is some- 
times defined as any alloys pure enough to be used in 
bombs by governments building light-weight nuclear 
weapons for carriage in missiles, artillery shells, or 
other delivery systems. The highly-enriched uranium 
(HEV) preferred by professional weapons designers is 
more than 90% uranium-235 (**°U), and the enriched 
plutonium used for such purposes is nearly pure metal. 
However, “weapons-grade” is more usefully, and 
more commonly, defined as any material pure enough 
to serve in a nuclear weapon, regardless of that weap- 
on’s efficiency or elegance of design. Uranium 
enriched to only about 50% **°U, and probably less, 
can be used to make a crude nuclear bomb, and it is 
possible to make a bomb from material that is only 15— 
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25% plutonium (e.g., mixed-oxide fast breeder reactor 
fuel). A “crude” bomb would probably have an explo- 
sive force of several tens of kilotons (where one kiloton 
equals the explosive force of one thousand tons of 
trinitrotoluene, TNT), comparable to the bombs 
which destroyed Hiroshima and Nagasaki in 1945. 


Weapon-grade fissile materials are not found in 
nature, but must be produced. 7*°U is found only in 
dilute form in nature. It constitutes about 0.71% of the 
uranium in ore, the rest being mostly the isotope 7**U, 
which is not fissile enough to be a reactor fuel or bomb 
material. Reactor-grade uranium (i.e., the fuel for civil- 
ian nuclear power plants, which is about 3% **°U) and 
weapon-grade uranium are obtained by enriching the 
concentration of 7°°U in metal extracted from ore, a 
complex and expensive industrial process. The nearly 
pure ***U that is left over from enrichment, although 
useless as a fuel or explosive, can be partly transformed 
into plutonium by neutron bombardment in a particle 
accelerator or nuclear reactor. (There are several iso- 
topes of plutonium, not all equally suitable for bombs, 
but because all readily available isotopic blends of plu- 
tonium are suitable for bomb-making this article refers 
simply to “plutonium.”) 
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These facts are important to the tracking or safe- 
guarding of weapon-grade material. Since *°U exists in 
nature and only needs to be concentrated to become a 
bomb material, an ideal tracking system would station 
observers at every stage of uranium extraction and refine- 
ment, from the mine to the enrichment plant. This would 
cost too much, so the IAEA monitors selected industrial 
processes, namely enrichment plants, fuel-fabrication 
facilities, and reprocessing facilities. A reprocessing 
facility is a factory where nuclear-reactor fuel that has 
been isotopically altered by irradiation in a reactor core 
and is no longer isotopically optimal for fuel purposes 
(“spent” fuel) is dissolved in acid and its **°U and pluto- 
nium separated out. (What is left is high-level nuclear 
waste.) Reprocessing is the sole source of weapon-grade 
plutonium, as plutonium occurs in nature only in trace 
amounts; therefore, IAEA safeguards track not only 
separated plutonium but spent nuclear fuel. 


The Safeguarding Task 


There are three basic stocks or inventories of 
weapon-grade (or pre-weapon-grade) material: mili- 
tary inventories, transitional inventories, and civil 
inventories. Military inventories consist of fissile 
materials (almost entirely alloys of uranium and plu- 
tonium) that are already built into weapons, are stock- 
piled for possible weapons use, or are stockpiled for or 
already used in naval reactors. (Due to size con- 
straints, the reactors used to drive some submarines 
and military surface ships require weapon-grade ura- 
nium as fuel). Transitional inventories consist of mate- 
rials that have been removed from weapons or 
declared by the states that own them to be in excess 
of their weapon-making needs. By far the largest tran- 
sitional stockpile in the world is that of Russia, nuclear 
inheritor state of the Soviet Union. Civil inventories 
consist of materials belonging to the nuclear-power 
fuel cycle, including stockpiled HEU and plutonium 
separated from spent fuel, plutonium and HEU 
loaded or stockpiled as fuel for specialized reactors 
(e.g., fast breeders), and plutonium and HEU in 
spent reactor fuel of all types. The basic goal of inter- 
national safeguards is to track materials in the transi- 
tional and civil inventories to prevent them from being 
secretly diverted to weapons by terrorists or govern- 
ments. (Although the transitional inventories held by 
nuclear-weapons states are not required by the NPT to 
submit them to IAEA safeguards, some of them, nota- 
bly Russia’s, are voluntarily submitted to IAEA 
safeguards.) 


About 3,000 tons of plutonium and HEU have 
been produced by the civil and nuclear military facilities 
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to date, with hundreds of kilograms of new plutonium 
forming constantly in the fuel rods of nuclear reactors 
worldwide. About 700 of these tons are in military 
inventories, about 1,300 tons in transitional inventories 
(mostly in the United States and Russia), and about 
1,000 tons in civil inventories. Because the civil invento- 
ries of some of the largest nuclear-power states (1.e., the 
U.S., U.K., France, and Russia) are not subject to 
IAEA safeguards, only about 24 tons of weapon-grade 
plutonium and uranium—less than 1% of the world 
stock of these materials—is safeguarded. Though appa- 
rently small, this quantity of material could produce 
hundreds of nuclear weapons, and is exactly that frac- 
tion of the world’s HEU and plutonium inventory that 
is most vulnerable to diversion. The IAEA, like a border 
patrol, thus deploys its forces along a critical edge rather 
than spreading them over the domain of all weapons- 
grade materials. 


Safeguards are designed to deter—by making 
it difficult to conceal—any attempt to concentrate 
non-weapon-grade nuclear material into weapon-grade 
material or, alternatively, to divert weapon-grade mate- 
rial from peaceful purposes (e.g., breeder-reactor fuel) 
to weapons. Safeguards are thus after-the-fact meas- 
ures designed to detect a material diversion that has 
already occurred, quickly enough to detect the diver- 
sion before a nuclear weapon can be assembled. 


Methods 


The two basic methods used to track weapons- 
grade nuclear material are accountancy and physical 
inspection. 


Accountancy 


The NPT requires every signatory nation to 
“establish and maintain [its own] system of accounting 
for all nuclear material subject to safeguards,” that is, 
HEU and plutonium. In other words, the IAEA seeks 
to build on national accounting controls rather than 
building its own system from scratch. (It does so not 
because national controls are intrinsically better, but 
to control costs.) The IAEA specifies, in part, what 
these national accounting procedures shall be, in order 
to assure their adequacy and compatibility with the 
IAEA’s own methods. 


In this context, a “system of accounting” means a 
system of inventorying, similar in principle to that 
used to run a grocery store. The IAEA defines “mate- 
rial balance areas,” specific physical zones which may 
be as large as an entire facility or as small as a single 
room, for which inventories must be kept. Whenever 
safeguarded materials are brought in or out of a 
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material balance area, records must be made of the 
amounts, entering, leaving, and in the material bal- 
ance area. If the totals do not add up, a diversion is 
suspected. 


Inspection 


The fact that a nation is responsible for inventorying 
its own nuclear materials creates an obvious opportunity 
for cheating: a state might simply fabricate records that 
show no diversions. To prevent this, the IAEA analyzes 
each nation’s records for inconsistency or other signs of 
fraud. More importantly, it conducts on-site inspections. 
Formerly, inspection consisted mostly of visits by IAEA 
personnel. Site visits by inspectors remain essential, but 
with the development of new detection technologies and 
computer systems, automatic or “unattended” safe- 
guards have become more widely used. For example, all 
entry points to a material balance area might be recorded 
continually on sealed videotapes that are later analyzed 
by the IAEA for suspicious activity. Sensors that detect 
the presence, type, and quantity of nuclear materials by 
measuring neutrons, alpha particles, or gamma rays can 
be located at the access gate of a reprocessing plant, near 
a fuel-storage area, or in other key locations. (Inspections 
or video monitoring would assure that temporary exits 
are not being cut in the perimeter fence elsewhere, to 
escape surveillance.) The efficacy of inspection is 
increased by requiring that the NPT signatory state 
whose materials are being safeguarded submit informa- 
tion about the design of its nuclear facilities to the IAEA. 
The IAEA may also place special seals on containers of 
safeguarded material, then re-inspect periodically to ver- 
ify that the seal has not been broken, and require that an 
inspector be present if the seal is to be broken. The 
purpose of inspections is, in short, not to directly track 
all flows of safeguarded material, but to keep the inven- 
tory system honest. 


Measurement inaccuracy 


All the measurement processes involved in track- 
ing HEU and plutonium have built-in error. If, for 
example, a particular scale is only accurate to within 
a milligram, then there is always 1 mg of uncertainty 
about how much HEU or plutonium is resting on it. If 
a sample of HEU or plutonium that is known to have a 
mass of 1.00 g is broken in two and each piece meas- 
ured on a scale having 1-mg inaccuracy, and if these 
two measurements both read 0.499 g (for a total of .998 
g), it is impossible to tell whether 0.002 g of controlled 
material has been diverted or the numbers merely 
reflect random measurement error. To combat this 
source of uncertainty it is possible to screen for “sys- 
tematic” errors, that is, errors that trend systematically 
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in some direction; in particular, errors that always 
show a loss of material rather than a gain would be 
more suspicious. (Truly random error should some- 
times show too much, rather than too little, material.) 
However, clever manipulation of error margins inside a 
complicated system could pit false gains against real 
losses, thus preventing the appearance of systematic 
error and concealing small, persistent diversions. 


In reprocessing facilities, which extract HEU and 
plutonium from spent fuel, this problem is particularly 
acute, as a material balance can only be performed on 
each batch of liquid material processed by the plant. 
Cumulative material-balance inaccuracies of up to 1% 
are probably unavoidable in reprocessing. In a reproc- 
essing facility such as the U.K.’s Barnwell, which was 
originally designed to extract 15 tons of plutonium per 
year from 1,500 tons of spent fuel, this would mean 
that 150 kg of plutonium could be diverted undetect- 
ably from the plant every year—enough for about 15 
atomic bombs. The IAEA Safeguards Division seeks 
to track inventories in individual states to within 8 kg 
of plutonium and 25 kg of HEU annually—enough to 
easily build a single bomb. However, if a state was 
willing to wait a few years for each bomb, its diver- 
sions could remain within the intrinsic error limits. 


See also Nuclear fission; Nuclear power; Weapons 
of mass destruction. 
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E Weapons of mass destruction 


The conception of weapons of mass destruction 
(WMDs) appeared during War World II after the use 
of atomic bombs. In the mass consciousness, weapons 
of mass destruction are usually associated first with 
atomic weapons, although the concept includes cer- 
tain chemical and biological weapons. 
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The atomic bomb was used only twice in World 
War II, in bombarding the Japanese cities of Hiroshima 
(August, 6, 1945) and Nagasaki (August, 9, 1945) by the 
United States. The first bomb employed uranium-235 
and produced an explosion equivalent in power to 
approximately 15 kilotons of TNT gunpowder. The 
second bomb employed plutonium and was equivalent 
in power to approximately 21 kilotons of TNT 
gunpowder. 


On August 7, 1945 the General Staff of Japan 
received an alarming telegram from the Hiroshima 
region claiming that the city was completely destroyed 
by one bomb. Approximately 130 thousand people 
were killed because of the bombardments of both 
cities, and both Hiroshima and Nagasaki were com- 
pletely destroyed. The number of injured also numbered 
in the hundreds of thousands, and the consequences of 
burns and radiation were apparent in bombardment 
victims for many years, often including the next 
generation. 


The process of radioactive isotope (uranium-235 or 
plutonium-239) fission is the basis of the action of 
atomic weapons. A mammoth amount of energy is 
generated in this process. The dissipation of energy in 
an atomic bomb explosion occurs in the following 
approximate ratio: bomb blast and wind—50%, thermal 
rays—35%, and (radioactive) radiation—15%; these are 
the three main striking factors of an atomic explosion. 


An even more powerful weapon, the hydrogen 
fusion bomb, was created several years after the 
A-bomb, and was created practically simultaneously 
in United States and in the former Soviet Union. The 
power of the H-bomb is hundreds of times higher than 
the power of an A-bomb. The process of hydrogen 
isotope fusion is the basis of the thermonuclear weapon 
action. The start of this reaction, however, must be 
initiated by a nuclear fission explosion. 


On November 1, 1952, a 10.4 megaton thermonu- 
clear explosion code-named MIKE, ushered in the ther- 
monuclear age (it was an explosion of a special model of 
the device). The island of Elugelab in the Eniwetok 
Atoll in the Pacific, was completely vaporized. 


The first H-bomb was exploded in the Soviet 
Union in August, 1953, followed on March, 1, 1954, 
by the American explosion of a more powerful hydro- 
gen bomb (approximately 15 megaton). The Soviets 
responded with the most powerful H-bomb explosion 
yet, in the Soviet Union on October 15, 1961, over the 
Novaya Zemlya (New Earth) island (in the Polar 
Ocean) at a height of approximately 13,000 feet 
(4,000 m) over the Earth. Its power was almost 
50 megatons. A gigantic fire ball was created by the 
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explosion that reached to the height of about 41.5 
miles (67 km), and its light was seen for a distance of 
more then 621 miles (1,000 km). The explosion also 
resulted in a blast of wind that was felt for hundreds of 
kilometers. 


The creation of the atomic bomb in the United 
States during World War II was an exceptional scien- 
tific phenomenon. The interval between the discovery 
of the physical fusion process that is the basis of the 
weapon action, and the moment of its first test (July 
16, 1945, in the New Mexico desert) was only several 
years, and up to the end of this test, its creators were 
not absolutely sure that the test would be successful. 
The United States committed an enormous amount of 
scientific and monetary resources towards the creation 
of the atom bomb, and practically, a new branch of 
industry was formed. 


In 1949, the A-bomb was also created in the Soviet 
Union. Later, a big concern among American intelli- 
gence authorities arose about atomic espionage, which 
helped the Russians to create the A-bomb during such 
a short period. Several people who passed to the 
Russians secrets about atomic elaboration were 
revealed and arrested (for example, Claus Fuchs, and 
Julius and Ethel Rosenberg who were executed). 
Although some considered that espionage was the 
crucial factor in the Russian’s success, the main secret 
was whether the nuclear chain reaction of the A-bomb 
could be successfully created and controlled. As soon 
as the bomb exploded over Japan, this secret became 
clear. Additionally, in 1945, a noted report by 
American physicist H. D. Smith entitled “Atomic 
Energy for Military Purposes” was openly published, 
in which the principles of the bomb’s action, the meth- 
ods of isotope separation, and even some of the char- 
acteristics of its construction were described in detail. 
The post-war Soviet Union of 1945 still contained 
highly qualified scientists, and the totalitarian regime 
dedicated all possible resources to the high-priority 
project of atomic bomb development. Thus, the arms 
race of the 1960s and 1970s has its beginnings as far 
back as the early post World War IJ era. 


Many chemical weapons are also considered 
weapons of mass destruction. Various lethal poisons 
were known and successfully used in warfare as long 
ago as ancient times. The creation of such substances 
for weaponry is much easier and cheaper than, for 
example, to separate uranium isotopes as is necessary 
for a nuclear weapon. Chlorine gas, for example, of 
the simplest poison gases, can be created in small 
amounts in a simple laboratory. The problem of deliv- 
ering poison gases to a battlefield is also much more 
simple than delivering an atomic weapon. 
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During World War I, the Germans were the first 
to use poison gases on the modern battlefield. The 
Germans bombarded their enemies with artillery shells 
armed with poison gas, or simply ejected gas from 
their containers. The names of some poison com- 
pounds are reminiscent of World War I; for instance, 
the poison gas yperite (mustard gas) has in its origin 
the name of the Belgian city Yper, where the gas was 
used the first time. In 1915, the Germans also con- 
ducted massive attacks using chlorine. As a result of 
one chlorine gas attack, five thousand persons were 
killed and about ten thousand were injured. The 
Germans ejected chlorine from 5730 balloons contain- 
ing about 168 tons of chlorine within the 5-8 minute 
duration of the attack. 


Officially, the use of chemical weapons is forbid- 
den by the Hague Conventions concluded in 1899 and 
1907, and these resolutions were further clarified and 
strengthened by the Geneva Protocol of 1925. The first 
international disarmament treaty that banned the pro- 
duction and stockpiling of biological weapons, and 
provided for destruction of existing stores became 
open for signature in 1975. Almost 30 years later, the 
treaty is still the subject of regular debate and clarifi- 
cation, and lacks wide-spread ratification. 


In the meantime, chemists of various governments 
have worked actively to create new chemical substan- 
ces with various destructive factors. Additional chem- 
ical weapons have been derived from toxic industrial 
chemicals that were originally designated for useful 
purposes, such as pesticides. Chemical weapons can 
generally be divided among several groups, depending 
on their action on people, including vesicants, toxins, 
incapacitating agents, nerve agents, and irritants. The 
production of vesicants is not technologically compli- 
cated. The production of the nerve agents, however, 
requires significantly more sophisticated chemical 
processing. Some production processes require strict 
temperature control, and containment of the toxic 
substances and gases can pose problems. Depending 
on the immediacy of use, purity of the product can add 
a difficult dimension to production. In some cases, 
special equipment or handling is required to prevent 
corrosion of equipment and/or rapid deterioration of 
the product. 


Chemical weapons were not used during World 
War I, although the main participants had large 
reserves of such weapons. Production of these weap- 
ons continued after World War II, and only recently 
the United States and Russia have stopped their pro- 
duction, and agreed to begin to destroy existing stock- 
piles. Other nations and extremist groups have recently 
used chemical weapons. Iraq used chemical weapons 
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during the Iran-Iraq war (probably a somewhat over- 
fluorinated DC, methylphosphonic dichloride) during 
the 1980s. Iraq additionally used Sarin gas on its own 
Kurdish population, killing thousands of citizens in 
the town of Halabja in 1988. Sarin gas was also the 
weapon used in an attack on the subway in Tokyo in 
1995 by the Japanese extremist religious sect Aum 
Shinrikyo, in which 17 persons were killed and hun- 
dreds were injured. 


Biological weapons are also capable of mass 
human destruction. The basic action of a biological 
weapon involves the use of pathogenic (disease-causing) 
bacteria, viruses, fungi, or toxins produced by some 
bacteria. Biological weapons contain particular dan- 
gers because they can provoke perilous diseases in 
people and animals over large geographic areas, as 
the effectiveness of the weapon multiplies with the 
spreading of communicable disease. The destructive 
period can be lengthy with the use of a biological 
weapon, and it can have latent a (incubation) period 
of action. 


What makes biological weapons so dangerous is 
that the cost to produce such weapons is nominal as 
compared to the cost to make nuclear weapons. This is 
why biological weapons are often considered as the 
terrorist or poor nation’s weapon of mass destruction. 
Also, the production of biological weapons can be 
easily hidden, as there are no special factories or highly 
specialized equipment needed for their production. 
Biological weapons can be deployed silently, through 
crude crop dusters, the mail, or even through bug 
bombs, therefore allowing for the initial escape of 
their deployers. Unlike their counterparts (chemical 
and nuclear weaponry), biological weaponry products 
are living organisms and do not breakdown over time, 
but in fact, can multiply and increase in numbers. 


There is a long list of BW agents that could poten- 
tially be used in a war or a terrorist attack. Among 
those mentioned have been anthrax, cryptococcosis, 
Yersina pestis (plague, which caused the Black Death 
of the fourteenth century), tularemia (rabbit fever), 
malaria, cholera, typhoid, smallpox, cobra venom, 
and others. Some authors have also speculated about 
the possible terrorist use of new, genetically-engineered 
agents designed to defeat conventional methods of 
treatment, or to attack specific peoples. 


The idea of using biological agents in war is not 
new. In the sixth century BC, Solon of Athens used the 
purgative herb hellebore (skunk cabbage) to poison 
the water supply during the siege of Krissa. In 1346, 
plague broke out in the Tartar army during its siege of 
Kaffa (at present day Feodosiys in the Crimea), after 
attackers hurled the corpses of those who died over the 


GALE ENCYCLOPEDIA OF SCIENCE 4 


city walls. The plague epidemic that followed forced 
the defenders to surrender, and some infected people 
who left Kaffa may have started the Black Death 
pandemic that later spread throughout Europe. In 
1797, Napoleon attempted to infect the inhabitants 
of the besieged city of Mantua with swamp fever dur- 
ing his Italian campaign. An attempted biological 
attack was undertaken in 1915 by the German- 
American physician Dr. Anton Dilger (in Baltimore, 
Maryland) who attempted to infect a reported 3,000 
head of horses, mules, and cattle destined for the 
Allied forces in Europe. Nowadays, the specter of 
annihilation by killer pathogens or toxins has, in 
some sense, replaced the Cold War nightmare of exter- 
mination by massive nuclear attack. 


Since 1972, the use of biological weapons is pro- 
hibited by the international treaty, as reflected in its 
formal title, the Convention on the Prohibition of the 
Development, Production, and Stockpiling of Bacterio- 
logical (Biological) and Toxin Weapons and on Their 
Destruction. As of 2003, the agreement had 144 
nation-state signatories. 


Scope of destruction 


An atomic bomb exploded over a densely popu- 
lated city could kill hundreds of thousands of people 
instantaneously and, as the lethal effects of radiation 
exposure take hold, cause many more deaths within 
days or weeks. Chemicals such as Ricin that disrupt 
nerve function are lethal upon exposure. Agents such 
as mustard gas can cause life-threatening burns. 
Chemical weapons can affect a wide geographical 
area because the chemicals are dispersed in the air. 


Biological weapons take longer than nuclear and 
chemical weapons to cause damage. Because infec- 
tions can subsequently spread through a population 
far from the site of contamination, and because the 
population may not be protected by vaccination or 
natural immunity to the microorganism responsible 
for the infection, the eventual death toll from an 
organized biological attack, however, could reach 
into the millions. Relevant modern day examples of 
biological weapons of mass destruction are anthrax 
(caused by Bacillus anthracis), plague (caused by 
Yersinia pestis), and smallpox (caused by the variola 
virus). 


The damage from weapons that are less powerful 
or toxic can be minimized. For example, buildings can 
be fortified to withstand assaults from conventional 
explosives such as grenades. Thus, for such weapons, 
damage prevention can be the priority rather than 
detection. However, the damage from a weapon of 
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mass destruction cannot be minimized once the 
weapon has been unleashed. Rather, the weapons 
need to be detected before they are used. 


Detection of chemical and nuclear weapons 
of mass destruction 


Imaging 


Chemical and nuclear weapons are often delivered 
to their target in missiles. Sophisticated open-air 
launch facilities and large pieces of equipment are 
required for launch, and it is difficult to conceal such 
facilities from aerial surveillance. Planes, unmanned 
drones, and even satellites positioned over a region 
will all reveal the presence of a missile installation. 
Underground chemical storage facilities can also be 
revealed by the use of ground penetrating radar. 


The materials that are commonly used in the con- 
struction of chemical and nuclear weapons can be 
detected. For example, an instrument called the Dual- 
Use Analyzer uses the phenomenon of eddy current. An 
electrical current is passed through a sample, and the 
conductivity of the metal produces a characteristic signal. 
If another metal is present, such as used in chemical and 
nuclear weapons, another signal is produced. The rogue 
signal can be compared to a databank of signals pro- 
duced by metals that are typically used in weapons. 


Light or radiation 


The airborne release of chemical weapons can be 
detected using light. Specifically, the scattering or 
absorption of a directed beam of laser light, or the devel- 
opment of fluorescence when the aerosol cloud contacts 
laser or ultraviolet light, can detect a chemical cloud at a 
distance. This sort of detection is not specific. The iden- 
tity of the compound in the aerosol cloud cannot be 
determined. But, detection can provide some time for 
preparations (i.e., evacuation, gathering in an air-tight 
facility). Specific detection methods, however, are possi- 
ble. Chemical groups behave in distinctive ways when 
exposed to different kinds of light or radiation. The 
measurement of the chemical behavior is called spectro- 
scopy. The machines that perform the analysis are called 
spectrometers. 


In mass spectroscopy, the mass (or molecular 
weight) of proteins is determined. The molecular 
weight is an important means of identifying a protein. 
In turn, the identification of a protein can provide a 
clue as to what chemical agent is present. Raman 
spectroscopy relies on the change in the shape and 
frequency of the wave of light (i.e., the wavelength) 
as it passes through a sample to identify the chemical 
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groups that cause the wavelength change. In neutron 
spectroscopy, neutrons interact with the chemical 
groups of the sample. The patterns of these interac- 
tions can be measured and used to identify chemical 
groups. Neutron spectroscopy is especially adept at 
detecting plutonium, and thus is useful in the detection 
of nuclear weapons. Finally, optical spectroscopy 
relies on the use of ultraviolet and infrared light. The 
absorption of the light energy by sample chemical 
groups, and the giving off of light of a different wave- 
length by the groups, is used to identify compounds, 
particularly compounds present in certain explosives. 


A Geiger counter is a traditional portable radiation 
detection device. Here, a tube of gas becomes charged 
when neutrons pass through the tube. The charged 
particles are converted to an electrical signal that pro- 
duces a read-out of the intensity of the radiation. 


The U.S. Department of Energy’s Argonne National 
Laboratory has developed a portable device that can 
detect nuclear weapons. The heart of the device is a 
small wafer made of gallium arsenide—a material that 
is similar to silicon—that is coated with boron or lith- 
ium. The coated wafer can detect neutrons that are 
given off by radioactive sources like plutonium?’ and 
uranium 7**. Another portable sensor detects alloys like 
zirconium, which are typically used in nuclear 


weapons. 


Sound 


Sandi National Laboratories in Albuquerque 
New Mexico has developed a portable machine that 
can detect and identify 18 different chemicals in a 
vapor within a few minutes. This enables an on-the- 
spot detection of chemicals, which is applicable to the 
battlefield or to the detection of a planted chemical 
weapon. The compounds that can be detected can be 
present in chemical, nuclear, and biological weapons. 


The basis of the detection is the acoustic wave 
sensor. A quartz surface can detect an electric signal 
and convert it to an acoustic signal. The acoustic 
signal then radiates over the quartz surface as a 
wave. As the wave moves, it encounters a film of 
material that has been coated onto the quartz. The 
chemical nature of the coatings determines what 
acoustic signal will register. The film slows down the 
speed of the acoustic wave, which can be used to 
identify the source of the wave. 


The technique of acoustic resonance can reveal 
whether the interior of a missile is solid or whether it 
houses a liquid. The distinction is based on the reso- 
nance, or vibration, from inside a shell as the shell 
is vibrated by sound waves. Because different 
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chemicals resonate at different frequencies of sound, 
the technique can even be used to determine the type of 
chemical housed in the shell. 


Chemical reactions 


Detection of chemical weapons can be accom- 
plished by several methods. One means is by the use 
of detection paper. Dyes and pH indicator (an indica- 
tor of the concentration of hydrogen or hydronium 
ions in a solution) are incorporated into a cellulose 
paper. When a drop of liquid that contains a chemical 
warfare agent is spotted onto the paper, one of the 
indicators is dissolved (the particular indicator being 
dependent on the chemical agent present). The result is 
a color change. For example, mustard agent dissolves 
a red dye, and nerve agent dissolves a yellow dye. 
Other compounds like fat, oil, and fuel can also dis- 
solve the dyes, which produces a false positive reac- 
tion. But, with careful use of the paper, the presence of 
chemical warfare agents can be detected. 


Mustard gas can also be detected by sucking air 
through a tube containing an indicator compound. 
A reaction between the compounds produces a blue 
color when the tube is heated. 


Detection of biological weapons 
of mass destruction 


Spectroscopy 


The identification of proteins by mass spectro- 
scopy can be an efficient and rapid way to identify 
bacteria. An example is Matrix-Assisted Laser Desorption/ 
Ionization Mass Spectroscopy (MALDI-MS). 
MALDI-MS can separate and detect different pro- 
teins in less than one second. The pattern that is pro- 
duced is analyzed and the areas of the pattern that are 
unique to bacteria such as Bacillus anthracis (the cause 
of anthrax) and Yersinia pestis (the cause of plague) 
are identified. 


Genetic technologies 


The genetic detection of biological agents has 
become exquisitely sensitive. Gene probe sensors can 
detect and identify bacteria based upon the presence of 
a stretch of genetic material that is unique to the 
microorganism. An example is the use of the gene 
probe technology of the polymerase chain reaction 
(PCR). PCR detects a pre-determined sequence of 
genetic material and then produces copies of the target 
region. Millions of copies can be produced within a 
hour, allowing the sequence to be detected and studied 
using other tests (i.e., gel electrophoresis). 
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When PCR was first introduced, the equipment 
required dedicated space in a lab. Now, however, the 
equipment has been miniaturized so that it can fit into 
a standard briefcase. For example, the Lawrence 
Livermore Laboratory has developed the Handheld 
Advanced Nucleic Acid Analyzer (HANAA). The 
HANAA is about the size of a brick. The genetic 
probes that are used are designed to detect specific 
microorganisms. The microbes of interest are 
Bacillus anthracis and Yersinia pestis. 


In contrast to the handheld detector, which oper- 
ates periodically and under human control, the 
Autonomous Pathogen Detection System (APDS) is 
designed to operate continuously and without opera- 
tor assistance. A fan pulls in air, and any biological 
material is used for PCR analysis. The APDS, which is 
about the size of a mailbox, is positioned where round 
the clock monitoring is critical. The unit can be pro- 
grammed to sound an alarm when a chemical unique 
to bacterial spores (including anthrax spores) is 
present. As well another reaction causes the develop- 
ment of fluorescence. The intensity of the fluorescence 
is related to the number of spores present. 


Microorganisms can also be rapidly detected 
using antibodies that have been produced to certain 
components of the organisms. The binding of the anti- 
body to the corresponding antigen can identify 
Bacillus anthracis in 15 minutes, for example. The 
same technology can be used with antibodies to other 
bacteria (e.g., Clostridium botulinum and viruses (e.g., 
smallpox), as well as to chemicals such as ricin. 


Electrophoresis and chromatography 


If a sample is suspected of containing a biological 
threat, the genetic material (deoxyribonucleic acid; 
DNA) present in the sample solution can be extracted 
from the other materials and analyzed. The analysis 
involves cutting the DNA into a variety of pieces using 
enzymes that recognize specific sequences of nucleo- 
tides (the building blocks of the DNA). When the 
pieces of DNA are electrophoresed a series of bands 
results in the electrophoretic gel. The pattern of the 
bands is compared to patterns in a database. If an 
exact match is found, then the identity of the micro- 
organism is established. 


The various types of chromatography all distin- 
guish different chemical groups from one another by 
the varying behaviors of the groups in certain environ- 
ments. For example, one chemical group may move 
more slowly through a certain liquid than another 
chemical group. Thus, the two groups can be sepa- 
rated from one another. Furthermore, the pattern of 
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their movements provides a fingerprint to identify the 
chemical natures of the compounds. 


Microorganisms can be detected by a technique 
called gas liquid chromatography. The method detects 
fatty acids, which are a portion of the lipid molecules 
that make up the membrane(s) that surround micro- 
organisms. This type of detection still requires a bulky 
machine and the use of specialized personnel. 
Nonetheless, if the need for detection is on the order 
of days rather than minutes, then fatty acid analysis is 
a useful and accurate technique. 


Filters 


Microorganisms like bacteria and fungi that are 
floating in the air can be detected by sucking the air 
through a filter. The filter traps the microorganisms. 
The filter is then placed in contact with a food source 
that encourages the growth and division of the bacte- 
rial or fungal cells. Within about 24 to 48 hours the 
microorganisms have grown and reproduced enough 
to form a visible clump of cells called a colony. This 
technology is also portable. 


See also Biological warfare; Decontamination 
methods; Nuclear weapons. 
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Weasels 


| Weasels 


Weasels, ermines, and stoats are various species of 
small carnivores in the family Mustelidae, which also 
includes the otters, badgers, martens, minks, skunks, 
and wolverine. Species of weasels occur in North 
America, northern South America, northern Africa, 
Europe, Asia, and Southeast Asia. 


Weasels have a long, lithe, almost serpentine body, 
and short legs. This body shape is highly adaptive for 
pursuing their prey of small mammals through small 
holes and along narrow passages. Weasels are very 
active, inquisitive animals, and they can run remarkably 
quickly and nimbly when they are chasing their prey. 


Weasels have a very soft and dense fur, and 
although these animals are quite small, they are com- 
monly trapped as furbearers. Northern species of wea- 
sels develop a thick, white coat in the wintertime, and 
these especially valuable furs are known as ermine. 
Ermine is mostly used as a fine trim for coats and 
robes, or to make neck-pieces and stoles. 


All of the weasels are terrestrial animals, occur- 
ring in a wide range of habitats, including tundra, 
various types of forests, and grasslands. Weasels are 
voracious carnivores, and they are capable of subdu- 
ing animals substantially larger than themselves. They 
will often climb trees to hunt squirrels. 


When they are faced with a super-abundance of 
food, weasels sometimes go on a lustful killing spree. 
A weasel in a chicken-house, for example, will kill a 
much larger number of birds than it could ever hope to 
eat. However, in more natural circumstances, these 
animals will attempt to cache their excess food. 
Weasels that learn how to kill chickens can be quite a 
problem, but they can be selectively killed. There is no 
need to kill weasels indiscriminately as perceived pests, 
especially considering the large numbers of small 
rodents that they kill, thereby providing a valuable 
service to farmers. 


Weasels are generally solitary animals. However, 
the young stay with their mother until they learn to 
hunt for themselves. Young weasels engage in rough- 
and-tumble play, important in learning some of the 
physical skills that are necessary in hunting. Weasels 
are usually most active at night, although they often 
hunt during the day as well. 


Species of weasels 
The ermine or stoat (Mustela erminea) is a circum- 


boreal species, occurring widely in conifer-dominated 
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boreal forests and tundras in northern North America, 
Europe, and Asia. The ermine is a ferocious predator. 
Although only some are 11.8 in (30 cm) long and weigh 
no more than 3.5 oz (100 g) (this is the weight of an 
adult male; females are about half as heavy), this 
carnivore can hunt and subdue animals as large as 
rabbits and hares weighing several kilograms. The 
winter coat of northern populations of this weasel is 
a well-camouflaged white, except for the black-tipped 
tail, while the summer pelage is tawny brown above, 
and yellow-white beneath. 


The ermine has delayed implantation. This is 
characterized by mating in the summer, but the fertil- 
ized embryos remaining dormant in the uterus after 
they are fertilized, and not implanting and developing 
as embryos until three to four weeks prior to birth, 
which occurs the following spring or early summer. In 
this species the total post-fertilization gestation period 
is 200-340 days. 


The long-tailed weasel (Mustela frenata) occurs 
from the southern half of North America to northern 
South America. Like the ermine, the long-tailed weasel 
has a white coat in winter, and delayed implantation. 


The least, dwarf, or pygmy weasel (Mustela rix- 
osa) of North America is the smallest of any of the 
predatory mammals (that is, order Carnivora). This 
species only attains a length (body plus tail) of 4.9 in 
(12.5 cm), and a weight of 1.47 oz (42 g). Because of its 
diminutive size, this species feeds mostly on mice, 
voles, and other small mammals. Also because of the 
small size of the least weasel, it must feed voraciously 
in order to maintain its weight and body temperature. 
This is because very small animals have a large ratio of 
body surface to mass, and they therefore lose heat 
quickly. In fact, the least weasel must eat an amount 
of small mammals equal to more than one-half of its 
own body weight each day. Like many other species of 
weasel, the dwarf weasel has a white coat in winter, 
and a brown coat in summer. 


The common or Old World weasel (Mustela niva- 
lis) is closely related to the least weasel, and these are 
sometimes considered to be geographic variants of the 
same species. The Old World weasel is a diminutive 
species that occurs in forests of Europe, northern and 
central Asia, and northern Africa. This species does 
not display delayed implantation. The Old World 
weasel has been introduced to New Zealand in a mis- 
guided attempt to control introduced rats and mice, 
but it has caused great damages through its depreda- 
tions on native species of birds. 


The alpine weasel (M. altaica) occurs in montane 
forests and alpine tundra of mountains in Asia. The 
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A long-tailed weasel (Mustela frenata). (Judd Cooney. Phototake NYC.) 


KEY TERMS 


Carnivore—A flesh-eating animal. 


Circumboreal—A biogeographic distribution that 
includes the conifer-dominated boreal forests of 
both North America and Eurasia. 


yellow-bellied weasel (M. kathiah) and Siberian 
weasel (M. sibirica) are additional Asian species. The 
Java weasel (M. lutreolina) and bare-footed weasel 
(M. nudipes) are tropical-forest species of Southeast 
Asia. 


Other species in the genus Mustela are relatively 
large in comparison with the true weasels. These 
include the rare and endangered black-footed ferret 
(M. nigripes) of the shortgrass prairies of western 
North America, the polecat or ferret (4. putorius) 
of northern Africa and Eurasia, the mink (M. vison) 
of North America, the Eurasian mink (M. lutreola) of 
Europe and Asia, and a tropical weasel (M. africana) 
of northern South America. 
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Bill Freedman 


Weather is the condition of the atmosphere at any 
given time and place. Weather conditions are deter- 
mined by six major factors: air temperature, air pres- 
sure, humidity of the air, amount and kind of cloud 
cover, amount and kind of precipitation, and speed and 
direction of the wind. Weather condition patterns for a 
region or the entire planet can be charted on a weather 


Weather 


map containing information about all six of these fac- 
tors. This information often can be used to produce a 
weather forecast, which is a prediction of weather con- 
ditions at some future time for some given region. 


The study of weather is known as meteorology. 
No exact date can be given for the beginnings of this 
science, because humans have studied weather condi- 
tions for many centuries. Indeed, the word meteorol- 
ogy itself goes back to Meterologica, a book written by 
the Greek natural philosopher Aristotle in about 
340 BC. Many scholars date the rise of modern mete- 
orology to the work of a Norwegian father and son 
team, Vilhelm and Jakob Bjerknes. They were the first 
to develop the concept of masses of air moving across 
Earth’s surface, affecting weather conditions as they 
moved. They also created the first widespread system 
for measuring weather conditions throughout their 
native Norway. 


The six factors determining weather conditions 
result from the interaction of four basic physical ele- 
ments: solar radiation, Earth’s atmosphere, Earth 
itself, and natural landforms on Earth’s surface. 


Solar energy 


The driving force behind all meteorological 
changes taking place on Earth is solar energy. The 
outer portions of Earth’s atmosphere receive an aver- 
age of 2 calories per square cm per minute. This value 
is known as the solar constant. Although the solar 
constant changes over very long periods of time, it 
does not vary enough to affect the general nature of 
Earth’s weather over short periods of time. 


Thirty percent of all solar energy is lost to space by 
scattering and by reflection off clouds and Earth’s 
surface. Another 19% is absorbed by gases in the 
atmosphere and by clouds. About a quarter of it 
(25%) reaches Earth’s surface directly; another quar- 
ter (26%) eventually reaches the surface after being 
scattered by gases in the atmosphere. 


An important factor in determining the fate of 
solar radiation is its wavelength. Shorter wavelengths 
tend to be absorbed by gases in the atmosphere (espe- 
cially oxygen and ozone) whereas radiation of longer 
wavelengths tends to be transmitted to Earth’s surface. 


Solar radiation that reaches Earth’s surface is 
absorbed to varying degrees, depending on the kind of 
material on which it falls. Because dark and rough surfa- 
ces absorb radiation better than light and smooth surfa- 
ces, soil tends to absorb more solar radiation than water. 


Solar energy that reaches Earth’s surface is re- 
radiated back to the atmosphere as heat, also referred 
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to as infrared radiation. Infrared radiation consists of 
much longer wavelengths. This re-radiated energy is 
likely to be absorbed by certain gases in the atmosphere 
such as carbon dioxide and nitrous oxide. This absorp- 
tion process, the greenhouse effect, is responsible for 
maintaining the planet’s annual average temperature. 


Humidity, clouds, and precipitation 


The absorption of solar energy by Earth’s surface 
and its atmosphere is directly responsible for most of 
the major factors making up weather patterns. For 
example, when the water in oceans, lakes, rivers, 
streams, and other bodies of water is warmed, it 
tends to evaporate and move upward into the atmos- 
phere. The amount of moisture found in the air at any 
one time and place is called the humidity. Humans are 
very sensitive to this characteristic of weather. 


Water that has evaporated from Earth’s surface 
(or escaped from plants through the process of tran- 
spiration) rises to an altitude in the atmosphere at 
which the air around it is cold enough to cause con- 
densation. When moisture condenses into tiny water 
droplets or tiny ice crystals, clouds are formed. 


Clouds are an important factor in the develop- 
ment of weather patterns. They tend to reflect sunlight 
back into space. Thus, an accumulation of cloud cover 
may contribute to a decrease in heat retained in the 
atmosphere. 


Clouds give rise to various types of precipitation. 
As water droplets or ice crystals collide with each 
other, they coalesce and form larger particles. 
Eventually, the particles become large enough and 
heavy enough to overcome upward drafts in the air 
and fall to Earth as precipitation. The form of precip- 
itation that occurs (rain, snow, sleet, hail, etc.) depends 
on the atmospheric conditions through which the water 
or ice falls. 


Atmospheric pressure and winds 


Solar energy also is responsible for different 
atmospheric pressures across the planet’s surface, 
and the winds that result from these different pres- 
sures. Because Earth’s surface differs in color and 
texture from place to place, some locations will be 
heated more intensely by solar radiation than others. 
Warm places usually heat the air above them, setting 
convection currents into movement that carry masses 
of air upward into the upper atmosphere. Those same 
convection currents then carry other masses of air 
downward from the upper atmosphere toward Earth’s 
surface. 
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In regions where warm air moves upward, the 
atmospheric pressure tends to be low. Downward air 
movements are associated with higher atmospheric 
pressures. These higher or lower atmospheric pres- 
sures can be measured by a barometer. Barometers 
provide information not only about current pressures 
but about possible future weather patterns as well. 
The existence of areas with different atmospheric pres- 
sures accounts for the movement of air, which is felt as 
wind. 


Terrestrial characteristics 


The sun provides the energy by which weather 
patterns can develop, and certain features of Earth 
itself determine the precise forms in which those pat- 
terns may be exhibited. One example has already been 
provided above. Earth’s surface is highly variable, 
ranging from oceans to deserts to cultivated land to 
urbanized areas. The way solar energy is absorbed and 
reflected from each of these regions is different, 
accounting for variations in local weather patterns. 


Other characteristics of the planet account for 
more significant variations in weather patterns. These 
characteristics include such features as the tilt of Earth 
on its axis in relation to its plane of revolution, and the 
variations in Earth’s distance from the sun. 


The fact that Earth’s axis is tilted at an angle of 
23 1/2° to the plane of its orbit means that the planet is 
heated unevenly by the sun. During the summer, sun- 
light reaching the Northern Hemisphere strikes more 
nearly at right angles than it does in the Southern 
Hemisphere. In the winter, the situation is reversed. 


The elliptical shape of Earth’s orbit around the 
sun also affects weather conditions. At certain times of 
the year the planet is closer to the sun than at others. 
This variation means that the amount of solar energy 
reaching the outer atmosphere will vary from month 
to month depending on Earth’s location in its path 
around the sun. 


Earth’s rotation on its own axis also influences 
weather patterns. If Earth did not rotate, air move- 
ments on the planet would probably be relatively sim- 
ple: air heated along the equator would rise into the 
upper atmosphere, travel northward toward the poles, 
be cooled, and then return to Earth’s surface at the 
poles. 


Earth’s rotation causes the deflection of these 
theoretically simple air movements. Instead of a single 
overall equator-to-poles air movement, global winds 
are broken up into smaller cells. In one cell warm air 
rises above the equator, moves northward in upper 
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KEY TERMS 


Humidity—The amount of water vapor contained 
in the air. 


Meteorology—The study of Earth’s atmosphere 
and the changes that take place within it. 


Orographic—A term referring to effects produced 
when air moves across a mountain range. 


Solar constant—The rate at which solar energy 
strikes the outermost layer of Earth’s atmosphere. 


Solar energy—Any form of electromagnetic radia- 
tion that is emitted by the sun. 


Topography—tThe detailed surface features of an 
area. 


altitudes, is cooled, and returns to Earth in the regions 
around 30° north and south latitude. A second cell 
consists of air that moves upward in the regions 
around 60° north and south latitude, across the 
upper atmosphere, and then downward at about 
30° north and south latitude. The final cell contains 
winds traveling upward at 60° north and south lati- 
tude and then downward again at the poles. 


Topographic factors 


Irregularities on Earth’s surface affect weather. 
A mountain range can dramatically affect the move- 
ment of approaching air masses. Suppose that a mass 
of warm moisture-filled air is forced to ascend one side 
of a mountain range. As the air is pushed upward it 
cools off and moisture begins to condense out, first in 
the form of clouds then as precipitation. Thus, the 
windward sides of mountains typically receive more 
rain and snow than the leeward sides. 


As the air mass continues over the top of the 
mountain range, it does so without its moisture. The 
winds that sweep down the far side of the range will 
tend to be warm and dry. The term orographic is used 
to describe changes in weather patterns like these 
induced by mountain ranges. 


Weather and climate 


The terms weather and climate often are used in 
conjunction with each other, but refer to different 
phenomena. Weather involves atmospheric conditions 
that currently prevail or that exist over a relatively 
short period of time. Climate refers to the average 
weather pattern for a region (or for the entire planet) 
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over a much longer period of time. Many authorities 
use a time period of at least three decades to distin- 
guish between weather and climate. 


Changes in weather patterns are easily observed. 
It may rain today and be clear tomorrow. Changes in 
climate patterns are much more difficult to detect. If 
the summer of 1997 is unusually hot, there is no way of 
knowing if that fact is part of a general trend towards 
warmer weather or a single variation that will not 
appear again for some time. 


See also Atmospheric temperature; Seasons; Weather 
forecasting; Weather mapping. 
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l Weather forecasting 


Weather forecasting is the attempt by meteorolo- 
gists to predict the state of the atmosphere at some 
future time and the weather conditions that may be 
expected. Weather forecasting is the single most impor- 
tant practical reason for the existence of meteorology as 
a science. Knowing the future of the weather can be 
important for individuals and organizations. Accurate 
weather forecasts can tell a farmer the best time to plant; 
an airport control tower what information to send to 
aircraft that are landing and taking off; and residents of 
a coastal region when a hurricane might strike. 


Humans have been looking for ways to forecast 
the weather for centuries. The Greek natural philoso- 
pher Theophrastus wrote a book, Book of Signs, in 
about 300 BC, listing more than 200 ways of knowing 
when to expect rain, wind, fair conditions, and other 
kinds of weather. 


Scientifically based weather forecasting was not 
possible until meteorologists were able to collect data 
about current weather conditions from a widespread 
system of observing stations and organize that data in 
a timely fashion. By the 1930s these conditions had 
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been met. Vilhelm and Jacob Bjerknes developed a 
weather station network in the 1920s that allowed for 
the collection of regional weather data. The weather 
data collected by the network could be transmitted 
nearly instantaneously by use of the telegraph, 
invented in the 1830s by Samuel F. B. Morse. The 
age of scientific forecasting, also referred to as synop- 
tic forecasting, was under way. 


The National Weather Service 


In the United States, weather forecasting is the 
responsibility of the National Weather Service (NWS), 
a division of the National Oceanic and Atmospheric 
Administration (NOAA) of the Department of 
Commerce. NWS maintains more than 400 field offi- 
ces and observatories in all 50 states and overseas. The 
future modernized structure of the NWS will include 
116 weather forecast offices (WFO) and 13 river fore- 
cast centers, all collocated with WFOs. WFOs also 
collect data from ships at sea all over the world and 
from meteorological satellites circling Earth. Each 
year the Service collects nearly four million pieces of 
information about atmospheric conditions from these 
sources. 


The information collected by WFOs is used in the 
weather forecasting work of NWS. The data is proc- 
essed by nine National Centers for Environmental 
Prediction (NCEP). Each center has a specific weather- 
related responsibility: seven of the centers focus on 
weather prediction—the Aviation Weather Center, the 
Climate Prediction Center, the Hydrometeorological 
Prediction Center, the Marine Prediction Center, the 
Space Environment Center, the Storm Prediction 
Center, and the Tropical Prediction Center—while 
the other two centers develop and run complex com- 
puter models of the atmosphere and provide support 
to the other centers—the Environmental Prediction 
Center and NCEP Central Operations. Severe weather 
systems such as thunderstorms and hurricanes are 
monitored at the National Storm Prediction Center 
in Norman, Oklahoma. Hurricane watches and warn- 
ings are issued by the Tropical Prediction Center in 
Miami, Florida, (serving the Atlantic, Caribbean, 
Gulf of Mexico, and eastern Pacific Ocean) and by 
the Forecast Office in and Honolulu, Hawaii, (serving 
the central Pacific). WFOs, other government agen- 
cies, and private meteorological services rely on 
NCEP’s information, and many of the weather fore- 
casts in the paper, and on radio and television, origi- 
nate at NCEP. 


Global weather data are collected at more than a 
thousand observation points around the world and 
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then sent to central stations maintained by the World 
Meteorological Organization, a division of the United 
Nations. Global data are also sent to NWS’s NCEPs 
for analysis and publication. 


Types of weather forecasts 


The less one knows about the way the atmosphere 
works, the simpler weather forecasting appears to be. 
For example if clouds appear in the sky and a light rain 
begins to fall one might predict that rain will continue 
throughout the day. This type of weather forecast is 
known as a persistent forecast. A persistent forecast 
assumes the weather over a particular geographic area 
simply will continue into the future. 


The validity of persistent forecasting lasts for a 
few hours, but not much longer because weather con- 
ditions result from a complex interaction of many 
factors that still are not well understood and that 
may change very rapidly. 


A more reliable approach to weather forecasting 
is known as the steady-state or trend method. This 
method is based on the knowledge that weather con- 
ditions are strongly influenced by the movement of air 
masses that often can be charted quite accurately. 
A weather map might show that a cold front is moving 
across the great plains of the United States from west 
to east with an average speed of 10 mph (16 km/h). It 
might be reasonable to predict that the front would 
reach a place 100 mi (1,609 km) to the east in a matter 
of 10 hours. Since characteristic types of weather often 
are associated with cold fronts it then might be rea- 
sonable to predict the weather at locations east of the 
front with some degree of confidence. 


A similar approach to forecasting is called the 
analogue method because it uses analogies between 
existing weather maps and similar maps from the past. 
For example suppose a weather map for December 10, 
1996, is found to be almost identical with a weather 
map for January 8, 1993. Since the weather for the 
earlier date is already known it might be reasonable to 
predict similar weather patterns for the later date. 


Yet another form of weather forecasting makes 
use of statistical probability. In some locations on 
Earth’s surface one can safely predict the weather 
because a consistent pattern has already been estab- 
lished. In parts of Peru it rains no more than a few 
inches per century. A weather forecaster in this region 
might feel confident that he or she could predict clear 
skies for tomorrow with a 99.9% chance of being 
correct. 
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Long-range forecasting 


The complexity of atmosphere conditions is 
reflected in the fact that none of the forecasting meth- 
ods outlined above is dependable for more than a few 
days. This reality does not prevent meteorologists 
from attempting to make long-term forecasts. These 
forecasts might predict the weather a few weeks, a few 
months, or even a year in advance. 


The basis for long-range forecasting is a statistical 
analysis of weather conditions over an area in the past. 
For example a forecaster might determine that the 
average snowfall in December in Grand Rapids, 
Michigan, over the past 30 years had been 15.8 in 
(40.1 cm). A reasonable way to try estimating next 
year’s snowfall in Grand Rapids would be to assume 
that it might be close to 15.8 inches (40.1 cm). 


Today this kind of statistical data is augmented by 
studies of global conditions such as winds in the upper 
atmosphere and ocean temperatures. If a forecaster 
knows that the jet stream over Canada has been 
diverted southward from its normal flow for a period 
of months, that change might alter precipitation pat- 
terns over Grand Rapids over the next few months. 


Numerical weather prediction 


All forms of forecasting make use of such numer- 
ical data as temperature, atmospheric pressure, and 
humidity. Numerical weather prediction, however, is a 
term that refers to forecasts obtained by using compli- 
cated mathematical calculations carried out with 
powerful computers. 


Numerical weather prediction is based on mathe- 
matical models of the atmosphere. A mathematical 
model is a system of equations that attempt to describe 
the properties of the atmosphere and changes that may 
take place within it. These equations can be written 
because the gases that constitute the atmosphere obey 
the same physical and chemical laws that gases on 
Earth’s surface follow. For example, Charles’ law 
says that when a gas is heated it tends to expand. 
This law applies to gases in the atmosphere as it does 
to gases in a laboratory. 


The technical problem that meteorologists face is 
that atmospheric gases are influenced by many different 
physical and chemical factors at the same time. A gas 
that expands according to Charles’ law may also be 
decomposing because of chemical forces acting on it. 


In numerical weather predition, meteorologists 
select a group of equations that describe the condi- 
tions of the atmosphere as completely as possible for 
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KEY TERMS 


Analogue method of forecasting—A prediction of 
future weather conditions based on the assumption 
that current conditions will produce weather pat- 
terns similar to those observed in the past. 


Cold front—The leading edge of an advancing mass 
of cold air. 


Hurricane warning—A notice issued when a hurri- 
cane has been observed either visually or on a radar 
screen. 


Hurricane watch—A notice to the general public that 
a hurricane may be expected within a particular area. 


Long-term forecast—A prediction of weather con- 
ditions over a matter of weeks, months, or a year. 


Mathematical model—A system of equations that 
attempts to describe the properties of the atmosphere 
and changes that may take place within it. 


Numerical forecast—A prediction of future weather 
patterns obtained by using high speed computers to 
carry out complex mathematical calculations derived 
from mathematical models of the atmosphere. 


any one location at any one time. This set of equations 
can never be complete because even a computer is 
limited as to the number of calculations it can com- 
plete in a reasonable time. Thus, meteorologists pick 
out the factors they think are most important in influ- 
encing the development of atmospheric conditions. 
These equations are incorporated into a computer 
program, and the computer will print out the changes 
that might be expected if atmospheric gases behave 
according to the scientific laws to which they are sub- 
ject. From this printout a meteorologist can make a 
forecast of the weather in an area in the future. 


The accuracy of numerical weather predictions 
depend primarily on two factors. First, the more data 
that is available to a computer the more accurate its 
results. Second, the faster the speed of the computer 
the more calculations it can perform and the more 
accurate its report will be. The difficulties inherent in 
numerical weather forecasting are underscored by the 
fact that, during the early 1960s, meteorologist 
Edward Lorenz was performing computer simulations 
of weather when he made discoveries that were impor- 
tant in the development of modern chaos theory. In 
the period from 1955 (when computers were first used 
in weather forecasting) to the current time, the so- 
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Percent skill—The likelihood that a weather forecast 
will be better than a pure chance prediction. 


Persistent forecast—A prediction of weather condi- 
tions based on the assumption that the weather over 
a particular geographic area will remain constant 
over the near future. 


Short-term forecast—A prediction for weather con- 
ditions over a matter of hours or days. 


Statistical probability forecast—A prediction of 
future weather conditions based on an analysis of 
the likelihood of various conditions having occurred 
in the past. 


Steady-state forecast, Trend method—A prediction 
of weather conditions based on the movement of air 
masses over a given geographical area at about the 
same direction and approximately the same speed as 
they have been moving. 


Synopic forecasting—Scientifically based forecasts 
derived from the rapid collection and analysis of 
weather data from as extensive an area as possible. 


called percent skill of forecasts has improved from 
about 30% to more than 60%. The percent skill meas- 
ure was invented to describe the likelihood that a 
weather forecast will be better than pure chance. 


Accuracy of weather forecasts 


Weather forecasters have long been the subject of 
jokes, probably as much today as they were in 
Theophrastus’s time. One reason for this is that there 
is no standard measure of a correct weather forecast. 
Suppose that a forecaster predicts heavy rain will fall 
tomorrow. Is the forecast correct if some rain falls, but 
it is not perceived as heavy rain by some people? 


Forecast accuracy also is difficult to judge because 
the average person’s expectations probably have 
increased as the percent skill of forecasts also has 
increased. A hundred years ago, few people would 
have expected to have much idea as to what the 
weather would be like 24 hours in the future. Today, 
a good next-day forecast is a reasonable expectation. 


In general, the shorter the time period and the more 
limited the geographic area involved, the more accurate 
a forecast is likely to be. For periods of less than a day, a 
forecast covering an area of 100 sq mi (259 sq km) is 
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likely to be quite dependable. Predictions about 
weather patterns over large areas weeks or months in 
the future are likely to be much less reliable. 


See also Air masses and fronts; Atmosphere 
observation; Atmospheric circulation; Atmospheric 
temperature; Global climate; Weather mapping. 
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! Weather mapping 


Weather mapping is the process of representing 
weather patterns and their future development and 
movement on a map. The process is only possible if 
two conditions are met. First, current weather condi- 
tions must be available at a number of widely distrib- 
uted stations. Second, reports of those conditions 
must be transmitted to a central collecting station 
quickly enough to be used before the weather changes. 


History 


Weather maps first came in use in the last third of 
the nineteenth century, when the invention of the tele- 
graph made the transmission of weather data from far- 
flung observing points possible. In 1870 the newly 
created National Weather Service produced weather 
maps for limited regions of the United States. 


In Norway, Vilhelm and Jakob Bjerknes devel- 
oped one of the most successful early weather map- 
ping systems. The Bjerknes convinced the Norwegian 
government to set up weather stations in strategically 
important areas throughout their country. Data from 
these stations was telegraphed to Bergen, where it was 
assembled and used to produce some of the most 
complete weather maps available at the time. 


Data collection and transmission 


Today, data on weather conditions around the 
world are collected by more than 10,000 individual 
stations, hundreds of ships at sea, and a variety of 
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instruments traveling through Earth’s atmosphere. 
These data are transmitted regularly four times a 
day: usually at 0:00 hours, 6:00 hours, 12:00 hours, 
and 18:00 hours (Greenwich Mean Time). The data 
are used by national weather services to develop 
weather maps and forecasts for their own regions. 
Overseeing these individuals forecasts is the World 
Meteorological Organization (WMO), an interna- 
tional organization with representatives from more 
than 130 nations. WMO is responsible for ensuring 
that all stations follow standard collection and trans- 
mission procedures and for the exchange of weather 
information among member nations. 


The data sent from an observation station to the 
central collecting point are transmitted by a standard 
code consisting of number blocks. Meteorologists 
understand the significance of each block of numbers 
and translate them into specific weather conditions such 
as barometric pressure, temperature, and wind speed. 


Constructing the weather map 


Many different kinds of weather maps exist. 
Synoptic maps show current weather conditions, 
while prognostic maps show weather predictions for 
some time in the future. Some weather maps are com- 
plex and contain a great deal of detailed information. 
Others are simpler and provide only general patterns 
and trends. Maps can be sub-divided into those that 
summarize weather close to Earth’s surface (surface 
charts) and those that describe weather at upper 
altitudes. 


One very detailed type of map makes use of the 
station model. The reporting station is indicated with 
a small circle and the data received from that station is 
arranged around the circle in a predetermined pattern. 
Among the kinds of data plotted in the station model 
are cloud cover, wind direction, visibility in miles, 
present weather, barometric pressure, current air tem- 
perature, cloud types, dew point, and precipitation. 


Most of these variables can be represented by num- 
bers. Visibility might be indicated as 1/2 for 0.5 mi 
(0.8 km) and current temperature as 22 for 22°C 
(71°F). Other data are represented by standard sym- 
bols. Wind direction and speed are indicated by a one- 
edged arrow. The number of feathers on the arrow 
indicate the wind speed and the orientation of the 
arrow indicates the wind direction. A single full 
feather represents a wind speed of 8-12 knots; a double 
feather, a speed of 18-22 knots; and so on. A variety of 
symbols represent current weather conditions, such as 
* for intermittent snow fall and ~*, for intermittent 
drizzle. 
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Weather modification 


KEY TERMS 


Barometric pressure—Air pressure; the force exerted 
by a column of air at any given point. 


Cloud cover—The portion of the sky that is covered 
by clouds at any given time and place. 


Dew point—The temperature to which air must be 
cooled for it to become saturated. 


Isobar—A line on a weather map connecting 
points of equal atmospheric pressure. 


Surface chart—A map that shows weather condi- 
tions at and just above Earth’s surface. 


Visibility—The distance to which an observer can 
see at any given location. 


The daily weather map 


The weather map that appears in daily newspa- 
pers, television news broadcasts, or weather-related 
web sites can be used to predict with some degree of 
accuracy conditions in the next few days. It usually 
does not include as much station information as the 
more detailed maps described above. Instead the 
major features of the daily weather map include iso- 
bars and high and low pressure areas. 


Isobars connect locations with the same baromet- 
ric pressure. The pressure described by each isobar is 
often indicated at one end, the other, or both, in 
inches, millibars, or other unit. Isobars often enclose 
regions of high or low pressure indicated on the map as 
HorL. 


The outer edge of a concentric series of isobars 
marks a front. The nature of the front is indicated by 
means of solid triangles, solid half-circles, or a combi- 
nation of the two. An isobar with solid triangles 
attached represents a cold front; one with solid half- 
circles, a warm front; one with triangles and half- 
circles on opposite sides, a stationary front; and one 
with triangles and half-circles on the same side, an 
occluded front. The daily weather map may also 
include simplified symbols that indicate weather at a 
station as a T enclosed in a circle for thunderstorms, 
F enclosed in a circle for fog, and Z in a circle for 
freezing rain. 


See also Air masses and fronts; Atmosphere 
observation; Atmospheric circulation; Atmospheric 
pressure; Atmospheric temperature; Clouds; Weather 
forecasting. 
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l Weather modification 


The term weather modification refers to any delib- 
erate effort on the part of humans to influence weather 
patterns for some desirable purpose. Probably the 
most familiar example of weather modification is the 
seeding of clouds, most often done in order to increase 
the amount of precipitation during periods of 
drought. 


The earliest scientific programs on weather mod- 
ification date to the 1940s when Vincent J. Schaefer 
carried out experiments on cloud seeding. More than 
half a century later, the science of weather modifica- 
tion is still in its infancy with many questions sur- 
rounding the most effective way of bringing about 
the changes desired in any particular setting. The 
major types of weather modification that are currently 
in use or under study include cloud seeding, frost 
prevention, fog and cloud dispersal, hurricane modi- 
fication, hail suppression, and lighting suppression. 


Cloud seeding 


A cloud is a large mass of water droplets and ice 
crystals. Precipitation normally occurs in a cloud only 
when ice crystals grow large enough to fall to Earth as 
rain, snow, hail, or some other form of precipitation. 
When conditions do not favor the growth of ice crys- 
tals, moisture remains suspended in the clouds, and 
precipitation does not occur. 


The general goal of cloud seeding is to find some 
way of converting the supercooled droplets of liquid 
water in a cloud to ice crystals. Supercooled water is 
water that remains in a liquid state even below its 
freezing point. The two substances most commonly 
used to transform water droplets to ice crystals are 
dry ice (solid carbon dioxide) and silver iodide. 


The ability of dry ice to trigger the condensation 
of supercooled water droplets was discovered acciden- 
tally in 1946 by Schaefer. He had planned to use a 
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block of dry ice to cool a container of moist air, but 
discovered that the dry ice actually initiated the for- 
mation of ice crystals in the container. Shortly after 
Schaefer’s research, the ability of silver iodide to pro- 
duce similar results was also discovered. 


Methods of cloud seeding 


Any technique of cloud seeding depends on the 
release of millions of tiny particles of dry ice or silver 
iodide into a cloud. One way of accomplishing that 
goal is to ignite solid silver iodide in burners on the 
ground. The smoke thus formed consists of many tiny 
particles of the compound which are then carried 
upward into a cloud. 


A more efficient way of seeding a cloud is to drop 
the seeding agent from an airplane onto the top of the 
cloud. If silver iodide is used, it can be released from 
flares attached to the wing tips of the aircraft. If dry ice 
is used, it is first pulverized into a fine powder and then 
sprayed onto the cloud. 


Effectiveness of cloud seeding 


A number of large experiments have been con- 
ducted to determine the effectiveness of cloud seeding 
as a way of increasing precipitation. The Atmospheric 
Water Resources Program of the Bureau of Recla- 
mation, for example, has supported about a dozen 
research projects on cloud seeding. In one of these 
projects, the Colorado River Basin Project, cloud 
seeding was thought to have produced an increase of 
about 30% in the amount of snow falling in 
Colorado’s San Juan Mountains. Experts estimated 
the value of this additional water for farmers and 
other consumers at about $100 million. 


Other agencies at federal, state, and county levels 
have also supported cloud research projects. A group 
of counties in Kansas, for example, annually joins 
together to support cloud seeding experiments during 
periods of unusually low precipitation. 


A great deal has been learned in the last 50 years 
about the conditions under which cloud seeding is 
most likely to be effective. Scientists have discovered, 
for example, that the optimal rate for seeding with dry 
ice is 0.17 oz (5 g) for each 0.62 mi (1 km) of cloud 
surface and 0.89 oz (25 g) per 0.62 mi (1 km) for silver 
iodide. Still, precise evaluations of the effectiveness of 
various forms of cloud seeding are often difficult 
because of the inherent uncertainty about most 
weather patterns such as cloud formation and dissipa- 
tion and precipitation rates. 
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Fog and cloud dispersal 


The techniques of cloud seeding can also be used 
for a second purpose, the removal of clouds and fog. 
This goal is desirable, as an example, in regions 
around an airport where prolonged fog can bring air 
travel to a halt, at great economic cost. The use of dry 
ice as a seeding agent can cause water droplets in fog to 
condense on ice crystals, after which they precipitate 
out of the air. In the process, fog banks and clouds 
may disappear. 


Some dramatic results have been achieved with 
commercial fog dispersion at airports. In some cases, 
areas of a few square kilometers have been cleared in a 
matter of hours by seeding with dry ice. 


Hail and lighting suppression 


The federal government has been interested to a 
greater or less extent in programs of hail and lighting 
suppression for more than two decades. Hail suppres- 
sion is of interest because of the devastating effects 
that this form of precipitation can have on crops, while 
lighting suppression is of importance because of the 
many forest fires it causes. 


The principle underlying most hail suppression 
research is that hail can be prevented if the atmosphere 
is flooded with nuclei on which moisture can condense 
and freeze. The more nuclei present, the argument 
goes, the less likely large pieces of ice (hail) are to 
form. Results of research on hail suppression thus far 
have not been encouraging. 


Research on lighting suppression, while of consid- 
erable economic value, has so far not received a great 
deal of attention. One suggestion has been to seed 
thunderheads with very small aluminum fibers in an 
attempt to dissipate electrical charges in a cloud. Early 
research in the late 1960s and early 1970s produced 
some promising results, but relatively little work is 
now being done in the field. 


Hurricane modification 


The control of hurricanes would be another area 
with very significant economic and human benefit. 
Some researchers have suggested that cloud seeding 
techniques might be a way of dissipating the energy 
stored in a hurricane. Proposals have been made for 
the seeding of both the hurricane center (its eye) and 
the high velocity winds that surround it. 


Project Stormfury was conducted by the federal 
government between 1962 and 1983 to test theories of 
weather modification. The project seeded Hurricane 
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KEY TERMS 


Cloud—A large mass of condensed moisture con- 
sisting of water droplets and/or ice crystals. 


Cloud seeding—The introduction of particles of 
(usually) dry ice or silver iodide with the hope of 
increasing precipitation from the cloud. 


Dry ice—Solid carbon dioxide. 


Fog—A cloud whose base lies at or near Earth’s 
surface. 


Hail—A form of precipitation consisting of rela- 
tively large masses of ice. 


Precipitation—Any form of solid or liquid water 
that reaches the ground from the atmosphere. 


Supercooled—Water than exists in a liquid state at 
temperatures below 32°F (0°C). 


Ester in 1961, Hurricane Beulah in 1963, and 
Hurricane Debbie in 1969, among others. At its most 
effective, the seeding process appears to have reduced 
hurricane winds by as much as 30%. 


Frost prevention 


The most promising field of weather modification 
may well be in the prevention of frost. Frost is such a 
devastating event for grape growers, citrus farmers, 
and other fields of agriculture that extensive efforts 
have been made to develop fog prevention systems. 
The two general principles that underlie most of these 
systems have been to increase the temperature of air 
near the ground, where frost forms, and to reduce the 
amount of heat lost at night, when frost formation 
usually occurs. 


Some of the specific techniques used to accom- 
plish these goals include heaters (to warm air), wind 
machines (to insure mixing of air), sprinkling systems 
(to provide water which will release heat when it 
freezes), and smudge pots (to release heat). 


Wartime applications 


Some defense experts have suggested the use of 
weather modification techniques as a weapon. The 
claim has been made, for example, that the United 
States used cloud seeding during the Vietnam War. 
The expectation was that increased rainfall would 
make the movement of personnel and material along 
the Ho Chi Minh trail more difficult. 
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Social and ethical issues 


The use of weather modification techniques is 
often surrounded by controversy. An increase of pre- 
cipitation over an area might be of benefit to some 
individuals in the area, but a disadvantage to others. 
For example, suppose that the owner of a private ski 
resort wants to have clouds seeded in order to increase 
snowfall over his or her property. If that effort is 
successful, the ski area benefits, economically. But 
other individuals and businesses in the area might 
suffer from this change in the weather. As an example, 
the county or state might have to pay more to keep 
roads and highways clear of the additional snow. 


See also Tropical cyclone. 
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[ Weathering 


Weathering is the process by which rocks and 
minerals are decomposed into simpler materials by 
means of physical (mechanical), chemical, and biolog- 
ical processes. Weathering is an important phenom- 
enon for the human species because it is the 
mechanism by which one of the planet’s most impor- 
tant natural resources—soil—is formed. 


The exact way in which weathering occurs in any 
particular situation depends primarily on two factors: 
the type of rock and the environmental conditions to 
which the rock is exposed. For example, rocky forma- 
tions along a seacoast are likely to be exposed to the 
mechanical action of waves and tides. But rocks 
beneath a humid rainforest are more likely to be 
weathered by chemical reactions made possible by 
abundant water. 


Physical (mechanical) weathering 


During physical weathering, a large piece of rock 
is broken down into smaller and smaller pieces. This 
process can come about as the result of a number of 
natural processes. For example, gravity may cause a 
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Bryce Canyon National Park, Utah, where weathering caused the exposed rock to erode into a system of canyons. (Richard Frear. 
National Park Service.) 


large boulder to break loose from the top of a moun- 
tain and fall. When the boulder strikes solid ground, it 
may break apart into many smaller pieces. 


Ground movements can also result in physical 
weathering. As overlying rocks and soils are removed 
by natural or human-caused forces, underlying rocks 
may work their way to Earth’s surface. As pressure on 
these rocks is relieved, they may begin to expand out- 
ward, often breaking into thin sheets by a process 
known as exfoliation. 


Abrasion can also cause physical weathering. 
Imagine a windstorm blowing across a broad expanse 
of sandy desert. Tiny particles of sand are carried 
along by the wind, a current of air that acts like sand- 
paper on rocks that stand in its pathway. The wind- 
sandpaper scours off pieces of grit and sand from these 
rocks, contributing to their physical weathering. 


Temperature and moisture 


In many locations, changes in temperature and 
moisture content of the environment cause significant 
physical weathering. When rock is warmed, it expands; 
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when it cools, it contracts. In some regions, rocks are 
heated to relatively high temperatures during the day 
and then cooled to much lower temperatures during the 
night. The constant expansion and contraction of the 
rocks may result in breakage and mechanical weath- 
ering. This effect is likely to be more pronounced if 
water is present. If water fills the cracks in a rock during 
the day and the temperature falls below freezing at 
night, the water will freeze, expand, and crack the rock. 


Chemical weathering 


Chemical weathering is the process by which 
changes take place in the chemical composition of 
rocks. Chemical weathering represents a second stage 
of rock disintegration in which small pieces of rock 
produced by physical weathering are then further 
decomposed by chemical processes. 


Three chemical reactions in particular are effec- 
tive in bringing about the weathering of a rock: acid 
reactions, hydrolysis, and oxidation. Acids form read- 
ily in the soil. One of the most common such reactions 
occurs when carbon dioxide in the air reacts with 
water to form a weak acid, carbonic acid. Carbonic 
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acid has the ability to attack many kinds of rocks, 
changing them into other forms. For example, when 
carbonic acid reacts with limestone, it produces cal- 
cium bicarbonate, which is partially soluble in water. 
Caves are formed when underground water containing 
carbonic acid travels through blocks of limestone, 
dissolves out the limestone, and leaves empty pockets 
(caves) behind. 


Acids produced by human activities can also pro- 
duce chemical weathering. For example, the conversion 
of metallic ores to the pure metals often results in the 
formation of sulfur dioxide. When sulfur dioxide com- 
bines with water, it forms the weak acid sulfurous acid 
and, eventually, the stronger sulfuric acid. In other 
cases, groundwater percolating through natural occur- 
rences of sulfur-rich rock can produce acid drainage. 
Both of these acids are capable of attacking certain 
kinds of rocks in much the way that carbonic acid does. 


Hydrolysis is a chemical reaction by which a com- 
pound reacts with water to form one or more new 
substances. A number of rock-forming minerals read- 
ily undergo hydrolysis, especially in acidic conditions. 
For example, the common mineral feldspar will 
undergo hydrolysis to produce a clay-type mineral 
known as kaolinite and silicic acid. Both of these new 
compounds are much more soluble in water than is 
feldspar. Hydrolysis of the mineral results, therefore, 
in the degradation of any rocks in which it may occur. 


Oxidation occurs when the metallic part of a min- 
eral reacts with oxygen in the air (or from some other 
source) to produce a new substance that is different in 
structure or more soluble than the original mineral. 
The spectacular red, orange, and yellow color of cer- 
tain natural rock formations—such as those in Utah’s 
Bryce Canyon—are an indication that an oxide of iron 
has been produced during the chemical weathering of 
the rock formations. 


Biological weathering 


The presence of living organisms can also cause 
weathering, for example when roots grow into small 
cracks and increase in size. Microbes can also be 
important in geological processes, and the field of 
geobiology expanded greatly in the early twenty-first 
century as geologists realized the importance of bio- 
logical organisms in geologic and geochemical 
processes. 


Rates of weathering 


The rate at which rocks disintegrate depends 
both on the type of rock involved and the external 


4680 


KEY TERMS 


Abrasion—The mechanism by which one material 
rubs against another material, sometimes produc- 
ing weathering in the process. 


Chemical reaction—Any change that takes place 
in which one substance is changed into one or 
more new substances. 


Exfoliation—The process by which skinlike layers 
form on the outer surface of a rock and, in some 
cases, eventually peel off. 


Oxidation—The chemical reaction by which a sub- 
stance reacts with oxygen. 


forces to which the rock is exposed. As an example, 
most sandstone tends to weather easily compared to 
granite, which is very resistant to weathering. The 
presence of moisture, high temperatures, large tem- 
perature variations, and air movement also tend to 
increase the rate at which weathering takes place. 
Human activities can also affect the rate of weath- 
ering. For example, large quantities of gaseous oxides 
are produced by electrical power generating plants. 
When these oxides react with water vapor in the 
air, they form “acid rain.” When acid rain falls to 
Earth’s surface, it may attack rocky materials in 
much the same way that natural acids like carbonic 
acid do. 
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tl Weavers 


Weavers are a relatively large family of 135 species 
of perching birds, comprising the family Ploceidae. 
Weavers are native to Africa, Madagascar, Eurasia, 
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A yellow and black village weaver. (Nige! Dennis. The National 
Audubon Society Collection/Photo Researchers, Inc.) 


and Malaysia. This group is richest in species in 
Africa. However, some species have been widely intro- 
duced outside of their natural range. 


Species of weavers occur in a wide range of terres- 
trial habitats, including semi-deserts, grasslands, sav- 
annas, and various types of forests. They do not 
migrate, although during times of drought and food 
shortage, they may undertake wanderings covering 
hundreds of miles (kilometers). 


Weavers are relatively small birds, most with a 
body length of 3.9-9.8 in (10-25 cm)—not including 
the very long tail of some African species. They are 
rather stout-bodied, and have short, pointed, conical, 
seed-eating bills. The coloration and patterns of their 
plumage are highly variable among species, and are 
quite attractive in some cases. 


Weavers mostly eat seeds, but they also eat other 
small fruits, succulent foliage, and insects. 


Most species of weavers are gregarious, occurring in 
flocks during the nonbreeding season, and often nesting 
in colonial groups. Their calls are harsh and repeated 
chirps, buzzes, and chattering, and not very musical. 


Nesting and breeding systems are extremely vari- 
able among the weavers. Nesting strategies range from 
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large, woven colonial nests to individually woven 
nests. Some species are polygynous, in which a male 
breeds with as many females as possible, and helps 
little with the incubation of eggs or care of the young 
birds. One species, the cuckoo weaver (Anomalospiza 
imberbis), is a parasitic breeder, laying its eggs in the 
nests of other species, which then raise the parasitic 
baby. In most species, however, a one-family domed 
nest is constructed, the clutch size is two to eight, the 
female or both sexes incubate the eggs, and both 
parents care for the young. 


Species of weavers 


The typical weavers are in the genus Ploceus. The 
village weaver (Ploceus cucullatus) of African savan- 
nas is a colonial nester, with many pairs of birds 
building individual, pendulous nests from the same 
tree. The social weaver (Philetairus socius) is also a 
colonial nester. However, this species builds an aggre- 
gate, apartment-like nest, comprised of large numbers 
of arboreal hanging nests constructed immediately 
adjacent to each other, so that the finished mass 
looks rather like a haystack. The entrance holes to 
the individual compartments are on the underside of 
the mass, so that entry requires a brief hover. 


One of the most spectacular weavers is the para- 
dise widowbird or whydah (Steganura paradisea), 
which breeds in savannas of tropical Africa. Males of 
this polygynous species achieve a length of 13.4 in 
(34 cm), of which about three-quarters is due to their 
fabulously long tail, comprised of three or four over- 
developed, black feathers. This attractive bird also has 
a black face and back, a chestnut breast, a yellow nape, 
and a whitish belly. Female paradise widowbirds are 
relatively drab, brownish-and-whitish birds. 


Field studies have shown that paradise widowbird 
males with the longest tail are more successful in 
attracting females. In part, this was demonstrated by 
clipping the tail of some individuals. These truncated 
fellows were then considerably less fortunate in their 
love life than males who had not been tampered with, 
or had their tail cut, and then glued back on. This is an 
example of sexual selection, in which traits that may be 
detrimental in some respects, for example, in foraging 
or escaping from predators, may nevertheless be 
selected for because they enhance reproductive suc- 
cess. In this case, the extraordinarily long tail of male 
paradise weaverbirds is favored by sexual selection, 
because a long tail has an irresistible appeal to females. 


Some other weavers also have long tails, for exam- 
ple, the queen whydah (Vidua regia), and the pin-tailed 
weaverbird (Vidua macroura), both of tropical Africa. 
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Polygyny—A breeding system in which a male 
attempts to breed with as many females as possible. 
In avian polygyny, the female usually incubates the 
eggs and raises the babies. 


Sexual selection—This is a type of natural selection 
in which anatomical or behavioral traits may be 
favored because they confer some advantage in 
courtship or another aspect of breeding. For exam- 
ple, the bright coloration, long tail, and elaborate 
displays of male pheasants have resulted from sex- 
ual selection by females, who apparently favor 
extreme expressions of these traits in their mates. 


Conflicts with humans 


Some species of weavers occur in large numbers in 
urban and agricultural areas, where for various rea- 
sons they may be regarded as pests. The house sparrow 
and the Eurasian tree sparrow are most important in 
this respect. The world’s most important avian pest is 
probably the quelea (Quelea quelea) of Africa, which 
eats large quantities of ripe grains in places where it is 
abundant. This bird roosts communally in huge num- 
bers, where it is sometimes sprayed with an organo- 
phosphate pesticide. It has been estimated that as 
many as one billion of these weavers are killed in this 
way each year. 


See also Finches. 
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| Weevils 


Weevils (Curculionidae) comprise a very large 
group of insects that are closely related to beetles 
(order Coleoptera); more than 40,000 species are rec- 
ognized worldwide, ranging in size from 0.2-2 in (0.5- 
5 cm). A weevil is easily distinguished from a beetle by 
its extended head, which forms a rostrum, and long, 
segmented antennae that are clubbed at the end and 
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are usually bent in an elbow fashion near the base. 
Most species have a dull colouration—commonly 
brown, gray, or buff—but others are more brilliantly 
decorated with tinges of reddish brown, pale green, 
and blue. The body of most weevils is covered with a 
mass of tiny scales that give these insects an iridescent 
color. Adults usually have two pairs of wings, 
although several species are wingless and the elytra 
(wing cases) are fused together. Males are often 
smaller than females. 


All weevils are herbivorous and feed off a wide 
range of plants. The small mouth is located at the tip 
of the rostrum. The chewing mouth parts, or mandi- 
bles, move in a horizontal manner in most species. In 
some, the rostrum is used as a boring tool, primarily to 
create a tiny hole for egg laying, or to reach the inner 
tissues of a plant stem. Adult weevils lay their eggs 
either directly on or inserted within their food plants. 
The larvae do not possess legs, and most feed within 
roots, stems, or seeds of a wide range of plants. Here 
they receive some degree of protection from predators 
such as birds, small mammals, and parasitic insects. 
When the larvae are fully grown they develop a cocoon 
and pupate; some root-living species pupate in the soil, 
but the majority appear to remain within the plant 
itself. 


In view of their life history, weevils are of consid- 
erable economic importance, particularly in relation 
to agriculture. No part of a plant, from the roots to the 
seeds, is safe from the attacks of one or more species of 
weevil. Although it is mainly the larval stages that 
cause the most damage, the adults too can be quite 
destructive. Some species, such as the grain weevil 
(Sitophilus granarius), are serious pests of stored 
grains. Others, such as the cotton boll weevils 
(Anthonomus barbirostris), are responsible for wide- 
scale destruction of stored cotton in the United 
States, into which it was introduced in the 1890s 
from Latin America. 


[ Welding 


Welding is a group of processes used to join non- 
metallic and metallic materials, by applying heat, pres- 
sure, or a combination of both. Most welding 
procedures require heat, although some procedures 
require only extreme pressure (cold welding). The 
welding process chosen to join materials together 
depends upon the mechanical, physical, and chemical 
properties of the materials to be joined, and the use for 
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which the product is intended. The welding processes 
most commonly used today are resistance welding, gas 
welding, and arc welding. Special welding processes 
used include electrogas, electroslag, plasma arc, sub- 
merged arc welding, underwater, electron beam, laser 
beam, ultrasonic, friction welding, thermit, brazing, 
and soldering. 


In industry, welding usually refers to joining met- 
als, although materials such as plastics or ceramics are 
welded. Thermoplastics, such as polyvinylchloride, 
polyethylene, polypropylene, and acrylics can be 
welded. Like metal, plastics are welded with localized 
heat. New welding processes have been developed as 
new metals, alloys, plastics, and ceramics have been 
created. Welding is a means of construction, and a 
method for maintenance and repair. Various welding 
processes are used in numerous industries, such as 
aircraft, automotive, mining, nuclear, railroad, ship- 
ping, building construction, tool-making, and farm 
equipment. Welding by robots is one of the more 
common—and_ spectacular—applications of robots 
in industry. 


When welding, wearing protective clothing is nec- 
essary to avoid injury from sparks, metal fragments, 
flames, and ultraviolet and infrared rays. Different 
welding processes require specific clothing. Clothing 
should be flame resistant, hair and skin should be cov- 
ered, and special goggles must be worn. Sometimes 
leather clothing and helmets are recommended, as are 
steel toed boots. The work area should be properly 
ventilated; some welding procedures are required to be 
done in specially vented areas or booths to avoid toxic 
fumes. 


Tests have been devised to inspect welds for flaws 
and defects. There are two types of testing, nondes- 
tructive and destructive. Often, a visual inspection is 
all that is needed, but to test for internal or extremely 
small defects, other methods are necessary. Some non- 
destructive methods include air pressure leak tests, 
and ultrasonic, x ray, magnetic particle, and liquid 
penetrant inspections. Nondestructive tests do not 
damage the weld. Destructive tests are used to test 
the physical properties of the weld. Usually a test 
piece is removed from the weld, or a sample weld is 
made and then tested, completely destroying the weld. 
Some examples of destructive tests are tensile, hard- 
ness, bend, impact, pressure, and fillet testing. 


Evolution of welding 


The oldest type of welding is forge welding, a 
process that dates to 2000 BC. Forge welding is a 
pressure-heat procedure used by blacksmiths and 
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artisans to form metal into specific shapes, and to 
join metals such as copper and bronze together. 
Toward the beginning of the twentieth century, sev- 
eral new welding techniques were developed. The dis- 
covery of acetylene gas in 1836 by Edmund Davy led 
to oxyacetylene welding. Resistance welding was 
invented in 1877 by the British-born American elec- 
trical engineer Elihu Thomson (1853-1937). The elec- 
tric arc, discovered by Sir Humphry Davy, was first 
used for welding by Auguste de Meritens in 1881. In 
the United States, C. L. Coffin received a patent for a 
bare metal electrode arc welding process in 1892. As 
the arc metal welding process was developed and 
improved, welding replaced riveted joints as a method 
of joining pieces of metal. In 1918, the first all-welded 
ship was launched, and in 1920 the first all-welded 
building was constructed. Electric arc processes were 
used extensively during the post-World War I (1914- 
1918) period. During World War II (1939-1945) inert 
gas welding was developed, and the gas shielded weld- 
ing process was developed in 1948. Today, there are 
around 40 welding processes in use. Some newer weld- 
ing processes include electron beam welding, laser 
beam welding, and solid state procedures such as 
friction and ultrasonic welding. 


Welding methods 


A weld is defined as a blend or coalescence of two 
metals (or nonmetals) by heating them until they reach 
a critical temperature and flow together. Upon cool- 
ing, the metal becomes hard. The piece of metal to be 
welded is called the base metal, workpiece, or work. 
The edges of the base metal are often specially pre- 
pared for welding by, for example, machining, shear- 
ing, or gouging. There are five basic weld joints: butt, 
lap, corner, “T,” and edge. The American Welding 
Society has developed a system of symbols that are 
added to mechanical drawings, to convey precisely 
how a welding site should be prepared, what type of 
weld should be made, and any other considerations. 


Fusion welding, a heat process that sometimes 
requires the use of a filler metal, uses either electricity 
(arc welding) or gas (gas welding) as its source of heat 
energy. Solid state processes, such as friction welding 
and ultrasonic welding, weld metals at a temperature 
below their melting points, without the addition of a 
filler metal. Pressure is always used to achieve a weld 
with this method. When most metals are heated, a 
reaction takes place between the base metal and the 
surrounding atmosphere. For example, some metals 
oxidize when melted, which can interfere with the 
quality of the weld. Other common atmospheric con- 
taminants are nitrogen and hydrogen. To control this 
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KEY TERMS 


Acetylene—Colorless fuel gas. When burned with 
oxygen, acetylene produces one of the highest 
flame temperatures. 


Arc—A stream of bright light or sparks formed as a 
strong electric current jumps from one conductor 
to another. In welding, an arc is formed when an 
electrode connected to a power supply touches the 
base metal. 


Base metal—Metal to be welded or joined. It is also 
called workpiece or work. 


Brazing—Process of welding in which two base 
metals are joined with a filler metal heated to 
above 800°F (427°C), but below the melting 
point of the base metals. The piecework is 
grooved, the brazing rod is melted, and the molten 
filler metal flows into the grooves via “capillary 
action.” 


Chemical properties—The way in which a mate- 
rial reacts in a given environment. Some examples 
are oxidation resistance and corrosion resistance. 


Electrode—Terminal point to which electricity is 
brought to produce the arc for welding. Some 
electrodes are melted and become part of the 
weld. 


problem, fluxes and inert gases are used to rid the 
welding area of impurities, and to protect the area 
from the atmospheric gases by displacing the sur- 
rounding air from the weld site. Welding is done 
mechanically or manually with welding guns or 
torches, and can also be performed by robots. 


Arc welding 


The electric arc used in welding processes is cre- 
ated between a covered or bare metal electrode and the 
base metal or workpiece. With shielded metal arc 
welding (SMAC), an electric circuit is set up between 
the welding machine (AC or DC continuous power 
source), the workpiece, the electrical cables, the elec- 
trode holder, electrode, and ground wire. To strike an 
arc, the electrode must be touching the base metal; this 
is usually done by scratching or pecking the base metal 
with the electrode. As the electricity begins flowing, 
the electrode is held away from base metal, creating a 
gap. The electrical current flows across the gap, result- 
ing in an arc. The intense heat from the arc melts the 
workpiece and the electrode, which contains metal 
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Electron beam welding—Process in which a focused 
beam of electrons heats and fuses the material being 
welded. 


Filler metal—Metal or alloy added to the base metal 
to make welded, brazed, or soldered joints. 


Flux—A material to facilitate melting and the 
removal of unwanted contaminants. 


Laser beam welding—Welding process that uses the 
energy of a laser beam to fuse materials. 


Mechanical properties—The way a material reacts 
under loads or forces, such as hardness, brittleness, 
ductility, and toughness. 


Physical properties—The characteristics used to 
describe or identify a metal, such as color, melting 
temperature, or density. 


Resistance—The property of a material to oppose the 
passage of an electric current. In welding, metal 
“resists” the electrical current and heats up. 


Shielding gas—A gas that is used to guard the weld 
from surrounding air contamination. 


Soldering—A group of welding processes that join 
materials by heating a filler metal or solder to around 
800°F (427°C), which is below the melting point of 
the base metal. 


powder that, when melted, becomes the filler metal. 
The covering or coating on the metal electrode is a flux 
material that melts, which removes impurities from 
the weld and sometimes creates a gas that shields the 
area from atmospheric contamination. Essentially, the 
electrode and its shielding control the mechanical, 
chemical, and electrical characteristics of the weld. 
The heat—6,000-9,000°F (3,351-4,982°C)—of the 
electric arc brings the base metal and the consumable 
electrode to molten state, within a matter of seconds. 


Gas metal arc welding (GMAW or MIG) is sim- 
ilar to SMAW. A direct current (DC) is always used 
with this process and there is a gas supply apparatus. 
A consumable electrode is housed within a nozzle that 
supplies an inert shielding gas such as helium or argon. 
GMAW has several advantages over SMAW. With 
GMAW, welding speed is faster, no slag is produced, 
there is deeper penetration, and the electrode wires are 
continuously fed so that longer welds can be made. 
A type of arc welding that does not use a consumable 
electrode is gas tungsten arc welding (GTAW or TIG). 
An arc is produced between the base metal and a 
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tungsten electrode, a shielding gas is used, and there 
must be a water supply to cool off the torch. Instead of 
a consumable electrode, a metal rod or welding rod is 
used to provide filler metal, if required. This type of 
welding is also called heliarc welding. 


Gas welding 


Gas welding, also called oxyfuel gas welding 
(OFW), refers to a group of welding processes that 
use gas as the source of heat energy. Oxyacetylene and 
oxyhydrogen are two types of fuel gases used. 
Acetylene is commonly used for welding because, 
when combined with oxygen, the flame temperature 
can reach 5,600°F (3,093°C), the highest temperature 
produced by any fuel gas-oxygen combination. A filler 
metal rod may or may not be used with this type of 
welding process. The fuel gas and oxygen are contained 
in separate pressurized tanks or cylinders. Specially 
designed hoses run from the gas cylinders and connect 
to the welding torch. The welding torch has valves that 
control the amount of incoming gases, and a mixing 
chamber where the gases are mixed. The blended gases 
flow to the tip of the torch where the flame is ignited by 
a torch lighter, usually a flint and steel sparklighter. 
After the flame is lit, it must be adjusted until the 
correct balance of gases is achieved (a neutral flame). 
Oxyfuel gas welding was the primary welding process 
during the first part of the twentieth century. As newer 
methods of welding and new materials were developed, 
other, more suitable, welding processes replaced the 
oxyfuel gas process. Currently, the oxyacetylene proc- 
ess is used for braze welding, brazing, and soldering. 


Resistance welding 


Resistance, or spot, welding (RW) is a process 
where two or more layers or pieces of metal, stacked 
together, are welded together by a combination of 
pressure and heat. An electrical current, along with an 
appropriate amount of pressure, is applied to the area 
or spot of the desired weld. When the electricity flows 
through the metal, it heats up, due to the metal’s resist- 
ance to the flow of electricity. When two or more metals 
are touching, the heat flows through from one piece to 
the next. The greatest amount of heat is generated at the 
spot where the two metals are touching. As the temper- 
ature reaches the critical point where the metals melt, a 
weld is created. Pressure is applied through air pressure, 
hydraulic pressure, or mechanical leverage. Electrodes 
used for spot welding are not consumable, and can be 
manufactured into specific shapes. Some electrodes are 
shaped like wheels for seam welding. 


See also Metallurgy; Solder and soldering iron. 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Resources 


BOOKS 


Althouse, Andrew D., et al. Modern Welding. 10th ed. South 
Holland, IL: Goodheart-Willcox, 2003. 


Christine Miner Minderovic 


| West Nile virus 


West Nile virus (WNV) is a member of the family 
of viruses that is called Flaviviridae. The virus is sim- 
ilar to other members of this viral family, and is passed 
to humans from birds by the bite of a mosquito. West 
Nile Virus is capable of causing West Nile fever, West 
Nile encephalitis, or West Nile meningitis in humans. 


West Nile virus is endemic (naturally present) in 
Africa. Periodic outbreaks have occurred in Europe 
for decades, although it has become more prominent 
in Europe and North America in the late 1990s. The 
virus was first discovered in North America in 
September 1999, during an investigation of an ence- 
phalitis outbreak in New York City. 


Encephalitis is a swelling of the brain. The malady 
occurs in domestic animals such as horses, dogs, cats, 
wild animals, and wild birds. The virus can be trans- 
ferred from an infected bird to humans by the bite of a 
mosquito. When transferred to a human, the viral 
infection produces encephalitis and inflammation of 
membranes surrounding the brain and spinal cord 
(meningitis). 


In 1999, 62 cases of the disease were reported in 
New York City. Seven people died. The following 
spring, 21 more cases occurred, and two of the people 
died. It is thought that infected mosquitoes that sur- 
vived the winter were responsible for the renewed out- 
break. In 1999 and 2000, the West Nile virus was 
confined to the northeastern region of the United 
States. Since then, the virus has spread to all of the 
continental United States and some provinces of 
Canada. As of November 2006, there were 4028 con- 
firmed and reported cases of West Nile disease result- 
ing in 135 deaths for the 2006 year alone. 


Infected migratory birds may have aided the rapid 
spread of the virus. As well, the presence of the virus or 
infected mosquitoes in transported equipment, trains 
and airplanes, luggage, and on people is thought 
to be a factor in the spread. Many epidemiologists 
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West Nile virus 


A Culex mosquito, a major carrier of West Nile virus in the 
southern United States. (AP/Wide World Photos.) 


(scientists who track and study disease outbreaks) now 
consider West Nile virus to be endemic to the conti- 
nental United States. 


The symptoms of infection begin three to 15 days 
following the bite of an infected mosquito. Most peo- 
ple with West Nile fever experience only mild symp- 
toms that mimic the flu (1.e., fever, headache, body 
aches). Others will also develop a mild rash or have 
swollen lymph glands. 


In about 3-15% of those who are infected with the 
virus, the infection is more serious. This is particularly 
the case for the elderly or those whose immune systems 
are not functioning properly. These are the people 
who are at greatest risk for developing encephalitis 
or meningitis. Symptoms of West Nile encephalitis 
and West Nile meningitis appear suddenly, and 
include a severe headache, high fever, stiff neck, vom- 
iting, confusion, and loss of consciousness. Even after 
recovery, a person may have muscle weakness and 
brain related complications for months or years. 


The origin of the virus dates back to 1937, when 
the virus was isolated from a woman in the West Nile 
District of Uganda. This is the basis for the name of 
the virus. The disease causing nature of the virus for 
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humans was discovered in the 1950s, and in animals 
during the 1960s. It is unclear whether the virus radi- 
ated out from Uganda, or whether it has long been 
present in North America and was previously unde- 
tected. However, the pattern of detection suggested 
that the virus spread globally from one region. 


Numerous species of mosquito can become 
infected with the virus. Three species in particular 
have been most commonly associated with outbreaks. 
These species are Culex pipiens, Culex restuans, and 
Culex quinquefasciatus. 


Mosquitoes acquire the virus when they obtain a 
blood meal from an infected animal. The virus resides 
in the salivary glands of the mosquito and can be 
passed into a human from which the mosquito sub- 
sequently obtains a blood meal. 


The number of bird species involved in transmis- 
sion of the West Nile virus is not known. It is known 
that over 138 species of birds can be infected with the 
virus, and that the infection kills many crows, blue 
jays, Magpies, and ravens. 


The virus enters the host’s bloodstream and, by a 
mechanism that is not yet known, is able to cross the 
barrier between the blood and the brain. Multiplication 
of the virus in brain tissue disrupts the cells, causing the 
nervous system to malfunction and the brain tissue to 
become inflamed. 


Despite the publicity of public fear surrounding 
the spread of the West Nile virus in North America, 
the chance of acquiring West Nile virus via a mosquito 
bite is small. The available data from surveys of mos- 
quito populations indicates that around 1% of mos- 
quitoes carry the virus, even in areas where the virus Is 
known to be present. 


Because the mosquito will not survive cold north- 
erly winters in the wild, the spread of the virus in 
colder climates is slow. However, if mosquitoes can 
find protection from the winter, such as in buildings or 
sewer pipelines, they can survive over the winter. 


Another climatic factor may be hot and dry spring 
and summer seasons. The dry conditions limit the 
open water supplies that are frequented by mosqui- 
toes. The large mosquito populations that gather at 
the available water supplies make it easier for the virus 
to become established in large numbers of the insects. 


The mosquito-to-human route of infection is over- 
whelmingly the major route of WNV disease transmis- 
sion in humans. While ticks can be infected with the 
virus, a tick-borne outbreak of the disease has not been 
documented in humans. Person to person transmission 
through direct contact has occurred in only two 
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observed cases, once via mother to her unborn child, 
and once via breast milk. In 2002, however, several 
people became ill after receiving blood from a donor 
who was subsequently found to be infected with West 
Nile virus. All blood donations in the United States are 
now screened for the presence of West Nile virus. 


No vaccine for the West Nile virus currently exists 
for humans, although researchers have recently 
reported on the success of a weakened West Nile 
virus-dengue virus construct in stimulating an immune 
response in experimental animals. A vaccine for horses 
has been developed, and over seven million horses 
were vaccinated against West Nile virus in 2002, the 
first year the vaccine was available. Prevention of 
infection in humans consists mainly of environmental 
control of mosquitoes, use of chemical mosquito 
repellent and insecticide, use of protective clothing, 
and simply avoiding being outside at places or times 
when mosquitoes are typically present. 


See also Microorganisms; Zoonoses. 
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| Wetlands 


Wetlands are low-lying ecosystems that are per- 
manently or periodically saturated with water at or 
close to the surface. The vegetation of wetlands is 
adapted to survival under flooded conditions. The 
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most common types of wetlands are swamps, marshes, 
shallow open waters, and mires (which contains peat- 
accumulating fens and bogs). 


Wetlands provide important habitat for a wide 
variety of plants and animals. However, wetlands are 
rapidly disappearing because they are being drained 
and in-filled for agricultural, urbanization, and indus- 
trial purposes. Wetlands are also being degraded by 
the influx of excessive nutrients; the resulting explosive 
growth of microorganisms depletes the oxygen from 
the water (eutrophication). Wetlands are also being 
degraded by pollution associated with inputs of toxic 
chemicals and organic materials. Losses of wetlands 
and the biodiversity that they support are an extremely 
important aspect of the environmental crisis. 


Swamps 


Swamps are forested or shrub-dominated wetlands, 
usually associated with low-lying, periodically or per- 
manently flooded areas around streams and rivers. 
Water flows through swamps, although the movement 
can sometimes be imperceptible. In southeastern North 
America swamp forests can be extensive, and are typi- 
cally dominated by tree species such as bald cypress 
(Taxodium distichum), water tupelo (Nyssa sylvatica), 
swamp tupelo (N. sylvatica), and eastern white cedar 
(Chamaecyparis thyoides). More northern swamps are 
usually dominated by red maple (Acer rubrum), silver 
maple (Acer saccharinum), American elm (U/mus amer- 
icana), and green or swamp ash (Fraxinus pennsylvan- 
ica). Freshwater tropical swamps can support much- 
more diverse species of angiosperm trees, while tropical 
mangrove swamps support only a few tree species that 
are tolerant of the brackish water. 


Swamps provide habitat for numerous species of 
animals, many of which have a specific requirement for 
this type of habitat. For example, swamps of bald 
cypress in southeastern North America provide habitat 
for the pileated woodpecker (Dryocopus pileatus), red- 
shouldered hawk (Buteo lineatus), prothonotary war- 
bler (Protonotaria citrea), Carolina wren (Thryothorus 
ludovicianus), and many other small birds. These 
swamps also provide nesting habitat for wood duck 
(Aix sponsa) and for colonies of wading birds such as 
herons and egrets (e.g., great blue heron, Ardea hero- 
dias, and common egret, Casmerodius albus) and wood 
stork (Mycteria americana). Cypress swamps also sup- 
port mammals, including swamp rabbit (Sylvilagus 
aquaticus), white-tailed deer (Odocoileus virginianus), 
and panther (Felis concolor), along with many species 
of amphibians and reptiles, including the American 
alligator (Alligator mississippiensis). 
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Sunset on a wetland near Lake Erie in Crane Creek State Park. During low water periods, mud flats are exposed, providing 
nesting platforms for waterfowl like the Canada goose in the photo. (Robert J. Huffman. Field Mark Publications.) 


Marshes 


A marsh is a wetland in which the vegetation 
is dominated by tall grass-like plants. Typical 
plants of North American marshes include cattails 
(e.g., Typha latifolia), reeds (e.g., Phragmites commu- 
nis), bulrushes (e.g., Scirpus validus), and saw-grass 
(Cladium jamaicense). 


Because they are rather productive, marshes can 
support relatively large populations of certain mam- 
mals, such as muskrat (Ondatra zibethicus). Birds can 
also be abundant in marshes. This is true of large, 
extensive marshes, and also of relatively small marshes 
around lakes and ponds. For example, small ponds are 
common in the prairies of North America, where they 
are called “potholes.” The marshy borders of potholes 
have historically provided important breeding habitat 
for most of the continent’s surface-feeding ducks. 
Unfortunately, most potholes have been drained or 
filled to provide land for agriculture. This ecological 
conversion has increased the importance of the 
remaining potholes as habitat for declining popula- 
tions of ducks, other animals, and native plants. 
Further losses of this habitat type are vigorously 
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resisted by the conservation community, even though 
agricultural interests continue to encourage the drain- 
age of these important wetlands. 


Farther to the north, extensive salt marshes and 
freshwater fringing marshes provide important breed- 
ing habitat for geese, especially snow goose (Chen 
caerulescens) and Canada goose (Branta canadensis). 


Shallow open water 


Shallow, open-water wetlands are known locally 
by names such as ponds, sloughs, and potholes. These 
are small bodies of surface water, less than about 7 feet 
(2 meters) in depth that often contain floating-leaved 
vegetation. These wetlands and their fringing marshes 
can support relatively large populations of waterfowl, 
amphibians, and other animals. 


Wetland ecology 


Wetlands are dynamic ecosystems, transitional 
between terrestrial and aquatic habitats. Over time, 
most wetlands gradually fill in because of the ongoing 
deposition of sediment and peat. Consequently, wetlands 
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are most numerous in places where geological forces such 
as glaciation periodically create conditions that are 
favorable to their formation. 


The ecological conditions of wetlands are domi- 
nated by the influences of permanent or temporary 
waterlogging (the saturation of soil with water). The 
availability of water to sustain plant growth is not a 
problem in wetlands. However, waterlogged soil or 
sediment are usually lacking in oxygen, a factor that 
inhibits respiration by plant roots. To cope with this 
stressful environmental condition, some plants have 
evolved specific adaptations to supply oxygen to their 
roots. For example, cattails and bulrushes have 
spongy, air-filled stem and root tissues (aerenchyma), 
which helps in the transport of oxygen to underwater 
tissues. Some trees, such as bald cypress and black 
mangrove, have specialized woody structures called 
pneumatophores that extend from roots into the air, 
and have extensive intercellular spaces that are useful 
in supplying oxygen to below-water tissues. 


The anaerobic (oxygen-free) nature of wetland 
substrates also causes other chemical changes that 
can pose important problems for plants, by affecting 
their nutrition and exposing roots to toxic chemicals. 
For example, access to certain nutrients can be diffi- 
cult under anaerobic conditions. This is because the 
nutrients may not be present in a chemical form that is 
easy for roots to take up, or because roots cannot 
sustain the oxygen-demanding respiratory demands 
required for the active uptake of nutrient ions. 
Anaerobic conditions also encourage the solubiliza- 
tion of certain potentially toxic metals, such as man- 
ganese. In addition, anaerobic metabolism within root 
tissues can lead to excessive accumulations of alco- 
hols, possibly causing toxicity. In general, wetland 
plants are well-adapted to these conditions, although 
they may nevertheless be physiologically stressed if 
these factors are severe enough. 


Wetland hydrology is highly variable. Some wet- 
lands are permanently flooded, while others are only 
waterlogged some of the time, usually seasonally. 
These dynamics greatly influence the types of plants 
that can occur in particular wetlands, and on the 
communities that they develop. Tolerance of perma- 
nent or frequent flooding, as occurs, for example, in 
salt marshes, mangroves, and some swamps, requires 
highly adapted species of plants. In comparison, wet- 
lands that are only occasionally flooded are, in some 
respects, a more ephemeral transitional between truly 
aquatic and terrestrial environments. In these situa- 
tions, plants must only be tolerant of the stresses of 
sporadic events of flooding, while growing relatively 
freely when the water recedes and the soil is drier. 
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Another highly influential environmental factor 
in wetlands is the supply of plant nutrients. In general, 
wetlands that are well supplied with phosphorus (in 
the form of phosphate), and to a lesser degree nitrogen 
(as nitrate or ammonium), sustain relatively high rates 
of plant productivity, and consequently large popula- 
tions of animals. This is commonly the case for 
marshes, which are among the most productive natu- 
ral ecosystems on Earth. In contrast, wetlands with 
restricted supplies of nutrients, such as ombrotrophic 
bogs, sustain only small productivities of plants and 
animals. 


Losses of wetlands 


All wetlands have great intrinsic value as natural 
ecosystems, and they all support species of plants and 
animals that occur nowhere else. Consequently, wet- 
lands have great value in terms of biodiversity. 


Sometimes, the biodiversity-related importance of 
particular types of wetlands is a matter of their relative 
abundance, in the regional context. For example, 
although bogs and fens can be extremely abundant in 
boreal and sub-arctic regions of northern North 
America, these types of wetlands are uncommon far- 
ther south. In these southern regions, the few bogs and 
fens that occur have great conservation value as scarce 
and unusual ecosystems, and because most of their 
species of plants and arthropods are regionally or 
locally rare. Any proposals to convert these wetlands 
into agricultural or urbanized lands are usually con- 
troversial, because these conversions would cause an 
irretrievable loss of natural values. 


Wetlands also provide essential habitat for species 
of birds and mammals that are hunted, and this gives 
them economic value. Waterfowl such as ducks and 
geese occur primarily in marshes and swamps. During 
the past century the populations of some of these 
hunted waterfowl were greatly decreased, as a com- 
bined effect of overhunting and loss of natural hab- 
itats. Consequently, there are now substantial efforts 
to regulate hunting, and to preserve or enhance the 
marshes and swamps that are required as habitat by 
these birds. Some species of waterfowl are responding 
well to these conservation measures, and their popu- 
lations are increasing. 


Wetlands are also important because they offer 
other ecological goods and services, in addition to 
those previously described. For example, wetlands 
maintain some control over hydrology, helping to 
prevent extremes of water flow. This service moderates 
the risks of flooding caused by heavy rain or the spring 
flush of snowmelt in northern regions. It also helps to 
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extend supplies of water for drinking or irrigation 
longer into the drier seasons of the year. Wetlands 
also provide important services by cleansing the 
water that flows through them of pollutants, including 
nutrients and toxic chemicals, such as metals and cer- 
tain pesticides. Furthermore, wetlands are useful in 
protecting shorelines from erosion, controlling sedi- 
mentation, and providing essential habitat for fish, 
birds, and other wildlife. Wetlands have good aes- 
thetics, and this also contributes to their value as an 
ecological resource. 


Unfortunately, wetlands are being rapidly lost in 
most of the world. The most important causes of the 
destruction of wetlands are drainage and in-filling to 
provide dry land for agriculture, urbanization, and 
industrialization. Wetlands are also sometimes used 
as convenient places for the disposal of mine tailings, 
municipal solid wastes, and sewage. In some cases, 
wetlands are degraded or lost because economically 
useful products can be mined from them, especially 
peat from bogs, and wood from forested swamps. 
Wetlands are also degraded if they are subjected to 
large inputs of nutrients through the runoff of 
agricultural fertilizers or by sewage dumping. These 
nutrient inputs can cause eutrophication, with a con- 
sequent loss of the original ecological values of the 
wetland. 


All of these disturbances, stresses, and ecological 
conversions result in net losses of wetlands. The eco- 
logical consequences include endangerment of natural 
wetland ecosystems, endangerment of their species of 
plants and animals, and the loss of many important 
services that wetlands can provide. The loss of wet- 
lands is an important environmental issue, which can 
only be resolved by protection of those wetlands that 
still survive, and in some areas where the losses have 
been especially severe, by the active restoration of 
wetlands. 


The protection and conservation of wetlands is 
an important activity of many governments and pri- 
vate organizations. In the United States and Canada, 
wetlands are among the highest-priority natural hab- 
itats for protection by governments at all levels 
(national, state or provincial, and local). In addition, 
non-governmental organizations such as the World 
Wildlife Fund, The Nature Conservancy, the Nature 
Conservancy of Canada, and Ducks Unlimited have 
made the conservation and protection of wetlands a 
high priority in their activities. Internationally, the 
Convention on Wetlands of International Importance, 
Especially as Waterfowl Habitat (also known as the 
Ramsar Convention, after the city in Iran where it was 
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KEY TERMS 


Alkalinity—The amount of alkali in a solution. In 
fresh water, alkalinity is mainly associated with 
bicarbonates, carbonates, and hydroxides, and it 
is generally measured by titration with acid to a 
fixed end point. 


Anaerobic—Environments in which oxygen is not 
present, or only present in a very small concentration. 


Eutrophication—An aquatic ecosystem process by 
which increased productivity results from an 
increase in the rate of nutrient input. Excessive 
eutrophication and its symptoms are regarded as a 
type of ecological degradation. 

Hydrology—tThe study of the distribution, move- 
ment, and physical-chemical properties of water in 
Earth’s atmosphere, surface, and near-surface crust. 


Minerotrophic—This refers to wetlands that receive 
much of their nutrient supply as substances dis- 
solved in water draining from a part of the water- 
shed that is higher in altitude. 


Ombrotrophic—This refers to wetlands with no 
input of nutrients from ground water or surface 
water, so that all of the nutrient supply arrives 
from the atmosphere with precipitation and 
dust. 


Watershed—The expanse of terrain from which 
water flows into a wetland, waterbody, or stream. 


negotiated) is an intergovernmental treaty that pro- 
vides a framework for worldwide cooperation in the 
conservation of wetlands. 
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| Wheat 


Wheat is one of the oldest and most important 
cereal crops. Wheat is grown for its grain, which is 
ground into flour used to make breads and pastas. 
Wheat consists of approximately 20 species in the 
genus Triticum of the grass family (Poaceae). The 
most important wheats are: Triticum aestivum, used 
to make bread; T. durum, used to make pasta; and 
T. compactum, used to make softer cakes, crackers, 
cookies, and pastries. 


Wheat plants have slender leaves and, in most 
varieties, long hollow stems. Each stem is topped by 
a single head or spike, which is an aggregation of 20- 
100 individual flower clusters called spikelets. Each 
flower cluster may contain up to six flowers, and 
each fertilized flower produces a single, edible grain. 


About 13% of the mass of the ripe grain is formed 
by the fused layers of the fruit wall, seed coat, and 
aleurone. These layers, known as the bran, are nutri- 
tionally important because they contain fiber, some 
protein, and the vitamins thiamine, riboflavin, niacin, 
and vitamin A. About 84% of the grain is endosperm, 
a food-storage tissue that consists mainly of starch. 
The embryo, or germ, represents only 2.5% of the 
grain and contains most of the oil and protein. 
Because wheat provides a balance of several vitamins, 
starch, proteins, and oils, it is an excellent source of 
nutrition. Furthermore, because of its small water 
content, generally about 12%, wheat grains are easily 
transported and stored, and are resistant to microbial 
spoilage. 


Wheat was one of the first plants to be domesti- 
cated. Along with barley (Hordeum vulgare), wheat 
provided the agronomic basis for development of the 
earliest civilizations in Mesopotamia, and has been 
found at archaeological sites in the region dating 
back to 7000 BC. The cultivation of wheat gradually 
spread by trade from Mesopotamia to other parts of 
the world, becoming established in India by 3000 BC, 
and in Europe by 2000 BC. Wheat did not occur in the 
New World until brought there by the Spanish in 1520. 
Wheat was introduced by settlers to the United States 
in the early 1600s. Nowadays, wheat is grown on every 
arable continent, and it is the most important food for 
people living in temperate regions of the world (it is 
replaced by rice in the tropics). 


By far the most important wheat is the common 
bread wheat (Triticum aestivum). This species evolved 
by a series of natural hybridizations followed by chro- 
mosome doubling (polyploidy) about 6,000 years ago 
in the Middle East, where its wild relatives still occur. 
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The first hybridization is believed to have been 
between a primitive einkorn wheat (Triticum urartu) 
and an unknown species of wild goat grass (related to 
Triticum speltoides), each with 14 chromosomes. The 
resulting hybrid doubled its chromosome number and 
became fertile, producing emmer wheat (Triticum tur- 
gidum) with 28 chromosomes. Emmer wheat then 
hybridized with another wild species of goat grass 
(Triticum tauschii), which had 14 chromosomes, and 
the hybrid doubled its chromosome number to pro- 
duce bread wheat with 42 chromosomes. Some of this 
hybridization and chromosome doubling has been 
duplicated experimentally in modern times, to yield 
an “artificial” wheat that resembles certain cultivars 
of bread wheat. 


Winter wheats are planted in the fall and germi- 
nate before winter. The seedlings can survive cold 
winter temperatures—in fact, the low temperatures 
are needed for proper growth and development of 
the grain. The seedlings start growing again in the 
spring as soon as the frost is out of the ground, and 
by late spring the mature plants are ready for harvest. 
In contrast, spring wheats are planted in the spring 
and harvested in the fall. 


For thousands of years, wheat was laboriously 
harvested using a sickle, and then threshed, or beaten, 
to separate the grains from the heads and flower parts 
(chaff). In the first half of the 1800s, the reaper was 
developed, which mechanized cutting and greatly 
reduced the amount of labor required. Nowadays, 
cutting the standing plants, threshing the heads, sepa- 
rating the grain from the chaff, cleaning the grain, and 
discharging it into bags, are all combined in a large, 
self-propelled machine called a combine. 


About 25% of the world’s farmland is devoted to 
wheat cultivation. This is more than is used for any 
other crop. About 566 million acres (229 million ha) 
are sown to produce 478 million U.S. tons (527 million 
metric tons) of wheat. The world’s greatest wheat 
producing countries are: the United States, China, 
Ukraine, India, Canada, Australia, Turkey, and 
Pakistan. The major wheat-exporting countries are 
the United States, Australia, Canada, and Argentina. 
Nearly all wheat-growing countries have breeding 
programs to improve the races of wheat adapted to 
local conditions. These programs strive to enhance 
qualities such as yield, disease and insect resistance, 
and nutrient content of the grain. 


If wheat grains are eaten whole or ground whole 
by traditional stone grinding, all of the nutrients are 
retained. Modern milling methods, however, remove 
the germ and bran, thereby eliminating most of the 
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KEY TERMS 


Aleurone—The protein-rich, outer layer of the 
endosperm in cereal grains. 


Bran—tThe fused fruit wall, seed coat, and aleurone 
layer of a cereal grain. It is usually removed during 
the milling process. 


Cereal—A member of the grass family with edible 
grains, such as oats, barley, rye, maize, and wheat. 


Combine—A self-propelled, tractor-like machine 
that combines the separate functions of cutting, 
threshing, cleaning, and bagging grains. 


Endosperm—The food-storage tissue of a seed of a 
flowering plant. It consists mostly of starch. 


Germ—The embryo of a grain. 


Grain—The dry, one-seeded fruit of a grass, differ- 
ing from other one-seeded fruits (such as nuts and 
achenes) by having the fruit wall fused to the seed. 
Known botanically as a caryopsis. 


Leavened bread—Wheat bread that has been made 
to raise by the action of its dough trapping carbon 
dioxide gas produced by yeast, baking soda, or 
baking powder. 


Wheat flour—The powder that results from grind- 
ing grains of wheat. 


White flour—Wheat flour made from grains having 
the bran and embryo removed. 


Whole-wheat flour—Flour made from milling the 
whole grain; that is, grain with the endosperm, 
bran, and embryo left intact. 


proteins, oils, and nearly all vitamins. The resulting 
white flour stores longer and tastes good but is nutri- 
tionally impoverished. For this reason, white flour is 
often artificially enriched with vitamins to improve its 
nutritional value. 


Wheat flour is primarily used to bake bread. 
Wheat flour is especially suited for this purpose 
because it contains two proteins, glutenin and gliadin 
(collectively known as gluten), that make a sticky, 
elastic dough. During baking, the dough traps bubbles 
of carbon dioxide produced by yeast or by chemical 
leaveners such as baking powder or baking soda. The 
trapped bubbles cause the bread to rise. (The holes you 
see in sliced bread were formed by trapped gas bub- 
bles.) Other cereal grains, such as rice, barley, corn, 
and oats, do not contain glutenin and gliadin and 
therefore are not suitable for making leavened bread. 
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Durum wheat (Triticum durum) does not rise as 
well as bread wheat because of the different protein 
composition of its grain. Therefore, durum wheat is 
used for making spaghetti, macaroni, and other kinds 
of pasta. Other products made from wheat include 
bulgur, which is prepared by cooking, dehydrating, 
and peeling wheat. Wheat germ, which is removed in 
the milling process, has a large content of vitamin E 
and protein, and is often added to or sprinkled on 
other foods as a nutritional supplement. Entire 
wheat grains, either rolled or puffed, are often used 
in breakfast cereals. In addition, starch and gluten are 
extracted from wheat grains. The starch is used in 
laundering and in making a sweet syrup. The gluten 
is used in making monosodium glutamate (MSG), a 
flavor enhancer of cooked foods, especially commonly 
used in oriental cooking. Wheat is the most important 
grain fed to poultry. However, wheat is not generally 
fed to livestock, because it is more expensive than 
other suitable grains such as maize, barley, and oats. 


See also Grasses. 
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Robbin C. Moran 


ll Whisk fern 


The whisk fern (Psilotum spp., family Psilotaceae) 
splays its leafless, whisk-like branches upward, and isa 
living fossil from the time before the dinosaurs. It can 
grow as an epiphyte in moist climates or as a terrestrial 
plant in drier areas. Found in the tropics from around 
the world, the whisk fern is descended from the first 
vascular land plants, the Rhyniophytes, which 
appeared about 400 million years ago. It is not a true 
fern, unlike the popular Boston fern, but both the 
whisk fern and true ferns are ancient plants when 
compared to the flowering plants or angiosperms. 


The leaved genus Tmesipteis (family Tmesipterida- 
ceae) and Psilotum are the only representatives of the 
division Psilophyta (order Psilopsida). The principal 
usefulness of Psilotum to humans lies in their limited 
decorative use, and in scientific study as a living exam- 
ple of a very ancient land plant. 
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The primitive nature of the whisk fern is under- 
scored by its having flagellated sperm, unlike the more 
advanced flowering plants, the angiosperms. The sim- 
ple branched stems of Psilotum recalls the structure of 
the rhyniophytes, and the whisk fern is unique among 
living vascular plants in its lack of roots and leaves. 


In place of roots the whisk fern has rhizomes, that 
is, modified underground stems. In Psilotum nudum 
the rhizome occurs with a mutualistic fungus in a type 
of mycorrhiza useful for obtaining necessary 
nutrients. Because Psilotum is without leaves, the inte- 
rior parts of the stem conduct food and water, known 
as the vascular cylinder. In Psi/otum the vascular cyl- 
inder lacks a central part made of large, open-looking 
cells, called pith. The lack of these cells defines the type 
of vascular cylinder known as a protostele. 


The lack of seeds in the reproductive cycle of the 
whisk fern is another example of its ancient evolu- 
tionary origins. In place of the pollen and ovule of 
angiosperms, Psi/otum has multicellular male and 
female gametophytes, and the whisk fern has spores 
which give rise to the gametophytes. 


The gametophyte is the stage of the plant life cycle 
which has a haploid complement of chromosomes 
(In). The gametophytes of flowering plants are 
extremely reduced in size. The pollen grain and the 
seven-celled ovule are hidden within the unpollinated 
ovary. However, in ancient plants such as the whisk 
fern, the gametophyte is relatively large. The gameto- 
phyte of Psi/otum even has vascular tissue and a dis- 
tinct area of food—and water—conducting tissues, 
unlike the gametophytes of more ancient plants, such 
as moss and liverworts. The cigar-shaped gameto- 
phytes also grow underground, unlike the gameto- 
phytes of many other plants, where they are 
nourished by an endophytic fungus. Scientists have 
now learned how to germinate the spores of some 
species of Psilotum in the laboratory, allowing for a 
more complete study of their gametophytes. 


| White dwarf 


White dwarf stars, in astronomy, are low or 
medium mass stars that are not dense enough to gen- 
erate core temperatures for the purpose of fusing the 
element carbon (C) in nucleosynthesis reactions. 
Consequently, it becomes a red giant, eventually 
expelling its outer layer to form a planetary nebula. 
It remains only a small core of carbon (C) and oxygen 
(O) in the last stage of its life. 
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In 1862, American astronomer Alvan Graham 
Clark (1832-1897) discovered that the second brightest 
star in the sky, Sirius (Alpha Canis Majoris), (the sun is 
the brightest star) was orbited by a much fainter com- 
panion (Sirius B). Analysis of the orbit yielded a mass 
for the companion similar to that of the sun while an 
analysis of its light suggested that its size was approx- 
imately the same as Earth’s. In 1917, Dutch-American 
astronomer Adriaan Van Maanen (1884-1946) discov- 
ered the second known white dwarf, what is now called 
Van Maanen’s star. It is 14.4 light-years (where one 
light-year is the distance that light travels in vacuum 
in one year) from the sun in the Pisces constellation. 


Further observation revealed that white dwarfs 
are reasonably common in the solar system, and prob- 
ably elsewhere in the universe. However, they had 
gone undetected because they are so faint. In the 
1920s, the development of quantum mechanics helped 
to explain the density of white dwarfs. In 1930, Indian- 
American astrophysicist and physicist Subrahmanyan 
Chandrasekhar (1910-1995) reported that white 
dwarfs can be no more massive than about 1.4 the 
sun’s mass. This limit is called the Chandrasekhar 
limit. As of the 2000s, astronomers contend that 
white dwarfs comprise about 6% of all stars in the 
sun’s solar system. During this time, several space 
telescopes, such as NASA’s Spitzer Space Telescope 
(which began operations in 2003) have discovered 
other white dwarf stars and helped astronomers learn 
more about their characteristics. 


White dwarfs range in mass from perhaps one- 
third to just under one-and-one-half times the mass of 
the sun. Astronomers now know that these stars have 
exhausted their supply of nuclear fuel, which would 
enable them to shine like the sun and other ordinary 
stars. Under the weight of their own matter, they have 
collapsed to roughly one-hundredth the size of the sun. 
A fundamental law of quantum mechanics (i.e., the 
Pauli exclusion principle) limits the ability of the crush- 
ing gravity to pack electrons into an ever-decreasing 
volume. The pressure of these highly packed electrons 
balances the weight of the overlying stellar material, 
stopping any further collapse. Since the electron pres- 
sure results from a simple packing of the electrons in a 
particular volume, there is no need for them to be 
heated by nuclear fusion, as is the case in normal 
stars (the nuclear fusion produces the pressure to bal- 
ance the weight of overlying material). Astronomers 
call such densely packed matter electron-degenerate. 
A teaspoon of such matter would weigh 40 tons (36.3 
tonnes) on the Earth. Thus, white dwarfs are stable 
stars that slowly cool off, becoming dark stellar 
cinders. 
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Since two-thirds of all stars occur in binary star 
systems where the components orbit one another, it is 
not surprising that many white dwarfs are found in 
binary systems. As the companion of the white dwarf 
ages, it will expand and begin to lose matter to the 
gravitational pull of the white dwarf. This results in 
the injection of hydrogen-rich matter from the normal 
companion into the outer layers of the white dwarf. 
After a certain amount of this matter accumulates, it 
will undergo a nuclear fusion explosion, which will 
blow off the outer ten-thousandth of the white 
dwarf. The energy released during this explosion will 
cause the system to brighten perhaps a million times or 
more, forming what astronomers call a nova. The 
extent of the explosion critically depends on aspects 
of the donor star as well as the white dwarf. Smaller 
explosions may be called dwarf novae. This material 
will be blown clear of the system and the expanding 
shell will become visible to later observers. 


There is a limit in mass to which the white dwarf 
can grow because there is a limit to the extent that 
electrons can resist the increased gravitational forces. 
Depending on the chemical composition of the white 
dwarf, this limit occurs when it reaches between 1.2 
and 1.4 times the mass of the sun. In binary systems 
where donated mass from the companion forces the 
white dwarf beyond this limit, the white dwarf will 
collapse by a factor of one thousand to become a 
neutron star. The circumstances of the collapse may 
be so violent as to result in an explosion called a Type I 
supernova. Such an explosion is far more violent than 
a nova and may result in the disruption of the binary 
system. 


See also Stellar evolution. 


[ White-eyes 


White-eyes are 86 species of small, perching 
song birds that constitute the family Zosteropidae. 
White-eyes occur in sub-Saharan Africa, south Asia, 
Japan, Southeast Asia, New Guinea, Australia, New 
Zealand, and many other islands in the Pacific and 
Indian Oceans. 


White-eyes are arboreal birds, occurring in a wide 
range of forest types, including mangroves, lowland 
forests, and montane forests. They also occur in 
brushy habitats, especially at higher altitude on 
mountains. 
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White-eyes are small birds, ranging in body length 
from 2.8-5.5 in (7-14.cm). They have a slender, pointed 
bill, with the upper mandible slightly downward 
curved. The wings are rounded, and the tail square- 
backed. The plumage is subdued in coloration, similar 
among the various species, and is most commonly 
brown, olive-green, gray, or yellow, the latter usually 
occurring on the throat or belly. Most species have a 
white-feathered eye-ring, from which these birds are 
given their common name. The sexes are similar in 
plumage. 


White-eyes forage actively in trees and shrubs 
for insects and spiders. They also feed on fruits, nec- 
tar, and pollen. Some species poke holes into soft, 
larger fruits, and feed on the pulp and juice using 
specialized, brush-like structures at the ends of their 
tongues. 


White-eyes commonly occur in flocks, which can 
be quite large during the nonbreeding season. They 
may also be part of mixed-species foraging flocks with 
other insectivorous birds. 


White-eyes are territorial during the breeding sea- 
son, when they declare their territories with soft, war- 
bling songs. They build a deep, cup-shaped nest of 
woven fibers and spider webs, located in a horizontal 
fork of a branch. The clutch size is one to five. The 
eggs are incubated by both parents, who also share the 
feeding and care of the nestlings. 


The genus Zosterops accounts for the vast major- 
ity of species in the family Zosteropidae. The oriental 
white-eye (Z. palpebrosa) occurs from Afghanistan to 
south China, and south into Indonesia. The black- 
capped white-eye (Z. atricapilla) occurs in the tropical 
forests of Sumatra, Borneo, peninsular Malaya, and 
Thailand in Southeast Asia. 


The cinnamon white-eye (Hypocryptadius cinna- 
momeus) is a brown-backed species, with a dark eye 
but lacking in a white eye-ring, that breeds in the 
Philippines. 


Small, isolated island populations of white-eyes 
are suffering from the combined effects of habitat 
destruction and introduced predators. One recently 
extinct species—the robust white-eye (Z. strenuus) of 
Lord Howe Island—became extinct during the first 
half of the twentieth century due to predation by 
introduced ship rats. All of the six species considered 
to be critically endangered by the IUCN are island 
species. 


Bill Freedman 
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Whooping cough 


Whooping cough, also known as pertussis, is a 
highly contagious disease caused by the bacteria 
Bordatella pertussis. It is characterized by classic par- 
oxysms (spasms) of uncontrollable coughing, followed 
by a sharp intake of air that creates the characteristic 
“whoop” of the disease name. 


B. pertussis is uniquely a human pathogen, mean- 
ing that it neither causes disease in other animals, nor 
survives in humans without resulting in disease. It 
exists worldwide as a disease-causing agent, and has 
caused epidemics cyclically in all locations. 


B. pertussis causes its most severe symptoms by 
attacking specifically those cells in the respiratory 
tract which have cilia. Cilia are small, hair-like projec- 
tions that beat constantly, and serve to constantly 
sweep the respiratory tract clean of such debris as 
mucus, bacteria, viruses, and dead cells. When B. per- 
tussis interferes with this normal, janitorial function, 
mucus and cellular debris accumulate and cause con- 
stant irritation to the respiratory tract, triggering the 
cough reflex and increasing further mucus production. 


Children under the age of two, particularly 
infants, are most at risk for serious infection, although 
the disease can occur at any age. However, once an 
individual has been exposed to B. pertussis, subse- 
quent exposures result in mild illness similar to the 
common cold, and thus usually are not identifiable 
as resulting from B. pertussis. 


Symptoms and progression 
of whooping cough 


Whooping cough has four somewhat overlapping 
stages: incubation, catarrhal stage, paroxysmal stage, 
and convalescent stage. 


An individual usually acquires B. pertussis by 
inhaling droplets infected with the bacteria, coughed 
into the air by an individual already suffering from 
whooping cough symptoms. Incubation is the period 
of seven to 14 days after exposure to B. pertussis, and 
during which the bacteria penetrate the lining tissues 
of the entire respiratory tract. 


The catarrhal stage is often mistaken for an 
exceedingly heavy cold. The patient has teary eyes, 
sneezing, fatigue, poor appetite, and a runny nose. 
This stage lasts about 10-14 days. 


The paroxysmal stage, lasting two to four weeks, 
is heralded by the development of the characteristic 
whooping cough. Spasms of uncontrollable coughing, 
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the “whooping” sound of the sharp inspiration of air, 
and vomiting are hallmarks of this stage. The whoop is 
thought to occur due to inflammation and mucous 
which narrow the breathing tubes, causing the patient 
to struggle to get air in, and resulting in intense 
exhaustion. The paroxysms can be caused by over- 
activity, feeding, crying, or even overhearing someone 
else cough. 


The mucus that is produced during the paroxys- 
mal stage is thicker and more difficult to clear than the 
waterier mucus of the catarrhal stage, and the person 
with pertussis becomes increasingly exhausted while 
attempting to clear the respiratory tract by coughing. 
Severely ill children may have difficulty maintaining 
the normal level of oxygen in their systems, and may 
appear somewhat blue after a paroxysm of coughing 
due to the low oxygen content in their blood. These 
children may also suffer from encephalopathy, a swel- 
ling and degeneration of the brain which is thought to 
be caused both by lack of oxygen to the brain during 
paroxysms, and also by bleeding into the brain caused 
by increased pressure during coughing. Seizures may 
result from decreased oxygen to the brain. Some chil- 
dren have such greatly increased abdominal pressure 
during coughing, that hernias result (hernias are the 
abnormal protrusion of a loop of intestine through a 
weaker area of muscle). Another complicating factor 
during this phase is the development of pneumonia 
from infection with another bacterial agent, which 
takes hold due to the person’s weakened condition. 


If the person with whooping cough survives the 
paroxysmal stage, recovery occurs gradually during 
the convalescent stage, and takes about three to four 
weeks. Spasms of coughing may continue to occur 
over a period of months, especially when a patient 
contracts a cold or any other respiratory infection. 


Children who die of pertussis infection usually 
have one or more of three conditions present: 1) severe 
pneumonia, perhaps with accompanying encephalop- 
athy; 2) extreme weight loss, weakness, and metabolic 
abnormalities due to persistent vomiting during par- 
oxysms of coughing; 3) other pre-existing conditions, 
so that the person is already in a relatively weak, 
vulnerable state (such conditions may include low 
birth weight, poor nutrition, infection with the measles 
virus, presence of other respiratory or gastrointestinal 
infections or diseases). 


Diagnosis 


Diagnosis based on symptomatology is not par- 
ticularly accurate, as the catarrhal stage may appear to 
be a heavy cold, a case of the flu, or bronchitis. Other 
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viruses and tuberculosis infections cause symptoms 
similar to those found during the paroxysmal stage. 
The presence of a pertussis-like cough along with an 
increase of certain specific white blood cells (lympho- 
cytes) is suggestive of B. pertussis infection, although it 
could occur with other pertussis-like viruses. The most 
accurate method of diagnosis is to culture (grow on a 
laboratory plate) the organisms obtained from swab- 
bing mucus out of the nasopharynx (the breathing 
tube continuous with the nose). B. pertussis can then 
be identified during microscopic examination of the 
culture. 


Treatment 


Treatment with the antibiotic erythromycin is 
helpful only at very early stages of whooping cough: 
during incubation and early in the catarrhal stage. 
After the cilia, and the cells bearing those cilia, are 
damaged, the process cannot be reversed. Such a 
patient will experience the full progression of whoop- 
ing cough symptoms, which will only abate when the 
old, damaged lining cells of the respiratory tract are 
replaced over time with new, healthy, cilia-bearing 
cells. However, treatment with erythromycin is still 
recommended to decrease the likelihood of B. pertussis 
spreading. In fact, all members of the household in 
which a patient with whooping cough lives should 
be treated with erythromycin to prevent spread of 
B. pertussis throughout the community. 


Other treatment is supportive, and includes care- 
ful monitoring of fluids, rest in a quiet, dark room to 
decrease paroxysms, and suctioning of mucus. 


Prevention 


The mainstay of prevention lies in the mass immu- 
nization program which begins in most developed 
countries when an infant is around two months old. 
The pertussis vaccine, most often given as one immu- 
nization together with diphtheria and tetanus, has 
greatly reduced the incidence of whooping cough. 
Unfortunately, there has been some concern about 
possible serious neurologic side effects from the vac- 
cine itself. This concern led large numbers of parents in 
England, Japan, and Sweden to avoid immunizing 
their children in the 1990s, which in turn led to major 
outbreaks of disease in those countries. Multiple care- 
fully constructed research studies, however, have dis- 
proved pertussis vaccine as the cause of neurologic 
damage. Over 26,000 cases of whooping cough were 
reported in the U.S. in 2004, continuing a pattern 
showing an increase in incidence of the disease. This 
increase is attributed to increased recognition of 
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Cilia—Tiny, hair-like projections from a cell. In the 
respiratory tract, cilia beat constantly in order to 
move mucus and debris up and out of the respira- 
tory tree, in order to protect the lung from infection 
or irritation by foreign bodies. 


Encephalopathy—Any abnormality in the structure 
or function of the brain. 


Pathogen—A disease causing agent, such as a bac- 
teria, virus, fungus, etc. 


whooping cough in older children and adults, along 
with physicians who are more often accurately diag- 
nosing and reporting whooping cough in both its clas- 
sic and milder forms. 


See also Childhood diseases; Respiratory diseases; 
Respiratory system. 
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tl Wild type 


In genetics, the specific types of genes (alleles) 
carried by individuals in any population comprise 
that individual’s genotype. The actual expression of 
those genes produces a set of observable character- 
istics (phenotype). In any population of organisms, 
the wild type (also often printed in a hyphenated 
form as “wild-type”) represents the most common 
genotype. With many organisms, alleles that are not 
a part of that genotype are often considered mutant 
alleles. The designation of wild type is based upon a 
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quantitative (numerical) representation or estimation 
of the norm (normal) or standard in a population. 


For example, one of the first descriptions of a 
wild-type gene was made with reference to the 
Drosophila fruit fly. In early studies of genetic traits 
of Drosophila, the American geneticist Thomas Hunt 
Morgan (1866-1945) noted a white-eyed fly in an iso- 
lated breeding population of red-eyed Drosophila flies 
(the flies were isolated in a bottle). Because the vast 
majority of Drosophila have red eyes, Morgan consid- 
ered the white-eyed fly a mutant and termed the gene 
for red eyes in Drosophila the wild-type gene. 


Outside of strict reference to genotype or phenotype, 
the term wild type is also used to denote the natural state 
of an organism, or the natural life cycle of an organism. 
When wild type is used to describe an entire organism, the 
sub-population of most prevalent phenotypes with the 
population is often referred to as the wild-type strain. 


A genetic complementation test is used to deter- 
mine the location and nature of mutations. Essentially, 
a complementation test looks for restoration of the 
wild-type phenotype in a mating between organisms 
with mutant genes. Complementation testing also 
determines the capability of mutants to act independ- 
ently to supply the genetic information needed to result 
in the expression of a wild-type phenotype. For exam- 
ple, when two mutations affect the same gene, and 
neither mutation is capable of generating a wild-type 
phenotype, if these mutations are combined in the same 
cell the resulting strain must have a mutant phenotype. 
On the other hand, if the mutations affect different 
genes, so that each is able to generate some of the 
gene products required to produce a wild-type pheno- 
type, then between the two genes the sum of the two 
gene products might still be able to generate a wild-type 
phenotype. 


Geneticists use a variety of symbols and type 
scripts (capitals, italics, etc.) to denote wild-type alleles 
of a gene. One method commonly used indicates a wild 
type gene by the presence of a plus sign (+). Most 
often, this symbol is used as a superscript next to the 
notation for the allele. For example, the notation 
Paxl* denotes the wild type allele of a Pax1 gene in 
mice that is the most prevalent allele for the gene. In 
contrast, when an organism undergoes a mutation 
that reverts the gene back to the wild type the plus 
sign is associated with a superscripted allele symbol. 
Addition reversions are usually identified by numbers 
preceding the allele in question. Geneticists also often 
use the letter “w” to denote the wild type gene. In the 
case of Drosophila the allele for red eyes is often des- 
ignated by the letter “w” or the plus sign 
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A revertant is a mutation that restores the pheno- 
type to the wild type (most prevalent form). In a true 
revertant, the original mutation itself is mutated back 
to the original wild type. With pseudo-revertants, or 
with pseudo reversions, the original mutation remains 
while another mutation that takes place within the 
same gene restores the wild-type phenotype. In the 
case of Drosophilae, a revertant would restore red 
eyes to the fly regardless of whether it was a true 
revertant or a pseudo-revertant. 


Initial forms of gene therapy were essentially gene 
replacement therapies that sought to introduce com- 
plete copies of the relevant wild-type gene into the 
organism having a genetic disease. The theory was 
that a wild-type gene, introduced via an appropriate 
agent (vector), might allow for wild-type (normal) 
gene expression. In the case of an enzyme deficiency, 
for example, such an introduction of the wild-type 
gene for the enzyme would allow the cell to produce 
the otherwise deficient enzyme. 


See also Genetic disorders; Genetic engineering; 
Genotype and phenotype; Mutagenesis. 


| Wildfire 


Wildfire is a periodic ecological disturbance, asso- 
ciated with the rapid combustion of much of the bio- 
mass of an ecosystem. Once ignited by lightning or by 
humans, the biomass oxidizes as an uncontrolled 
blaze, until the fire either runs out of fuel or is 
quenched. Wildfire is best known as a force affecting 
forests, although savanna, chaparral, prairie, and tun- 
dra also burn. A large wildfire can kill mature trees 
over an extensive area, after which a process of eco- 
logical recovery ensures, called secondary succession. 
Fire can be an important factor affecting the nature of 
ecological communities. In the absence of wildfire or 
other catastrophic disturbances, relatively stable, cli- 
max communities tend to develop on the landscape, 
the nature of which is determined by climate, soil, and 
the participating biota. However, intervening wildfires 
can arrest this process, so that the climax or other late- 
successional communities are not reached. 


The nature of wildfire 


Wildfire is especially frequent in ecosystems that 
experience seasonal drought, for example, boreal for- 
ests, temperate pine forests, tall-grass prairie, chapar- 
ral, and savanna. Wildfires can be very extensive, and 
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A climax forest (1) destroyed by wildfire (2) and its recovery (3, 4). (Hans & Cassidy. Courtesy of Gale Group.) 


in aggregate they affect tremendous areas of landscape 
each year. For example, an average of about 8 million 
acres (3 million ha) of forest burns each year in 
Canada, and in some years it exceeds 25 million acres 
(10 million ha). Most of those fires are started by 
humans, although most of the actual burned area is 
ignited naturally by lightning. The natural fires pre- 
dominantly affect northern, non-commercial forests, 
where most fires are not actively quenched by humans, 
so that individual burns can exceed 2.5 million acres 
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(one million ha) in area. However, even vigorously 
fought fires can be enormous, as was the case of the 
famous Yellowstone fires of 1988, which burned more 
than 1.2 million acres (0.5 million ha), including 45% 
of Yellowstone National Park. Even moist tropical 
rainforest will occasionally burn, as happened over 
more than 7.4 million acres (3.0 million ha) of 
Borneo during relatively dry conditions in 1982-1983. 


Fire causes a number of changes in soil quality. 
Depending on the intensity of the burn, much of the 
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organic matter and litter of the forest floor may be 
consumed, and mineral soil may be exposed. The 
combustion of organic matter results in a large emis- 
sion of carbon dioxide to the atmosphere, along with 
gaseous oxides of nitrogen derived from the oxidation 
of organic nitrogen, and sooty particulates. The layer 
of ash that deposits onto the soil surface is of a basic 
quality, so soil acidity is temporarily decreased after a 
fire. The ash also supplies large quantities of certain 
nutrients, especially calcium, magnesium, potassium, 
and phosphorus, some of which leaches from the site. 
Often, post-fire soils are relatively fertile for several 
years as a net effect of these physical and chemical 
changes, and plant growth can be rather lush until 
the intensity of competition increases when the canopy 
closes again. 


Post-fire succession 


When an ecosystem is disrupted by a wildfire, it 
can quickly suffer an intensive mortality of its domi- 
nant species, along with disruptions of its physical 
ecological structure and other damages. However, 
except in the case of rare, extremely intense fires, 
some plants survive the disturbance, and these can 
contribute to the post-fire regeneration that immedi- 
ately begins. 


Plant species vary greatly in the strategies they 
have evolved to survive wildfire, and to regenerate 
afterwards. Often, the below-ground tissues of certain 
plants can survive the fire even though the above- 
ground biomass was killed by combustion or scorch- 
ing, and the regeneration may then occur through 
stump or root-sprouting. In North America, trem- 
bling aspen (Populus tremuloides), other woody plants, 
and many understorey herbs commonly display this 
sort of survival and regeneration strategy. 


Other plants may survive the fire as long-lived 
seeds that are buried in the forest floor, and are stimu- 
lated to germinate by post-fire environmental condi- 
tions. Species such as pin cherry (Prunus pensylvanica) 
and red raspberry (Rubus strigosus) can regenerate 
vigorously from this so-called buried seedbank. 
A few conifers maintain their seedbank in persistent, 
aerial cones, which are stimulated to open by the heat 
of the burn, so that seeds are released to the fire- 
prepared seedbed immediately afterwards. These fire- 
adapted tree species often form even-aged stands after 
fire, as is the case of knobcone pine (Pinus attenuata) in 
the southwestern United States, and jack pine (Pinus 
banksiana) farther to the north. 


In other cases, species may invade the burned site, 
by dispersing from unburned communities nearby. 
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Species with light, windblown seeds are especially effi- 
cient at colonizing burned sites, as is the case for white 
birch (Betula papyrifera), fireweed (Epilobium angusti- 
folium), and various species in the aster family, such as 
goldenrod (e.g., Solidago rugosa). 


The post-fire ecological recovery that is manifest 
in the regenerating vegetation is a type of secondary 
succession. In the absence of another wildfire, or some 
other catastrophic disturbance of the stand, the post- 
fire secondary succession often restores an ecosystem 
similar to the one present prior to the fire. 


If the return frequency of natural wildfire is 
shorter than the time required for a climax ecosystem 
to develop, then disturbance by fire may be important 
in maintaining the land in an earlier successional stage. 
For example, most of the region of North America 
that supported a tall-grass prairie was climatically 
suitable for the development of an oak (Quercus 
spp.) dominated forest. It was only the periodic burn- 
ing of the prairie that prevented the encroachment of 
shrubs and trees, and maintained the natural prairie. 
Today, tall-grass prairie is an endangered ecosystem, 
because most of its original area has been converted to 
agricultural purposes. To maintain the ecological 
integrity of the few, small remnants of tall-grass prai- 
rie that remain in protected areas, these areas must be 
deliberately burned to prevent them from succession- 
ally turning into forest. 


Even stands of the giant sequoia (Sequoiadendron 
giganteum) appear to require periodic ground fires of a 
particular intensity if that community type is to be 
sustained over the longer term. Fire helps to maintain 
stands of this species, by reducing fuel loads and 
thereby preventing catastrophic crown fires that 
could kill mature trees, and by optimizing recruitment 
of sequoia seedlings. 


Management of fires 


Sometimes, to achieve particular ecological objec- 
tives, fire may be used as a tool in ecosystem manage- 
ment. The use of prescribed burns to maintain prairie 
was previously described, but similar practices have 
also been used to manage other ecological commun- 
ities, and even some species. For example, prescribed 
burning is an essential component of the management 
strategy used to maintain an appropriate habitat of 
jack pine required by Kirtland’s warbler (Dendroica 
kirtlandii), an endangered bird that only nests in 
northern Michigan. Prescribed burning is also used 
in forestry in some regions, to reduce the quantities 
of slash left after logging operations, to prepare a 
suitable seedbed for particular species of trees, or to 
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Secondary succession—A succession that follows 
any disturbance that is not so intense as to elimi- 
nate the regenerative capabilities of the biota. 
Secondary succession occurs on soils that have 
been modified biologically, and on sites where 
plants survived the disturbance. In contrast, pri- 
mary succession occurs on a bare substrate that 
has not previously been influenced by organisms. 


Succession—A process of ecological change, 
involving the progressive replacement of earlier 
communities with others over time, and generally 
beginning with the disturbance of a previous type 
of ecosystem. 


prevent large build-ups of fuel that could lead to a 
more catastrophic wildfire. 


To protect stands of timber that are important 
commercially or for other reasons, many agencies 
actively engage in fire protection activities. Fire pro- 
tection is usually achieved by attempting to prevent 
humans from starting uncontrolled blazes, by using 
prescribed burns to prevent dangerous accumula- 
tions of large quantities of fuel, and by quenching 
fires that are accidentally or deliberately ignited. 
However, fire is a natural, ecological force, and 
even the greatest efforts of humans are not always 
capable of preventing or quenching large fires. This 
fact is occasionally brought to our attention when 
uncontrollable conflagrations destroy homes, com- 
mercial timber, or forest in protected areas such as 
parks. 


See also Disturbance, ecological. 


Resources 


BOOKS 


Gurevitch, Jessica, et. al. The Ecology of Plants. Sunderland, 
MA: Sinauer Associates, 2002. 


PERIODICALS 


Christensen, N.L., et al. “Interpreting the Yellowstone Fires 
of 1988.” BioScience, 39 (1989): 678-685. 


OTHER 


Johnston, Nicholas. “California Firefighters Focus on Two 
Worst Blazes.” October 30, 2003. Sandiegosource. <http:// 
www.sddt.com/News/article.cfm?SourceCode = 20031030 
fat> (accessed on December 3, 2006). 


Bill Freedman 


4700 


[ Wildlife 


It was once customary to consider all undomesti- 
cated species of vertebrate animals as wildlife. Birds 
and mammals still receive the greatest public interest 
and concern, consistently higher than those expressed 
for reptiles and amphibians. Most concern over fishes 
results from interest in sport and commercial value. 
The tendency in recent years has been to include more 
life-forms under the category of wildlife. Thus, mol- 
lusks, insects, and plants are all now represented on 
national and international lists of threatened and 
endangered species. 


People find many reasons to value wildlife. 
Virtually everyone appreciates the aesthetic value of 
natural beauty or artistic appeal present in animal life. 
Giant pandas, bald eagles, and infant harp seals are 
familiar examples of wildlife with outstanding aes- 
thetic value. Wild species offer recreational value, the 
most common examples of which are sport hunting 
and bird watching. 


Less obvious, perhaps, is ecological value, result- 
ing from the role an individual species plays within an 
ecosystem. Alligators, for example, create depressions 
in swamps and marshes. During periods of droughts, 
these “alligator holes” offer critical refuge to water- 
dependent life-forms. Educational and scientific val- 
ues are those that serve in teaching and learning about 
biology and scientific principles. 


Wildlife also has utilitarian value which results 
from its practical uses. Examples of utilitarian value 
range from genetic reservoirs for crop and livestock 
improvement to diverse biomedical and pharmaceut- 
ical uses. A related category, commercial value, 
includes such familiar examples as the sale of furs 
and hunting leases. 


Shifts in human lifestyle have been accompanied 
by changes in attitudes toward wildlife. Societies of 
hunter-gatherers depend directly on wild species for 
food, as many plains Indian tribes did on the bison. 
But as people shift from hunting and gathering to 
agriculture, wildlife comes to be viewed as more of a 
threat because of potential crop or livestock damage. 
In modern developed nations, people’s lives are based 
less on rural ways of life and more on business and 
industry in cities. Urbanites rarely if ever feel threat- 
ened economically by wild animals. They have the 
leisure time and mobility to visit wildlife refuges or 
parks, where they appreciate seeing native wildlife as a 
unique, aesthetic experience. They also sense that 
wildlife is in decline and therefore favor greater 
protection. 
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The most obvious threat to wildlife is that of 
direct exploitation, often related to commercial use. 
Exploitation helped bring about the extinction of the 
passenger pigeon (Ectopistes migratorius), the great 
auk, Stellar’s sea cow, and the sea mink, as well as 
the near extinction of the American bison. In the late 
nineteenth and early twentieth centuries, state and 
federal laws were passed to help curb exploitation. 
These were successful for the most part, and they 
continue to play a crucial role in wildlife management. 


Introductions of exotic species represent another 
threat to wildlife. Insular or island-dwelling species of 
wildlife are especially vulnerable to the impacts of 
exotic plants and animals. Beginning in the seventeenth 
century, sailors deliberately placed goats and pigs on 
ocean islands, intending to use their descendants as 
food on future voyages. As the exotic populations 
grew, the native vegetation proved unable to cope, 
creating drastic habitat changes. Other species, such 
as rats, mice, and cats, jumped ship and devastated 
island-dwelling birds, which had evolved in the absence 
of mammalian predators and had few or no defenses. 


Pollution is yet another threat to wildlife. Bald 
eagles, ospreys, peregrine falcons (Falco peregrinus), 
and brown pelicans (Pelecanus occidentalis) experi- 
enced serious and sudden population declines in the 
1950s and 60s. Studies showed that these fish eaters 
were ingesting heavy doses of pesticides, including 
DDT. The pesticides left the shells of their eggs so 
thin that they cracked under the weight of incubating 
parents, and numbers declined due to reproductive 
failure. Populations of these birds in the United States 
rebounded after regulatory laws curbed the use of these 
pesticides. However, thousands of other chemicals still 
enter the air, water, and soil every year, and the effects 
of most of them on wildlife are unknown. 


By far the most critical threat to wildlife is habitat 
alteration. Unfortunately, it is also more subtle than 
direct exploitation, and thus often escapes public atten- 
tion. As the twenty-first century approaches, human 
activities are altering some of the most biologically rich 
habitats in the world on a scale unprecedented in his- 
tory. Tropical rainforests, for example, originally cov- 
ered only about 7% of Earth’s land surface, yet they 
are thought to contain half the planet’s wild species. 
Other rich habitats undergoing rapid changes include 
tropical dry forests and coral reefs. As extensive areas 
of natural habitat are irrevocably changed, many of the 
native species that once occurred there will become 
extinct, even those with no commercial value. 


Any species of wild animal has a set of habitat 
requirements. These begin with food requirements, 
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adequate amounts of available food for each season. 
Cover requirements are structural components that are 
used for nesting, roosting, or watching, or that offer 
protection from severe weather or predators. Water is 
a habitat requirement that affects wildlife directly, by 
providing drinking water, and indirectly, by influencing 
local vegetation. The final habitat requirement is space. 
Biologists can now calculate a minimum area require- 
ment to sustain a particular species of a given size. 


Even in the absence of human activities, popula- 
tions of wild animals change as a result of variations in 
birth and death rates. When a population is sparse 
relative to the number that can be supported by local 
habitat conditions, birth rates tend to be high. In such 
circumstances, natural mortality, including predation, 
disease, and starvation, tends to be low. As popula- 
tions increase, birth rates decline and death rates rise. 
These trends continue until the population reaches 
carrying capacity, the number of animals of a partic- 
ular species that can be sustained within a given area. 


Carrying capacity, though, is difficult to define in 
practice. Variations in winter severity or in summer 
rainfall can, between years, alter the carrying capacity 
for a particular area. In addition, carrying capacity 
changes as forests grows older, grasslands mature, or 
wetlands fill in through natural siltation. Despite these 
limitations, the concept of carrying capacity illustrates 
an important biological principle: living wild animals 
cannot be stockpiled beyond the practical limits that 
local habitat conditions can support. 


While all populations vary, some undergo extreme 
fluctuations. When they occur regularly, such fluctua- 
tion are called cycles. Cyclical populations fall into 
two categories, the three- to four-year cycle typical of 
lemmings and voles, and the eight- to 11-year cycle 
known in snowshoe hares and lynx of the Western 
Hemisphere. The mechanisms that keep cycles going 
are complex and not completely understood, but the 
existence of cycles is widely accepted. Extreme popu- 
lations fluctuations that occur at irregular intervals 
are called population irruptions. Local populations 
of deer tend to be irruptive, suddenly showing sub- 
stantial changes at unpredictable intervals. 


There are more species of wild plants and animals 
in tropical rain forests than on arctic tundras. Such 
patterns illustrate variations in the complexities of life- 
forms due to climatic conditions. Measurement of 
biodiversity usually focuses on a particular group of 
organisms such as trees or birds. The most basic indi- 
cation of species richness is the total number of species 
in a certain area or habitat. A measure of species even- 
ness is more valuable because it indicates the relative 
abundance of each species. As diversity includes 
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richness and evenness, an area with many species uni- 
formly distributed would have a high overall diversity. 


Biodiversity is important to wildlife conservation as 
well as to basic ecology. Comparisons of species diversity 
patterns indicate the extent to which natural conditions 
have been affected by human activities. They also help 
establish priorities for acquiring new protected areas. 


Resources 
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New Jersey: The Blackburn Press, 2004. 
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l Wildlife trade (illegal) 


Many endangered species, or their body parts, are 
extremely valuable for one reason or another. In some 
cases, they are avidly sought by public zoos or bota- 
nical gardens, or by private collectors, who may be 
willing to pay large sums of money for living or dead 
specimens to add to their collection. In other cases, 
parts of an animal or plant may be valuable. This can 
result in species being killed for their precious fur, 
ivory, horn, or internal organs. 


Much of the harvesting and trade in wildlife is 
legal, and not a threat to species that are widespread 
and abundant. In many other cases, however, endan- 
gered species are being illegally harvested because of 
the vast sums of money that can be made. The illegal 
trade in wildlife involves a well-organized chain of 
commerce, which includes: the hunters (also known 
as poachers), the buyers of the living animal or plant 
or its body parts, the traders exporting or importing the 
goods, the manufacturers of consumer products, and 
ultimately the consumers. Each of these actors plays a 
crucial role in the illegal drama of wildlife trade. This 
trade is greatly increasing the risk of extinction of many 
endangered species of plants and animals. 


The trade in wildlife 


The international commerce in wildlife has a value 
of about $20 billion per year. In recent years, this 
economic activity has involved about five million 
wild birds, 32 thousand primates, 12 million orchids, 
11 million cacti, and huge numbers of other kinds of 
organisms. Most of this trade is legal, but a great deal 
is not, and involves an organized network of poaching, 
smuggling, and illicit sales. 
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Much of the wildlife trade involves the sale of living 
organisms for public zoological or botanical collections, 
or as private pets. This affects millions of wild-collected 
animals and plants each year, including endangered spe- 
cies. There is also an enormous trade in the parts of 
animals and plants. For example, the facial horns of 
rhinoceroses are extremely valuable in eastern Asia as 
an ingredient in traditional medicine, and in Yemen for 
manufacturing into dagger handles. Bile from the gall 
bladder of bears is also a precious material in traditional 
Asian medicine, as are the bones of tigers, and the roots of 
wild ginseng. Another example is elephant ivory, which is 
valued for use in artisanal crafts in many countries. Other 
valuable products of endangered species include rare furs, 
a fact that has threatened large cats such as the tiger, 
cheetah, leopard, and jaguar. Many species of plants and 
animals have become endangered because of excessive 
hunting and trade of their valuable body parts. 


Monitoring and regulating the international 
trade in endangered species 


The Convention on International Trade in 
Endangered Species, often referred to by its acronym 
CITES, is a treaty that since 1973 has committed 145 
signatory nations to preventing or controlling the inter- 
national trade of endangered species. CITES was estab- 
lished in 1973 under the auspices of the United Nations 
Environment Program (UNEP). The goal of CITES is to 
monitor and regulate the international trade in endan- 
gered species. For these purposes, the conservation status 
of species (that is, as being endangered, vulnerable, or 
rare) is designated by the International Union for the 
Conservation of Nature (IUCN). The actual interna- 
tional trade of species-at-risk is monitored by the 
“Traffic” network of the World Wildlife Fund (WWF) 
and the IUCN. The headquarters of CITES, IUCN, and 
WWE are all located in Switzerland. In addition, the 
World Conservation Monitoring Center (WCMC), 
located in England, publishes a series of so-called “red 
books” that summarize the status and commerce of 
about 60,000 species of plants and 2,000 of animals. 


CITES and its partners regulate or monitor the 
international trade of about 639 species of mammals, 
1,557 birds, 464 reptiles, 81 amphibians, 36 fish, 2,070 
invertebrates, and 25,660 plants. In most of these 
cases, the international trade is only monitored. 
However, in 821 cases involving species threatened 
with extinction, any international trade is banned. 
A few examples of species for which trade is not 
allowed include endangered hyacinth macaws, rhinoc- 
eroses, tigers, sea turtles, and certain rare orchids. 


The United States is a member of CITES. Some of 
its responsibilities under the treaty are to monitor and 
report on its international trade of all species dealt 
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KEY TERMS 


Endangered species—A species that is in great risk 
of extinction, meaning it would no longer live any- 
where on Earth. 


Wildlife trade—The commerce in wild-caught ani- 
mals and plants, occurring globally. 


with by WCMC. The United States also has its own 
legislation governing the domestic trade in endangered 
species: the Endangered Species Act of 1973. The Fish 
and Wildlife Service has the responsibility of monitor- 
ing and policing any illegal trade in wildlife, both 
domestic and international. 
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l Willow family (Salicaceae) 


Willows are a diverse group of about 300 species 
of woody angiosperm plants in the genus Salix, family 
Salicaceae. Willows are widely dispersed and occur on 
all continents except Antarctica, but they are most 
diverse in cooler regions of the Northern Hemisphere. 


All willows are woody plants, but the species vary 
greatly in size. Some species of willows are trees that 
can grow taller than 49 ft (15 m), while others are 
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dwarf shrubs of the tundra that never get any taller 
than a few centimeters. 


Biology of willows 


Willows have simple, slender leaves, alternately 
arranged on the twigs, and with toothed or entire mar- 
gins. The foliage of willows is seasonally deciduous, being 
shed in the autumn. Willow plants are dioecious, mean- 
ing that particular individuals bear either male or female 
flowers but not both. Both types of flowers usually pro- 
duce nectar so that pollination is by insects. The flowers 
of willows are arranged in elongate inflorescences, known 
as catkins. The fruits are a capsule, containing tiny seeds 
with tufted hairs that make them aerodynamically buoy- 
ant so that they can be dispersed widely by the wind. 


Willows are rather fast growing woody plants, but 
they are relatively short lived. Some species of willows 
sprout prolifically, and they may form dense thickets 
in moist, recently disturbed habitats. Most willows are 
relatively easy to cultivate from stem cuttings. 


The usual habitat of willows is moist places, often 
beside streams, rivers, lakes, and other surface waters. 


Species of willows 


More than 100 species of willows are native to 
North America. Most of these are shrubs or dwarf 
shrubs, but about forty species reach tree size. Willow 
species commonly hybridize with each other and this, 
along with their relatively great richness of species, can 
make some of the willows difficult to identify. 


Some of the more common species of willow that can 
attain the size of trees include the following: the black 
willow (Salix nigra) is a widespread tree in low-lying and 
riparian habitats in the eastern United States and south- 
ern Ontario; the peachleaf willow (S. amygdaloides) is 
also widespread in central North America; the Pacific 
willow (S. /asiandra) is another tree-sized species, occur- 
ring widely from southern California to central Alaska. 


Shrub-sized species of willows are richer in species 
and include the following: The sandbar willow (S. inte- 
rior) occurs widely in eastern and central North America 
and through the boreal forest to central Alaska. This 
species often forms thickets in flat, moist, alluvial hab- 
itats. The arroyo willow (S. /asiolepis) occurs in moist 
canyons and along streams in the western United States. 
The Mackenzie willow (S. mackenzieana) is a northwest- 
ern species. The coastal plain willow (S. carolineana) is 
widespread in the southeastern United States. The Bebb 
willow (S. bebbiana) is a common shrub of boreal and 
cool-temperate regions. The feltleaf willow (S. alaxensis) 
is widespread in the northeastern boreal forest. 
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Willow family (Salicaceae) 


Willow in bloom. (Robert J. Huffman. Field Mark Publications.) 


Many species of willows are dwarf shrubs, occur- 
ring in alpine and arctic tundra. The stems of these tiny 
willows grow horizontally along the ground, and in 
some cases they never rise any higher than several 
centimeters above the ground surface. The most wide- 
spread of the dwarf willows is the arctic willow 
(S. arctica). This species occurs throughout much of 
the tundra of North America, Greenland, and 
Eurasia, as far north as the limits of land. Another 
arctic species is the reticulated willow (S. reticulata). 


Economic and ecological importance 
of willows 


Many species of willows are important ecologically. 
Willows are often species of early succession, and they are 
important in the early and middle stages of successional 
recovery after disturbance. Willows are commonly an 
important browse of mammals such as deer, moose, 
rabbits, hares, and other species, especially during the 
winter when herbaceous forage is not very available. 


Tree-sized willows are sometimes used for lumber. 
The black willow is the only species used much for this 
purpose in North America. Because its wood is not 
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very strong, it is generally used to manufacture boxes 
and similar goods. 


Because willows can be so productive, there has 
been research into the cultivation of tree-sized willows 
in plantations for use as a biomass fuel. This use of 
willows as a source of renewable energy may prove to 
be important in the future. The willow biomass can be 
burned directly, or it can be chemically converted into 
more easily portable liquid fuels such as alcohol or a 
synthetic, petroleum-like mixture which can be manu- 
factured under heat and pressure. 


Because willows grow quickly and are so easy to 
propagate using stem cuttings, they are often used to 
vegetate stream banks to help prevent erosion and 
sometimes to re-vegetate other types of disturbed lands. 


Willows have long had some use in folk medicine. 
Many cultures are known to have chewed willow twigs 
to relieve pain and fever. The original source from 
which salicylic acid was extracted was the bark of the 
white willow (S. alba) of Europe. This chemical is used 
to manufacture acetylsalicylic acid or ASA (sometimes 
known as aspirin), an economically important analgesic 
useful for treating pain, fever, and inflammation. 
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KEY TERMS 


Browse—A food consisting of the foliage, twigs, 
and flowers of woody plants. 


Catkin—An elongate, spikelike cluster of unisexual 
flowers, often drooping at maturity. Catkins are the 
floral type of the willow family. 


Dioecious—Plants in which male and female flow- 
ers occur on separate plants. 


Willows may be an important source of nectar for 
bees in the early spring, a time when few other species of 
insect-pollinated plants are flowering. Willow honey 
may be a locally significant product in some areas. 


Willow twigs are rather flexible and have been 
used to weave baskets, for caning, and to make 
woven fences and other lattices. 


Some species of willows have good aesthetics and 
are utilized in horticulture. One of the best known 
species for this purpose is the weeping willow (Salix 
babylonica), a beautiful, pendulous tree. This species is 
native to northern China. However, the weeping wil- 
low was considered to be so beautiful by the famous 
Swedish botanist Carl von Linnaeus, who gave the 
species its scientific name, that he decided that it 
must have been present in the biblical Garden of 
Babylon; hence, the origin of the geographically inac- 
curate, scientific binomial of the weeping willow. 


The weeping willow has been widely introduced to 
North America as an ornamental tree. Other non- 
native species that are commonly used in horticulture 
include the crack willow (S. fragilis) of Eurasia and the 
white willow (S. alba) and basket willow (S. viminalis) 
of Europe. Some of these species have escaped from 
cultivation and have become locally invasive in natu- 
ral habitats. 


Wild willows also have pleasant aesthetics. Most 
famous in this sense are the several species known as 
“pussy willows,” especially the pussy willow (Salix 
discolor). These species produce large, attractive cat- 
kins in the early springtime. In fact, stems of these 
species can be collected in the late winter before they 
have bloomed and placed in water in a vase. In a short 
time, the pussy-willow stems will bloom indoors to 
pleasantly herald the arrival of spring. 
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Willy-willy see Tropical cyclone 


| Wind 


The term wind refers to any flow of air relative to 
Earth’s surface in an approximately horizontal direc- 
tion. Breezes that blow back and forth from a body of 
water to adjacent land areas—on-shore and off-shore 
breezes—are examples of wind. 


The ultimate cause of Earth’s winds is solar 
energy. When sunlight strikes Earth’s surface, it 
heats that surface differently. Newly turned soil, for 
example, absorbs more heat than does snow. 


Uneven heating of Earth’s surface, in turn, causes 
differences in air pressure at different locations. On a 
weather map, these pressure differences can be found 
by locating isobars, lines that connect points of equal 
pressure. The pressure at two points on two different 
isobars will be different. A pressure gradient is said to 
exist between these two points. It is this pressure gra- 
dient that provides the force that drives air from one 
point to the other, causing wind to blow from one 
point to the other. The magnitude of the winds blow- 
ing between any two points is determined by the pres- 
sure gradient between those two points. 


The Coriolis effect and wind direction 


In an ideal situation, one could draw the direction 
of winds blowing over an area simply by looking at the 
isobars on a weather map. The Earth, however, is not 
an ideal situation. At least two important factors 
affect the direction in which winds actually blow: the 
Coriolis effect and friction. The Coriolis effect is a 
pseudoforce that appears to be operating on any mov- 
ing object situated on a rotating body, such as a stream 
of air traveling on the surface of the rotating planet. 
The effect of the Coriolis force is to deflect winds from 
the straight-forward direction that we might expect 
them to take simply from an examination of isobars. 
In the Northern Hemisphere, the Coriolis effect tends 
to deflect winds to the right and in the Southern 
Hemisphere, it tends to drive winds to the left. 


The Coriolis effect will determine the movement 
of winds in the Northern Hemisphere. Suppose that 
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Wind chill 


air initially begins to move from west to east as a 
result of pressure gradient forces. At once, the 
Coriolis effect will begin to drive the stream of air 
to the right, that is, to the south. The actual path 
followed by the wind, then, is a compromise between 
the pressure gradient force and the Coriolis force. 
Since each of these forces can range widely in value, 
the precise movement of wind in any one case is also 
variable. 


At some point, the two forces driving the wind are 
likely to come into balance. At that point, the wind 
begins to move in a straight line that is perpendicular 
to the direction of the two forces. Such a wind is 
known as a geostrophic wind. 


Friction and wind movement 


The idealization described above applies to winds 
in the upper atmosphere. At distances of more than a 
kilometer or so above the ground, pressure gradient 
and Coriolis forces are the only factors affecting the 
movement of winds. Thus, air movements eventually 
reach an equilibrium point between pressure gradient 
forces and the Coriolis force, and geostrophic winds 
blow parallel to the isobars on a weather map. 


Such is not the case near ground level, however. 
An additional factor affecting air movements near 
Earth’s surface is friction. As winds pass over Earth’s 
surface, they encounter surface irregularities and slow 
down. The decrease in wind speed means that the 
Coriolis effect acting on the winds also decreases. 
Because the pressure gradient force remains constant, 
the wind is driven more strongly toward the lower air 
pressure. Instead of developing into geostrophic 
winds, as is the case in the upper atmosphere, the 
winds tend to curve inward towards the center of a 
low pressure area or to spiral outward away from the 
center of a high pressure area. 


Friction effects vary significantly with the nature 
of the terrain over which the wind is blowing. On very 
hilly land, winds may be deflected by 30 degrees or 
more, while on flat lands, the effects may be nearly 
negligible. 


Local winds 


In many locations, wind patterns exist that are 
not easily explained by the general principles out- 
lined above. In most cases, unusual topographic or 
geographic features are responsible for such winds, 
known as local winds. Land and sea breezes are 
typical of such winds. Because water heats up and 
cools down more slowly than does dry land, the air 
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KEY TERMS 


Coriolis effect—An apparent force experienced by 
any object that is moving across the face of a rotat- 
ing body. 

Geostrophic wind—A movement of air that results 
from the balance of pressure gradient and Coriolis 
forces and that travels across isobars. 


Isobar—A line on a weather map connecting 
points of equal atmospheric pressure. 


along a shoreline is alternately warmer over the 
water and cooler over the land, and vice versa. 
These differences account for the fact that winds 
tend to blow offshore during the evening and on- 
shore during the day. 


The presence of mountains and valleys also pro- 
duces specialized types of local winds. For example, 
Southern Californians are familiar with the warm, 
dry Santa Ana winds that regularly sweep down out 
of the San Gabriel and San Bernadino Mountains, 
through the San Fernando Valley, and into the Los 
Angeles Basin, often bringing with them widespread 
and devastating wildfires. Large buildings in major 
cities constitute a topography of their own, some- 
times causing strong winds to be funneled through 
urban canyons. 


See also Atmospheric circulation; Atmospheric 
pressure. 
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[ Wind chill 


Wind chill is the apparent temperature felt by 
humans as a result of air blowing over exposed skin. 
The temperature that humans actually feel, called the 
sensible temperature, can be quite different from the 
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WIND CHILL EQUIVALENT TEMPERATURE TABLE 
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Table 1. (Illustration by Hans & Cassidy. Courtesy of Gale Group.) 


temperature measured in the same location with a 
thermometer. The reason for such differences is that 
the human body constantly gives off and absorbs heat 
in a variety of ways. For example, when a person 
perspires, evaporation of moisture from the skin 
removes heat from the body, and one feels cooler 
than the true temperature would indicate. 


Wind chill formulation was begun by the USS. 
military during World War II (1939-1945). These 
tables, called the Windchill Temperature (WCT) 
index, were provided to the U.S. National Weather 
Service, a part of the National Oceanic and Atmos- 
pheric Administration (NOAA), in the 1970s. In 2001, 
these tables were revised in order to include addi- 
tional information that had been collected over the 
years. The new formula for wind chill figures was 
based on technological advances in science, computer 
modeling, and general technology. The formula pro- 
vides a more accurate and better understandable 
means for calculating wind chills, especially when 
dangerous high winds and low temperatures are 
present. 


In still air, skin is normally covered with a thin 
layer of warm molecules that insulates the body and 
produces a sensible temperature somewhat higher 
than the air around it. When the wind begins to 
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blow, that layer of molecules is swept away, and 
body heat is lost to the surrounding atmosphere. An 
individual begins to feel colder than would be 
expected from a thermometer reading at the same 
location. The faster the wind blows, the more rapidly 
heat is lost and the colder the temperature appears 
to be. 


A example of a wind chill chart that shows the 
relationship among actual temperature, wind speed, 
and wind chill factor, or the temperature felt by a 
person at the given wind speed is shown in Table 1. 
according to this chart, no observable change in tem- 
perature is sensed for wind speeds of 4 mph (6 km/h) 
or less. At a wind speed of 15 mph (24 km/h) and a 
temperature of 30°F (-1.1°C), however, the perceived 
temperature is 19°F (-7.2°C). 


The colder the temperature, the more strongly the 
wind chill factor is felt. At a wind speed of 30 mph 
(48 km/h), for example, the perceived temperature at 
30°F (-1.1°C) is 15°F (-9.4°C), but at -40°F (-40°C), 
the perceived temperature is -80°F (-62.2°C). It is 
noted, however, that bright sunshine may increase 
the wind chill temperature by 10 to 18 degrees 
Fahrenheit. 


Wind energy see Alternative energy sources 
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Wind shear 


Microburst wind shear is particulary dangerous to 
a low, slow flying aircraft, such as one on final 
approach. The aircraft initially encounters an 
outflow headwind that lifts it high above the glide 
path and increases its speed. The pilots reaction 
is to push the nose down. 


Glide path 


Microburst 


Seconds later the headwind is gone 
and the aircraft is in the midst of a 
downdraft. The velocity of the wind 
from above can be as high as 
1200-2400 ft/min (6-12 m/s). 


Just as suddenly, the aircraft is 
traveling through an outflow tailwind 
at a dangerously slow 15-20 knots 
(8-10 m/s). The trained pilots instinct 
is to push down on the nose to 
recover airspeed. 


A typical microburst wind shear scenario involving a descending aircraft. (Hans & Cassidy. Courtesy of Gale Group.) 


| Wind shear 


Wind shear is the difference in speed and/or direc- 
tion between two points (either areas or layers) of air 
in the atmosphere. Wind shear may occur in either 
a vertical or horizontal orientation, depending on 
whether the two points are positioned at different 
altitudes or at different geographical locations. An 
example of the former situation is the case in which 
one layer of air in the atmosphere is traveling from 
the west at a speed of 31 mph (50 km/h) while a second 
layer above it is traveling in the same direction at a 
speed of 6.2 mph (10 k/mh). The friction that occurs at 
the boundary of these two air currents is a manifesta- 
tion of wind shear. 


An example of horizontal wind shear occurs in the 
jet stream where one section of air moves more rapidly 
than other sections on either side of it. In this case, the 
wind shear line lies at the same altitude as various 
currents in the jet stream, but at different horizontal 
distances from the jet stream’s center. 


Wind shear is a crucial factor in the development 
of other atmospheric phenomena. For example, as the 
difference between adjacent wind currents increases, 
the wind shear also increases. At some point, the 
boundary between currents may break apart and 
forms eddies that can develop into clear air turbulence 
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or, in more drastic circumstances, tornadoes and other 
violent storms. 


Wind shear has been implicated in a number of 
disasters resulting in property damage and/or loss of 
human life. The phenomenon is known as a microburst, 
a strong localization down draft (down burst) that, 
when it reaches the ground, continues as an expanding 
outflow. For example, it is associated with the move- 
ment of two streams of air at high rates of speed in 
opposite directions. An airplane that attempts to fly 
through a microburst passes through the wind shear at 
the boundary of these two air streams. The plane feels, 
in rapid succession, an additional lift from headwinds 
and then a sudden loss of lift from tailwinds. In such a 
case, a pilot may not be able to maintain control of the 
aircraft in time to prevent a crash. 


Due to a number of commercial aircraft accidents 
during the 1970s and 1980s, the U.S. Federal Aviation 
Agency (FAA) required all U.S. commercial airplanes 
to use onboard wind shear detection systems by the 
mid-1990s. Because of these detection devices onboard 
commercial aircraft along with Doppler radar instru- 
ments on the ground, the number of deaths and inju- 
ries went from 26 major aircraft accidents involving 
hundreds of deaths and injuries in the twenty years 
from 1964 to 1985 to one major accident caused by 
wind shear from 1995 to 2005. 


See also Atmospheric circulation; Wind. 
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l Wintergreen 


Wintergreen is the common name for an ever- 
green shrub belonging to the genus Gaultheria and 
heath family Ericaceae. Gaultheria procumbens is 
native to eastern North America and grows wild in 
sandy, wooded areas or shady clearings. This shrub 
grows 4-6 in (10-15 cm) high with creeping stems. 
Stalks grow from the stems and have elliptical, shiny 
green leaves and leathery leaves. During mid-summer, 
white, drooping, bell-shaped flowers grow; in the fall, 
wintergreen has bright red edible berries. The berries, 
called deerberries or checkerberries, contain several 
seeds and remain on the plants into the winter season. 


Some plants of the genus Chimaphila, related to 
Gaultheria, are also called wintergreens. One plant of 
interest is pipsissewa (C. umbelata), which comes from 
the Cree word pipisisikweu, meaning “[the juice] 
breaks it into small pieces.” It has been speculated 
that the Cree used this type of wintergreen as a remedy 
for kidney stones. 


Wintergreen is also called teaberry or checker- 
berry. The whole plant, particularly the leaves, is a 
source of the volatile oil that has made wintergreen’s 
spicy, sweet taste very popular. Wintergreen oil is used 
to flavor gum, candy, toothpaste, mouthwash, and 
birch beer (a carbonated soft drink). The oil is also 
used in topical antiseptics and liniments. The active 
element of wintergreen is methyl salicylate, which is a 
derivative of salicylic acid (an important ingredient of 
aspirin). American Indians of the eastern woodlands 
made poultices from wintergreen leaves as a remedy 
for muscle and joint aches, inflammations, and tooth- 
aches. The Indians also taught early settlers how to 
make wintergreen tea for sore throats, nausea, and 
fevers. 


During the early colonization days of North 
America, large amounts of wintergreen were gathered, 
dried, and transported to distilleries where the oil was 
extracted from the leaves. Today chemical factories 
make synthetic oil of wintergreen in the form of 
methyl salicylate. The leaves of natural wintergreen 
can be chewed; at first they will taste sweet, but the 
taste turns bitter very quickly. One should be careful 
when using pure wintergreen oil, as it can be irritating 
to the skin and poisonous if ingested internally. Many 
drugstores no longer sell pure wintergreen oil, as it is 
illegal to sell it in many local jurisdictions. 


Christine Miner Minderovic 
Wire chambers see Particle detectors 
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| Wireless communications 


All communications using radio waves and other 
electromagnetic waves not guided by fibers, wires, or 
waveguides (including visible and invisible light) are 
wireless. However, the term has come to refer primarily 
to the exchange of digital information by means of 
radio, especially by mobile telephones (cellular phones) 
and by wireless broadband computer networks. 


The standard type of mobile wireless telephone is 
known today as a cellular or cell phone because the 
physical landscape is partitioned into “cells” or send- 
receive areas served by different antenna towers. If a 
cell phone is within range of a given mobile phone 
tower, it can send and receive calls through that 
antenna: if it moves from the range of one tower into 
the range of a nearby tower, the call is transferred 
automatically from one tower to the next (handed 
over). If a cell phone moves out of range of any mobile 
phone tower, it cannot send or receive calls. 


As of 2005, more than 2 billion people were using 
cell phones globally. In some developing countries 
where telephone service had historically been patchy 
or nonexistent, it was proving cheaper to jump straight 
to cell phones than to deploy traditional copper land 
telephone lines. 


Cell phones use digital signaling to encode voice 
data. In the United States, cell phones use frequencies 
between 824 MHz (million of Hertz or cycles per 
second) and 894 MHz. Each phone sends and receives 
simultaneously on slightly different frequencies so that 
full-duplex (two-way) conversation is possible. 


Another type of wireless communication that is 
reshaping modern society is the wireless networking of 
computers. Several technologies have been used to 
connect computers wirelessly to networks. For exam- 
ple, geostationary satellites—satellites orbiting at an 
altitude of 22,300 miles (35,786 km), so that from a 
point on the surface of the turning earth they appear to 
hang motionless in the sky—exchange signals in the 
.5-1.5 GHz (gigahertz) band with small dish antennas 
on the ground, allowing people in remote locations to 
connect at high data rates with the World Wide Web. 
However, the majority of people with high-speed 
access to the Internet are connected through wired 
technologies such as DSL (digital subscriber loop). 


Over short distances computers can access the 
Internet through Wi-Fi, a wireless local area network 
technology. To use Wi-Fi, a computer must be within 
transmit-receive range of an access point, which is a 
device that is connected to the Internet through a 
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Wolverine 


A model displays mobile phones during the Taipei International Telecommunications and Networking show, 14 July 2006. The 
four-day show features the latest products and services in IP telecommunications, 3G mobile phones, wireless city and internet 


phones. (Patrick Lin/AFP/Getty Images.) 


broadband connection of its own and that can handle 
simultaneous two-way communications with some 
number of distributed devices (“clients”). Wi-Fi uses 
frequencies near 2.4 GHz. The frequency bands used 
for Wi-Fi have not required a license in the U.S. since 
1985, which was crucial to the development of the Wi-Fi 
technology. The industry standard describing Wi-Fi, 
which makes it possible for various manufacturers to 
make Wi-Fi devices that are guaranteed to work 
together, was first agreed upon by industry experts in 
1997. 


Wi-Fi and related technologies allow people to 
move about while remaining connected to the Inter- 
net. To connect, a user need only move into the range 
of an access point and turn their computer on (assum- 
ing it is equipped with an appropriate transceiver, as 
most laptops are today). At least 100 million people 
were using Wi-Fi as of 2006. A competing, longer- 
range, higher-speed technology called WiMAX was 
under development but had not yet been widely 
deployed. 


Larry Gilman 
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f Wolverine 


The wolverine (Gulo gulo) is an uncommonly large 
member of the weasel family (Mustelidae) that occurs 
in the subarctic and boreal forests of North America 
and northern Eurasia. The wolverine is famous for 
its aggressive, combative nature and its remarkable 
strength. Although the wolverine is only a medium- 
sized animal, it can dominate much larger animals dur- 
ing an aggressive encounter at a food source. For exam- 
ple, wolverines are capable of driving away a bear, or a 
group of wolves, from an animal carcass. If the move- 
ment of a moose or deer is hampered by snow, it can be 
killed by a single, much smaller wolverine. 


Wolverines typically have a body length of 25.5- 
41 in (65-105 cm) plus a tail of about 8-12 in (20-30 
cm). Adult animals weigh 30-60 Ib (14-28 kg). Female 
wolverines are typically smaller than males. 
Wolverines have a long, dense, rather lustrous fur, 
usually dark brown or black. They generally have 
lighter brown-colored bands on each side of the 
body, extending from the shoulders to the rump. 
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Wolverines live in dens in the wintertime. They do not 
hibernate. (© John Conrad/Corbis.) 


Wolverines are rather omnivorous in their feeding 
habits. They are primarily eaters of carrion, that is, 
animals that have died of natural causes, or have been 
killed by other species of predators. The wolverine has 
powerful jaws and teeth, and it can crush the bones of 
dead animals to extract the nutritious marrow. Their 
food of carrion is mostly located by smell, as wolverines 
have rather poor vision. Wolverines sometimes kill their 
own prey. However, this only happens opportunistically, 
because these animals are rather slow moving and often 
cannot run down a healthy prey animal. Wolverines will 
also eat bird eggs, insect larvae, and berries when these 
foods are abundant. Wolverines are famous for their 
avaricious appetite, as is reflected in some of their alter- 
native common names, such as glutton. 


Adult wolverines are solitary animals, and they 
are active throughout the year. The territories of male 
wolverines can be very large, as much as thousands of 
square kilometers in extent, but shared with several 
resident females. Wolverines move over their territo- 
ries with a persistent, loping gait, but they are also 
adept at climbing trees in pursuit of prey. 


The fur of the wolverine is very highly regarded by 
northern peoples for use in the ruff around the hood of 
parkas. Wolverine fur is relatively effective at repelling 
the moisture emitted during breathing, so it does not 
frost up to the degree of other furs. 


Wolverines are indicators of wilderness and of 
ecosystems that are relatively unaffected by humans. 
Unfortunately, trapping has eliminated wolverines 
from much of their natural range, and they are becom- 
ing increasingly rare in those ranges where they still 
manage to hang on. Currently, wolverines are classi- 
fied as a vulnerable species, meaning that the species is 
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not critically endangered or otherwise endangered, but 
is facing a high risk of extinction in the wild in 
the medium-term future. The affected wolverine pop- 
ulations include those of Canada, the United States, 
Finland, Norway, Russia, and Sweden. It is critical 
that this special animal of wild landscapes be allowed 
to survive in its remaining territories, and perhaps be 
reintroduced to parts of its former range where suit- 
able habitat still remains. 


Wolves see Canines 


| Wombats 


Wombats are thickset, bear-like, Australian marsu- 
pials (order Diprotodontia). They dig burrows, are about 
the size of a small dog, and have perpetually growing 
teeth (like placental rodents). Wombats are members of 
the family Vombatidae, which includes three species. The 
critically endangered Queensland or northern hairy- 
nosed wombat (Lasiorhinus krefftii) 1s limited to a small 
area of Epping Forest National Park in central 
Queensland, where the surviving animals (about 100 
individuals) live in burrows in an old riverbed. The south- 
ern hairy-nosed wombat (L. /atifrons) lives in dry grass- 
lands of southern Australia, such as the Nullabor Plain 
along the Great Australia Bight. The hairy-nosed wom- 
bats have fine white hairs on a fairly large nose, while the 
nose of the common wombat (Vombatus ursinus) is leath- 
ery and bare. The common wombat lives in forests on 
mountainsides, and has characteristic, rounded ears. 


Wombats can weigh more than 80 lb (40 kg) and 
can be 3 ft (1 m) long. They are gray or brownish gray, 
and are darker on the back than on the belly. The fur 
of the common wombat is coarse, while that of the 
hairy-nosed wombats is soft and silky. The feet of 
wombats have bare, leathery pads that withstand the 
energetic digging by their broad, flat, shovel-like claws 
(five on the front feet, four on the back). 


In Australia and nearby islands, wombats occupy 
the ecological niche of a burrow-living plant-eater, 
similar to that of the woodchuck in North America. 
Wombats have chisel-like teeth that must grow con- 
tinuously because they are eroded by constant chew- 
ing on coarse grasses and roots. Wombats are quick 
and efficient at digging, which they do by lying on their 
side and using their heavy-clawed front feet to dig and 
their hind feet to push the soil backward. Wombats 
often lie near the entrance to their burrow and bask in 
the sun, feeding at night. 
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Wombats 


A southern hairy-nosed wombat. (Terry Whittaker. The National Audubon Society Collection/Photo Researchers, Inc.) 


Hairy-nosed wombats dig systems of intercon- 
necting tunnels, while the common wombat is likely 
to inhabit a limited system of only two or three tun- 
nels. Common wombats establish a territory of up to 
60 acres (25 ha), but do not demand exclusivity, for it 
often overlaps with that of another wombat. Common 
wombats may even share the same burrow, though 
they occupy it at different times of day. 


Wombats have a poorly developed cooling sys- 
tem, and if they get too hot they can die. They usually 
avoid high temperatures by retreating to their bur- 
rows, which provide cooler places in the summer and 
a warmer spot in winter. The hairy-nosed wombats 
rarely drink, getting all their water from the plants 
they eat. Their food is digested very slowly in order 
to get the most nourishment from it. 


Wombats are solitary animals, except during the 
mating season, and then only if there is sufficient food 
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available. Males fight for mating rights and females 
fight off males during courtship, so any pair that mates 
is usually bloody and scarred. After a gestation of only 
three or four weeks, a single offspring is born, which is 
carried in a rear-facing pouch. The wombat’s pouch is 
held closed by a strong muscle. As the tiny wombat 
grows and begins to move around, this pouch muscle 
relaxes, and the infant wombat may be seen peering 
out from between its mother’s hind legs. It takes at 
least five months for the eyes to open and the fur to 
grow in. The young wombat does not leave the pouch 
until it is about a year old. Wombats make amiable 
pets and have lived in captivity for over 25 years. 
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| Wood 


Wood is the hard, tough, fibrous substance found 
beneath the bark in trees, shrubs, and other similar 
plants. Its principle physical properties include 
strength, stiffness, hardness, and density. For instance, 
the strength of wood can vary depending on the type of 
wood, along with such things as age, dryness, compres- 
sion, and grain direction; while the density of wood 
indicates its degree of hardness (where the most dense 
woods are the harder ones). 


The United States imports over 1.5 million tons 
and exports over 9.5 million tons of wood each year. 
With about one-third of the U.S. land covered by 
forests (about 302 million hectacres [746 million 
acres]), the United States exports much more wood 
than it imports. According to the U.S. Department of 
Agriculture (USDA), the cutting of timber (wood) is 
the largest use of land in the United States. Alaska, 
California, and Oregon contain the most forested 
lands in the United States. However, Georgia, 
Oregon, and Montana contain the most timberland; 
that is, land able to be used to produce industrial 
woods. Seventy-one percent of all timberland is pri- 
vately owned, while the other 29% is publicly owned. 


Also known as secondary xylem, wood is a com- 
posite of tissues found in trees. Secondary xylem is 
composed primarily of cells, called vessel elements in 
angiosperms, or of slightly different cells in gymno- 
sperms called tracheids. These cells of secondary 
xylem, along with specialized cells of a type called 
parenchyma, are made by a meristematic tissue called 
the vascular cambium. As the vascular cambium gen- 
erates new cells, secondary xylem accumulates on its 
inside, and the tree increases in diameter. 


Newly made vessel elements and tracheids are 
water conduits from the roots of plants to their leaves. 
When first made, vessel elements and tracheids are 
alive but once they mature and become functional, 
they die. The functional vessel elements or tracheids 
occur in a few cell layers behind the vascular cambium, 
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in a water-conducting section of the secondary xylem 
known as sapwood. 


The parenchyma are made by the vascular 
cambium along with the vessels or tracheids, and are 
located at certain points along the perimeter of the 
vascular cambium. As the tree expands through 
growth, these narrow columns of parenchyma cells, 
called xylem rays, become longer, and ultimately 
extend from the vascular cambium to very near the 
center of the tree trunk. The function of xylem rays is 
to transfer aqueous material horizontally along the 
diameter of the tree, at a right angle to the flow of 
water in vessel elements and tracheids. The paren- 
chyma cells of the xylem rays are alive in their mature, 
functional state. 


As newer vessel elements or tracheids are made, 
older ones become buried under successive layers of 
more recently formed xylem. As the tree gets progres- 
sively larger in diameter, older secondary xylem tissues 
no longer conduct water. After this happens, these 
non-conducting cells are used to store waste products, 
such as resins. The xylem rays function to conduct 
wastes from actively functioning cells near the vascu- 
lar cambium, to the non-functioning xylem cells. This 
waste-filled secondary xylem is called heartwood. By 
the time that a tree is larger than about 4 to 8 in (10 to 
20 cm) in diameter, most of its biomass is composed of 
heartwood. New sapwood is created during each 
growing season. However, within two to three years 
these cells become part of the heartwood. It is the 
heartwood of trees that is harvested to manufacture 
the lumber and paper used by people. 


Wood of different species varies in density and 
strength, due to the size and density of the vessel 
elements or tracheids in the secondary xylem. For 
example, heartwood of the Brazilian ironwood 
(Caesalpinia ferrea) has very tiny vessel elements and 
is extremely dense. At the opposite extreme, the heart- 
wood of balsa (Ochroma pyramidale) has very large 
vessel elements, and is correspondingly light in den- 
sity. The wood of typical gymnosperms is generally 
soft and light in density, because tracheids do not fit 
together as closely as the vessel elements in the xylem 
of most angiosperms. 


The size of tracheids and vessel elements also 
varies within a single tree, according to the season of 
the year that they were laid down during growth. In 
spring, when air temperatures are cool and soil mois- 
ture is typically plentiful, the vascular cambium of 
trees makes large diameter xylem cells. As the mois- 
ture wanes and temperatures increase in the summer, 
the vascular cambium makes smaller diameter cells. In 
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the winter, no new cells are made, because of the cold 
temperatures. This cycle repeats itself every year and 
makes visible growth rings in the tree (except in the 
tropics). These rings are evident because spring wood, 
with larger diameter cells, is relatively dark in appear- 
ance, while summer wood is lighter in color. This 
annual repetition of differing cell sizes in growth 
rings is useful in ecological studies through dendro- 
chronology. Because the size of vessel elements or tra- 
cheids is dependent on both air temperature and 
water, dendrochronologists can determine past peri- 
ods of drought, flood, and unseasonal cold or heat, by 
studying variations in the width of growth rings. 


Vessel elements and tracheids differ in length 
between angiosperms and gymnosperms. Although 
the length of individual cells makes little difference in 
the ability of trees to conduct water, the length of cells 
is of great importance to the paper industry. The 
length of these cells corresponds to the fiber length of 
pulp that is turned into paper, and influences the 
quality of paper that can be produced. Short fibers 
make fine grade papers, while longer fibers make 
coarser grade papers. 


Some wood can be produced very quickly and, 
consequently, it is usually a cheap and easily renewed 
resource. Because of this feature, it is still used exten- 
sively as a fuel and a building material. Wood can be 
divided into two types, hard and soft wood. According 
to the USDA, around one-third of all U.S. timber 
removed were hardwoods, with the other two-thirds 
removed being softwoods. Each type has different 
physical properties. 


Hardwood is very dense and strong, and it is much 
slower growing and, consequently, is more expensive 
than soft wood. Hardwoods are used where strength is 
needed. For example, the large wooden ships of the 
past were built of hardwood such as oak. Softwoods, 
such as that obtained from conifers, can be used where 
less physical strength is needed. They can be used in 
the manufacture of smaller structures or, as is more 
common, in the production of paper and pulp. 
Softwood, such as that obtained from conifers, is 
very quick to grow and, as such, it is relatively cheap 
and easily renewable. 


Wood is a versatile, natural product. It can be 
used directly as a building material or fuel. With 
minor treatment, paper and pulp can be manufac- 
tured. With greater treatment, a number of commer- 
cially important compounds can be obtained. 
Different trees produce wood with different physical 
and chemical characteristics. 
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Meristem—A cluster of similar, undifferentiated 
dendrochronology plant cells that produce 
cells, which do differentiate and become mature 
tissues. 


Parenchyma—A non-vascular tissue composed of 
large, thin-walled cells that may differ in size, 
shape, and structure of cell wall. 


Tracheids—Thick walled, lignified elements of 
xylem that have no perforations on the crosswalls 
of adjoining cells. Instead, water is transferred 
among tracheid cells through holes in the side of 
the cell walls known as bordered pits. 


Vascular cambium—Undifferentiated plant tissue 
that gives rise to phloem and xylem. 


Vessel elements—Thick-walled, lignified elements 
of xylem that have perforated or missing end walls. 
The relatively large openings in the crosswalls 
between adjoining cells allow a continuous, verti- 
cal transport of water. 


Xylem—Plant tissue that transports water and min- 
erals upward from the roots. 


Resources 


BOOKS 

Bowyer, Jim L. Forest Products and Wood Science: An 
Introduction. Ames, IA: Iowa State Press, 2003. 

Ennos, Roland. Trees. Washington, DC: Smithsonian 
Institution Press, 2001. 

Hough, Romeyn Beck. The Wood Book. New York: 
Taschen, 2002. 

Pakenham, Thomas. Remarkable Trees of the World. 
New York: Norton, 2002. 

Tudge, Colin. The Tree: A Natural History of What Trees 
Are, How They Live, and Why They Matter. New York: 
Crown Publishers, 2006. 


Stephen R. Johnson 


[ Woodpeckers 


Woodpeckers are birds in the family Picidae, which 
includes about 200 species of true woodpeckers, wry- 
necks, and the diminutive piculets. Woodpeckers are 
widespread in the world’s forested areas, occurring every- 
where except Australia, New Zealand, New Guinea, 
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A male Gila woodpecker (Melanerpes uropygialis). (JLM 
Visuals.) 


Madagascar, and Antarctica. Birds in the woodpecker 
family range in size from the relatively enormous impe- 
rial woodpecker (Campephilus imperialis) of Mexico, 
with a body length of 21.7 in (55 cm) and weight of 1.1 
Ib (550 g) to tropical piculets only 3.2 in (8 cm) long. 


Instinctive behavior 


Woodpeckers spend a great deal of their time 
pecking wood and chiseling bark off trees. They do 
this for several reasons—to search for their principal 
food of wood-boring arthropods, to excavate their 
nesting and roosting cavities, and to proclaim their 
territory and impress potential mates by loud drum- 
ming. Woodpeckers accomplish these tasks by ham- 
mering vigorously at softer, fungal-rotted parts of 
living and dead trees, using their chisel-shaped bill. 
In their territorial drumming, however, woodpeckers 
tend to choose more resonant, unrotted trees. Some 
woodpeckers habitually use telephone poles and tin 
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roofs as their sonorous drumming posts. Both males 
and females engage in drumming displays, which may 
be supplemented by loud, raucous, laughing calls. 
Woodpeckers use their cavities for both nesting and 
roosting. Although both sexes participate in brooding 
the eggs and young, only the male bird spends the 
night in the nesting cavity. 


Physical adaptations 


Woodpeckers have a number of adaptations that 
permit them to hammer vigorously on wood without 
injuring themselves. Their skull is thick-walled and the 
brain is cushioned by absorbent tissue, which helps it 
withstand the physical shocks of their head blows. The 
tongue of the woodpecker is long, barbed, and sticky 
to help extract insects from crevices, and the organ is 
supported by an extended hyoid bone and its muscles. 
The bill of woodpeckers is stout and pointed, and it 
grows continuously because of the wear to which it is 
subjected. As an adaptation for gripping vertical bark 
surfaces, woodpeckers have feet in which two toes 
point forward and two backward. The stiff, down- 
ward-propping tail feathers of woodpeckers also pro- 
vide mechanical support while they are pecking. 


Most woodpeckers live in forests, eating arthro- 
pods in or on trees, but a few species occur in more 
open habitats, where they often forage on the ground 
for arthropods. Some species are at least partly her- 
bivorous, seasonally eating soft fruits and nuts. Many 
species of woodpeckers are migratory, while others are 
resident throughout the year in or near their territo- 
ries. All of the true woodpeckers nest in cavities that 
they excavate in the soft, rotted interior of living or 
dead trees. However, some birds in the family use 
natural cavities or are secondary users of the aban- 
doned excavations of other birds. 


Woodpeckers in North America 


About 21 species of woodpeckers regularly breed 
in North America. The largest species is the 18 in (46 
cm) American ivory-billed woodpecker (Campephilus 
principalis) of the southeastern United States. This 
species was thought to be extinct until a recent sighting 
of one bird in 2005. Conservationists are studying the 
area to see if more birds can be found. 


The pileated woodpecker (Dryocopus pileatus) is 
another large species, with a body length of 15 in (38 
cm). This species is still widespread, although uncom- 
mon throughout its range. 


The northern flicker (Colaptes auratus) occurs 
very widely across North America. The yellow-shafted 
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flicker is a subspecies (C. a. borealis) with bright yellow 
underwing feathers and is predominant in the eastern 
and northern range, while the red-shafted flicker 
(C. a. cafer) is southwestern in distribution. Flickers 
often feed on the ground, eating ants and other insects. 


The yellow-bellied sapsucker (Sphyrapicus varius) 
drills a horizontal series of holes in trees, which then 
ooze sugary sap that attracts and ensnares insects. 
These are later eaten by the sapsucker, as is some of the 
sap. The acorn woodpecker (Melanerpes formicivorus) 
occurs in oak forests of the southwestern United States. 
This species collects and caches acorns for future con- 
sumption, storing them in small holes that it excavates in 
tree bark. The acorn woodpecker lives in social groups of 
four to 10 closely related individuals. These cooperating 
birds engage in communal defense of a breeding terri- 
tory, and they collect and store their acorns together. 


The hairy and downy woodpeckers (Picoides vil- 
losus and P. pubescens) are the most widespread species 
in North America, occurring in almost every forest. The 
downy woodpecker is more abundant and familiar, 
often occurring in suburban environments. Both spe- 
cies will feed on suet and peanut butter at feeders. 


Woodpeckers and humans 


Woodpeckers have sometimes been regarded as 
pests. Sapsuckers occasionally cause damage when 
their horizontal rows of drillings girdle trees and pre- 
vent the free flow of sap and water. Pileated wood- 
peckers can damage wooden utility poles, sometimes 
requiring their premature replacement. Overall, wood- 
peckers provide more benefit than detriment to 
humans because they feed on injurious insects, provide 
nesting cavities for a wide range of other species of 
wildlife, and have positive aesthetics for birdwatchers 
and other people who enjoy sightings of these interest- 
ing and personable birds. 


The populations of some species of woodpeckers 
have decreased greatly as a result of human activities. 
The American ivory-billed woodpecker may never 
have been very abundant in the North American part 
of its range, and it quickly declined when its preferred 
habitat of bottom land forests of angiosperm trees and 
swamps of cypress were cleared for agriculture or 
harvested for lumber. This species has not been seen 
with certainty in North America since the 1940s, 
although a controversial videotape shot in an 
Arkansas swamp in 2004 is considered by some to be 
evidence that the species still exists in North America. 
The subspecies known as the Cuban ivory-billed 


4716 


woodpecker (Campephilus principalis bairdii) is also 
critically endangered, as is the closely related imperial 
woodpecker of Mexico. 


The red-cockaded woodpecker (Picoides borealis) 
occurs in old-growth pine forests in the southeastern 
United States. This species breeds colonially, and has a 
relatively complex social system, involving clan-help- 
ers that aid in the rearing of broods. There have been 
large reductions in the pine forests that satisfy the 
relatively stringent habitat requirements of the red- 
cockaded woodpecker, because these ecosystems 
have been converted to agricultural uses, plantation 
forests, and residential developments. The diminished 
populations of red-cockaded woodpeckers are now 
extremely vulnerable to further losses of their habitat 
through human activities or because of natural distur- 
bances such as wildfire and hurricanes, and the species 
is listed as endangered. To prevent the extinction of 
this species, it is necessary to protect suitable habitat, 
and to manage these protected areas sustainably. In 
other areas of suitable habitat lacking protection, it is 
necessary to greatly restrict the types of forestry that 
are permitted in the vicinity of known colonies of this 
endangered species. 


Beyond the specific case of the endangered red- 
cockaded woodpecker, intensive forest management 
poses a more general risk to woodpeckers. This hap- 
pens because the birds require a forest habitat that 
contains standing dead trees (snags), in which they 
can excavate cavities, feed, and display. Forestry 
tends to greatly reduce the numbers of snags in the 
forest, because dead trees can pose a tree-fall hazard to 
workers, and because they take up space without con- 
tributing to the economically productive forest 
resource. This is especially true of forestry plantations, 
where large snags may not be present at all, thus 
depriving woodpeckers of an opportunity to utilize 
these industrial forests. One of the sensible accommo- 
dations that will have to be made by foresters to 
encourage woodpeckers (and the many other species 
of birds and mammals that utilize dead wood in for- 
ests) will be the provision of snags in managed forests 
to allow the native animals to sustain breeding pop- 
ulations. This would mean the integrated management 
of the land for both forest products and for wood- 
peckers and other species of wildlife. 


Status of selected woodpecker species 


- Acorn woodpecker (Melanerpes formicivorus). Pop- 
ulation appears stable. 
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- Black-backed woodpecker (Picoides arcticus). Local 
populations rise and fall with changes in the food 
supply, but the overall population appears stable. 


- Downy woodpecker (Picoides pubescens). A com- 
mon and widespread woodpecker. The population 
appears stable. Does not nest in birdhouses. 


Gila woodpecker (Melanerpes uropygialis). The 
population in California declined in the twentieth 
century, but this species remains abundant in 
Arizona. 


Golden-fronted woodpecker (Melanerpes aurifrons). 
This bird was once shot by railroad personnel 
because it was considered a telephone pole pest 
(soft pine is much easier to drill holes in than mes- 
quite), and many were shot in Texas in the early 
1900s. Today, the population appears stable. 


Great spotted woodpecker (Dendrocopos major). An 
Alaskan stray. 


Hairy woodpecker (Picoides villosus). Has declined 
in some areas due to loss of nesting sites. Starlings 
and house sparrows sometimes take over the nesting 
cavities. 


Ivory-billed woodpecker (Campephilus principalis). 
May be close to extinct. Any surviving populations 
in the U.S. or Cuba are likely to be tiny. 


Ladder-backed woodpecker (Picoides  scalaris). 
Indications are that there has been a slight decline 
in number in recent years, but the population today 
appears stable. 


- Lewis’s woodpecker (Melanerpes lewis). Found 
erratically, so populations have been hard to mon- 
itor. There is some indication, however, that popu- 
lations have declined in recent years. This 
woodpecker is sometimes considered an orchard 
pest. 


- Nuttall’s woodpecker (Picoides nuttallii). Population 
appears stable. 


Pileated woodpecker (Drycopus pileatus). The pop- 
ulation declined in the East in the eighteenth and 
nineteenth centuries due to deforestation. This 
woodpecker has made a gradual comeback since 
1900, becoming once again common in some areas. 


« Red-bellied woodpecker (Melanerpes carolinus). The 
population in the North declined over the first half of 
the twentieth century, but this trend has recently 
reversed itself. The overall population appears sta- 
ble, and may actually be increasing. 
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Cavity nester—A bird that builds its nest in a hol- 
low in a tree. Woodpeckers excavate their own 
cavities, but other species of birds and some mam- 
mals use natural cavities, or excavations created 
and abandoned by other species, especially 
woodpeckers. 

Integrated management—A management system 
that focuses on more than a single economic 
resource. In forestry, integrated management 
might be designed to enhance the resource of lum- 
ber and pulpwood, as well as the needs of hunted 
animals such as deer, non-hunted animals such as 
song birds and woodpeckers, the aesthetics of land- 
scapes, and other values. 


Snag—An erect but dead tree. 


- Red-cockaded woodpecker (Picoides borealis). 
Endangered. The total population is estimated at 
less than 10,000, with many local groups facing 
extinction. The cause of this woodpecker’s decline 
has been the suppression of natural fires and over- 
cutting of the pine forests in the Southeast. 


Red-headed woodpecker (Melanerpes erythrocepha- 
lus). The population has been in decline for a number 
of years, probably due to loss of nesting sites and 
competition with starlings for nest cavities. This 
woodpecker avoids birdhouses. 


Strickland’s woodpecker (Picoides stricklandi). The 
population in the United States appears stable. 


Three-toed woodpecker (Picoides tridactylus). Local 
variations in population. Although usually uncom- 
mon, this woodpecker may become abundant during 
periods of heavy insect infestation. Appears stable in 
remote northern range. 


White-headed woodpecker (Picoides albolarvatus). 
Population appears stable. 


Northern flicker (Colaptes auratus). Abundant and 
widespread, but there may have been some decline in 
population. The flicker competes at a disadvantage 
with the starling for new nesting sites. The yellow- 
and red-shafted subspecies appear stable. 


- Williamson’s sapsucker (Sphyrapicus thyoideus). 
Population appears stable. 


- Red-breasted sapsucker (Sphyrapicus ruber). 
Although the population may have declined due to 
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cutting of forests of the Northwest, this species is still 
fairly numerous. 


- Yellow-bellied sapsucker (Sphyrapicus varius). 
Although this bird has disappeared from some tradi- 
tional southern nesting areas, it is still fairly 
numerous. 


- Red-naped sapsucker (Sphyrapicus nuchalis). Popu- 
lation appears stable. 
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l Woolly mammoth 


The woolly mammoth (Mammuthus primigenius) 
was a large mammal that coexisted with early 
humans. It became extinct at the end of the last ice 
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age, about 10,000 years ago. One of four species of 
mammoths, woolly mammoths were abundant on the 
cold tundra that extended beyond the glaciated ice 
fields of Europe, Asia, and North America. It is 
unclear whether the extinction of the woolly mam- 
moth was a result of climatic warming at the end of 
the last ice age, leading to the loss of mammoth 
habitat, over-hunting by human predators, or a com- 
bination of both. 


The woolly mammoth belonged to the same family 
as modern elephants. Standing approximately 11 ft 
(4 m) tall and weighing 6-8 tons, this animal was well- 
adapted to the cold tundra, especially compared to the 
other species of mammoths. The woolly mammoth was 
so-named because of the thick, long brown fur that 
covered its entire body, including the ears and trunk. 
Beneath its fur was a wool undercoat, and layers of fat 
provided additional insulation from the cold. Its 
extremities (ears, feet, trunk, and tail) were small in 
comparison to those of other mammoth species, to 
minimize the loss of body heat through its surface. As 
an herbivore feeding on coarse tundra vegetation, the 
woolly mammoth had huge specialized teeth and a 
lower jaw that swung back and forward to shred 
plants. The woolly mammoth may have used its long, 
curved ivory tusks to scrape snow from the plants. 


Three lines of elephants, the African and Asian 
elephants and the mammoths, evolved during the 
Miocene Epoch, about 24 million years ago. 
Mammoths first appeared in Africa and then spread 
through Europe and Asia. The woolly mammoth was 
one of two mammoth species that migrated across the 
land bridge from Siberia to North America, less than 
one million years ago. Numerous fossilized bones and 
teeth of the woolly mammoth have been found across 
the northern United States and southern Canada. 
Three woolly mammoths, along with numerous 
Columbian mammoths, have been found at the Hot 
Springs sinkhole in South Dakota, where they were 
trapped and died 26,000 years ago. Bodies of woolly 
mammoths also have been found preserved in ice, with 
their last meal of tundra plants still in their stomachs. 


In 1999, a 23-ton block of ice, containing a fully- 
preserved 23,000 year-old male woolly mammoth, was 
excavated from the permafrost of the Siberian tundra. 
Scientists plan to move the block to an ice cave, where 
it will be carefully thawed using hair dryers. This speci- 
men will provide new information about the woolly 
mammoth and, potentially, woolly mammoth DNA 
for use in cloning experiments. 


Margaret Alic 
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Woolly mammoth. (© Jonathan Blair/Corbis.) 


The term work has a very specific meaning in physics 
that is different from the everyday use of the term. In 
physics, the amount of work (W) is the distance (d) an 
object is moved times the amount of force (F) applied in 
the direction of the motion: W = Fd. If the force is not 
parallel to the direction of motion, the force must be 
multiplied by the cosine of the angle between the force 
and the direction of motion to get the component of the 
force parallel to the motion. 


A unit of work in the English system of units is the 
foot-pound (ft-lb). One foot-pound is equivalent to 
the amount of work necessary to raise one pound of 
mass through a height of one foot at sea level. In the 
CGS (centimeter-gram-second) system of units, one 
erg equals a force of one dyne traveling one centi- 
meter. However, more commonly the joule is used 
for work, which is equal to 10’ ergs. Joule is the unit 
in the SI (System International) system for work, 
which is equal to the force of one newton as it moves 
through one meter of distance in the direction of the 


applied force. (One newton, in the SI system, is the 
force necessary to give a one-kilogram mass an accel- 
eration of one meter per second per second.) Used 
often with work, power is the rate of doing work 
(work per time). In the English system, one horse- 
power (hp) is equal to 550 ft-lb/sec and, in the SI 
system, one watt is the power of one joule per second. 


Who is doing more work: a weight lifter holding 
up, but not moving, a 200 Ib (91 kg) barbell, or an 
office worker lifting a pen? The weight lifter is cer- 
tainly exerting more effort, and many people would 
say he is doing more work. To a physicist, however, 
the office worker is doing more work as long as the 
weight lifter does not actually move the barbell. 
The weight lifter does a considerable amount of work 
lifting the barbell in the first place, but not in holding 
it up. 


If the force applied in the direction of motion is 
zero, then the work done is zero regardless of the 
amount of motion. Likewise, if the distance moved is 
zero, then the work done is zero regardless of the force 
applied. Any number multiplied by zero is still zero. In 
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the above example, the weight lifter is exerting a large 
force, but as long as he does not actually move the 
weight he is doing zero work, just exerting a lot of 
effort. The office worker does not need to exert much 
force to lift the pen, but the force is not zero. So lifting 
and moving the pen is more work than supporting but 
not moving the weight. Now, think about the weight 
lifter actually lifting the weight. There is a large force 
required to lift the weight, and it moves several feet. 
The weight lifter is now doing quite a bit of work. To 
do work, one must actually move something. Just 
exerting a force, no matter how large, is not enough. 


See also Energy. 


| Wrens 


Wrens are about 60 species of small, restless perch- 
ing birds in the family Troglodytidae. Species of wrens 
are most diverse in North America and South America, 
although one species, the winter wren, breeds widely in 
Europe, Asia, and North Africa. Wrens occur in a wide 
range of habitats, including semi-desert, prairie, sav- 
anna, forests, and wetlands. Species of wrens breed 
from the boreal zone to the humid tropics. 


Wrens are small, stout birds, ranging in body 
length from 3.9-8.7 in (10 to 22 cm). They have short, 
rounded wings, and long, strong legs, feet, and claws, 
and they hold their tail cocked upwards. Their bill is 
rather long, slender, pointed, and downward curved. 
Wrens are relatively dull colored, commonly in gray, 
brown, or rufous hues, patterned with white or black 
bars, mottles, or spots, and often a white belly. The 
sexes do not differ in coloration, and juveniles are 
similar to adults. 


Wrens are active birds, often chattering and flitting 
about in dense undergrowth or shrubbery in search of 
their food of insects and other invertebrates. However, 
wrens are furtive animals and do not often emerge from 
dense cover, so that in spite of their bustling activity, 
they are not frequently seen. Wrens roost in concealed 
nest-like structures at night. During cold weather, 
wrens may roost together in huddled social groups. 


Wrens are territorial. Males proclaim and defend 
their breeding territory using a rapidly phrased, melo- 
dious song. The nest may be placed in a hollow cavity, 
or it may be constructed as a dome-shaped structure of 
plant fibers and twigs, usually placed on or close to the 
ground. The clutch size ranges from two to 11, with 
larger numbers of eggs being laid by birds of temperate 
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ecosystems, and smaller clutches by wrens breeding in 
tropical habitats. The female incubates the eggs, but 
males help with raising the brood. Some species of 
wrens breeding in boreal and temperate habitats are 
commonly polygynous, particularly in situations 
where the territory of the male is of high quality. 


Species of wrens 


Ten species of wrens breed regularly in North 
America. 


The winter wren (Troglodytes troglodytes) breeds 
in moist, conifer-dominated forests, and winters in the 
eastern United States and western coastal forests. This 
species is the widest-ranging of the wrens, breeding 
extensively in North America, and also in Eurasia 
and North Africa, where it is known as the common 
wren. The winter wren breeds in a wide range of hab- 
itats, from boreal, conifer forests on offshore islands, 
to densely shrubby suburban gardens and parks. 


The house wren (Troglodytes aedon) is a wide- 
spread and familiar species, breeding through much of 
southern Canada and extensively through the United 
States, except for parts of the Southeast. The house 
wren winters as far south as southern Mexico and the 
Gulf Coast of the southern states. This species will often 
accept a nest box located in a shrubby habitat, and in 
this way can be lured to breed in suburban gardens. 


Bewick’s wren (Thryomanes bewickii) is a rela- 
tively common breeder in the western United States 
and south to Mexico, and is less abundant in the east- 
ern states. 


The Carolina wren (Thryothorus ludovicianus) is a 
relatively abundant breeding species in southern 
Ontario and most of the eastern United States. This 
species is partial to thick, brushy habitats in open 
forests, along forest edges, and in parks and gardens. 


The marsh wren (Cistothorus palustris) breeds 
abundantly in its habitat of tall marshes with bul- 
rushes, cattails, and reeds across much of central and 
southern North America. This species winters in the 
southern United States and Central America. The 
sedge wren or short-billed marsh wren (Cistothorus 
platensis) is a less common species in its range in 
central-eastern North America, and breeds in shorter 
wet meadows and fens dominated by sedges. This 
species winters in coastal marshes of the southern 
Atlantic states and Gulf of Mexico. 


The rock wren (Salpinctes obsoletus) breeds in 
semiarid rocky habitats through the western United 
States to Costa Rica in Central America. 
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A marsh wren (Cistothorus palustris) perched in cattail stalks at Stoney Point, Ontario, Canada. (Robert J. Huffman. Field Mark 
Publications.) 


The cactus wren (Campylorhynchus brunneicapil- 
lus) 1s the largest of the North American wrens, achiev- 
ing a length of almost 6.7 in (17 cm). This species 
breeds in deserts with thorny shrubs and large cactus 
plants, especially saguaro, from the southwestern 
United States through Central America. 


Wrens and humans 


Some species of wrens in North America have 
suffered greatly from habitat losses associated with 
human activity. Other stressors have also been impor- 
tant, including the use of pesticides in agriculture, 
forestry, and in the shrubby parks and gardens in 
which some wrens breed. 


The San Clemente Bewick’s wren (Thryomanes 
bewickii leucophrys) was a resident breeder on San 
Clemente Island off southern California. This subspe- 
cies of the Bewick’s wren became extinct through 
severe habitat damages that were caused by intro- 
duced populations of goats and sheep. These are gen- 
eralized herbivores that essentially devoured the 
limited habitat of the San Clemente Bewick’s wren, 
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KEY TERMS 


Polygynous—A breeding system in which a male will 
attempt to breed with as many females as possible. In 
birds, the female of a polygynous species usually incu- 
bates the eggs and raises the babies. 


and that of other native local species of plants and 
animals. 


Other populations of wrens have also declined in 
many places in North America. The leading causes of 
these changes are habitat losses associated with the con- 
version of natural ecosystems into land-uses associated 
with agriculture and housing, and to a lesser degree, with 
forestry. Pesticide use is also important in some cases. 
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| Wren-warblers 


The wren-warblers or Australian fairy-wrens are 
30 species of birds that constitute the family 
Maluridae. These are nonmigratory birds, occurring 
in New Guinea, Australia, and nearby islands. Their 
usual habitat is forests, shrublands, and heaths. 


Wren-warblers are small birds, with a body length of 
3.9-7.9 in (10-20 cm), including the long, cocked tail that 
many species have. Their wings are short and rounded, 
and the bill is small and weak. The males of most species 
are brightly colored in contrasting patterns of blue, red, 
brown, black, or white. Other species, however, are more 
drab in coloration, and the sexes do not differ. 


Wren-warblers are gregarious, and they hunt in small 
flocks for their prey of insects and other small inverte- 
brates in canopy foliage. Some species also eat seeds. 


Wren-warblers are loosely territorial during their 
breeding season. The males of most species are good 
singers, and they defend their individual territories in 
this way. However, the fairy-wrens (Malurus spp.) 
often breed in a social group, in which one male is 
dominant, and is the most handsomely colored. One 
or more other males assist with his breeding effort, and 
if anything happens to the dominant individual, 
another will quickly moult to a brighter plumage and 
assume the central role. 


The nest of wren-warblers is a dome-shaped struc- 
ture with a side entrance. The clutch size is two to four 
eggs, which are incubated by the female. Both sexes 
rear the young birds. 
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The fairy-wrens (Malurus spp.) are especially lovely. 
The variegated wren (Malurus lamberti) occurs in south- 
eastern Australia, and has a sky blue cap and tail, a violet 
throat, and chestnut-and-black wings. The superb blue 
wren (M. cyaneus) has a similar range, and a violet throat 
and tail, light blue cap and face, and a brown back. 


The southern emu-wren (Stipiturus malachurus) 
breeds in southern Australia and Tasmania. This spe- 
cies has a chestnut cap, a bright blue throat, and a light 
brown body. 


Bill Freedman 


f Wrynecks 


Wrynecks are two species of small, woodpecker- 
like birds. Wrynecks are in the family Picidae, which 
also includes the woodpeckers and piculets. However, 
the distinctively different wrynecks are in their own 
subfamily, the Junginae. Wrynecks received their 
common name from their habit of twisting their head 
and neck when disturbed. 


The plumage of wrynecks is a mottled and cryptic 
brown, gray, and black. Wrynecks are somewhat less 
specialized feeders than the true woodpeckers. They 
lack the stiff propping tail feathers of the woodpeck- 
ers, do not climb vertical tree-trunks, and do not drill 
holes in bark and wood. Wrynecks do, however, nest 
in cavities in trees, although they do not excavate these 
for themselves. 


Wrynecks forage on the ground for their food of 
ants and other small invertebrates. Their usual habitat 
is angiosperm-dominated forests. 


The European wryneck (Jynx torquilla) breeds widely 
in forests of Eurasia and north Africa, and migrates to 
sub-Saharan Africa and tropical Asia. The African wry- 
neck (J. ruficollis) occurs in forests in Africa. 


Bill Freedman 
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l X-ray astronomy 


At the high-energy end of the electromagnetic 
spectrum, x rays provide a unique window on some 
of the hottest and most violent objects in the universe. 
X rays are electromagnetic waves with wavelengths 
covering a broad range from about 3 x 10° ft (10° m) 
to 3 x 10°'! ft 10"! m); or about 10 to 0.01 nano- 
meters (where one nanometer equals one-billionth of a 
meter). Since the discovery of extra-solar x-ray sources 
in 1962, scientists have investigated a large number of 
phenomena that emit x rays. With each new space 
mission, more sources and more details of the struc- 
ture of the x-ray universe have been gleaned. 


Background 


Although they are among the most energetic of 
the electromagnetic spectrum, and thus provide a win- 
dow on some of the most violent processes in the 
universe, xX rays are not able to penetrate Earth’s 
atmosphere; they are absorbed at about 62 mi (100 km) 
above the surface. Thus, only with the advent of 
rocket and satellite astronomy have astronomers 
been able to study the wide-ranging phenomena that 
produce x rays. The highest energy x rays have also 
been studied by balloons high in Earth’s atmosphere, 
but there are far fewer photons at these energies than 
at the lower energies that can be observed above the 
atmosphere. 


X rays are also difficult to bring to a focus, since 
their energies are so high. Therefore, an important 
breakthrough in x-ray astronomy was the advent of 
imaging telescopes, replacing instruments that could 
only crudely tell in which direction an x-ray source was 
located. The telescopes with which astronomers are 
most familiar, consisting of lenses or mirrors that 
capture light arriving at normal incidence (perpendic- 
ular to the surface) will not work in the x-ray region of 
the spectrum, since the x rays pass through unchanged 


GALE ENCYCLOPEDIA OF SCIENCE 4 


or are absorbed by the optics. Instead, x-ray astron- 
omers use grazing incidence telescopes, in which the 
light from the source strikes mirrors at angles of only a 
few degrees, skipping like stones over the surface of 
water. By combining two mirrors, the energy can be 
focused onto a detector in order to provide a sharp 
image of the source. 


History 


Although the temperature of the sun’s surface is 
about 6,000 K (10,341°F; 5,727°C), by the 1930s there 
was evidence that the outer regions of the solar atmos- 
phere were much hotter, meaning that they could be a 
source of x rays. At that time, there was no way to 
verify this prediction, however. After World War II 
(1939-1945), when captured German V-2 rockets 
allowed American scientists to place instruments out- 
side the protective atmosphere for the first time, a 
number of experiments were able to show that the 
sun did indeed produce x rays. 


The strongest early evidence came in 1948, when 
x-ray detectors registered x rays were coming from the 
direction of the sun. Further investigations showed 
that the total x-ray output of the sun was only a tiny 
fraction of the total energy generated. Because the 
total x-ray output was so small, despite the fact that 
the sun is so close in terms of interstellar distances, 
many believed that no other sources would be found. 


In 1962, a rocket was sent up to look for x rays 
from the moon, which was theorized to generate x rays 
due to solar wind bombardment. No emission was 
detected from the moon, but in a surprising discovery, 
the detector registered an x-ray source in the direction 
of the constellation Scorpio, along with a diffuse back- 
ground coming from all directions; the source was 
called Scorpius X-1. 


Since that time, a large number of rocket and 
Earth-orbiting satellites have discovered tens of thou- 
sands of x-ray sources in the sky, many of which are 
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many orders of magnitude brighter than the sun. The 
Crab Nebula, for instance, produces approximately 
2,000 times more energy in the x-ray region of the 
spectrum than the sun does over all wavelengths. 
Thus, astronomers now know that the sun is relatively 
quiet as far as x-ray sources go. 


The x-ray universe 


A wide variety of x-ray sources have been seen 
since the first extrasolar identification in 1962. A few 
of the most interesting types of sources are: 


The sun. A number of x-ray satellites have moni- 
tored the sun. Solar flares produce enhancements in its 
x-ray output. 


Stars. Many stars, particularly those with coronae 
or rapid stellar winds, emit x rays from their outer 
layers. 


Comets. Astronomers have detected x-ray emis- 
sion from various different comets since the phenomenon 
was first discovered in 1996 with comet Hyakutake. 
Scientists believe that x rays are generated by some 
sort of interaction between the solar wind and the 
comet’s atmosphere, ionosphere, or atoms within the 
nucleus. 


Groups of galaxies in hot clouds. Bright x-radiation 
is seen emanating from clusters of galaxies, which, due 
to their enormous gravitational pull, trap gas in the 
region. This gas is very hot, and there is a large amount 
of it. It thus glows in the x-ray region. 


X-ray background. The sky is not dark in the x-ray 
region of the sky like it is in the visible. The diffuse 
background that was detected in the rocket flight 
described above is still not understood, although 
some believe it may be the result of many individual, 
unresolved sources. 


X-ray binaries. These are close binary stars in 
which gas from one star falls onto its companion, 
heats up, and gives off x rays. This is especially bright 
when the companion is a compact stellar remnant such 
as a neutron star or black hole, because the enormous 
gravitational field compresses and heats the incoming 
gas, causing it to glow at x-ray wavelengths. 


Supernova remnants. Explosions of stars, or 
supernovae, show traces of the heavy elements that 
are formed there when their x-ray spectra are 
examined. 


Quasars and active galactic nuclei. These are 
among the most energetic objects in the universe, and 
they emit enormous quantities of radiation at x-ray 
wavelengths. It is thought that the ultimate source of 


4724 


this energy is a supermassive black hole, surrounded 
by an accretion disk of in-falling gas that is heated to 
many millions of degrees. 


X-ray missions 


Among the largest and most productive x-ray 
missions were Uhuru (1970-1973, also known as 
X-ray Explorer Satellite), which catalogued 339 x-ray 
sources; Einstein Observatory (also known as HEAO- 
2, 1978-1981, was the first fully imaging x-ray tele- 
scope in space); and EXOSAT (1983-1986, made over 
1,700 observations in the x-ray band of astronomical 
objects). In addition, there have been many smaller- 
scale observations. 


More recent missions, such as the German 
ROSAT (RO6ntgensatellit), launched in 1990, contain 
very sophisticated instrumentation, including detec- 
tors and grazing incidence telescopes, which can pin- 
point the location of an x-ray source to very high 
accuracy, and take x-ray pictures to show the shape 
and distribution of the source. This is an important 
improvement over early missions, which often were 
not able to determine the exact location of the x-ray 
sources, making it difficult to correlate the source with 
an object that could be detected in another wavelength 
region. It operated until 1999. 


Recent missions have also been able to measure 
the x-ray spectrum, or strength of the radiation in 
different energy bands. This allows the identification 
of particular elements in the source. ROSAT identified 
more than 50,000 x-ray sources during its survey 
phase, when it scanned the sky for six months. It also 
finally succeeded in detecting x rays from the moon, 
nearly 30 years after the first attempt to do so. 


NASA launched the Advanced X ray Astrophysics 
Facility (AXAF), later named the Chandra X-ray 
Observatory, in 1999. Designed with a resolution 25 
times better than any preceding x-ray telescope, CXO 
passes around the Earth in an elliptical orbit, studying 
black holes, supernovas, and dark matter and in an 
attempt to increase scientific understanding of the 
origin and evolution of the universe. As of 
November 2006, it is continuing its mission of 
exploration. 


BeppoSAX was an Italian-Dutch - satellite 
launched in 1996 to study x-ray sources and to identify 
gamma-ray bursts with extra-galactic objects. It ended 
its mission in 2003. The name Beppo was to honor 
Italian astronomer Giuseepe (Beppo) Occhialine 
(1907-1993), and SAX stands for satellite for x-ray 
astronomy. Similarly, the Swift Gamma-Ray Burst 
Mission was launched on 2004 by NASA. Its mission 
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KEY TERMS 


Grazing incidence telescope—A telescope design 
in which the incoming radiation strikes the mirrors 
at very small angles. 


Spectrum—A display of the intensity of radiation 
versus wavelength. 


was also to study gamma-ray bursts and to observe 
their afterglows in the x-ray, gamma-ray, ultraviolet, 
and optical wavelengths. It mission continues as of 
November 2006. 
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l X-ray crystallography 


X-ray crystallography is a laboratory technique 
used for the study of the internal structure of crystal- 
line materials. More specifically known as x-ray dif- 
fraction, the technique is based on the interference 
pattern produced as x rays pass through the three- 
dimensional, repeating pattern of atoms within a crys- 
tal lattice. The characteristic interference patterns pro- 
duced are reflective of the molecular structure of the 
sample. X-ray diffraction has enabled the measure- 
ment of distances between planes of atoms and the 
determination of the arrangement of atoms within 
the lattice. Once the characteristic pattern for a 
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substance has been identified, x-ray diffraction may 
also be used to identify an unknown sample of that 
same material by matching the diffraction pattern of 
the unknown to the appropriate known pattern. 


Prior to the discovery of x-ray diffraction, crystal- 
lographers had no means by which to measure the 
internal positions of atoms within crystals and could 
only hypothesize as to the internal structure based 
upon external and optical features. X-ray diffraction 
has allowed crystallographers to demonstrate the 
orderly internal structure of crystals and has pro- 
foundly affected science since the inception of the 
technique. 


In 1895, x rays were discovered by German phys- 
icist Wilhelm Conrad Roentgen (1845-1923) while 
experimenting with cathode rays. In 1912, German 
physicist Max von Laue (1879-1960) suggested that 
X rays interacting with a crystal could produce a distinc- 
tive interference pattern. His hypothesis, for which he 
was awarded the 1914 Nobel Prize, proved to be correct. 
The procedure demonstrated the internal order of 
atoms within a crystal and was the origin of x-ray 
crystallography. In 1914, father and son team of 
English physicists William Henry Bragg (1862-1942) 
and William Lawrence Bragg (1890-1971) refined the 
analysis of crystalline structure with x-ray diffraction, 
determined the atomic structure of a simple inorganic 
substance, common salt (NaCl), and deciphered the 
mathematical relationships between crystal structure 
and the associated diffraction pattern. They were jointly 
awarded the Nobel Prize in 1915; the younger Bragg 
was the youngest-ever Nobel laureate at age 25 years. 


Crystalline substances have an ordered three- 
dimensional arrangement with a particular spacing 
of atoms. When x rays strike the atoms within the 
crystal, the atoms absorb and reemit the energy from 
the x rays in the form of spherical wave fronts emanat- 
ing from each atom. The waves traveling outward 
from each atom interact with other waves in the proc- 
esses known as constructive and destructive interfer- 
ence. In some directions, the waves cancel each other 
and little energy remains; in other directions, the 
energy is reinforced and a zone of increased energy 
exists. The resulting pattern of constructive and 
destructive interference is known as a diffraction pat- 
tern. The patterns are controlled by the spacing of 
atoms within the matrix and are unique to that 
substance. 


In its most basic form, a diffractometer consists of 
three main components; a source of x rays and the 
means to direct the beam to the sample, a sample 
holder, and a method for collecting the resultant 
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KEY TERMS 


Crystal—A solid, homogeneous body composed of 
a single element or compound having a fixed and 
regular internal atomic arrangement that may be 
expressed by external planar faces. 


Crystal lattice—The ordered, three-dimensional 
arrangement of atoms in a crystal. 


Crystallography—tThe study of crystals, including 
their growth, structure, properties, and classi- 
fication. 


Diffraction—The process by which the direction of 
wave motion is modified by bending around an 
obstacle. 


Diffractometer—The laboratory instrument used 
for x-ray crystallographic analysis. 


Interference—The effect two sets of electromag- 
netic waves have on each other, and the combined 
pattern which may be detected as formed by this 
interaction. 


X ray—Electromagnetic radiation of very short 
wavelength, and very high energy. 


radiation and recording the diffraction pattern. In the 
Laue method, a single crystal is placed in the x-ray 
beam and the diffraction pattern is captured on photo- 
graphic film. The crystal is stationary and the method 
allows for the study of symmetry within the crystal 
structure. The rotational method of diffraction is sim- 
ilar to the Laue method in that a single, well-formed 
crystal is used. As the name suggests, however, the 
crystal is rotated about one axis, allowing the collec- 
tion of a greater quantity of diffraction data. The 
difficulties associated with obtaining and orienting 
well-formed crystals eventually led to the development 
of the powder method of x-ray crystallography. In this 
case, the sample is ground to a powder and the dif- 
fracted energy from all of the atomic planes within the 
material are measured simultaneously. 


On modern diffractometers, electronic detectors 
linked to chart recorders have replaced photographic 
film. The information provided by each of these meth- 
ods is quite similar, but the automated electronic sys- 
tem has a number of advantages. These advantages 
include the ability to read the data values directly from 
the chart without the need for careful measurements, 
the intensity of the energy peaks is clearly visible on 
the chart, no need for film developing, and rapid data 
collection. 
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X-ray crystallography was initially used to inves- 
tigate the structure of minerals, confirming and refin- 
ing the crystallographic descriptions. Use of the 
technique was expanded to the investigation of metals, 
alloys, and inorganic and organic chemical substan- 
ces. More recently, biomedical research has utilized 
the technique for the investigation of the structure 
and dynamics of proteins, nucleic acids, and other 
biological molecules. Research into microelectronics 
and semiconductors, as well as pharmaceutical 
research, continue to rely on the qualities of x-ray 
crystallography. 


See also Electromagnetic spectrum; Mineralogy. 
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l X rays 


X rays are a type of electromagnetic radiation. 
They are electromagnetic waves with wavelengths cov- 
ering a broad range from about 3 x 10° ft (10° m) to 
3 x 10°"! ft (10°'! m); or about 10 to 0.01 nanometers 
(where one nanometer equals one-billionth of a 
meter). 


There is no sharp boundary between x rays and 
ultraviolet radiation on the long wavelength side of 
this range. Similarly, on the short wavelength side, 
x rays blend into that portion of the electromagnetic 
spectrum called gamma rays which have even shorter 
wavelengths. X rays have wavelengths much shorter 
than visible light, which occurs between 1.2 x 10°° and 
2.1 x 10°° ft (4 x 10°’ and 7 x 10°’ m), and they also 
behave quite differently. They are invisible, are able to 
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penetrate substantial thicknesses of matter, and can 
ionize matter. Since the time of their discovery in 1895, 
they have been an extremely important tool in the 
physical and biological sciences and the fields of med- 
icine and engineering. 


History 


X rays were discovered in 1895 by German phys- 
icist Wilhelm Roentgen (1845-1923) quite by accident 
while he was studying the conduction of electricity 
through gases at low pressure. The discovery was 
made when these mysterious “X” rays were observed 
to light up a fluorescent screen a few meters from the 
source. Roentgen soon found that these rays were 
quite penetrating and was actually able to insert his 
hand between the source and the screen and see on the 
screen the faint shadow of the bones in his hand. This 
indicated that more dense materials such as bone 
absorbed more x rays than less dense material such 
as human flesh. He soon found that photographic 
plates were sensitive to x rays and was able to make 
the first crude x-ray photographs. 


Roentgen had been experimenting with what was 
called a cathode ray discharge tube; i.e., a partially 
evacuated glass tube with metal electrodes at each end. 
When a high electrical voltage was applied between the 
electrodes a discharge took place in the tube. One 
effect of the discharge was to produce electrons that 
acquired high velocities as they were attracted to the 
positive electrode. When they hit this metal electrode 
the x rays were produced. It was not until 1913 that 
American physicist William David Coolidge (1873- 
1975) invented the x-ray tube similar to those still 
used today. Coolidge removed as much air from the 
tube as possible and used a hot tungsten filament as 
the source of electrons. This permitted more careful 
experiments in which the high voltage applied to the 
tube and the rate at which electrons hit the target could 
be varied independently. 


Mechanisms for x-ray production 


The intensity of x rays from an x-ray tube varies 
with wavelength. A diagram of the wavelength spec- 
trum from an x-ray tube shows several sharp peaks 
superimposed on what appears to be a continuous dis- 
tribution. The peaks and the continuous region are 
produced by two quite different mechanisms. The con- 
tinuous spectrum is produced by the incident electrons 
as they strike and enter the metal target. They are 
attracted by the positively charged nuclei of the atoms 
in the target and are suddenly deflected. Electromag- 
netic theory tells scientists that when electric charges are 
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accelerated, they radiate. Similarly, in the antenna of a 
radio or television transmitter, electrons are made to 
oscillate rapidly back and forth, but in that case the 
accelerations are not as large and the wavelengths are 
much larger being measured in meters or centimeters. 


A completely different mechanism produces the 
sharp peaks in the x-ray spectrum. These peaks are at 
very specific wavelengths and occur at different wave- 
lengths for different targets. This radiation is pro- 
duced when an incident electron knocks an electron 
out of one of the inner or low energy levels of the atom. 
An electron in a higher energy level falls into the 
vacant level and in the process an x ray is given off. 
The energy of this x ray is equal to the difference in 
energy between these two levels. Characteristic x rays 
have wavelengths ranging from about 10°'! m for 
uranium to 2.5 x 10° m for lithium. 


Measuring x-ray wavelengths 


Development of the x-ray tube greatly speeded up 
the detailed study of x rays, the origin and nature of 
which had finally been discovered by 1912, with the 
help of the suggestion by German scientist Max von 
Laue (1879-1960). Von Laue suggested that x rays 
could be diffracted by three-dimensional crystals 
and, thus, must be electromagnetic radiation similar 
to visible light. This new approach was necessary 
because the wavelengths of x rays are so small that the 
diffraction gratings used for visible light will not work 
because the lines on the grating cannot be made with 
small enough spacings. A natural three-dimensional 
grating in the form of a single crystal of a material 
such as sodium chloride (salt) or calcite works very 
well since the spacing of the atoms in the crystal is 
roughly the same as the x-ray wavelengths of interest. 
Intrigued by von Laue’s discovery of x-ray diffraction, 
English physicist W. L. Bragg (1890-1971), working 
with his father W. H. Bragg (1862-1942), began a 
series of experiments that culminated in the invention 
of the x-ray spectrometer in 1913. This device allowed 
the Braggs to examine the structure of certain crystals, 
laying the foundation for the science of x-ray crystal- 
lography. Ultimately, the development of the x-ray 
spectrometer led to important advances in atomic 
physics and an improved understanding of the peri- 
odic table. 


In 1913, English physicist H. G. J. Moseley (1887— 
1915) used a Bragg-type spectrometer to look at the 
characteristic x rays from many of the elements. 
Taking advantage of the regular decrease in wave- 
length of characteristic x rays as one looks at succes- 
sively heavier elements, he discovered that it was 
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possible to tell one element from another by looking at 
the characteristic x rays. Moseley found that elements 
should be listed in the periodic table in terms of their 
atomic number, not the atomic weight as had previ- 
ously been done. He determined, for example, that 
cobalt should come before nickel even though cobalt 
had a larger atomic weight. Moseley was also able to 
predict the existence of several elements, such as scan- 
dium and promethium, which were then unknown but 
later discovered. 


Detection of x rays 


In order for the Bragg spectrometer to be useful, 
the reflected rays must be detected. The detection of 
x rays is always based on their ability to eject electrons 
from atoms; i.e., to ionize matter. Thus the detector in 
the first Bragg spectrometer was an ionization cham- 
ber that collected the electric charge produced by 
X rays as they impacted a gas filled chamber. This 
ionization chamber was soon replaced by the familiar 
Geiger counter, developed in the study of radioactivity 
which was discovered at about the same time as x rays. 


Applications of x rays 


The uses of x rays in the fields of medicine and 
dentistry have been extremely important. X-ray pho- 
tographs utilize the fact that portions of the body such 
as bones and teeth with higher density are less trans- 
parent to x rays than other parts of the human body. 
X rays are widely used for diagnostic purposes in these 
fields. Examples might include the observation of the 
broken bones and torn ligaments of football players, 
the detection of breast cancer in women, or the dis- 
covery of cavities and impacted wisdom teeth. 


Since x rays can be produced with energies suffi- 
cient to ionize the atoms making up human tissue, it is 
not surprising that x rays can be used to kill these cells. 
This is just what is done in some types of cancer 
therapy in which the radiation is directed against the 
malignancy in the hope of destroying it while doing 
minimal damage to nearby normal tissue. Unfortu- 
nately, too much exposure of normal tissue to x rays 
can cause the development of cancer, a fact that was 
learned too late for many of the early workers in this 
field. For this reason, great care is taken by physicians 
and dentists when taking x rays of any type to be sure 
that the exposure to the rest of the body is kept at an 
absolute minimum. 


A relatively new technique for using x rays in the 
field of medicine is called computerized axial tomog- 
raphy, producing what are called CAT scans. These 
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scans produce a cross-sectional picture of a part of the 
body that is much sharper than a normal x ray. This is 
because a normal x ray, taken through the body, often 
shows organs and body parts superimposed on one 
another. To produce a CAT scan, a narrow beam of 
Xx rays is sent through the region of interest from many 
different angles and a computer is used to reconstruct 
the cross-sectional picture of that region. 


Moseley found that various natural elements can 
be identified by measuring the energy of their charac- 
teristic x rays. This fact makes a useful form of ele- 
mental analysis possible. If x rays of sufficient energy 
impact a sample of unknown composition, electrons 
will be knocked out of the atoms of the various ele- 
ments in the sample and characteristic x rays will be 
given off by these atoms. Measurement of the energy 
of these x rays permits a determination of the elements 
present in the sample. This technique is known as 
x-ray fluorescence analysis. It is often used by chemists 
to perform a nondestructive elemental analysis and by 
law enforcement agencies when it is necessary to know 
what elements are present in a sample of hair or blood 
or some other material being used as evidence in a 
criminal investigation. 


X rays are used in business and industry in many 
other ways. For example, x-ray pictures of whole 
engines or engine parts can be taken to look for defects 
in a nondestructive manner. Similarly, sections of pipe 
for oil or natural gas lines can be examined for cracks 
or defective welds. Airlines also use x-ray detectors to 
check the baggage of passengers for guns or other 
illegal objects. 


In recent years, an interesting new source of x rays 
has been developed called synchrotron radiation. 
Many particle accelerators accelerate charged par- 
ticles such as electrons or protons by giving them 
repeated small increases in energy as they move in a 
circular path in the accelerator. A circular ring of 
magnets keeps the particles in this circular path. Any 
object moving in a circular path experiences an accel- 
eration toward the center of the circle, so the charged 
particles moving in these paths must radiate and there- 
fore lose energy. Many years ago, the builders of 
accelerators for research in nuclear physics considered 
this energy loss a nuisance, but gradually scientists 
realized that accelerators could be built to take 
advantage of the fact that this radiation could be 
made very intense. Electrons turn out to be the best 
particle for use in these machines, called electron syn- 
chrotrons, and now accelerators are built for the sole 
purpose of producing this radiation, which can be 
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KEY TERMS 


Bragg x-ray spectrometer—A device using a single 
crystal with regularly spaced atoms to measure the 
wavelengths of x rays. 


Continuous x-ray spectrum—The x rays produced 
by the electrons in an x-ray tube as they strike the 
target and are suddenly deflected. A broad range of 
wavelengths is produced. 


Synchrotron radiation—Electromagnetic radiation 
from electron accelerators called synchrotrons that 
can range from the visible region to the x-ray 
region. 

X-ray fluorescence analysis—A method of detect- 
ing the presence of various elements in an 
unknown sample by observing the characteristic x 
rays given off by the sample when excited by suffi- 
ciently energetic x rays. 


X-ray tube—Evacuated tube in which electrons 
moving at high velocities are made to hit a metal 
target producing x rays. 


adjusted to produce radiation anywhere from the visi- 
ble region up to the x ray region. This synchrotron 
radiation, from which very intense beams at nearly 
one wavelength can be produced, is extremely useful 
in learning about the arrangement of atoms in various 
compounds of interest to biologists, chemists, and 
physicists. 


One of the more important commercial applica- 
tions of synchrotron radiation is in the field of x-ray 
lithography, used in the electronics industry in the 
manufacture of high density integrated circuits. The 
integrated circuit chips are made by etching successive 
layers of electric circuitry into a wafer of semiconduct- 
ing material such as silicon. The details of the circuitry 
are defined by coating the wafer with a light sensitive 
substance called a photoresist, and shining light on the 
coated surface through a stencil-like mask. The pat- 
tern of the electric circuits is cut into the mask and the 
exposed photoresist can easily be washed away leaving 
the circuit outlines in the remaining photoresist. The 
size of the circuit elements is limited by the wavelength 
of the light—the shorter the wavelength the smaller 
the circuit elements. If x rays are used instead of light, 
the circuits on the wafer can be made much smaller 
and many more elements can be put on a wafer of a 
given size, permitting the manufacture of smaller elec- 
tronic devices such as computers. 
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l Xenogamy 


When used by botanists and plant breeders, xen- 
ogamy (also called outbreeding) generally refers to a 
form of cross-pollination. Xenogamy is also a term 
more broadly used in genetics to describe the union of 
genetically unrelated organisms within the same spe- 
cies. In all cases, xenogamy promotes genetic diversity 
and thus, also enhances the overall fitness of a species. 


In some circumstances, xenogamy and outbreed- 
ing are also referred to as crossbreeding. Regardless of 
the exact terminology, the core concept involves an 
increase in genetic variability. With crossbreeding, 
genetically dissimilar or unrelated animals from the 
same breed can be crossed in a process known as out- 
crossing. True crossbreeding exists when, for example, 
differing breeds of cattle are allowed to mate and 
produce offspring. Extreme xenogamy exists with spe- 
cles crossing (a mating between organisms from two 
different species). 


Induced xenogamy and crossbreeding are often 
attempts by scientists to genetically combine desirable 
traits from two differing species or breeds in order to 
produce offspring with more desirable characteristics. 
Successful crossbreeding, whether in plants or ani- 
mals, usually results in increased hybrid vigor (a set 
of characteristics that can include increased fertility, 
faster growth rates, increased immunological toler- 
ance, greater strength, and/or other desired character- 
istics of a hybrid species). 


In addition to induced xenogamy, outbreeding is a 
fundamental part of natural selection and, by producing 
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new and varied genetic combinations, an essential 
element of evolution. As such, outbreeding is an impor- 
tant tool in the continued survival and evolution of a 
species. 


In terms of genes and alleles, xenogamy promotes 
genetic variability and vitality within a breeding pop- 
ulation by reducing homozygosity (the state of being 
homozygous). Organisms that are homozygous carry 
identical alleles on both chromosomes of a pair of 
homologous chromosomes. 


For example, using traditional notation to desig- 
nate dominant and recessive alleles (e.g., “T” for tall 
stems and “t” for short stems in a particular plant 
species), a homozygous plant with a pair of corre- 
sponding chromosomes would be designated as either 
“TT” (two “T” alleles) or “tt” (two “t” alleles). With 
regard to phenotype (the outward expression of geno- 
type), “TT” homozygous plants should normally pro- 
duce tall-stemmed plants. The “tt” genotype should— 
under normal environmental conditions—tresult in a 
short stemmed plant. If the “T” allele is dominant, tall 
stemmed plants would be the normal expected pheno- 
typic expression of “Tt” or “tT” genotypes. 


Because homozygotes contain identical alleles on 
their chromosome, in the absence of mutation they can 
only produce gametes (sex cells) that contain those 
same alleles. For example, an organism with a homo- 
zygous “TT” genotype can contribute only a “T” allele 
to its offspring. Such organisms, when mated with 
other homozygotes, breed true with regard to a partic- 
ular trait (e.g., stem length). In many cases, xenogamy 
allows the reintroduction of alleles—or the introduc- 
tion of new alleles—into a population. 


By uniting differing genotypes, xenogamy allows 
increases in genetic variability that, in turn, exert 
measurable influences on the frequency of genes, 
types of alleles, and traits within a population. 


Although such simple examples as above serve to 
illustrate broad genetic principles, the degenerate 
nature of the genetic code (i.e., there are multiple 
codes that convey the same genetic instructions) 
means that homozygosity more specifically means 
that the products of the instructions contained in the 
homozygous genes are similar enough to produce 
identical visible expression (identical phenotypic 
expression). Because there are multiple codes that rep- 
resent multiple sequences of bases in the nucleic acids 
(deoxyribonucleic acid [DNA] and ribonucleic acid 
[RNA]) to convey essentially identical instructions 
for the construction of proteins, multiple instructions 
can result in the formation of the same protein. As a 
result, although an individual may be homozygous for 
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a particular gene, this does not necessarily mean that 
the base sequence found in those genes is identical. 


In plant species, there are several natural mecha- 
nisms that can result in xenogamy, including self- 
incompatibility. With self-incompatibility, there is an 
inability on the part of sex cells (gametes) from the 
same species of plants to produce a viable embryo. 
With such species, it is usually the case that pollen, 
unable to induce fertilization on its own stigma, is able 
to successfully grow on the stigma of other plants of 
the same species. The process involving the transfer of 
pollen to a foreign stigma is termed allogamy. 
Regardless of the exact mechanism, self-incompatibility 
mechanisms promote xenogamy (outcrossing) and 
heterozygosity while acting to prevent inbreeding. 
Self-incompatibility is often the result of incomplete 
nuclear or genetic fusion. The failure of the fusion 
processes are usually traced to a single genetic locus 
(S-locus) that exists as multiple alleles. 


See also Evolutionary mechanisms; Genetic engi- 
neering; Genetically modified foods and organisms; 
Genotype and phenotype. 


Xenon see Rare gases 


Xylem see Plant 


l Xylotomy 


Xylotomy is the cutting of thin sections of wood 
specimens for microscopic examination. Wood 
splinters, chips, or fragments can be important items 
of trace evidence in some crimes. Typically, the foren- 
sic botanist will cut the sections from the wood sample 
with a very sharp knife mounted on a jig called a 
microtome. The sections are then stained so that fea- 
tures such as cells and grain direction can be seen 
under the high-powered microscope. 


It is not always possible to identify a tree species 
from this kind of fragment examination. However, 
comparison with known samples will give an idea of 
the type of timber involved. If a suspect has used a 
piece of wood to assault someone, the suspect’s cloth- 
ing may carry splinters. The forensic investigator can 
compare these splinters with the weapon to try to 
make an association. Similarly, doors and windows 
may be damaged on entering or leaving a crime 
scene. Splinters found on the suspect’s clothes can be 
compared with samples from the entry and exit sites of 
the scene. 
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Wood analysis played a crucial part in one famous 
case, the kidnapping and murder of the infant son of 
aviator Charles Lindbergh from his New Jersey home 
in 1932. The ransom note left at the scene suggested 
the kidnapper was poorly educated and of German 
descent. This was not much to go on, given there were 
no fingerprints on the note. However, a homemade 
wooden ladder was left at the scene and had been used 
to gain access to the child’s nursery. Arthur Koehler, 
an expert in wood and wood products, examined the 
ladder and determined it was made of Ponderosa Pine, 
North Carolina Pine, birch, and fir. He suggested that 
the fir section was actually a piece of flooring. 
Microscopic examination revealed marks made by a 
planing machine. Planed wood samples from mills 
around the country were compared to the ladder sam- 
ples. The timber was tracked down to a company in 
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the Bronx. Lindbergh had paid out a ransom and bills 
with the corresponding serial numbers also turned up 
in this location, narrowing down the search for the 
kidnapper. 


Bruno Richard Hauptmann, a carpenter of 
German descent, was later arrested in connection 
with the crime. Examination of his home revealed a 
missing floorboard and nail holes corresponding to 
those in the piece of fir used in the ladder. The final 
piece of incriminating evidence was the presence of a 
wood plane which made smoothing marks matching 
those found on the ladder. 


See also Crime scene investigation; Forensic 
science. 


Susan Aldridge 
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I Y2K 


As 1999 approached, the world became preoccu- 
pied with the coming of the Year 2000, nicknamed 
Y2K (Y for year and 2 times K, a standard designation 
for one thousand). Some people were superstitious 
about the turning of year numbers to 2000, but many 
focused on a predicted technological problem com- 
monly known as the Y2K Glitch, or the millennium 
bug (which is a misnomer), feared to cause computers 
and computer-assisted devices to malfunction. 


Computer experts predicted that older computers 
and several large data systems—including those con- 
trolling bank transactions, transportation networks, 
and government data—were not equipped to process 
dates beyond December 31, 1999. Though the prob- 
lem was discovered decades earlier, the Y2K Glitch 
did not become widely known until the mid-1990s 
when media sources began reporting on the computer 
bug and its possible consequences. Some technological 
experts and lay-persons feared widespread computer 
failures, especially in regions dependent on older tech- 
nology. Most experts, companies, and governments 
however implemented detailed programs to fix the 
suspected problem in their computer systems well 
before January 1, 2000. As the date recognition prob- 
lem was relatively simple to correct, such fixes were 
highly successful, and the millennium bug was averted. 
Though its effects were not largely realized, the Y2K 
Bug did highlight the pervasiveness of computer sys- 
tems and their importance in everyday commerce and 
industry. 


The millennium 


In the modern era, the word millennium was 
appropriated to signify the largest metric division of 
calendar years on the French Republican calendar. 
The Republican calendar, implemented in France dur- 
ing the French Revolution (1789-1804) utilized metric 


GALE ENCYCLOPEDIA OF SCIENCE 4 


divisions (groups of 10) to divide hours, days, weeks, 
months, and years. The use of the term millennium to 
describe a 1,000-year-long span of time remains. 


Landmarks on the calendar 


There are many types of calendars in the world with 
different systems of measuring time, distinct origins 
(religious or cultural), and various chronologies (start- 
ing events and dates). The Gregorian or Christian 
calendar (decreed by Pope Gregory XIII in 1582) has 
become an accepted international standard. This calen- 
dar begins with the birth of Christ; the years before 
Christ (BC) increase back in time from the year of 
Christ’s birth. The years since Christ’s birth (in 1 BC) 
are “the year(s) of Our Lord” in Latin, anno domini or 
AD and have grown larger in number from one for- 
ward. No year zero separates BC from AD. As another 
example, the Hebrew calendar uses 3761 BC, which was 
the year of the creation of the world (according to Old 
Testament interpretations), as its beginning (or 1 AM 
anno mundi, “the year of the world”). 


In the past, landmark centuries have also had 
great significance. When the second millennium was 
(supposedly) reached in 1000 AD, in Medieval 
Europe, various events were predicted, from the return 
of Christ to a solar eclipse, from a plague to the 
obliteration of the world. Others chose to forgo 
doomsday predictions in favor of celebration. 


Similarly, as the year 2000 was commonly thought 
to begin the third millennium, many superstitious per- 
sons, numerologists, and others attached unusual sig- 
nificance to a simple tick of the clock. Technically, the 
new millennium did not begin until January 1, 2001 
(because the Christian calendar begins with the year 
1 AD; thus the end of the first millennium ended 
on December 31, 1000, the beginning of the second 
millennium started on January 1, 1001, the end of the 
second millennium occurred on December 31, 2000, 
and the beginning of the third millennium started on 
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January 1, 2001). While this event was marked by 
many, it did not have the mass appeal of the turning 
from the year 1999 to the year 2000. 


The millennium bug and its origins 


The year 2000, Y2K, did have another associa- 
tion. Some feared the so-called Y2K bug, or millen- 
nium bug, would be devastating. The Y2K bug was a 
fault built into computers. It came about because early 
developers of computer programs were uncertain that 
computers would have a future. American computer 
scientist Grace Murray Hopper (1906-1992) and 
American computer scientist Robert William Berner 
(1920-2004) created COBOL (COmmon Business- 
Oriented Language), a standard programming lan- 
guage that began one of the keystones of computer 
languages and software. One of their purposes was to 
keep the language simple so anyone could use it. 


To cut corners wherever possible, they built in 
standardized dates with two digits each for the day, 
month, and year, as in 061458 for June 14, 1958. This 
short form could also mean 1558 or 2058. Berner 
accidentally solved the problem without recognizing 
it in the late 1950s when the Mormons asked him to 
adapt the computer’s storage capability to the massive 
genealogical library in Salt Lake City. Genealogical 
records embrace centuries, so Berner created a picture 
clause in COBOL that allowed years to be written with 
four digits. When others adapted COBOL, they 
ignored Berner’s saving device. Notably, IBM made 
the two-digit-year formula part of its System/360 com- 
puters, which were as pervasive in the 1960s as 
Windows systems and software are today. 


By the mid-1970s, organizations and programmers 
were beginning to recognize the potential obstacle. The 
Pentagon promised adjustments for the coming cen- 
tury beginning in 1974, but the transition reportedly 
proceeded slowly. Programmers began experimenting 
with plugging 2000-plus dates into their systems and 
software and found they did not compute. It was not 
until 1995, however, that the U.S. Congress, the media, 
and the public all seemed to discover the problem. As 
of 1999, 1.2 trillion lines of computer code still needed 
to be fixed, and up to $600 billion was reportedly spent 
to reprogram and test vulnerable computers. 


The Y2K phenomenon was put to an early test on 
September 9, 1999. Computer shorthand used to 
include the messages “0000” at the start of a file and 
“9999” to end or delete a file. Those predicting the 
worst for Y2K also expected computer files to disap- 
pear on September 9, 1999 but few incidents were 
reported. 
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The potential for disaster 


The U.S. federal government prepared for Y2K 
for years, but the actual progress made by the dawning 
of 2000 was uncertain. Credit card companies Visa, 
American Express, and MasterCard invested millions 
of dollars in solving the problem together, assisted 
merchants who carry their cards, and time-proofed 
the VeriFone system that authorizes transactions. 
Among the gloomiest predictions were worries that 
air traffic control systems would fail, major utilities 
would be unable to supply water and power, and 
banks would not acknowledge mortgage payments or 
social security checks. The heritage of the original 
COBOL programming was passed down through gen- 
erations of computers to the personal computer, or 
PC, and computer chips that control the workings of 
some of the simplest devices like coffeemakers that 
display the date also control automobiles, heavy 
machinery, building security systems, and space satel- 
lites. Such built-in processors are called embedded 
systems, and those that are date-dependent were not 
expected to function properly or to shut down as 1999 
rolled over to 2000. 


Realities of compliance 


Companies in the United States and many other 
countries encouraged businesses to share compliance 
information regarding the potential Y2K problem. 
The Year 2000 Readiness and Disclosure Act made 
businesses liable if they provided consumers with inac- 
curate information regarding their Y2K readiness. 
Businesses typically did not provide free upgrades to 
make computers and other products Y2K-compliant, 
but they did furnish information on their Web sites, 
including corrections that could be downloaded. 


Perhaps the greatest fears were focused on devel- 
oping countries. Pacific Rim and Western countries 
publicized Y2K’s associations well, but, according to 
the World Bank, many key systems and emerging 
economies were at risk in the Third World. Fewer 
and larger computers control a range of systems, the 
systems of several countries are often interdependent, 
emergency management is short-handed for day-to- 
day problems aside from Y2K, and funds were scarce 
for buying emergency help and repairs. 


Y2K: The aftermath 


As the year 2000 became a reality, most all major 
computer systems were fully Y2K compliant. There 
were no widespread failures, and industries from 


GALE ENCYCLOPEDIA OF SCIENCE 4 


KEY TERMS 


Bug—An error in software that causes a computer 
to operate incorrectly, produce wrong results, or 
shut down. Synonym: glitch. 


Embedded system—A computer chip or processor 
built into an appliance or mechanical device that is 
not a computer itself. 


Millennium—A time period of 1000 years. 


Millennium bug or Y2K bug—A software or com- 
puter programming error in which 00 as the year is 
read as a mistake or a symbol for the year 1900 
instead of 2000, causing the computer to reject the 
information or stop operating. 


airlines to power plants, functioned normally. Even in 
developing regions, the predicted effects of the millen- 
nium bug, for the most part, were successfully pre- 
vented. Newspapers and pundits pronounced the 
Y2K bug a complete bust. The total estimated cost in 
the United States to prepare for Y2K was $300 billion. 
Most problems that were predicted to happen on 
January 1, 2000, did not happen. Proponents said 
that the United States was prepared for the date. 
However, critics, said other countries did not prepare 
to the extent that the United States did, and they, also, 
did not have major problems with computers in 2000. 
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Yak 


The yaks are members of the family Bovidae 
(oxen), order Artiodactyla, which also includes the 
domestic cattle and existing wild cattle species such 
as the aurochs and the gaur or seladang. The generally 
accepted species name for yak is Bos grunniens, and it 
seems to have an affinity to bison, which belong to the 
same genus Bos. Like some other Bos species the yak is 
a large, massive animal with stout limbs and a long 
tail, usually tufted at the tip. Wild yak males measure 
10.5 ft (3.25 m) in head and body. The shoulder height 
is over 6.5 ft (2m), and they weigh 1,800-2,200 lb (820- 
1,000 kg). Females are smaller, and weigh about one 
third as much. 


Both sexes bear horns which are black and posi- 
tioned quite far apart on each extremity of the top of 
the skull. In the male, they are larger, curving up and 
then down. They are approximately oval in cross- 
section. There are no suborbital, inguinal, or interdi- 
gital glands in yaks. The body is covered with long 
hair, blackish brown in color; it hangs down almost to 
the ground like a fringe around the lower part of the 
shoulders, the sides, the flanks, and the thighs. Wild 
yaks live on the Tibetan plateau where temperatures in 
winter may drop to -40°F (-40°C). The long, thick coat 
protects the yak from these frigid temperatures. 


Domesticated yaks are smaller, have weaker 
horns, and may vary greatly in color: red, mottled 
brown, or black. 


Wild yaks inhabit desolate steppes at up to 20,000 ft 
(6,100 m) above sea level. They are expert climbers, 
sure-footed and sturdy. During the relatively warmer 
months of August and September, wild yaks remain in 
high areas with permanent snow, but spend the rest of 
the year at lower elevations. They feed chiefly on grass, 
herbs, and lichens. 


The females with young congregate in herds typ- 
ically of 6-20 animals, but occasionally more than 100 
animals. The males live alone most of the year, or in 
groups of not more than 12. The bulls join the herd 
and fight for the females when mating season begins in 
September. Only during that time do wild yaks make a 
strange grunting sound, which domesticated yaks emit 
all year round. After a gestation period of nine 
months, a single calf is born, usually in June, with 
births occurring every other year. The newborn 
becomes independent after a year, and reaches full 
size at six to eight years of age. Maximum life span 
for the wild yak is estimated at 25 years. Domesticated 
yaks may give birth every year. Wild yaks are classified 
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as vulnerable by the IUCN-The World Conservation 
Union. They are officially protected in China, but 
their numbers have declined due to uncontrolled hunt- 
ing. In 1995, the total wild yak population was esti- 
mated to be 15,000. 


Yaks were probably domesticated during the first 
millennium BC, and now they are found in association 
with people in the high plateaus and mountains of 
Central Asia. They are docile and powerful, and they 
are surely the most useful of domesticated animals at 
elevation above 6,500 ft (2,000 m). The serve as 
mounts, beasts of burden, for milk and meat, and are 
also sheared for their wool. There are about 12 million 
domesticated yaks. 


| Yam 


Yams are any of the 10 economically important 
species of Dioscorea, a genus in the monocotyledonous 
family Dioscoriaceae. These species, all tropical in 
their origin, are cultivated for their edible tubers 
(enlarged, fleshy, usually underground storage 
stems). In the United States, the name yam is often 
misapplied to the sweet potato (Ipomea batatas). 


Yams are herbaceous plants whose stems twine up 
and around bushes, trees, or poles. Depending on the 
species of yam, stems twine either clockwise or counter- 
clockwise. The stems bear stalked, palmately veined 
leaves that are simple and entire, although a few spe- 
cies have three-lobed leaves. All yams have a dioecious 
lifestyle, which means that the staminate and pistillate 
flowers are borne on separate plants. The flowers are 
inconspicuous, being only 1/8 in (2-4 mm) long and 
whitish or greenish. The fruits produced from the 
flowers are three-angled and contain winged seeds. 
Some cultivars of yam, however, rarely flower or set 
seed. 


In commonly cultivated yams, the tubers lie 
underground and are one (rarely two or three) per 
plant. These tubers resemble huge, elongated pota- 
toes, typically growing 2-6 ft long (0.6-2 m) and weigh- 
ing 11-33 lb (5-15 kg). A thin skin protects their outer 
surface, and on the inside they are filled with starch 
which can be white or yellow depending on the species. 
One cultivated yam (Dioscorea bulbifera) bears small 
tubers along the aerial stems in the leaf axils (the angle 
between the stem and leaf stalk). 
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There are two centers of yam cultivation world- 
wide. The first is the high rainfall region of western 
Africa, from the Ivory Coast to Cameroon. Here the 
most important species are the white yam (Dioscorea 
rotundata) and the yellow yam (D. cayenensis), named 
for the color of their tuber’s flesh. The second center is 
Vietnam, Cambodia, Laos, and neighboring regions 
where the most commonly cultivated species is the 
Asiatic yam (D. alata). Secondary areas of yam culti- 
vation are the West Indies, Pacific islands, and south- 
eastern United States (from Louisiana to Georgia). 
Most yam species originated in Asia and Africa; only 
one, the cush-cush yam (D. trifida), is native to the 
New World. 


The world production of yams amounts to about 
22 million tons (20 million metric tons) per year, of 
which two-thirds comes from tropical West Africa. 
Yams are to tropical West Africans what wheaten 
bread is to North Americans and Europeans. In trop- 
ical west-Africa, many social and religious festivals are 
associated with planting and harvesting yams. 


Yams are propagated from cuttings of the tuber. 
Because the plants climb, they are provided with poles 
or trellises for support. It generally takes seven to 
10 months before the tubers can be harvested, and this 
must be done by hand because mechanical harvesters 
tend to damage the tubers. Yams store better than most 
tropical tuber crops and this is one reason why they are 
widely grown. Before eating, yams are usually peeled 
and then either boiled, roasted, or fried. In Africa yams 
are usually prepared as fufu or four-fou, made from 
peeling, cutting, and boiling the tuber, and then pound- 
ing it into a gelatinous dough. It is served with soups or 
stews or cooked raw in palm oil. Nutritionally, the 
yams are equivalent to the common potato, containing 
80-90% carbohydrates, 5-8% protein, and about 3.5% 
minerals. Yam production is now declining because 
cassava (Manihot utilissima) and sweet potatoes 
(Ipomea batatas)—sources of starch that are easier to 
cultivate—are increasingly being used. Yams are not 
fed to livestock because they are more expensive than 
other kinds of animal feed. 


Yams are a source of steroids and alkaloids- 
chemicals that are extremely active physiologically in 
vertebrate animals. The most important yam steroid is 
diosgenin used in the production of birth-control pills. 
Alkaloids from yams have been used to kill fish and to 
poison darts and arrows for hunting. Some yams are 
poisonous to humans because of their high alkaloid 
content, and their tubers must be boiled before eating 
to remove the toxins. 
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| Yeast 


Yeasts are single-celled fungi, belonging mainly 
to the Ascomycetes, that serve as nutrient recyclers 
in nature, but are also important in industry, biotech- 
nology, and as the agents of disease in humans. 
The term yeast is generically used in reference to 
many species of single-celled, budding fungi, including 
Saccharomyces—used in baking and brewing—and 
Candida—an infectious yeast common in people with 
compromised immune systems, such as AIDS victims. 


Life cycle 


Yeasts secrete enzymes that break down carbohy- 
drates (through fermentation) to yield carbon dioxide 
and alcohol. The source of carbohydrates are either 
living hosts or non-living hosts such as rotting vegeta- 
tion, or the moist body cavities of animals. Yeasts are 
considered by some scientists to be closely related to 
the algae, lacking only in photosynthetic capability— 
perhaps as a result of an evolutionary trend toward a 
lifestyle dependent upon host nutrition. Ecologically 
yeasts are decomposers that secrete enzymes which 
dismantle the complex carbon compounds of plantcell 
walls and animal tissues, which they convert to sugars 
for their own growth and sustenance. Yeast reproduc- 
tion may involve sexual spore production or asexual 
budding, dependent upon surrounding conditions. 
Though yeasts are highly tolerant of environmental 
variations in temperature and acidity, they thrive in 
warm and moist places high in oxygen and low in 
carbon dioxide. Whether or not they reproduce 
through asexual budding depends on the favorability 
of surrounding conditions: when times are good, yeast 
clones are produced by budding. In times of environ- 
mental stress, yeasts produce spores which are capable 
of withstanding periods of environmental hardship— 
perhaps even to lie dormant, until conditions improve 
and the mingling of genes can take place with the spore 
of another yeast. This rare version of yeast reproduc- 
tion provides for genetic variation when conditions 
demand it, though budding is the predominant mode 
of yeast reproduction. 


The importance of yeast for humans 


People have been using yeast in bread baking for 
centuries, but suffering from its scourges for much 
longer. The biochemical by-products of yeast sugar 
metabolism—carbon dioxide and alcohol—are essential 
in baking and brewing. Bakers yeast (Saccharomyces 
cerevisiae), when added to baker’s dough, produces 
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Yeast (Anthrocobia muelleri). (Carolina Biological Supply./ 
Phototake NYC.) 


carbon dioxide pockets that make bread rise. 
Brewer’s yeast, another strain of Saccharomyces, 
takes advantage of the yeasts characteristic of switch- 
ing to anaerobic fermentation when deprived of oxy- 
gen to produce alcohol as a by-product of incomplete 
sugar breakdown. Yeasts that occur naturally on the 
skins of grapes also play a vital role in fermentation— 
converting the sugars of grapes into alcohol for wine 
production. 


Yeasts also comprise some of the natural microbial 
flora residing in and upon animals, including humans. 
The yeast species Candida albicans is perhaps the most 
notorious of the yeast inhabitants of the human body, 
responsible for the affliction Candidiasis, which may 
take many forms. Through normal health and hygiene, 
Candida is held in check by the populous and benign 
bacterial residents of our skin and mucous membranes. 
But in instances of compromised health, Candida albi- 
cans can result in skin sores (such as Thrush), urogenital 
tract infections (such as vaginitis), and internally, endo- 
carditis (heart muscle infection), inflammation of the 
spleen, liver, kidneys and lungs. Victims of AIDS are 
particularly susceptible to Candidiasis. 


Biotechnology and yeast 


Yeasts are rising stars in the toolbox of biotech- 
nologists. Early in the development of biotechnology, 
which used cells as recipients of transplanted genes, 
bacteria were the organism of choice. However, limi- 
tations involving differences between bacterial cells 
and our own have relegated bacteria to a second 
place behind yeasts. Both yeast cells and human cells 
are eukaryotic—possessing a nucleus and membrane- 
bound organelles such as ribosomes and mitochon- 
dria. As biotechnology techniques have progressed 
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KEY TERMS 


Candidiasis—Infection of the yeast Candida albi- 
cans which may take many forms depending upon 
the site of infection from inflammation of the heart 
(endocarditis) to throat and lung infections. 


Eukaryote—A cell whose genetic material is car- 
ried on chromosomes inside a nucleus encased ina 
membrane. Eukaryotic cells also have organelles 
that perform specific metabolic tasks and are sup- 
ported by a cytoskeleton which runs through the 
cytoplasm, giving the cell form and shape. 


Human genome—The entire human gene library, 
consisting of an estimated 100,000 genes encoded 
in the tightly woven DNA of 23 chromosomes. 


Microbial flora—Benign, naturally occurring bac- 
teria and fungi found on, and in, the human body, 
including the intestinal tract, the mucous mem- 
branes, and the skin. 


over the last decade, yeasts have come to the fore as 
host cells for human gene implantation and as poten- 
tial surrogate cells for housing human chromosomes. 
Yeasts have also been subjected to the alteration of 
their own genes, as biotechnologists attempt to 
develop strains of yeast more efficient in the metabo- 
lism of sugars for food and industrial applications. 


By studying yeast genetics, scientists hope to gain 
insight into how the genes of all eukaryotic cells, 
including our own, function. In 1993 the first yeast 
chromosome was completely mapped, and the func- 
tion of each of the 182 genes has yielded insight into 
such vital genetic processes as mutation repair, 
enzyme production, and cellular division regulation. 
These findings may yield insights into such fundamen- 
tal human health issues as cancer and the aging proc- 
ess. Yeasts have also been transformed through 
genetic engineering to produce the first genetically 
engineered vaccine for hepatitis B. Insulin and hemo- 
globin are also being commercially manufactured by 
yeast cells which have been re-coded by inserted 
human genes. Yeasts are a hopeful host cell for hous- 
ing the entire human genome in an international effort 
to decipher the gene library of human cells. 
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l Yellow fever 


Yellow fever is a severe illness that causes out- 
breaks of epidemic proportions throughout Africa 
and tropical America. The first written evidence of 
such an epidemic dates back to a 1648 outbreak in 
the Yucatan Peninsula in Mexico. Since that time, 
much has been learned about the interesting trans- 
mission patterns of this devastating illness. 


How yellow fever is spread 


Many of the common illnesses in the United States, 
including the common cold, diarrhea, and influenza, are 
spread via direct passage of the causative virus between 
human beings. Yellow fever, however, cannot be passed 
from one human being to another. Rather, the virus 
responsible for yellow fever is transmitted through an 
intermediate vector—a mosquito—which carries the 
virus from one host to another. The hosts of yellow fever 
include both humans and monkeys. The cycle begins 
when an infected monkey is bitten by a tree-hole breeding 
mosquito. This mosquito acquires the virus, and can pass 
the virus to any number of other monkeys that it bites. 
When a human is bitten by such a mosquito, the human 
may acquire the virus. In the case of South American 
yellow fever, the infected human may return to the city, 
where an urban mosquito (Aedes aegypti) serves as a viral 
vector, spreading the infection between humans. 


The host-vector-host cycle of yellow fever was 
first described by Walter Reed (1851-1902), the mili- 
tary surgeon for whom the Walter Reed Medical 
Center in Washington, D.C., is named. Reed was 
commissioned by the United States government to 
study yellow fever transmission. Reed’s discovery of 
the mosquito as an intermediate vector led to 
improved control over the spread of the disease, ulti- 
mately allowing the building of the Panama Canal in 
an area prone to yellow fever epidemics. 
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Clinical course of yellow fever 


Once a mosquito has transmitted the yellow fever 
virus to a human, the likelihood of symptomatic dis- 
ease development is about 5-20%. Some infections 
may be warded off by the host’s immune system; 
others may be subclinical, meaning they lack the 
severity of symptoms that would usually result in the 
identification of infection. 


After a human host has received the yellow fever 
virus, there are five distinct stages through which a 
classic yellow fever infection evolves. These have been 
termed the periods of incubation, invasion, remission, 
intoxication, and convalescence. 


The incubation period is the amount of time 
between the introduction of the virus into the host 
and the development of symptoms. For yellow fever 
this period is three to six days. During this time there 
are generally no symptoms identifiable to the host. 


The period of invasion lasts two to five days; it 
begins with an abrupt onset of symptoms, consisting 
of fever and chills, intense headache, lower backache, 
muscle aches, nausea, and extreme exhaustion. The 
patient’s tongue shows a characteristic white furry 
coating in the center, surrounded by beefy red mar- 
gins. While most other infections that cause an eleva- 
tion in temperature also cause an increase in heartrate, 
yellow fever produces an unusual symptom, called 
Faget’s sign—the simultaneous occurrence of a high 
fever with a slowed heart rate. Throughout the period 
of invasion, there are still viruses circulating in the 
patient’s blood stream, so continued viral transmis- 
sion through mosquito vectors is possible. 


The next phase is called the period of remission. 
The fever falls, and symptoms decrease in severity for 
a period of several hours to several days. In some 
patients, this signals the end of the disease; in other 
patients, this proves to be only the calm before the 
storm. 


The period of intoxication is the most severe and 
potentially fatal phase of the illness. During this time, 
lasting three to nine days, a type of degeneration, or 
tissue breakdown, of the internal organs—specifically 
the kidneys, liver, and heart—occurs. This fatty 
degeneration results in what is considered the classic 
triad of yellow fever symptoms: jaundice, black vomit, 
and the release of protein into the urine. Jaundice 
causes the skin and the whites of the patient’s eyes to 
take on a distinctive yellow tint. This yellow color is 
due to liver damage, resulting in the accumulation of 
bilirubin normally processed by a healthy liver. The 
liver damage also results in a tendency toward bleed- 
ing; the patient’s vomit appears black due to the 
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presence of partially digested blood. Protein, which is 
normally kept out of the urine by healthy and intact 
kidneys, appears in the urine due to disruption of the 
kidneys’ composition by fatty degeneration. 


Patients who survive the period of intoxication 
enter into a relatively short period of convalescence, 
and recover with no long-term deficits related to the 
yellow fever infection. Further, infection with the yel- 
low fever virus results in lifelong immunity against 
repeated infection with the virus. 


Five to 10 percent of all diagnosed cases of yellow 
fever are fatal. The occurrence of jaundice during 
a yellow fever infection is an extremely grave predictor, 
with 20-50% of these persons dying from their infection. 
Death may occur due to hemorrhaging (massive bleed- 
ing), often following a lapse into a comatose state. 


Diagnosis 


The diagnosis of yellow fever is made through 
examining the blood using various techniques in order 
to demonstrate the presence of either yellow fever viral 
antigens (the part of the virus that initiates the patient’s 
immune response) or specific antibodies (the cells pro- 
duced by the patient’s immune system that are specifi- 
cally directed against the yellow fever virus). Yellow 
fever is strongly suspected when Faget’s sign is present, 
or when the classic triad of symptoms is noted. 


Treatment 


Medical management of yellow fever infection is 
directed toward relief of symptomatology. No active 
anti-viral treatment currently exists. Fevers and pain 
should be relieved with acetaminophen; neither aspirin 
nor ibuprofen should be used, because either one 
could exacerbate the bleeding tendency already 
present. Dehydration, due to fluid loss both from 
fever and bleeding, must be carefully avoided. The 
risk of bleeding into the stomach can be decreased 
through the administration of antacids and other med- 
ications. Hemorrhages may require blood transfu- 
sions, and kidney failure may require dialysis, a 
process that allows the work of the kidneys in clearing 
the blood of potentially toxic substances to be taken 
over by a machine that is outside of the body. 


Prevention 


A safe, highly effective yellow fever vaccine exists, 
with about 95% of vaccine recipients acquiring long- 
term immunity to the yellow fever flavivirus. Careful 
measures to decrease mosquito populations in both 
urban areas and jungle areas in which humans are 
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KEY TERMS 


Degeneration—Breakdown of tissue. 


Faget’s sign—The simultaneous occurrence of a 
high fever with a slowed heart rate. 


Host—The organism, such as a monkey or human, 
in which another organism, such as a virus or bac- 
teria, is living. 

Vector—Any agent, living or otherwise, that carries 
and transmits parasites and diseases. 


working, along with programs to vaccinate all people 
living in such areas, are necessary to avoid massive 
yellow fever outbreaks. According to the World 
Health Organization, after several decades of dimin- 
ishing numbers of cases, a resurgence of yellow fever is 
occurring in many African countries. Lapsing immu- 
nization programs where they were effective in the 
past is considered responsible for the re-emergence of 
the disease. 


See also Mosquitoes. 
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Yew 


Yews are various species of tree- or shrub-sized, 
woody plants that comprise the conifer family, 
Taxaceae. All yews are in the genus Taxus, and 
about seven species are known, occurring in moist, 
temperate forest habitats in North America, Europe, 
Asia, and Africa. 
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Biology of yews 


Yews have dark-green colored, rather soft, ever- 
green, needle-like leaves. Yews usually have separate 
male and female plants, although sometimes these flow- 
ers will develop on separate branches of the same plant. 
The male flowers are small and inconspicuous, and 
develop as globular bodies in leaf axils. The female 
flowers of yews develop in the springtime, and they 
occur singly and naked in the axis of a leaf. The fruit 
is a relatively large, hard seed, encased in a bright-red or 
scarlet, fleshy, cup-like structure known as an aril. The 
arils are sought by birds as food, which eat and disperse 
the seeds. The seeds of yews are poisonous to people 
and other mammals, although the fleshy arils are not. 
The symptoms of poisoning by yew seeds or foliage are 
dilation of the pupils, pain, and vomiting, leading to 
coma and death if the dose is large enough. 


The wood of yews is dense, strong, flexible, and 
resistant to decay. The bark is thin, fibrous, scaly, and 
dark colored. The young twigs of yews are generally 
greenish in color. 


Yews are slow growing and highly tolerant of 
shading. As a result, yews can survive in the shade 
beneath a closed forest canopy. This can be especially 
true beneath angiosperm trees, which allow the yews 
to grow relatively freely during the spring and autumn 
when the trees are in a leafless condition. However, 
yews also do well beneath conifer trees, as long as 
occasional gaps in the canopy allow exposure to light 
as brief sunflecks during the day. 


Yews have a dense foliage and so cast a rather 
deep shade. As a result of this shade, as well as a toxic 
quality of the yew’s leaf litter, few plants will grow 
beneath a closed canopy of yew tree or shrubs. 


Species of yew 


Three species of yew grow naturally in North 
America. The Pacific or western yew (Taxus brevifolia) 
is the only species that reaches the size of a small tree, 
typically 19-39 ft (6-12 m) tall, but as tall as 75 ft (23 m). 
The western yew is a species of the sub-canopy of conifer 
rain forests of the Pacific coast, ranging from central 
California to southern Alaska. The species also occurs 
on the relatively moist, western slopes of the Rocky 
Mountains in Washington and southern British 
Columbia. The western yew is relatively widespread in 
mature, conifer-dominated rainforests, but it is rarely 
abundant. 


The Florida yew (7. floridana) is a rare, small tree 
that occurs in northern Florida. The Canadian yew 
(T. canadensis), also known as ground hemlock or poison 
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hemlock, is relatively widely distributed in coniferous 
and mixed-wood forests of cool-temperate regions of 
eastern North America. The European or English yew 
(T. baccata) of Europe and Asia is a relatively tall species, 
which can grow to almost 65 ft (20 m) in height. 


Economic and ecological importance 
of yews 


Yew wood is very tough and elastic, a consequence of 
the structural qualities of its elongated, water-conducting 
cells known as tracheids. The wood of yews is of minor 
commercial importance. However, it is prized for certain 
uses in which strength and flexibility are required. During 
medieval times in western Europe, the wood of European 
yew trees was favored for the manufacture of bows. 
Today, bows are mostly made of synthetic materials, 
but some traditional archers still like to use bows made 
from yew. Canoe paddles are also sometimes carved from 
yew wood. 


Yews are very popular shrubs in horticulture, 
probably being used more commonly than any other 
types of conifers. Various species are cultivated, but 
the European yew is the most common, and it is avail- 
able in a number of cultivated varieties, or cultivars. It 
is quite easy to propagate desired cultivars of yews 
because these plants will root from stem cuttings, a 
relatively unusual trait for a conifer. 


Yews are commonly used to accent the lines of 
buildings, or to create interesting entrances around 
doors. Very attractive hedges can also be developed 
using dense plantings of yews, which may be sheared 
to achieve a desired shape. 


Sometimes, the dense foliage of taller yews is 
sheared in interesting ways to create a special visual 
effect. For example, yews can be trimmed to develop 
globular or cubed shapes, or to look like animals of 
various sorts. Yews are best sheared in the late 
summer. 


Other yews that are commonly used in horticul- 
ture are the Japanese yew (7. cuspidata) and the 
columnar-shaped 7. hicksi and T. hilli, all originally 
from Asia. These and some other species of yews have 
been widely introduced into North America and else- 
where as attractive species in horticulture. However, 
there is no indication that any of these non-native yews 
have escaped from cultivation and become invasive 
pests of natural habitats. 


Medicinal uses of yews 


Yews have widely been recognized as toxic to live- 
stock and humans. In smaller doses, yew has been used 
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as a minor folk medicine in some parts of its range. 
Example of the medicinal uses of yews include the 
induction of menstruation, and the treatment of 
arthritis, kidney disease, scurvy, tuberculosis, and 
other ailments. However, in recent years, yews have 
become famous for their use in the treatment of several 
deadly cancers. 


In particular, the dark-brown or purple bark of 
western yew has been found to contain relatively large 
concentrations of an alkaloid known as taxol. Taxol 
has been demonstrated as being an effective treatment 
against advanced cases of ovarian and breast cancer, 
two deadly diseases. The use of taxol for these pur- 
poses is now approved by the U.S. Food and Drug 
Administration and by regulatory agencies in other 
countries. This recently developed use of western yew 
has led to an essentially insatiable demand for its bark. 


The concentrations of taxol in bark are variable, 
ranging from only one part per million (ppm) to 
690 ppm. The concentration of taxol in foliage of western 
yew is generally smaller, ranging from 12 to 80 ppm. 
At the present time, taxol is most efficiently extracted 
from yew bark. Unfortunately, it takes about 14 kg of 
yew bark to yield only 1 g of taxol, equivalent to three 
to 12 yew trees per cancer patient treated. Clearly, very 
large amounts of yew bark must be collected in order 
to have sufficient material to satisfy the medical and 
research demands. 


Yew is not a commercial species in forestry, and 
up until about 1989 the species was routinely trashed 
and usually burned after logging. Today, however, the 
bark of western yew is routinely stripped from 
the survivors of the logging aftermath. In addition, the 
bark is now widely stripped from living western yews 
in unlogged forests, including old-growth rainforests 
of the Pacific coast, where this species tends to be most 
abundant. Sometimes, this process is rather inefficient, 
and in some cases of poaching, the bark has only been 
taken from the lower part of taller yew trees, where it 
can be easily reached. Unfortunately, the removal of 
its bark usually kills the yews by destroying its vascu- 
lar system, so bark stripping is a rather wasteful use of 
the plant. A system has been designed and imple- 
mented to regulate the harvest of yew bark, but it is 
difficult to enforce over extensive areas, and a great 
deal of poaching occurs. 


The enthusiastic collection of western yew bark, 
while contributing to the successful treatment of some 
cancer cases, threatens to exhaust the very resource 
upon which this treatment depends, as it is extremely 
wasteful and does not aim to conserve the species 
for future use. This dilemma may be resolved if 
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Aril—A fleshy, often brightly colored covering that 
partially encases a seed. The aril is edible and is 
intended to encourage an animal to eat the fruit and 
thereby disperse the seed. 


Cultivar—A distinct variety of a plant that has been 
bred for particular, agricultural or culinary attrib- 
utes. Cultivars are not sufficiently distinct in the 
genetic sense to be considered to be subspecies. 


Part per million (ppm)—A unit of concentration, 
equivalent to 0.0001%, or one milligram in a kilo- 
gram, or one milliliter in a liter. 


Sunfleck—A transient patch of sunlight that travels 
over the forest floor as the Sun arcs overhead during 
the day. 


Taxol—An alkaloid chemical that can be extracted 
from the bark and other tissues of yews and is active 
in the treatment of human ovarian and breast 
cancers. 


pharmaceutical biochemists develop an economical 
method of synthesizing taxol in the laboratory, mak- 
ing the extraction of the alkaloid from western yew 
bark unnecessary. Alternatively, means could be 
found to economically extract the taxol found in rela- 
tively small concentrations in other parts of the yew, 
especially the foliage. Another possibility is to estab- 
lish managed plantations of western yew for the spe- 
cific purpose of obtaining taxol. This is actually being 
done, but the western yew is slow growing, and it will 
take some years before the plantations can be econom- 
ically harvested. 


So far, these relatively sustainable approaches 
have not been developed to the point where pressure 
on wild western yews can be relieved, and this plant is 
being rapidly mined from its natural habitats. Because 
the western yew is not naturally abundant, its popula- 
tions will rapidly become depleted, and the species will 
become endangered in the wild. 
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Ytterbium see Lanthanides 
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| Yttrium 


Yttrium—an element used in various compounds 
within microwave communications devices—is the 
second element in Group 3 of the periodic table, one 
of the transition metals. Yttrium is not itself a rare 
earth element; however, its history is closely tied to 
that of the rare earths, and its chemical properties are 
similar to those of the members of that family. It also 
occurs in close association in nature with the rare 
earths. 


Yttrium was the first new element to be identified 
in the complex mineral called ytteriteytterite (now 
known as gadolinitegadolinite), discovered in 1787. 
Finnish chemist Johan Gadolin (1760-1852) analyzed 
the dense black mineral and realized that it contained 
a new substance. That substance was further analyzed 
by Swedish chemist and mineralogist Anders Gustaf 
Ekeberg (1767-1813) in 1799 and given the name of 
yttriayttria. Over the next 12 years, yttria was shown 
to contain nine other elements in addition to yttrium 
itself. An impure form of the element was produced by 
Friedrich Wohler in 1828. Yttrium was then isolated 
by Swedish chemist Carl Gustav Mosander (1797— 
1858) in 1843, who named the element in honor of 
the town (Ytterby, Sweden) near which the rock was 
found. 


Yttrium’s atomic number is 39, its atomic weight, 
88.9059, and its chemical symbol, Y. The element is a 
silvery metal with a melting point of 2,771.6°F 
(1,522°C) and a boiling point of about 6,053°F 
(3,345°C). 


Yttrium is a moderately active element that reacts 
slowly with cold water and more rapidly with hot 
water. It dissolves in both acids and alkalis. Yttrium 
does not react with oxygen at room temperature, but 
does react with oxygen at higher temperatures. As a 
powder, it may react explosively with hot oxygen. 
Yttrium metal turnings may ignite spontaneously 
in alr. 

Yttrium is a moderately abundant element in 
Earth’s crust with an abundance estimated at about 
28 to 70 parts per million; that is, about 5.3 x 10“ 
ounces per pound (3.3 x 10! milligrams per kilograms). 
Its estimated oceanic abundance is 1.7 x 10° ounces 
per gallon (1.3 x 10° milligrams per liter). As with 
many other elements, the abundance of yttrium varies 
in other parts of the solar system. Rocks brought back 
from the Moon, for example, tend to have a higher 
concentration of yttrium than those in Earth’s crust. 
The primary ore of yttrium is monazite, which occurs 
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in beach sand in Brazil, India, Florida (United States), 
and other parts of the world. 


Yttrium is used in alloys to decrease grain size or 
add strength. Its greatest use, in the form of yttrium 
oxide, is in television phosphors. About two-thirds of 
all yttrium produced goes to the manufacture of phos- 
phors used in televisions and computer monitors made 
with picture tubes, microwave filters in microwave 
communications equipment, and specialized fluores- 
cent lights. An increasingly important use of the ele- 
ment is in the production of special lasers made of 
yttrium, aluminum, and synthetic garnet, the YAG 
laser. One use of the YAG laser is in making very 
precise measurements at long distances. As an example, 
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the National Aeronautics and Space Administration 
(NASA) used a YAG laser to measure the dimensions 
of the asteroid Eros (asteroid 433) and to map its sur- 
face features. 


When doped with erbium, the phosphors produce 
a red glow. Synthetic garnets containing yttrium are 
very hard and have been used as gemstones that are 
similar to diamonds. The garnets are also used in 
microwave filters and in lasers. Compounds contain- 
ing yttrium have been shown to become superconduct- 
ing at relatively high temperatures. Such uses could 
conceivably become the most important application of 
the element in the future. 


See also Element, chemical. 
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| Zebras 


Zebras are members of the horse family (Equidae) 
that inhabit tropical grasslands (savannas) in much of sub- 
Saharan Africa. Three of the seven species of equids are 
zebras. Zebras are herd-living, social ungulates (hoofed 
mammals) recognized by a black-and-white (or cream or 
yellowish) striped coat, short erect mane, and a tail aver- 
aging about 18 in (0.5 m) long. The body length of a zebra 
is about 6-8.5 ft (2-2.6 m) long, and body weight can reach 
770 Ib (350 kg), with males slightly bigger than females. 


There are three species and several subspecies of 
zebra. The common, Burchell’s, or plains zebra (E. burch- 
elli) lives throughout much of eastern and southern Africa, 
and is the best-studied species. Grevy’s zebra (Equus gre- 
vyi) is found in Somalia, Kenya, and Ethiopia, and is the 
largest of the wild horses, characterized by large ears, 
narrow stripes, and a thick neck. The third species is the 
mountain zebra (E. zebra) found in the hill country of 
Angola, Namibia, and western South Africa. 


The stripes of the zebra camouflage the animal in the 
waving grasses of the African grasslands, especially at 
dusk and dawn. Zebras rest in herds in open ground 
where they can see predators approaching, rather than 
lying down in the grass. When a herd of zebras is being 
chased by predators such as lions or hyenas, their stripes 
make it difficult for predators to visually latch on to a 
specific animal to attack. Other suggestions are that the 
stripes identify individual zebras as part of a group and 
also initiates mating behavior. 


The common zebra 


The common or Burchell’s zebra stands about 50- 
52 in (1.3 m) tall at the shoulder. It has the widest 
stripes of all zebras, and the stripes continue down to 
the belly of the animal. The stripes of Burchell’s zebra 
become fainter and almost disappear in southern 
populations. 
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There are several subspecies of the common zebra, 
distinguishable by the pattern of stripes on the rump. 
Grant’s zebra (E. burchelli granti) has wide rump 
stripes, the Chapmann’s or Damaraland zebra has 
tan shadow stripes between the black stripes, and 
Selous’s zebra has only faint shadow stripes between 
the black stripes. A subspecies known as the “true” 
Burchelli’s zebra had reddish brown stripes, and 
became extinct in the early 1900s. 


Herds of common plains zebras are actually a 
collection of family groups. Each family group is 
headed by a dominant male stallion, and one female 
is dominant over the other seven or eight females and 
their young. When the group is feeding or drinking, 
one animal stands guard. If a predator approaches, 
such as a troop of wild dogs or lions, the stallion zebra 
moves to the back of the fleeing herd and ensures that 
no single animal falls behind or gets separated and 
becomes vulnerable to attack. Zebras that become 
isolated call attention to their plight by making a 
harsh sound like a combination bark and bray, 
which draws the other zebras back to protect it. 


The zebra’s large, rounded ears turn in every 
direction and are able to pick up the slightest sound. 
The zebra’s primary defense is running, which it can 
do at speeds approaching 40 mph (64 kph), though for 
only a short time. Given the chance, a zebra fights 
primarily by kicking with its hind hooves. However, 
an attacking predator is likely to grasp the animal’s 
neck with one quick leap that prevents the zebra from 
acting. 


After a young mare mates for the first time, she 
will stay with the same family group for the rest of her 
life. Males that have not yet developed herds—or that 
have been ousted from their herds by other males— 
live in male-only bands (bachelor herds), which they 
leave to find mates at about six years old. If stallions 
try to take mares from an existing family group, they 
will have to fight that group’s stallion. 
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Gestation lasts approximately one year, with only 
one offspring produced. The young are born with 
disproportionately long legs and are ready to run 
with the herd within a few minutes. The brown-striped 
coat of a new foal gradually changes to the familiar 
black and white. 


Mountain zebras 


There are two subspecies of mountain zebras in 
South Africa which live on rough, rocky highlands, 
but once also occurred in large numbers in the grassy 
lowland plains. The Cape mountain zebra of South 
Africa is the smallest zebra, standing about 4 ft (1.2 m) 
at the shoulder and weighing about 600 Ib (272 kg). 
The stripes of the Cape mountain zebra are slightly 
wider and shorter than those of the other subspecies, 
Hartmann’s mountain zebra of Namibia. The Cape 
mountain zebra has a dewlap under the lower jaw, 
which other zebras do not have. 


Herds of the common zebra readily mix with 
herds of wildebeest, but Cape mountain zebras tend 
to keep apart from other animals. Hartmann’s zebras 
have the ability to locate water in apparently dry 
valleys. 


Grevy’s zebra 


Grevy’s zebra is quite different in both appear- 
ance and behavior from the common zebra. It stands 
about 5 ft (1.5 m) tall at the shoulder and weighs about 
990 Ib (450 kg). Its stripes are very narrow, do not 
cross over the lower back as they do in the Cape 
mountain zebra. 


Grevy’s zebras live in semidesert country and do 
not form herds. Instead, only the mother and foals 
remain together, while the males and the young females 
drift off. Individual stallions have remarkably large 
breeding territories, and any female found within the 
territory belongs to the male. A stallion will tolerate 
other males in his territory only if they do not try to 
mate with the mares. The gestation period of the Grevy’s 
zebra is about 13 months, one month longer than 
other species of zebra. 


The recently extinct zebra-like quagga (E. quagga) 
looked like a combination of wild ass and zebra and 
had a reddish coat and stripes only on the head, neck, 
and shoulders. The name quagga is derived from 
the odd bray of this species, which was described as 
“kwa-ha.” The quagga lived throughout South Africa 
but was killed by nineteenth-century settlers for its meat 
and hides. The last quagga died in an Amsterdam zoo 
in 1883. 
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KEY TERMS 


Dewlap—A loose fold of skin that hangs from the 
neck. 

Equid—Any member of family Equidae, including 
horses, zebras, and asses. 

Gestation—The period of carrying developing off- 
spring in the uterus after conception; pregnancy. 


The populations of the common zebra are high, 
especially in the Serengeti Plains of Tanzania and 
Kenya, where zebras run with the huge wildebeest 
herds on their annual migrations. 


Grevy’s zebra and the Cape mountain zebra are 
both endangered. As of 2003, there were from 3,000 to 
3,500 Grevy’s zebras in Ethiopia, Somalia, and Kenya, 
in three separate populations. A major herd of Grevy’s 
zebra is protected in a game reserve in Kenya. There 
are about 1,200 Cape mountain zebras, most of which 
live in Mountain Zebra National Park in South 
Africa. 
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I Zero 


The symbol zero, in mathematics, is the represen- 
tation of the absence of any magnitude or quantity. 
Zero is often equated with nothing, but that is not a 
good analogy. Zero, sometimes called naught, can be 
the absence of a quality, but it can also be a starting 
point, such as 0° on a temperature scale. In a mathe- 
matical system, zero is the additive identity. It is a 
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number that can be added to any given number to 
yield a sum equal to the given number. Symbolically, 
itis a number 0, such that a + 0 = a for any number a. 


In the Hindi-Arabic numeration system, zero is 
used as a placeholder as well as a number. The number 
205 is distinguished from 25 by having a 0 in the tens 
place. This can be interpreted as no tens, but the early 
use of 0 in this way was more to show that 2 was in the 
hundreds place than to show no tens. 


Zero is used in some ways that take it beyond 
ordinary addition and multiplication. One use is as an 
exponent. In an exponential function such as y = 10* 
the exponent is not limited to the counting numbers. 
One of its possible values is 0. If 10° is to obey the rule 
for exponents—10" = 107 * ° = 10™ x 10°—10° 
must equal 1. This is true not only for 10° but for any 
a’, where a is any positive number. That is, a° = 1. 


Another curious use of zero is the expression 0. 
Ordinarily n! is the product 1 x 2 x 3 x... x n, ofall the 
integers from | to n. In a formula such as n!/r\(n - r)!, 
which represents the number of different combinations 
of things that can be chosen from n things r at a time, 0! 
can occur. If 0! is assigned the value 1, the formula 
works. This happens in other instances as well. 


The symbol for zero does not appear before about 
800 AD, when it appears in connection with Hindu- 
Arabic base-10 numerals. In these numerals it functions 
as a placeholder. The Mayans also used a zero in writ- 
ing their base-20 numerals. It was a symbol that looked 
something like an eye, and it acted as a place holder. 


The reason that the symbol appeared so late in 
history is that the number systems used by the Greeks, 
Romans, Chinese, Egyptians, and others did not need 
it. For example, one can write the Roman numeral for 
1056 as MLVI. No zero as a placeholder is needed. 
The Babylonians did have a place-value system with 
their base-60 numerals, and a symbol for zero would 
have eliminated some of the ambiguity that shows up 
in their clay tablets, but was probably overlooked 
because, within each place, the numbers from 1 to 59 
were represented with wedge-shaped tallies. In a tally 
system all that is required to represent zero is the 
absence of a tally. Sometimes Babylonians did use a 
dot or a space as a placeholder, but failed to see that 
this could be a number of its own. 


The word zero appears to be a much metamor- 
phosed translation of the Hindu word sunya, meaning 
void or empty. 


Zero also has the property a x 0 = 0 for any 
number a. This property is a consequence of zero’s 
additive property. 
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In ordinary arithmetic, the statement ab = 0 
implies that a, b, or both are equal to 0; that is, the 
only way for a product to equal zero is for one or more 
of its factors to equal zero. This property is used when 
one solves equations such as (x - 2)(x + 3) = 0 by 
setting each factor equal to zero. 


The multiplicative property of zero is also used in 
the argument for not allowing zero to be used as 
a divisor or a denominator. The law that defines a/b 
is (a/b)b = a. If one substitutes 0 for b, the result is 
(a/0)0 = a, which forces a to be 0. But, even when a 
is 0, the law allows 0/0 to be any number, which is 
intolerable. 


Zero sometimes appears in disguise. In even-and- 
odd arithmetic, one has ‘even plus odd equals odd,’ 
‘odd times odd equals odd,’ and so on. The various 
combinations can be listed in the tables 


+ even odd x even odd 
even even odd even even even 


odd odd _ even odd even odd 


Is there a zero? Is there an element 0 such that 0 + 
a = a for either of the possible values of a? The top line 
in the addition table says that there is. Even is such an 
element. Does 0 x a = 0 for both values of a? The top 
line of the multiplication table says that it does. Does 
ab = O imply that one or both of the factors is 0? Only 
if both factors are odd, is the product odd; so, yes, it 
does. 


Thus, this miniature arithmetic has a zero, and it is 
even. 


Another arithmetic is clock arithmetic. In this 
arithmetic, 3 is three hours past 12; 3 + 7 is 10 hours 
past 12; and 3 + 12is 15 hours past 12. But ona clock, 
every 12 hours the hands return to their original posi- 
tion; so 15 hours past 12 is the same as three hours past 
12. For any a,a + 12 = a. [Innumber-theory symbol- 
ism, this would be written a + 12 integral a (mod 12).] 
So, in clock arithmetic, 12 behaves like 0 in ordinary 
arithmetic. 


It also multiplies like 0. Twelve 3-hour periods 
equal 36 hours, which the hands show as 12. Twelve 
periods of a hours each leave the hands at 12 for any a 
(a is limited to whole numbers in clock arithmetic), so 
12xa = 12. 


Thus, in clock arithmetic 12 does not look like 
zero, but it behaves like zero. It could be called 0, 
and on a digital 24-hour clock, where the number 24 
behaves like 0, 24 is called 0. The next number after 
23:59:59 is 0:0:0. 
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Zodiacal light 


In this arithmetic, unlike ordinary arithmetic, the 
law ‘ab = 12 if and only if a, b, or both equal 12’ does 
not hold.’ The ‘if part does, but not the ‘only if.’ Six 
times 2 is 12, but neither 6 nor 2 is 12. Three times 8 is 
12 (the hands go around twice, passing 12 once and 
ending at 12), but neither 3 nor 8 is 12. Thus, in clock 
arithmetic there can be two numbers, neither of them 
zero, whose product is zero. Such numbers are called 
divisors of zero. This happens because people use 
12-hour (or 24-hour) clocks. If humans used, for 
instance, 11-hour clocks, it would not. 


See also Numeration systems. 
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Zinc see Element, chemical 


Zirconium see Element, chemical 


tl Zodiacal light 


The term zodiacal light is used to describe a faint, 
somewhat triangular-shaped band of glowing dust 
that occasionally appears near the eastern or western 
horizon, which is caused by reflection of sunlight from 
tiny dust particles in the solar system. It was first 
scientifically studies by Italian-French astronomer 
and engineer Gian Domenico Cassini (1625-1712) 
around 1690. 


The solar system, which includes the sun, eight 
major planets and their moons, several dwarf planets, 
comets, asteroids, and various objects, dust, and gases, 
can be pictured as a huge disk, with the planets, their 
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moons, and asteroids mostly orbiting in or near the 
same plane. If one looks at the sky some evening when 
the moon and two or three planets are visible, a person 
will see they fall more or less in a line across the sky. 
This imaginary line, which is the plane of Earth’s orbit 
projected against the sky, is typically called the eclip- 
tic, but also is sometimes called the zodiac. 


Planets and moons are not the only things in the 
solar system; they are just the most visible. The ecliptic 
is filled with tiny particles of dust left over from the 
formation of the solar system. The solar system 
formed from a vast, rotating cloud of gas and dust 
termed the solar nebula. As this cloud contracted, its 
rotation rate increased. The faster rotation flattened 
the cloud into a disk, much as a blob of pizza dough 
becomes a disk when the baker tosses it spinning into 
the air. Most of this spinning disk of gas and dust 
condensed into the conglomerations of matter that 
are now the sun and planets, but some was left behind, 
situated in the space between the planets. 


Today, this remnant dust is still there. It is far too 
sparse and cold to be directly detectable, but it does 
reflect light. As the sun’s radiation streams through 
the solar system, a small amount of it is reflected by 
these dust particles. Some is reflected toward the 
Earth. Some of the particles within the zodiacal light 
spiral into the sun—what is called the Poynting- 
Robertson effect. It is caused by the sun’s radiation. 


As a result, people occasionally see a thin band of 
light, called the zodiacal light, extending upward from 
the eastern or western horizon along the plane of the 
ecliptic, or zodiac. The light appears in a band because 
the dust particles reflecting it lie mostly in the plane of 
the ecliptic. The effect is much the same as when one 
shines a flashlight beam through a cloud of chalk dust 
in the air: one can see the faint, reflected light from the 
particles. The zodiacal light typically appears in deep 
dusk after sunset or before sunrise, because it is at 
those times of night that the sun is favorably placed 
to illuminate the intraplanetary dust. 


Zodiacal light is also easier to see in the fall and 
winter in the northern hemisphere, when the zodiac is 
highest in the sky and the plane of the ecliptic is 
oriented more nearly perpendicular to the horizon 
than in summer. The ghostly zodiacal light is not 
visible every night, and it is easily washed out by 
moonlight or the glow of a nearby town or city. 
However, from a dark viewing site under the right 
conditions, it is easily visible and makes a splendid 
addition to the array of wonders in the sky. 


Various spacecraft have shown that there is defi- 
nite structure in the zodiacal light such as bands of 
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dust from asteroids and comets. In addition, dust 
continues to gather within the zodiacal light, as it has 
in the distant past, from cometary dust generated from 
asteroid collsions. 


Jeffrey Hall 


ll Zoonoses 


Zoonoses are diseases caused in humans by bac- 
teria, viruses, parasites, and fungi that have been 
transmitted from animals, reptiles, or birds to people. 


As of 2006, avian influenza is poised to become 
potnetially a major zoonotic disease. The disease, 
which endangers human survival, can be transmitted 
from various species of birds to humans. It appears 
that the occurrence of the disease has begun to 
increase, particuarly in the far east. 


Because many of the microorganisms that cause 
zoonotic disease are normal inhabitants of domestic 
animals and birds, people who are involved in agricul- 
ture and those who work in food processing plants can 
be at risk for infection. Prevention of such infections is 
actively studied. Understanding the host factors that 
contribute to immunity from disease and which fac- 
tors promote the establishment of disease is essential if 
zoonotic infections are to be successfully prevented. 


Humans can develop zoonotic diseases by differ- 
ent routes, depending on the microorganism. For 
example, some bacteria can cause infection following 
entry through a cut in the skin. Another common 
method of disease transmission is by the inhalation 
of bacteria, viruses, or fungi. A third route is via the 
ingestion of improperly cooked food or water conta- 
minated with the fecal material. 


A classic example of a zoonotic disease is yellow 
fever. The discovery of the disease and of its origin 
came during the construction of the Panama Canal 
during the first decade of the twentieth century. The 
construction of the canal took humans into previously 
unexplored regions of the Central American jungle. 
This brought the workers into contact with animals 
and microorganisms that they had not been in contact 
with before. One of the microbes produced the serious 
illness that came to be called yellow fever. 


Another example occurred beginning in the 1970s. 
Then, the clearing of the Amazonian rain forest to pro- 
vide agricultural land accelerated. Woodcutters became 
ill with infections caused by the Mayaro and Oropouche 
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viruses. Another example dates back only a decade ago. 
In the mid 1990s, a rapidly developing and often-fatal 
lung infection in the Southwestern United States was 
found to be caused by the Hanta virus that can be 
transmitted from rodents to humans. A final example 
is the viral zoonoses called West Nile virus. This virus, 
which can infect birds such as crows and blue jays, can 
be transmitted to humans by a mosquito that feeds on 
the bird and then subsequently feeds on a human. 


There are a variety of zoonotic diseases that are 
caused by the movement of bacteria from an animal, 
bird, or insect host to humans. Examples include tular- 
emia, which is caused by Francisella tulerensis, lepto- 
spirosis (Leptospiras spp.), Lyme disease (Borrelia 
burgdorferi), chlamydiosis (Chlamydia psittaci), sal- 
monellosis (Salmonella spp.), brucellosis (Brucella 
melitensis, suis, and abortus), Q-fever (Coxiella bur- 
netti), and campylobacteriosis (Campylobacter jejuni). 


Fungi also produce zoonoses. An example is 
aspergillosis, which is caused by Aspergillus fumigatus. 


Two protozoan zoonoses have emerged in accel- 
erating numbers in the past two decades. One proto- 
zoan is called Giardia. The debilitating diarrhea that is 
commonly dubbed “beaver fever” is caused by drink- 
ing water that is contaminated with Giardia lamblia. 
Cryptosporidium parvum causes an equally debilitating 
diarrheal malady called cryptosporidiosis. 


Giardia and Cryptosporidium live naturally in 
many wild animals. The loss of natural habitat with 
increasing human development has brought the ani- 
mals and their microbial cargo into more frequent con- 
tact with people, and human infections are the result. 


Human encroachment is also fueling the emer- 
gence of fatal viral hemorrhagic fevers such as Ebola 
and Rift Valley fever. The zoonotic origin of these 
agents is not definitively known. However, the avail- 
able evidence strongly supports the idea that primate 
populations harbor the viruses, and that periodically 
transmission of the viruses from primates to humans 
occurs. 


Beginning in 1986, an outbreak of bovine spongi- 
form encephalopathy (BSE) among cattle in the United 
Kingdom led to the eventual slaughter of over 150,000 
domestic animals. Ominously, scientists have evidence 
that links the “mad cow” disease in the domestic 
animals with the brain degeneration in humans known 
as Creutzfeld-Jacob disease. There is the possibility that 
the disease-causing agent of Creutzfeld-Jacob disease 
was passed to some of the people when they ate infected 
beef. 
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Zoonoses 


These are 1 mm or more in length. 
Among them are arrowworms, 
krill, and annelids. 


Some species of ciliated 
zooplankton are mixotrophic: 

in addition to feeding on bacteria, 
phytoplankton, flagellates, and 
other ciliates, they can use the 
photosynthetic organelles from 


consumed phytoplankton to carry 
out photosynthesis. 


Macro zooplankton 


Ciliated and 
flagellated 
zooplankton 


These zooplanton are 
between .05 and 1 mm 

long, as large as the largest 
phytoplankton. Categorized 
among them are radiolarans, 
the eggs of fish species, and 
the larva of sea urchins. 


Bacteria 


Micro zooplankton 


Phytoplankton 


The planktonic ecosystem; arrows show the movement of biomass through the food chain. (Hans & Cassidy. Courtesy of Gale 


Group.) 


Since the outbreak in the United Kingdom, BSE 
has been detected in cattle in both the United States 
and Canada on several different locations. The 
export of beef from Canada to the U.S. was halted 
in 2003 because of concerns for the saftety of U.S. 
cattle and beef-eating consumers. The ban was lifted 
in 2005. 


The increasing incidence of these and other zoo- 
notic diseases may be in part due to the increased ease 
of global travel. Microorganisms are global residents, 
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which can easily move along with people and cargo. 
New combinations of microorganisms and susceptible 
human populations have and continue to arise. 
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I Zooplankton 


Zooplankton are small animals that occur in the 
water column of either marine and freshwater ecosys- 
tems. Zooplankton are a diverse group defined on the 
basis of their size and function, rather than on their 
taxonomic affinities. 


Most species in the zooplankton community fall 
into three major groups—Crustacea, Rotifers, and 
Protozoas. Crustaceans are generally the most abun- 
dant, especially those in the order Cladocera (water- 
fleas), and the class Copepoda (the copepods), 
particularly the orders Calanoida and Cyclopoida. 
Cladocerans are typically most abundant in freshwater, 
with common genera including Daphnia and Bosmina. 
Commonly observed genera of marine calanoid cope- 
pods include Calanus, Pseudocalanus, and Diaptomus, 
while abundant cyclopoid copepods include Cyclops 
and Mesocyclops. Other crustaceans in the zooplank- 
ton include species of opossum shrimps (order 
Mysidacea), amphipods (order Amphipoda), and fairy 
shrimp (order Anostraca). Rotifers (phylum Rotifera) 
are also found in the zooplankton, as are protozoans 
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(kingdom Protista). Insects may also be important, 
especially in fresh waters close to the shoreline. 


Most zooplankton are secondary consumers, that 
is, they are herbivores that graze on phytoplankton, or 
on unicellular or colonial algae suspended in the water 
column. The productivity of the zooplankton commun- 
ity is ultimately limited by the productivity of the small 
algae upon which they feed. There are times when the 
biomass of the zooplankton at any given time may be 
similar to, or even exceed, that of the phytoplankton. 
This occurs because the animals of the zooplankton are 
relatively long-lived compared with the algal cells upon 
which they feed, so the turnover of their biomass is 
much less rapid. Some members of the zooplankton 
are detritivores, feeding on suspended organic detritus. 
Some species of zooplankton are predators, feeding on 
other species of zooplankton, and some spend part of 
their lives as parasites of larger animals, such as fish. 


Zooplankton are very important in the food webs 
of open-water ecosystems, in both marine and fresh 
waters. Zooplankton are eaten by relatively small fish 
(called planktivorous fish), which are then eaten by 
larger fish. Zooplankton are an important link in the 
transfer of energy from the algae (the primary pro- 
ducers) to the ecologically and economically impor- 
tant fish community (the consumers). 


Species of zooplankton vary in their susceptibility to 
environmental stresses such as exposure to toxic chem- 
icals, acidification of the water, depeltion of nutrients 
(eutrophication), oxygen depletion, or changes in tem- 
perature. As a result, zooplankton are reliable indicators 
of environmental quality and ecological change. 
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sources, 3:2114, 6:4704 
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uses, 1:18, 197, 244, 313 
ACGME (Accreditation Council for 
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Aconitum spp. See Monkshood 
Acorn barnacles, 1:472 
Acorn woodpeckers, 6:4716 
Acorn worms, 1:29 
Acorns, 4:3053, 3063-3064, 3065 
Acoustic interference, 3:2320-—2321 
Acoustic microscopes, 4:2757 
Acoustic radiation. See Sound 
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Acromegaly, 3:2024 
Acrophobia, 6:4585 
Acrylics, 1:180, 319¢ 
Acryllium vulturinum. See Vulturine 
guineafowl 
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ACTH. See Adrenocorticotropic 
hormone 
Actin, 4:2888, 2889 
Actinaptergii. See Ray-finned fish 
Actinides, 1:35-36, 2:1531, 1532 
Actinium, 1:35—36, 2:1526 
Actinoids. See Actinides 
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Actinopterygii, 1:636—637, 5:3829 
Action potential, 1:36-38 
brain function, 1:655 
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Addax, 3:2062 
Adders, 2:1463, 5:3969-3970, 6:4575 
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Adenia spp., 4:3227 
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53, 53 
aerobic bacteria, 1:442 
Krebs cycle, 3:2423—2424 
metabolism, 4:2710 
oxidation-reduction reactions, 
4:2711 
Adenosine monophosphate (AMP), 
1:53, 195, 806, 3:1972, 4:2710, 2712 
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Adenosine triphosphate (ATP), 
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glycolysis, 1:196, 3:1972, 4:2712 
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4:2712-2713 
laws of thermodynamics, 4:2709 
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nanotechnology, 4:2920 
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phosphorus cycle, 4:3293, 3294 
photosynthesis, 4:3317, 3318 
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Adenoviruses, 3:1884, 1886, 6:4383, 
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ADH (Antidiuretic hormone), 2:1573, 
3:1668-1669, 2153 
ADHD. See Attention-deficit hyper- 
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Adiantum spp., 4:2608 
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Adiantum capillus-veneris. See 
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Adiantum pedatum. See Northern 
maidenhair ferns 
Adipic acid, 1:180, 520 
Adipocere, 1:55-56 
Adipose tissue, 2:1086, 3:2132—2133, 
4:3066 
Adjutant storks, 5:4175-4176 
Adleman, Leonard, 2:1203 
Adobe bricks, 1:661 
Adolescence, 1:27—28, 29, 79, 2:1121 
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Adoption studies, 1:121 
Adorhinos spp. See Burrowing vipers 
ADP. See Adenosine diphosphate 
ADRDA (Alzheimer Disease and 
Related Disorders Association), 
2:1266 
Adrenal glands, 1:56-58, 
2:1574-1575, 3:1959 
Addison’s disease and, 1:49-50 
cardiac cycle, 3:2081 
puberty, 5:3545 
Adrenal hormones, 1:56—57, 2:1260, 
3:2154 
Adrenal tumors, 3:2223 
Adrenaline. See Epinephrine 
Adrenergic agonists, beta-2, 4:3254 
Adrenergic antagonists, 3:2225 
Adrenergic receptors, 1:522 
Adrenocorticoids, 1:467 
Adrenocorticotropic hormone 
(ACTH) 
Cushing syndrome, 2:1216-1217 
diurnal cycles, 2:1354 
function, 1:57, 2:1573, 3:2154 
performance-enhancing drugs, 
4:3255 
production, 1:56, 3:2153 
stress and, 5:4186, 4187 
Adrian, Edgar Douglas, 2:1494 
Adriatic Sea, 2:1644 
Adult stem cells, 5:4162-4164 
Advanced camera for surveys instru- 
ment, 3:2171 
Advanced Cell Technology (com- 
pany), 2:960 
Advanced Mobile Phone Service 
(AMPS), 1:852 
Advanced nucleic acid analyzer 
(ANAA), 2:1360 
Advanced Research Projects Agency, 
3:2341 
Advanced SCSI Programming 
Interfaces (ASPI), 2:1031 
Advanced sleep phase syndrome, 
5:3953 
Advanced Television Systems 
Committee (ATSC), 6:4567 
Advection fog, 3:1768 
Advertising, 4:2651, 5:3740 
Aechmophorus clarkii. See Clark’s 
grebes 
Aechmophorus occidentalis. See 
Western grebes 
Aechnorhynchus cancellatus. See 
Tuamotu sandpipers 
Aedes spp., 4:2851 
Aedes aegypti, 2:1271, 1272, 4:2853, 
6:4738 
Aegean Sea, 2:1644-1645 
Aegopodium podagraria. See 
Goutweed 
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Aegotheles albertisi. See Mountain 
owlet-nightjars 
Aegotheles cristatus. See Australian 
owlet-nightjars 
Aegothelidae. See Owlet-nightjars 
Aegypius monachus. See European 
black vultures 
Ae’o. See Hawaiian stilts 
Aeolian caves, 1:826 
Aepycerotini, 1:238 
Aepyornis spp., 3:1746 
Aerial photography, 3:1936 
Aero-Buran, 5:4034 
Aerobic, 1:58 
Aerobic bacteria, 1:442-443, 539 
Aerobic decomposition, 2:1048, 
3:2445, 5:3883, 3884, 3885 
Aerobic metabolism, 1:58, 538, 539 
Aerobic respiration, 1:442, 851-852, 
2:1272, 4:2711, 6:4360 
Aerobots, 4:3353 
Aerodynamics, 1:58-62, 59, 60, 
3:1756 
aircraft, 1:58-62, 59, 60, 103-104 
atmospheric circulation, 
1:372-375 
ballistics, 1:455-457 
celestial mechanics, 1:835 
drag, 1:60, 103-104, 3:1758 
mach number, 4:2573-2575, 2574 
missiles, 5:3748 
virtual wind tunnels, 6:4585 
wind tunnel testing, 1:59, 59, 105 
Aerosols, 1:62—65, 366-367 
Aeschylus, 6:4302 
Aesculus spp., 3:2158, 2158-2159 
Aesculus arguta. See Texas buckeyes 
Aesculus californica. See California 
buckeyes 
Aesculus glabra. See Ohio buckeyes 
Aesculus hippocastanum. See Horse 
chestnuts 
Aesculus octandra. See Yellow 
buckeyes 
Aesculus pavia. See Red buckeyes 
Aesculus sylvatica. See Painted 
buckeyes 
Aeshnidae, 2:1380 
Aesthetics, 2:1597 
Aethopyga gouldiae. See Gould’s 
sunbirds 
Aethus bulbosa. See Dragon’s-mouth 
orchids 
Affinity chromatography, 
2:927-928 
Afghanistan, 1:342 
AFIS (Automated fingerprint identi- 
fication systems), 3:1787 
Aflatoxin, 1:65-66, 66, 4:2810, 2908 
AFP (Alpha-fetoprotein), 2:1379, 
5:4075 


Africa, 1:67—73, 68 
AIDS, 6:4459 
drought, 2:1383, 1384 
Ebola virus, 2:1431 
geographic features, 1:67—71, 68 
malaria, 2:1242 
African Americans 
cancer, 1:749 
diabetes mellitus, 2:1303 
sickle cell anemia, 5:3924 
SIDS, 6:4216 
African black oystercatchers, 4:3161 
African buffaloes, 1:820, 822-823 
African bush elephants, 2:1537 
African chameleons, 2:870 
African civets, 2:958 
African dormice, 2:1373 
African ebony, 2:1432 
African elephants, 2:1537—1542, 1538, 
3:2413 
African forest elephants, 2:1537 
African forest shrews, 5:3915 
African goshawks, 3:2065 
African grey parrots, 4:3217 
African jacanas, 3:2383 
African lungfish, 4:2558-2559 
African mahogany, 4:2608 
African mountain buzzards, 3:2064 
African oil palms, 4:3189 
African red-tailed buzzards, 3:2064 
African rock pythons, 5:3555 
African sideneck turtles, 6:4492 
African sleeping sickness, 2:1268, 
4:3205, 5:3526, 3530 
African violets, 3:1945 
African wild asses, 1:346, 2:1367 
African wild cats, 1:817 
African wild dogs, 1:754 
African wrynecks, 6:4722 
Africanized honey bees, 1:508 
Afropavo congensis. See Congo 
peafowl 
Afrvedson, J. A., 1:133 
Afterburners, 3:2389 
Agapornis personata. See Masked 
lovebirds 
Agapornis roseicollis. See Peach-faced 
lovebirds 
Agar, 1:128 
Agaricus bisporus, 3:1839 
Agaricus campestris. See Common 
meadow mushrooms 
Agate, 5:3927 
Agave americana, 1:171-172 
Agave fourcroydes. See Henequen 
Agave shawii. See Century plant 
Agave sisalana. See Sisal 
Agaves, 1:/7/, 171-172 
Age-dating. See Dating techniques 
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Age-related macular degeneration, 
1:615, 6:4601 
Age of the universe, 1:73-74 
Agelaius phoeniceus. See Red-winged 
blackbirds 
Agent Orange, 1:74-76, 2:885, 1342, 
3:2117 
Aging, 1:76-80, 77, 2:1302, 4:2902 
cloning and, 3:2176 
color blindness, 2:1009 
dementia, 1:78, 2:1266—1267 
DHEA in, 2:1261-1262 
dopamine, 2:1370 
gerontology, 3:1943-1944 
growth hormones, 3:2024—2025 
physical therapy, 4:3326 
premature, 2:961—962 
visual impairment, 1:615 
Agiotensins, 3:2221 
Agkistrodon spp. See Water 
moccasins 
Agkistrodon contortrix. See 
Copperheads 
AGM-129A, 5:4134 
AGN. See Active galactic nuclei 
Agnatha, 3:2438—2439, 6:4566 
Agonist-antagonist analgesics, 1:199 
Agoraphobia, 4:3289 
Agouti, 1:80-81 
Agremone spp. See Prickly poppies 
Agriacris trilineata, 3:1998 
Agricola, Greogius, 2:1204, 
4:2782-2783, 3112, 5:3749 
Agricultural machines, 1:81-86, 82 
Agricultural Revolution, 1:83 
An Agricultural Testament (Howard), 
2:1047 
Agriculture 
antibiotics in, 1:88 
automobile-dependent, 1:423 
beetle damage, 1:512—513 
contour plowing, 2:1114-1115 
deforestation from, 2:1257, 1258, 
1259 
denitrification, 2:1273 
drought, 2:1384 
environmental effects, 
4:3120-3121 
erosion from, 2:1621, 1622, 1623 
floodplains, 3:1752 
global warming effect, 3:1967 
grasses in, 3:1992-1995 
Green Revolution, 4:3369-3370 
growth hormones in, 4:3119—3120 
herbicide use, 3:2116 
history, 1:81, 2:1189-1190, 4:3369 
human carrying capacity, 1:794 
industrial, 4:2540, 3117-3118, 
3118, 3119-3120 
introduced species, 3:2348 
labor-hours in, 1:86 
land use, 3:2441, 2442 


legumes, 3:2487 
mountains, 4:2874—-2875 
mushrooms, 4:2893-2894 
no-tillage, 1:92 
polyculture, 2:1190-1191 
population growth, 5:3444, 3446 
prairie, 5:3462 
runoff from, 2:1191 
slash-and-burn, 2:1187-1188, 
1259, 5:3945-3947, 3946, 3991 
subsistence, 2:1187—1188 
sustainable, 1:92 
wetlands destruction, 6:4690 
See also Crops; Livestock; 
Monoculture; Organic farming 
Agrimensores, 6:4248 
Agriocharis ocellata, 6:4487 
Agrobacterium vectors, 3:1902, 4:3374 
Agrochemicals, 1:86, 86-89 
Agroforestry, 2:1192-1193 
Agromyzidae, 6:4465 
Agronomy, 1:90—-92, 9/ 
Agulla unicolor, 5:3969 
AGVs (Automated guided vehicles), 
5:3741 
Ahaggar Mountains, 1:70 
Ahlquist, Raymond, 3:2222 
Ahmes, 2:944 
AIBO robot, 5:3743 
AIDS (Acquired immunodeficiency 
syndrome), 1:93-95, 5:3900-3902 
blood transfusions, 1:624 
candidiasis, 6:4737 
dementia from, 2:1268 
developing countries, 6:4459 
DHEA for, 2:1262 
gene therapy, 3:1886 
immune system in, 3:2246 
meningitis, 4:2686 
pneumonia, 5:3410, 3411 
transmission, 1:93, 5:3899 
treatment, 1:94-95, 95-97 
tuberculosis, 6:4470 
vaccines, 1:95—97, 2:1363, 5:3902, 
6:4540 
Aiken, Howard, 2:1057 
Ailuropoda melanoleuca. See Giant 
pandas 
Ailuropodidae, 4:3192 
Ailurus fulgens. See Red pandas 
Air bags, 1:696 
Air-breathing jet engines, 3:2387 
Air column vibrations, 1:31 
Air conditioners, 2:915—916, 5:3662 
Air-cooled engines, 3:2330 
Air cushion vehicles. See Hovercraft 
Air Defense Initiative, 1:110 
Air-depolarized cells, 1:492-493 
Air flow. See Aerodynamics 
Air masses and fronts, 1:97—99, 2:1413 
arctic, 1:97—98 
atmospheric circulation, 1:373-374 
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maritime tropical, 1:97—98 
thunderstorms, 5:4177, 
6:4366-4367 
tropical cyclones, 6:4451—4452 
weather patterns, 6:4671—4672 
Air plants. See Bromeliad family 
Air pollution, 1:99, 99-101, 
5:3429-3431 
acid rain from, 1:18-19, 23-24 
from aerosols, 1:64—65 
from automobiles, 1:422 
calcium oxide for, 1:718—-719 
cancer from, 1:746 
chromatography, 2:928 
control strategies, 1:100—102, 
5:3431-3433 
from fossil fuels, 3:1809 
frogs, 3:1826 
incineration, 3:2267—2268 
indicator species, 3:2270 
land and sea breezes, 3:2442 
lead, 5:3431 
lichens, 4:2507 
lung cancer from, 5:3699-3700 
nitrogen dioxide, 4:2998 
nitrogen fertilizers, 4:3001 
non-point source, 4:3009 
PCBs, 5:3435—3436 
point source, 5:3414-3415, 3415 
radioactive dating, 5:3607 
See also Emissions; Ozone layer 
depletion; Particulates; Smog 
Air pressure. See Atmospheric 
pressure 
Air quality 
developing countries, 1:100-101 
indoor, 3:2271-2275 
scanning electron microscope ana- 
lysis, 5:3808 
urban, 1:100—102, 5:3431 
Air resistance, ballistics, 1:455—457 
Air roots, 5:3756-3757 
Air-to-air missiles, 5:3748 
Air-traffic controllers, 1:106 
Airborne disease transmission, 2:1608 


Airborne observatories, 3:2293—2294 
See also Space-based observatories 


Airborne thermal detectors, 1:292 


Aircraft, 1:101-107, /02 

aerodynamics, 1:58-62, 59, 60, 
103-104 

airships, 1:107-111, /08, 109, 694, 
3:2204 

atmospheric observation, 
1:370-371 

automatic pilot, 1:418-419 

early theories of, 1:101 

fertilizer and pesticide spraying, 
1:85 

heavier-than-air, 1:102—106 

inertial guidance systems, 3:2282 

landings, 1:419 
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lighter-than-air, 1:101—102, 
107-111, 108, 109, 694 
magnesium frame, 4:2591 
safety, 1:106 
servomechanisms, 5:3871 
stability, 1:104 
stealth technology, 5:4130-4134, 
4131 
supersonic, 1:61—62, 102, 4:2575 
wind shear, 6:4708 
Airflow. See Aerodynamics 
Airfoil, 1:60-61 
Airlines, 1:106, 4:2655 
Airplanes. See Aircraft 
Airports, 4:3004 
Airship (Abbott), 1:110 
Airships, 1:107-111, 708, 109, 694, 
3:2204 
Airy, George Biddell, 3:2376 
Airy’s disk, 2:1319 
Aitkin nuclei, 1:367 
Aix galericulata. See Mandarin ducks 
Aix sponsa. See Wood ducks 
Akailoa, 3:2149 
Akiapolaau, 3:2149 
Aklanes, 1:139-140 
Aklaptonuria, 4:2705 
Akmaeon of Croton, 6:4605-4606 
Akohekohe. See Crested 
honeycreepers 
Akutsu, Tetsuzo, 1:325 
Alabaster, 1:721 
Alaemon alaudipes. See Hoopoe larks 
Alagoas antwrens, 1:237 
Alaska, 2:1425, 4:3015—3016, 6:4206, 
4212 
Albacores, 4:2626 
Albatross, 1:111-113, 7/2, 
4:2766-2767 
Albedo, 1:113, 3:2012-2013 
Albert, Wilhelm August Julius, 4:2716 
Albert the Great, 2:1116 
Alberti, Leon Battista, 1:689, 4:2933 
Albertosaurus spp., 2:1338 
Albert’s lyrebirds, 4:2568-2569 
Albertus Magnus, 5:4087 
Albinism, 1:113-116, //4 
Albritton, Claude C., Jr., 1:354 
Albucasis, 2:1275 
Albulidae, 6:4283 
Albuliformes, 3:2055, 6:4283 
Albumin, 1:617, 5:3381, 3869 
Albuterol, 1:351 
Alcedinidae, 3:2416 
Alcedo atthis. See Blue kingfishers 
Alcelaphini, 1:238 
Alcelaphus buscelaphus buscelaphus. 
See Bubal hartebeests 
Alcelaphus buscelaphus caama. See 
Red hartebeests 
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Alcelaphus buscelaphus cokii. See 
Coke’s hartebeests 
Alcelaphus buscelaphus swaynei. See 
Swayne’s hartebeests 
Alces spp. See Moose 
Alces alces. See Moose 
Alchemy, 1:116-117 
Alcidae. See Auks 
Alcohol 
grain, 5:3857 
rubbing, 1:118 
thermometers, 6:4345 
Alcohol addiction. See Alcoholism 
Alcohol thermometers, 6:4346, 
4357-4358 
Alcohol Use Disorders Identification 
Test (AUDIT), 1:121 
Alcoholic beverages, 1:117—119 
anticoagulant interactions, 1:253 
automobile accidents, 1:657 
breathalyzer test, 1:657-659 
brewing, 1:659-661 
calories, 1:120 
cancer deaths, 1:745 
cigarette smoke with, 2:942—943 
cirrhosis from, 2:951 
fermentation, 1:117, 196-197, 
2:1604, 3:1701-1702 
fetal alcohol syndrome from, 
1:597-598 
history, 1:46, 117, 3:1701 
osteoporosis from, 4:3141 
pasteurization, 1:443 
reproductive toxins, 5:3686 
sleep disorders from, 5:3953 
Alcoholics Anonymous, 1:122 
Alcoholism, 1:46, 120-122, 3:2421 
Alcohols, 1:117-119, 704-705, 
2:1627-1628, 4:2527, 2797-2798 
Aldebaran (star), 5:3652, 4154 
Aldehydes, 1:119, 122-123, 4:3162 
Alder buckthorns, 1:682 
Alder flycatchers, 6:4499 
Alders, 1:585—586, 4:3002 
Aldosterone, 1:57, 2:1575, 3:2154 
Aldrin, Edwin E., 5:4043 
Aldrovandia spp., 3:2055 
Ale, 1:660 
Alectis spp., 3:2384 
Alectoris chukar. See Chukars 
Alendronate, 4:3142 
Alewives, 3:2127 
Alexander of Aphrodisias, 5:3627 
Alexander the Great, 2:1310, 
6:4514 
Alexander’s dark band, 5:3627 
Alexandrian rats. See Black rats 
Alexandrium spp., 1:128, 5:3655 
Alfalfa, 1:252, 3:2487 
Alfonso X, 3:1915-1916 
Alfvén, Hannes, 1:262, 5:3382 


Algae, 1:123-129, 124 
acid rain effects, 1:22 
Antarctica, 1:232 
blooms, 1:129 
blue-green, 1:179, 4:2506—2508, 
6:4261-4262 
classification, 5:3524—3525 
coralline, 2:1131, 1133, 3:2008 
golden-brown, 1:125 
green, 1:/24, 125, 127, 3:1841, 
2008, 5:3525 
lichens, 4:2506—2508 
phosphorus cycle, 4:3294 
photosynthesis, 4:3317 
phytoplankton, 4:3332-3333 
red, 1:126, 128, 5:3525, 3527 
soil, 5:3990 
spores, 5:4088 
stromatolites, 6:4193-4194 
structure, 4:2750 
types of, 1:124-126 
yellow-green, 1:126 
See also Kelp 
Algal ponds, 5:3884 
Algebra, 1:129-132, 4:2661 
addition in, 1:52 
Boolean, 1:639-641, 640, 641, 
5:3875 
degrees, 2:1260 
factors, 3:1687 
functions, 3:1834 
fundamental theorems, 3:1835 
geometric figure equations, 
1:201—202 
imaginary numbers, 3:2245 
inequality, 3:2280 
invariants, 3:2351 
line equations, 1:201 
linear, 4:2524-2526, 2669 
reflections, 5:3659 
of statements, 6:4266—4267 
terms, 6:4330 
Alginates, 1:128 
ALGOL (ALGOrithic Language), 
2:1060 
Algol (star), 5:4108, 4/09, 6:4550 
Algorithms, 1:51, 132, 326, 2:959, 
1203, 1251 
ALH84001 meteorite, 4:2635 
Alhazen, 2:1005, 4:2512 
ALICE (spectrometer), 4:3356, 5:3408 
Alice in Wonderland, 4:2893 
Aliphatic aldehydes, 1:123 
Aliphatic hydrocarbons, 3:2195—2196 
Alizarine pure blue, 3:2044 
Alizarine yellow, 3:2270 
Alka-Seltzer, 2:952, 5:3980 
Alkali metals, 1:132—134, 2:1530, 
4:2714, 3262 
Alkaline earth metals, 1:134-136, 
2:1530, 4:2714, 3262 
Alkaline phosphatase (ALP), 
4:2707-2708 
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Alkaline potassium hydroxide, 3:1832 
Alkaline soil, 1:87 
Alkalis. See Bases 
Alkaloids, 1:136-139, 3:1977 
Alkanes, 3:2195-2196 
Alkanoic acids, 1:777 
Alkenes, 1:140, 320f, 3:2196 
Alkyl groups, 1:139-140 
Alkyl radicals, 1:140 
Alkylating agents, 4:2902 
Alkynes, 3:2196 
Allactaga spp. See Earth hares 
Allard, H. A., 1:554 
Alleghanies, 4:3013 
Allegra. See Fexofenadine 
Alleles, 1:140-141, 790, 5:3862, 6:4730 
Allen, Frederick, 3:2221 
Allen, John, 1:577, 578 
Allen Telescope Array (ATA), 5:3877 
Allenopithecus spp., 3:2027 
Allens’s bushbabies, 4:2555 
Allergens, 1:141, 144, 145, 249 
Allergic rhinitis, 1:141, 143, 257-258, 
2:1042, 5:3697-3698 
Allergy, 1:141-145, /42, 3:2249 
barbiturates, 1:465 
basophils in, 1:620, 3:2137—2138 
butylated hydroxyanisole, 1:705 
food, 1:141, 145, 204 
genetically modified crops, 
4:3375 
histamine, 3:2137-2138 
immune response, 1:/42, 143, 
3:2256 
immunoglobulin E in, 1:143, 144, 
248 
migraine headaches from, 
4:2764-2765 
molds, 4:2809 
penicillin, 1:249 
Alligator gars, 3:1860 
Alligator mississipiensis. See 
American alligators 
Alligator sinensis. See Chinese 
alligators 
Alligator snapping turtles, 6:4492 
Alligatoridae, 2:1183—1186 
Alligators, 2:1183—1186, 3:2078, 
5:3687, 6:4700 
Allium spp. See Onions 
Allium porrum. See Leeks 
Allium schoenoprasum. See Chives 


Allocebus trichotis. See Hairy-eared 
dwarf lemurs 

Allometry, 2:1301 

Allopatric speciation, 5:4053 

Allosaurus spp., 2:1338, 4:3182 

Allosteric enzymes, 1:196, 2:1607, 
4:2710-2712 

Allotropes, 1:145-146 


Alloys, 1:146-147, 4:2718—2719 
aluminum, 1:147, 718 
copper, 1:135, 718, 2:1130 
iron, 1:147, 3:2364 
lead, 1:718, 3:2472 
magnesium, 4:2591 
steel, 1:146, 147, 4:2719, 

5:4142-4143 
titanium, 1:147, 6:4378 
Allspice, 4:2911—2912 
Alluvial systems, 1:147-151, 748, 
148-150, 4:2783, 5:3990, 4183 

Alluviation, 1:149 

Alluvium, 1:147, 148-149 

The Almagest (Ptolemy), 6:4440 

Alnilam, 5:4106-4107, 4108-4109 

Alnus spp. See Alders 

Alnus rubra. See Red alders 

Aloe, 4:2518 

Aloe vera. See Aloe 

Alopex lagopus. See Arctic foxes 

Alosa pseudoharengus. See Alewives 

Alosa sapidissima. See Shad 


Alouatta belzebul. See Black-and-red 
howler monkeys 

Alouatta caraya. See Black howler 
monkeys 


Alouatta palliata. See Mantled howler 
monkeys 

Alouatta pigra. See Guatemalan black 
howler monkeys 


Alouatta seniculus. See Venezuelan 
red howler monkeys 
Alouattinae, 4:2984—2985 
ALP (Alkaline phosphatase), 
4:2707-2708 
Alpacas, 1:736, 738-739 
Alpha-1-antitrypsin, 2:1559, 1560 
Alpha amanitin, 4:2908 
Alpha-beta blockers, 3:2225 
Alpha-blockers, 3:2225 
Alpha Centauri, 4:2516 
Alpha-fetoprotein (AFP), 2:1379, 
5:4075 
Alpha (1,2) fucosyltransferase, 5:3842 
Alpha-glycosidase, 2:1305 
Alpha herpesviruses, 6:4554 
Alpha-linolenic acid, 6:4439 
Alpha-particle X-ray spectrometry 
(APXS), 4:2638, 2639-2640 
Alpha particles, 1:151-152 
discovery, 1:393, 394, 6:4196 
gold foil experiments, 1:385, 393 
radioactive decay, 5:3608 
Alpha receptors, 1:522 
Alpha scattering instrument, 1:152 
Alpha waves, brain, 1:548, 2:1495 
Alphaeidae, 5:3918 
Alpher, Ralph Asher, 2:1147, 1536 
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Alphochen aegyptiacus. See Egyptian 
geese 
Alpine glaciers, 3:1956 
Alpine goats, 4:2538 
Alpine marmots, 4:2631 
Alpine newts, 4:2980 
Alpine tundra, 6:4476-4477, 4478 
Alpine violets, 6:4574 
Alpine weasels, 6:4668-4669 
Alprazolam, 6:4411 
Alps, 2:1644, 3:1770, 4:2872 
Alteration of generations, 
5:3895-3896 
Alternaria molds, 4:2809 
Alternate-form method, 5:3537 
Alternate light source analysis, 1:/52, 
152-153 
Alternating current (AC) 
capacitance, 1:755 
conversion, 6:4541—4542 
defined, 2:1471, 1488-1489 
electric motors, 2:1472, 1473-1474 
electrical power supply, 
2:1482-1483 
electronics, 2:1517 
generators, 3:1888 
photovoltaic cells, 4:3322 
transformers, 6:4413-4414 
Alternative energy sources, 
1:153-157, 154 
bioenergy, 1:545—548 
ethanol, 2:1628-1629 
hydroelectric, 2:1489, 
3:1888-1889, 2210, 6:4483, 
4484, 4656 
windmills, 1:155, 6:4482 
See also Photovoltaic cells 
Alternative medicine, 1:157-162, 749, 
3:2114, 4:2880 
See also Herbal medicine 
Alternia spp., 4:2908 
Alters, 4:2878, 2879 
Altimeters, 1:475 
Altimetry, satellite, 6:4513-4514 
Altitude, high. See High altitude 
Altitude control systems, 5:4031 
Altitude training, 4:3255 
Altricial species, 1:588 
Altruism, 1:162-163 
Aluada arvensis. See Skylarks 
Aluadidae. See Larks 
Alum, 4:3295 
Aluminum, 1:163-165 
alloys, 1:147, 718 
dietary, 6:4401 
Earth’s crust, 2:1525 
production, 2:1498—1499, 4:2718, 
3156 
rocket fuel, 5:3746 
soil leaching, 3:2470 
Aluminum chloride, 1:164, 165, 166 
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Aluminum hydroxide, 1:165-166 
Aluminum hydroxychloride, 1:166 
Aluminum oxide 
abrasives, 1:3-4 
ceramics, 2:860 
fiber composites, 2:1044 
properties, 1:164 
reduction of, 4:2718 
uses, 1:164—-165 
Aluminum sulfate, 1:165, 4:3295 
Alums, 6:4220 
Alvarez, Luis, 3:1678—-1679, 2399, 
4:2648 
Alvarez, Walter, 3:1678—1679, 2399 
Alveoli, 5:3409, 3703 
Alvin (submersible), 6:4516—4517, 
4518 
Alwall, Nils, 2:1310 
Alzheimer’s disease, 1:78, 167-169, 
168, 2:1266 
acetylcholine in, 4:2968 
Down syndrome, 2:1378 
lecithin in, 3:2480 
nerve growth factor, 4:2950 
Alzheimer’s Disease and Related 
Disorders Association (ADRDA), 
2:1266 
AM (Amplitude modulation), 2:1509, 
1510, 5:3597, 3598, 3599, 3605 
Amadil. See Acetaminophen 
Amalgam fillings, 2:1274-1275, 
1276-1277, 6:4345 
Amanita spp., 4:2908 
Amanita muscaria. See Fly agaric 
Amanita muscaria formosa. See 
American fly agaric 
Amanita palloides. See Deathcaps 
Amanita virosa. See Death angels 
Amantadine, 4:3213, 5:3411, 
3424-3425 
Amaranth family, 1:/69, 169-170, 
6:4472 
Amaranthaceae. See Amaranth 
family 
Amaranthoideae, 1:169 
Amaranthus spp., 1:169, 170 
Amaranthus albus. See Tumble 
pigweed 
Amaranthus caudatus. See Love-lies- 
bleeding 
Amaranthus graecizans, 6:4472 
Amaryllideae. See Amaryllis family 
Amaryllis belladona. See Cape 
belladona 
Amaryllis family, 1:/70, 170-172 
Amatadine, 3:2040 
Amateur Sky Survey, 2:875 
Amazon basin, 1:542, 5:4022, 4025 
Amazon Cone, 2:1111 
Amazon River, 5:3730 
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Amazona viridigenalist. See Red- 
crowned parrots 

Amber, 2:1521, 5:3687, 3688 

Amberjacks, 3:2384 

Ambiguous genitalia, 5:3891 

Amblyncus spp. See Marine iguanas 

Amblyopia, 6:4597, 4599 

Amblyopsidae, 1:828 

Amblyopsis spelae. See Kentucky 
blind fish 

Amblyornis inornatus. See Vogelkop’s 
bowerbirds 

Amblyornis subalaris. See Striped 
gardener bowerbirds 

Amblyseius cucumeris, 6:4362 

Ambrosia artemesiifolia. See 
Ragweeds 

Ambrosia opacum. See Marbled 
salamanders 

Ambrosia trifida. See Ragweeds 

Ambush bugs, 6:4461 

Ambystoma californiense. See Desert 
slender salamanders 

Ambystoma cingulatum. See 
Flatwoods salamanders 

Ambystoma laterale. See Blue-spotted 
salamanders 

Ambystoma macrodactylum. See 
Santa Cruz long-toed salamanders 

Ambystoma maculatum. See Spotted 
salamanders 

Ambystoma mexicanum. See 
Axolotyls 

Ambystoma tigrinum. See Tiger 
salamanders 

Ambystoma tigrinum stebbinsi. See 
Sonoran tiger salamanders 

Amebiasis, 4:3208, 6:4457 

Amebic dysentery, 2:1400 

Amelung, John F., 3:1960 

American Academy of Allergy, 
Asthma and Immunology 
(AAAAD), 1:143 

American Academy of Family 
Physicians, 5:4187 

American Academy of Orthopaedic 
Surgeons, 1:789, 4:3132 

American Academy of Pediatrics, 
6:4217, 4338 

American alligators, 2:1185 

American Association of Textile 
Chemists and Colorists, 2:1397 

American avocets, 5:4168 

American badgers, 1:449-450 

American barberries, 1:463 

American basswoods, 1:484 

American beavers, 1:499, 500, 500-501 

American beech, 1:471 

American bison, 1:601—604, 602 

domestic, 4:2539 
overhunting, 2:1566, 6:4701 


population, 5:3445, 3507 
prairie grazers, 5:3461-3462 
American bitterns, 1:604, 604-605, 
3:2123 
American black bears, 1:498, 499, 
5:3811 
American black ducks, 2:1388 
American Board of Physical Medicine 
and Rehabilitation, 5:3663 
American bullfrogs, 3:1825 
American Cancer Society, 1:745, 
4:2500 
American Chemical Society, 2:1533 
American chestnuts, 1:504, 505, 
2:890-891, 1033, 3:2350, 4:3053 
American chipmunks. See Eastern 
chipmunks 
American cockroaches, 2:985 
American coots, 5:3624 
American crocodiles, 2://83, 1185 
American crows. See Common crows 
American Dental Association, 2:1277 
American Diabetes Association, 
3:2309 
American Dietetics Association, 
4:3058 
American eels, 6:4463-4464 
American egrets, 3:2123 
American elk, 4:2539 
American elms, 2:1549-1550, 3:2350 
American fly agaric, 3:/836 
American Foundation for the Blind, 
6:4598 
American ginseng, 3:1951—-1952 
American goldfinches, 3:1731 
American grasshoppers, 3:1999 
American Heart Association 
aphasia, 1:273 
embolism, 2:1551 
environmental cigarette smoke, 
2:941 
hypertension, 3:2221 
obesity, 1:467, 4:3066 
stroke, 6:4190 
American hornbeams, 1:585 
American Iron and Steel Institute, 
3:2364 
American John dories, 2:1372-1373 
American kestrels, 3:1689, 1690, 1691, 
4:2766, 5:3634 
American lobsters, 1:629, 4:2541, 
2542 
American Lung Association, 5:4080 
American Medical Association, 
3:2121 
American mink, 4:2785, 2785 
American moles. See Common moles 
American mud turtles, 6:4491 


American Museum of Natural 
History, 2:1311 
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American National Standards 
Institute (ANSD, 1:172, 2:1061 
American Nurses’ Association, 
5:3663 
American oil palms, 4:3189 
American Optical/Hardy Rand, and 
Ritter (AO/H.R.R.) pseudoisochro- 
matic test, 2:1009 
American oystercatchers, 4:3161 
American Philosophical Society, 
1:294 
American Physical Therapy 
Association, 4:3269 
American pikas, 3:2433 
American pine martens, 4:2645 
American plaice, 3:1738 
American Podiatric Association, 
5:3414 
American Psychiatric Association 
antidepressants, 1:255 
bulimia, 2:1429 
multiple personality disorder, 
4:2878 
nicotine, 4:2987 
post-traumatic stress disorder, 
5:4185 
American Psychoanalytic 
Association, 5:3533-3534 
American Psychological Association, 
5:3535 
American Railway Association, 
6:4406 
American Red Cross, 1:623 
American redstarts, 6:4633 
American robins, 5:3736—3737, 
6:4363, 4363, 4364, 4365 
American saltwater terrapins, 6:4493 
American Sign Language, 
3:2178-2179 
American Society for Aesthetic 
Plastic Surgery, 6:4226 
American Society for Laser Medicine 
and Surgery, 3:2462 
American Society for 
Photogrammetry and Remote 
Sensing, 4:3306 
American Society for Reproductive 
Medicine (ASRM), 3:2283—2284 
American Society for the Testing of 
Materials. See ASTM 
American Standard (locomotive), 
6:4405 
American Standard Code for 
Information Interchange (ASCID, 
1:172-173 
American swallow-tailed kites, 3:2066 
American sycamores, 4:3347—3348 
American Telephone and Telegraph 
(AT&T), 4:2863 
American toads, 1:191, 6:4379, 4380 
American vultures, 1:592 


American Water Works Association 
(AWWA), 3:1765-1766 
American Welding Society, 6:4683 
American white pelicans, 4:3238, 3239 
American wigeons, 2:1388 
American wood-warblers, 5:4048 
American woodcocks, 5:3785 
Americium, 1:35—36, 2:1534, 4:3264 
Ameritech Mobile Communications, 
1:852 
Ames, Bruce, 1:173, 4:2902 
Ames strain, 3:1897 
Ames test, 1:173-174, 4:2746, 2902 
Amethyst, 5:3927 
Amethystine pythons, 5:3555 
Amia calva. See Bowfins 
Amicable numbers, 1:174 
Amides, 1:174-175 
Amino acids, 1:/76, 176-178 
bacteria, 1:444 
base pairs, 4:2814 
corn, 1:178, 4:3060 
essential, 1:177—178, 4:3060 
Krebs cycle, 3:2422—2424 
Murchison meteorite, 4:2883 
nectar, 4:2937 
origin of life, 4:3123-3124, 
3125-3126 
peptide bonds, 4:3245 
properties, 1:777 
protein structure, 5:3517—3520 
racimization, 2:1238 
sequencing, 5:3866 
See also L-amino acids 
Amino resins, 5:3689 
Aminophylline, 1:351 
Amiphioxus spp., 1:307 
Amiton, 4:2948 
Ammodramus caudacuta. See Sharp- 
tailed sparrows 
Ammodramus lecontii. See LeConte’s 
sparrows 
Ammodramus maritimus. See Seaside 
sparrows 
Ammodramus maritimus mirabilis. See 
Cape Sable seaside sparrows 
Ammodramus maritimus nigrescens. 
See Dusky seaside sparrows 
Ammodramus savannarum. See 
Grasshopper sparrows 
Ammon (God), 1:178 
Ammonia, 1:178-180 
bacterial growth, 1:442 
excretion, 3:1667 
fertilizers, 1:180, 3:1711, 2204 
Miller-Urey experiment, 4:2772 
molecular shape, 4:2817, 28/8, 
2818-2819 
nitrogen cycle, 4:2998, 2999 
nitrogen fixation, 1:179, 3:2486, 
4:3001—3003 
primitive atmosphere, 4:3124 
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production, 1:178, 179-180, 
181-182, 3:2203-2204, 
4:2996-2997, 3156 

refrigeration, 2:917 

sodium reactions, 5:3978 

urea, 1:180, 6:4537 

Ammonia-cycle refrigeration, 5:3662 

Ammonia masers, 3:2456 

Ammonia-soda process, 5:3981 

Ammonification, 1:181—182, 442, 
2:1272, 4:3000 

Ammonium 

algae, 1:127 

fertilizers, 1:86 

nitrification, 1:182, 4:2993—2995 

nitrogen cycle, 4:2999 

organic farming, 4:3117 

production, 1:181 

quaternary, 1:265 

Ammonium cyanate, 1:540, 768 
Ammonium hydroxides, 1:178-179 
Ammonium nitrate 

acid rain from, 1:19 

explosives, 3:1676, 1677 

fertilizers, 1:182, 4:2993 

production, 4:2997 

rocket fuel, 5:3746 

Ammonium perchlorate, 5:3746 
Ammonium salts, 1:179 
Ammonium sulfate, 1:19 
Ammonoidea, 3:1805, 5:4094 
Ammospermophilus harrisi. See Yuma 
ground squirrels 
Ammospermophilus leucurus. See 
White-tailed antelope squirrels 
Amnesia, 1:182-184, 3:2421, 4:2681 
Amnesic shellfish poisoning, 5:3655 
Amniocentesis, 1:184-185, /85 

albinism, 1:115 

chromosomal abnormalities, 2:932 

Down syndrome, 2:1379 

genetic disorders, 3:1893 

karyotype analysis, 3:2408 

prenatal surgery, 5:3481 

spina bifida, 1:599, 5:4075 

Tay-Sachs disease, 6:4299 

Amoco Cadiz (tanker), 4:3083 

Amoeba proteus, 1:186 

Amoebas, 1:185-186, 5:3523 

Amoebic dysentery, 4:3205, 5:3527, 
3530 

Amoebida, 1:186 

Amorphous silicon, 4:3323 

Amosite, 1:334 

AMP (Adenosine monophosphate), 
1:53, 195, 806, 3:1972, 4:2710, 2712 

Ampere, Andre M., 2:1477, 1487, 
1522, 4:2601 

Amperes, 2:1477 

Ampere’s law, 2:1472 

Amphetamines, 1:186-189, 469, 
4:3255 
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Amphibians, 1:189-191 
as animal models, 3:2126 
cloning, 3:2126 
desert, 2:1294 
evolution, 4:3181 
heart anatomy, 3:2077 
metamorphosis, 4:2729, 
2730-2731 
respiratory system, 5:3692, 3702 
study of, 3:2125—2126 
toxic substances, 3:2126 
Amphiblastula, 5:4086 
Amphibolite facies, 1:645, 4:2724, 
2725 
Amphineura, 2:906, 4:2828 
Amphispiza belli. See Sage sparrows 
Amphispiza belli clementeae. See San 
Clemente sage sparrows 
Amphispiza bilineata. See Black- 
throated sparrows 
Amphiuma means. See Two-toed 
amphiumas 
Amphiuma tridactylum. See Three- 
toed amphiumas 
Amphiumas, 5:3772 
Amphoteric salts, 5:3779 
Amplifiers, 1:191-192, /92 
common-emitter, 6:4419 
in electronics, 2:1517 
erbium-doped, 3:1720 
transistors, 6:4417 
Amplitude 
oscilloscopes, 4:3136 
periodic functions, 4:3256, 3257, 
3258 
sound waves, 1:31 
Amplitude modulation (AM), 2:1509, 
1510, 5:3597, 3598, 3599, 3605 
AMPS (Advanced mobile phone ser- 
vice), 1:852 
Ampullae of Lorenzini, 5:3933 
Amputation, 1:193-194, 5:3383, 3512, 
6:4225 
Amsterdam albatross, 1:112 
Amtrak, 4:2655 
amu (Atomic mass unit), 1:396, 397 
Amundsen, Roald, 1:110, 234 
Amur pike, 4:3340 
Amygdala, 1:656 
Amygdalotomy, 5:3542 
Amy] alcohols, 4:3244 
Amylase, 2:1326 
Amyloid plaques, 1:167—-168, /68 
Amyloidosis, 4:2707 
Amyotonia congenita, 4:2958-2959 
Amyotrophic lateral sclerosis, 4:2957, 
2959 
ANAA (Advanced nucleic acid ana- 
lyzer), 2:1360 
Anabaena spp., 3:1704, 4:3002 
Anabolic steroids, 4:3253-3254 
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Anabolism, 1:195-196, 807, 
4:2709-2710 
Anacardiaceae. See Cashew family 
Anacardium occidentale. See Cashew 
family 
Anacondas, 1:631—632, 5:3555, 3970 
Anadinanthera spp., 3:2051 
Anadromous sturgeons, 6:4195 
Anaerobic digesters, manure, 1:545 
Anaerobic processes, 1:196-197 
bacteria, 1:196, 442-443 
landfill decomposition, 3:2445 
obligate anaerobes, 1:284 
oxygen toxicity, 1:539 
wetlands, 6:4689 
Anaerobic respiration, 1:196, 3:2430, 
5:3694 
Anal stage, 5:3532 
Analemma, 1:197 
Analgesia, 1:17, 197-199 
Analgesics, 4:3171-3172 
agonist-antagonist, 1:199 
amide, 1:175 
cold medicines, 5:3698 
morphine, 4:2851 
narcotic, 1:197—-199, 4:2921-2922 
nonaddictive, 1:197 
opioid, 2:985 
Analog computers, 2:1054-1055 
Analog integrated circuits, 3:2314 
Analog signals, 1:200—201, 2:1329, 
1330-1331, 1519 
Analogous structures, 1:208, 6:4295 
Analogue weather forecasting, 6:4673 
Analytic geometry, 1:201-204 
Analytical chemistry, 2:888 
Analytical engine, 1:723, 2:1056, 1065 
Anaphase, 4:2803, 2803 
Anaphylaxis, 1:141, 145, 204-205, 
3:2249 
Anarhichas lupus. See Atlantic wolf 
fish 
Anarhichas minor. See Spotted wolf 
fish 
Anas acuta. See Pintails 
Anas americanus. See American 
wigeons 
Anas clypeata. See Northern shovelers 
Anas crecca. See Green-winged teals 
Anas cyanoptera. See Cinnamon teals 
Anas discors. See Blue-winged teals 
Anas fulbigula. See Mottled ducks 
Anas platyrhynchos. See Mallard 
ducks 
Anas poecilorhyncha. See Spot-billed 
ducks 
Anas rubripes. See American black 
ducks 
Anas strepera. See Gadwalls 
Anasa tristis. See Squash bugs 
Anasazi Indians, 1:360 


Anastomas lamelligerus. See Openbill 
storks 
Anastomosis, vascular, 6:4427 
Anathania elliotti. See Madras tree 
shrews 
Anatidae, 2:1385, 6:4257 
Anatinae. See Dabbling ducks 
Anatomy, 1:205-207 
comparative, 1:205, 208, 3:1657 
functional, 4:3331—3332 
history, 1:559 
nomenclature, 1:206—207 
pathological study, 4:3230-3231 
Anatomy of Melancholy (Burton), 
4:2689 
Anatosaurus spp., 2:1340 
Anchiceratops spp., 2:1339 
Anchietea salutaris, 6:4575 
Anchovetta, 1:209 
Anchovies, 1:208-209, 639 
Ancient civilizations, 1:296 
Andean avocets, 5:4168, 4169 
Andean condors, 2:1076, 6:4622, 
4623 
Andean flamingos, 3:1738 
Anderson, Carl, 1:262, 387, 2:1514, 
6:4197 
Anderson, Ken, 4:3168 
Anderson, W. French, 1:43, 3:1885, 
1895 
Andes, 5:4022, 4023 
Andesitic magma, 4:2590, 6:4610 
Andre, Nicholas, 4:3130 
Andreaeidae. See Granite mosses 
Andreesen, Marc, 3:2342 
Andrenid bees, 1:506 
Andrias davidianus. See Giant Asiatic 
salamanders 
Andrias japonicus. See Giant Japanese 
salamanders 
Androgenesis, 1:223—224 
Androgens, 1:27, 57, 2:1260, 1575 
Androids, 1:420, 5:3743 
Andromeda galaxy, 1:525, 526, 
3:1844-1845, 1845, 5:4111 
Androsthenes, 1:554 
Androstrobilus, 2:1220 
Anemia, 1:209-210 
aplastic, 1:210, 2:1614 
autoimmune hemolytic, 1:417 
Cooley’s, 4:2705 
hemoglobin in, 3:2102 
hemolytic, 1:417, 4:3282 
iron-deficiency, 1:209-210, 
3:2364 
megaloblastic, 1:210, 6:4602 
pernicious, 1:210, 416, 4:3057 
Rh factor, 5:3715 
See also Sickle cell anemia 
Aneroid barometers, 1:474, 474, 475 
Aneroid calorimeters, 1:735 
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Anesthesia, 1:210-214 
childbirth, 1:596-597 
cocaine, 2:1276, 4:3017 
curare, 2:1212 
dental, 2:1276 
epidural, 1:213 
ether, 2:1629 
general, 1:211, 212, 596—597, 

2:909, 918 
history, 1:193, 197, 211-212, 
6:4243, 4244 
local, 1:211, 212-213, 2:981, 
4:3017-3018, 3171-3172 
nitrous oxide, 1:212, 6:4244 
placebos, 4:3345-3346 
regional, 1:213, 596-597 
spinal, 1:213 

Anesthesiology, 1:211—212 

Anethum graviolens. See Dill 

Anethum graviolus. See Dill 

Aneuploidy, 2:929-931, 930, 931, 

3:1891, 1893 

Aneurisms, 1:2/4, 214, 4:2965 

ANFO (explosive), 3:1676, 1677 

Angelfish, 1:215-217 

Angelica, 1:792 

Angelica archangelica. See Angelica 

Angelica sylvestris. See Angelica 

Angelman syndrome, 2:931, 932 

Angelsharks, 5:3903, 3907 

Anger, Hal, 5:3619 

Anger scintillation camera, 5:3615 

Angina, 1:215, 311, 522-524 

Angina pectoris, 4:2890 

Angiography, 1:215-217, 4:2965, 

5:3621 

Angioplasty, 1:311, 3:1886 

Angiospermophyta. See Angiosperms 

Angiosperms, 1:217 
classification, 4:3367 
dicotyledons, 3:2474 
flowers, 3:1754-1756 
monocotyledons, 3:2474 
pollination, 5:3427, 3428, 3429 
productivity, 3:1797 

Angiotensin, 1:57 

Angiotensin converting enzyme 

(ACE), 3:2222, 2225 

Angle of attack, 1:103-104 

Angle of repose, 4:2658 

Angle-side-angle congruence, 2:1080 

Anglerfish, 1:219-220 

Angles, 1:217-219, 3:1928—1929 
central, 1:282 
degrees of, 2:1260 
Fibonacci, 3:2475 
inscribed, 3:1931—1932 
polygons, 5:3436-3437 
trigonometry, 6:4440 
trisecting, 2:/096, 1096-1097 

Anglesite, 3:2471 


Angola pythons, 5:3555 
Angora goats, 4:2538 
Angoumois, 4:2859 
Anguila anguilla. See European eels 
Anguila japonica. See Japanese eels 
Anguila rostrata. See American eels 
Anguillidae, 6:4462 
Anguilliformes, 6:4462 
Angular-contact bearings, 1:452 
Angular gyrus, 2:1401 
Angular momentum 
conservation laws, 2:1092, 1093 
gyroscope, 3:2036—2037 
solar system, 5:4004 
subatomic particles, 5:4072—4073 
tornadoes, 6:4388—4389 
Angular unconformities, 
6:4510-4511 
Angular velocity, 6:4559 
Angwantibo, 4:2555 
Anhima cornuta. See Horned 
screamers 
Anhimidae, 5:3821 
Anhydride, 2:1627, 1628 
Anhydrite, 1:721 
Anianiau, 3:2149 
Aniline, 1:519 
Animal-based glues, 1:55 
Animal behavior, 1:162-163, 5/6, 
516-518, 3:1852 
Animal breeding, 1:90, 220-225, 823, 
5:4017 
See also Breeding; Captive 
breeding 
Animal buds, 1:684 
Animal Dispersion in Relation to 
Social Behavior (Wynne-Edwards), 
5:3862 
Animal experimentation. See Animal 
testing 
Animal fibers, 4:2922—2926, 29231 
Animal husbandry. See Domestic 
animals; Livestock 
Animal Liberation (Singer), 6:4607 
Animal models, 1:225—226 
Alzheimer’s disease, 1:168 
amphibians, 3:2126 
cloning, 3:2176 
in vivo research, 3:2263 
mice, 3:2176, 4:2743 
See also Animal testing 
Animal proteins, 1:178 
Animal testing 
baboons, 1:438—439 
cancer research, 1:225—226 
chimpanzees, 2:904 
rhesus monkeys, 4:2573, 5:3717, 
3718 
vivisection, 6:4605—4607 
Animal Welfare Act (1996), 1:225 
Animalia. See Animals 
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Animals, 1:220 
alkaloids in, 1:137 
Antarctica, 1:232—234 
anthropocentric world view of, 
1:242 
Biosphere Project, 1:578 
cloning, 3:2127-2176 
desert, 2:1294, 1383 
drugs from, 2:1631 
dyes from, 2:1398 
endothermic, 6:4327-4328 
fur-bearing, 3:1793, 4:2645 
genetically modified, 6:4415-4416 
grasslands, 3:2000 
habitat, 3:2041 
hearing, 3:2073-2074 
island, 3:2368—2369 
moss, 4:2856—2857 
nitrogen for, 1:181 
organs, 4:3115 
oviparous, 4:3149 
ovoviviparous, 1:191, 
4:3149-3150, 6:4605 
pain in, 6:4606, 4607 
poikilothermic, 1:190, 5:3905 
pollination by, 5:3429 
sense of smell, 5:3963-3964 
sex determination, 5:3891—3892 
sexual reproduction, 5:3896 
structure, 4:3121 
taxonomy, 1:220, 4:3365, 
6:4296-4297 
transpiration, 6:4424 
viviparous, 1:593, 5:3907, 6:4605 
vivisection, 6:4605—4607 
See also Genetically modified food 
and organisms; specific animals 
Animals, domesticated. See Domestic 
animals 
Animation, 4:2865—-2866 
Anions, 1:226, 814-815 
Anis (birds), 2:1209-1211 
Anisaldehyde, 1:123 
Anise, 1:792, 3:2113 
Anisodoris nobilis, 2:907 
Anisolabis maritima. See Seaside 
earwigs 
Anisotropic composites, 2:1043 
Anitschkow, Nikolai, 2:923 
Ankle joint, 5:3939 
Ankylosaurus spp., 2:1339 
Ankylosing spondylitis, 1:416 
Annelida. See Segmented worms 
Annual cicadas, 2:940 
Annual plants, 5:3855 
Annular eclipses, 2:1437 
Anoas, 1:820, 822, 824 
Anodes, 1:226-227 
electric arc, 2:1467 
electrochemical cells, 1:813 
sacrificial, 1:227, 2:1147 
vacuum tube, 1:812 
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Anodizing, 1:227 
Anoles, 1:227-228, 228 
Anolis spp., 1:227 
Anolis carolinensis. See Green anoles 
Anolis cybotes. See Large-headed 
anoles 
Anolis distichus. See Bark anoles 
Anolis equestris. See Knight anoles 
Anolis sagrei. See Brown anoles 
Anolmalepidae, 1:616 
Anomalistic month, 2:1438-1439 
Anomalocaris canadensis, 6:4281 
Anomalospiza imberis. See Cuckoo 
weavers 
Anomic aphasia, 1:274 
Anomura, 2:1168 
Anopheles spp. 
DDT and, 2:1242 
malaria transmission, 3:1746, 
4:2609, 2851, 2853, 6:4455, 
4467 
Anopheles gambiae, 4:2610 
Anopleura, 4:2505 
Anorexia nervosa, 1:47—48, 2:1428 
Anschutz-Kaempfe, Hermann, 1:418 
Anscissic acid, 4:3368 
Anser albifrons. See Greater white- 
fronted geese; White-fronted geese 
Anser anser. See Greyleg geese 
Anser barchyrhynchus. See Pink- 
footed geese 
Anser cygnoides. See Chinese geese; 
Swan geese 
Anser erythropus. See Lesser white- 
fronted geese 
Anser fabalis. See Bean geese 
Anser indicus. See Bar-headed geese 
Anseriformes, 5:3821 
ANSI (American National Standards 
Institute), 1:172, 2:1061 
Ant beetles, 1:509 
Ant-catcher, white-faced, 1:237 
Ant-pipits, 1:228 
Ant thrushes. See Antbirds 
Antacids, 1:165, 166, 5:3980, 6:4502 
Antarctic Circle, 5:3998 
Antarctic Convergence, 1:231 
Antarctica, 1:228-236, 229, 230 
climate, 1:231-232 
current events, 1:235—236 
exploration, 1:234 
geology, 1:230-231 
glaciers, 1:231, 3:1956, 1957 
global warming, 1:236 
ice caps, 1:229, 5:3419-3421 
ice cores, 1:236, 3:1957, 1966, 
2013-2014 
ice shelves, 1:231, 3:2240 
icebergs, 1:229, 231, 3:2239-2240 
McMurdo Station, 6:4520 
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ozone hole, 1:236, 2:916, 3:2054, 
4:3164 
plants and animals, 1:232—234 
Ross Ice Shelf, 1:231, 3:2240 
tundra, 6:4476 
Antares (star), 4:2516, 6:4239, 4552 
Antbirds, 1:236—-237 
Anteaters, 1:237, 237-238 
See also Spiny anteaters 
Antechinomys spp., 4:2643 
Antechinus spp. See Broad-footed 
marsupial mice 
Antelope ground squirrels, 5:4098 
Antelopes, 1:238-239 
African, 2:1459-1461 
duiker, 2:1390-1391 
dwarf, 1:238, 2:1333-1334, 
1396-1397 
four-horned, 1:820 
gazelle, 1:238—239, 3:1866—1867 
hartebeests, 3:2061—2063 
oryx, 4:3132 
pronghorn, 5:3506—3507 
roan, 3:2062 
sable, 3:2062 
saiga, 5:3769, 3770 
Antenatal surgery. See Prenatal 
surgery 
Antenna, 1:239, 239-240 
cellular telephones, 1:852 
Deep Space Network, 4:2640 
microwave communications, 
4:2760-2761 
parabolic, 4:3201 
radar, 4:3201, 5:3583, 3584 
radio, 5:3598 
remote sensing, 5:3678, 3679 
rotators, 5:3871—3872 
Antennae galaxies, 5:4114 
Anterior capsulotomy, 5:3542 
Anterior surface, 1:206 
Anterograde amnesia, 3:2421, 4:2681 
Anthemis nobilis. See Chamomile 
Antheridium, 1:675 
Anthoceratophyta. See Hornworts 
Anthoceros spp., 1:676 
Anthocyanins, 5:3380, 3722, 4072 
Anthodites, 1:827 
Anthonomus barbirostris. See Cotton 
boll weevils 
Anthonomus grandis. See Boll weevils 
Anthopyllite, 1:334 
Anthracene, 3:2197 
Anthracite, 2:970 
Anthracnose, 2:1365 
Anthrax, 1:240, 240-241 
Ames strain, 3:1897 
biological warfare, 1:557—558 
bioterrorism, 1:581—582, 582 
decontamination, 2:1249-1250 
destructive potential, 6:4665 
detection methods, 6:4667 


discovery, 1:240, 444-445 
genetic identification of, 3:1896, 
1897 
germ theory, 3:1941 
spores, 5:4088 
weaponization, 4:3229-3230, 
5:3647 
Anthriscus cerefolium. See Chervil 
Anthropic principle, 1:243 
Anthropocentrism, 1:242-243 
Anthropogenic radiation, 5:3591, 
3593 
Anthropoidea, 4:2835 
Anthropoides paradisea. See Blue 
cranes 
Anthropoides virgo. See Demoiselle 
cranes 
Anthropology 
anthropometric measurement, 
1:243-244, 5:3935 
forensic, 2:1178-1179, 3:1789, 
5:3933-3934 
Anthropometry, 1:243-244, 244, 
5:3935 
Anthus spinoletta. See Water pipits 
Anthus spragueii. See Sprague’s pipits 
Anti-ballistic missiles (ABM), 5:3748 
Anti-human serum, 5:3870 
Anti-inflammatory agents, 1:244-245, 
351, 3:2290 
Anti-knock compounds, 3:2198, 2472, 
5:3977 
Anti-noise devices, 4:3005 
Anti-quarks, 5:3570 
Anti-retrovirus drugs, 5:3713 
Anti-submarine Detection and 
Investigation Committee (ASDIC), 
5:4016 
Anti-submarine missiles, 5:3748 
Anti-virus software, 2:1067—1068, 
1069, 3:2338 
Anti-worm drugs, 6:4438 
Antianxiety drugs, 1:269, 4:3289, 
6:4408-4411 
Antibaryons, 5:4102 
Antibiotic-resistant bacteria, 1:88, 
246, 446, 3:2283, 6:4470 
Antibiotics, 1:245—246, 246 
acne, 1:28—29 
in agriculture, 4:3119-3120 
amino acids in, 1:177 
anaphylaxis from, 1:204 
vs. antiseptics, 1:264 
bubonic plague, 1:679 
cystic fibrosis, 2:1227 
development, 1:445 
diphtheria, 2:1344 
Legionnaire disease, 3:2484—2485 
leprosy, 4:2499 
leprosy vaccines, 4:2500 
livestock, 1:88 
Lyme disease, 4:2563 
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meningitis, 4:2687 
periodontal disease, 2:1279 
pneumonia, 5:3411 
rheumatic fever, 5:3718, 3719, 3720 
Salmonella poisoning, 5:3778 
scarlet fever, 5:3809 
tuberculosis, 6:4470 
whooping cough, 6:4696 
Antibodies, 1:246-250 
autoimmune disorders, 1:417 
bacteria, 1:443-444 
biological weapons detection, 
6:4667 
discovery, 3:2254 
gene splicing, 3:1880 
immune function, 3:2249, 
2252-2253, 2255 
monoclonal, 1:250, 3:2249, 2255, 
5:3615-3616 
Antibody-antigen reaction, 
1:246-250, 247, 248 
anaphylaxis from, 1:204 
B cells in, 3:2252 
immune response, 3:2247, 2249, 
2255 
Anticholinergics, 4:3213 
Anticlines, 3:1770, 1771, 4:3278 
Anticoagulants, 1:250—253, 466 
Anticonvulsants, 1:253-254, 467, 
2:1613, 4:3171 
Anticorrosive pigments, 2:1398 
Anticyclones, 2:1222, 1413, 3:2374 
Antidepressant drugs, 1:255-256, 
2:1286 
bipolar disorder, 1:584 
neurotransmitters, 4:2967-2968 
obsessions, 4:3072 
panic attacks, 6:4411 
phobias, 4:3289 
tricyclic, 1:402, 2:1286 
Antidiuretic hormone (ADH), 2:1573, 
3:1668-1669, 2153 
Antielectrons, 1:258, 262 
Antiferromagnetism, 4:2602 
Antifreeze, 1:118, 2:1634, 3:1970, 
4:3152-3153 
Antifreeze proteins, 2:1198 
Antigen-antibody reaction. See 
Antibody-antigen reaction 
Antigen presenting cells, 3:2254 
Antigens, 1:246-250 
allergic response, 1:143 
anthrax, 1:241 
blood group, 1:619 
histocompatibility-locus, 6:4427 
immune response, 3:2255 
Antigonia spp., 1:630 
Antihelmintics, 1:256—257 
Antihistamines, 1:257—258, 3:2138, 2251 
allergies, 1:143, 144 
anaphylaxis, 1:204 
chickenpox, 2:893 


Antihydrogen, 1:259, 262 
Antihypertensive drugs, 3:2221—2222, 
2224-2225 
Antikythera mechanism, 3:1868 
Antilocapra americana. See 
Pronghorn antelopes 
Antilocapridae, 5:3506—3507 
Antilopini. See Gazelles 
Antimatter, 1:258-259, 262, 
4:2771-2772 
Antimetabolites, 1:259-260 
Antimony, 2:1526—1527 
Antimuons, 1:262 
Antineutrons, 1:258, 262 
Antioxidants, 1:260-261, 4:3156 
aging and, 1:78 
free radicals, 1:78, 260-261, 
5:3594 
Antiparticles, 1:261-263 
Antiperspirants, 1:165 
Antiprotons, 1:258, 262 
Antipsychotic drugs, 1:263-264 
development, 5:3542 
psychosis, 1:263—264, 5:3540 
schizophrenia, 1:263—264, 
5:3814-3816 
tranquilizers, 6:4409 
Antipyretics, 1:17 
Antiquities laws, 1:296 
Antiseizure agents. See 
Anticonvulsants 
Antisense therapy, 3:1884 
Antisepsis, 1:264—-266 
Antiseptics, 1:193, 264-266, 
6:4225 
Antiserum, 1:204 
Antitauons, 1:262 
Antitoxins 
diphtheria, 2:1344, 3:2247 
tetanus, 3:2248 
Antitrust laws, 2:1066 
Antivenoms, 2:1463—1464 
Antiviral drugs 
chickenpox, 2:893, 895-896 
HS5N1, 3:2040 
meningitis, 4:2687 
shingles, 5:3912 
Antler Arc, 4:3013 
Antlers, 1:783, 2:1252, 1254, 
4:2848-2849 
Antlions, 1:266 
Ants, 1:266-268 
aphid symbiosis, 1:275 
army, 1:236—237, 267 
fire, 1:267, 3:2353 
mutualism, 4:2905 
pheromones, 1:268, 4:3288 
soil, 5:3990 
Antwrens, 1:237 
Anura, 1:189-191, 3:1822, 6:4379 
Anxiety, 1:269-270, 6:4408—4411 
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Anxiolytics. See Antianxiety drugs 

AO/H.R.R. pseudoisochromatic test, 
2:1009 

Aonidiella aurantii. See California red 
scale 

Aonyx capensis. See Cape clawless 
otters 

Aonyx cinereus. See Small-clawed 
otters 

Aonyx congica. See Congo clawless 
otters 

Aonyxi spp. See Clawless otters 

Aorta, 1:309 

Aortic rupture, 4:2622, 2623 

Aotidae. See Night monkeys 

Aotus spp., 4:2982 

Aotus trivigatus. See Weeper 
capuchins 

Apache plume, 5:3758 

Apaches, 5:3546—3547 

Apaloderma narina. See Narina 
trogons 

Apatosaurus spp., 2:1337, 1339 

APDS (Autonomous Pathogen 
Detection System), 6:4667 

Aperture, 1:533 

Apes, 1:270-272, 3:2178, 4:2835, 
5:4066 

Apetygota, 3:2304 

Apgar, Virginia, 1:272 

Apgar score, 1:272 

Aphasia, 1:273-274, 4:2677, 2681, 
5:4068, 4083 

Aphia spp., 3:1976 

Aphids, 1:274-276, 275 

nicotine insecticides, 4:2988 
parthenogenesis, 1:275, 2:1557, 
4:3219 

Aphrodite spp., 4:3234 

Aphrodite Terra, 6:4561 

Aphthovirus spp., 3:1783 

Apiaceae. See Carrot family 

Apidae, 1:506 

Apilia mossambicensis, 2:902 

Apium graveolens. See Celery 

Aplastic anemia, 1:210, 2:1614 

Aplodontia rufa. See Mountain 
beavers 

Aplomado falcons, 3:1691 

Aplysia spp., 4:2969 

Aplysidae, 5:3968 

APM 08279 + 5255, 5:3573 

Apnea, sleep, 4:3070, 5:3951, 3952 

Apocrine glands, 3:1672—1673 

Apodemus spp. See Wood mice 

Apodidae. See Swifts 

Apogamy, 3:1705 

Apoidea, 1:506 

Apollo (spacecraft), 4:2845, 5:4040, 
4042-4043, 4047 
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Apollo-Soyuz Test Project (ASTP), 
5:4045 
Apollonius of Perga, 2:1215 
Apomixis, 3:2192 
Apophis asteroid, 4:2936 
Apoptosis, 1:844-845 
Apospory, 3:1705 
Appalachians, 4:2871, 2872, 3011, 
6:4526 
Apparent magnitude, 1:362 
Appendicular skeletal system, 5:3936, 
3939 
Appendix, 2:1327 
Appenine Mountains, 2:1644 
Appert, Leon, 3:1961 
Appert, Nicholas, 1:445 
Appetite suppressants, 1:468—469, 
4:2988, 3071 
Apple Computer, 4:3268, 3270, 3270 
Apple maggots, 6:4466 
Apple-of-Peru, 6:4382 
Apple red bugs, 6:4461 
Apples, 4:3372, 5:3759, 3768, 6:4434 
Application software, 2:1066—1067 
Approximation, 1:276 
accuracy and, 1:14 
derivatives, 1:276, 2:1290, 1290t 
error, 2:1623-1625 
iteration, 3:2380 
successive, 5:3665—3666 
Apraxia, 1:277, 277 
Apricots, 3:1778 
Aptenodytes patavonicus. See King 
penguins 
Aptentodytes forsteri. See Emperor 
penguins 
Apterygiformes, 3:1746 
Apterygota, 5:4089, 4185 
Apteryx australis. See Brown kiwis 
Apteryx haastii. See Great spotted 
kiwis 
Apteryx owenni. See Little spotted 
kiwis 
APXS (Alpha-particle X-ray spectro- 
metry), 4:2638, 2639-2640 
Aqua Appia, 1:278 
Aqua Marcis, 1:278 
Aqua regia, 2:913, 3:2206, 5:3472 
Aqua Tepul, 1:278 
Aquaculture, 1:627-629, 628, 2:1192 
carp, 1:628, 789, 2:1192 
catfish, 1:811, 2:1192 
lobsters, 4:2542—2543 
salmon, 5:3776—-3777 
Aquarius (habitat), 6:4520 
Aquatic ecosystems 
acid rain effects, 1:23 
carbon cycle, 1:771 
denitrification, 2:1272 
duck habitat, 2:1387—1388 
food web, 3:1771 
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habitat, 3:2041 
indicator species, 3:2270—2271 
nitrogen fixation, 4:3002 
See also Freshwater ecosystems; 
Marine ecosystems 
Aquatic plants, 2:1646, 4:3294 
Aqueducts, 1:278, 278-279 
Aqueous humor, 3:1684, 1685 
Aquifers, 1:279-280 
desertification, 2:1296 
drought and, 2:1384 
groundwater, 3:2018—2019 
hydrologic cycle, 3:2211 
subsidence, 6:4206 
Aquifoliaceaeq. See Holly family 
Aquila (constellation), 4:3017 
Aquila chrysaetos. See Golden eagles 
Aquila clanga. See Spotted eagles 
Aquila heliaca. See Spotted eagles 
Aquitards, 1:279-280 
ar-Razi. See Rhazes 
Arabia 
alchemy, 1:116 
cartography, 1:798 
desalination, 2:1292 
geography, 1:71 
Arabian horses, 3:2161, 4:2539 
Arabian oryx, 4:3132 
Aracari toucans, 6:4396 
Arachis hypogaea. See Peanuts 
Arachnida. See Arachnids 
Arachnids, 1:280, 280-281, 315, 
4:3207 
Arachnoid, 4:2685—2686 
Arachnothera spp. See Spiderhunters 
Arachnothera robusta. See Long- 
billed spiderhunters 
Arago, Dominque-Francois, 4:2514 
Aragonite, 5:4099 
Araliaceae, 3:1951 
Aramid fibers, 2:1044 
Araneae. See Spiders 
Arapaima, 1:281-282, 636 
Arapaima gigas. See Arapaima 
Arapesh, 5:3546 
Arborvirus, encephalitis, 2:1563 
Arbutus, 3:2093 
Arbutus menziessi. See Madrones 
Arc lamps, 1:282-284, 283, 2:1468 
Arc welding, 2:1468, 6:4683 
ARCC (Artificial retina component 
chip), 1:331 
Arceuthobium spp., 4:2798 
Arch bridges, 1:663, 665 
Arch dams, 2:1232 
Archaebacteria, 1:284—285, 439 
classification, 2:1635, 4:3365, 
5:3505-3506, 6:4297-4298 
saltwater, 6:4648 


Archaeoastronomy, 1:285-288, 
359-360 
Archaeoceti, 2:863 
Archaeocyathida, 4:3178 
Archaeogastropoda, 5:3967 
Archaeogenetics, 1:288-290, 289 
Archaeologic sites, 1:291-293 
field surveys, 1:296—297 
locating, 1:292—293 
preservation, 1:296 
reports, 1:317 
stratigraphy, 1:290-291, 294 
See also Excavation methods 
Archaeological mapping, 1:290-291, 
317, 3:1662, 1663-1664 
Archaeology, 1:294-299, 295 
classical, 1:296 
ethnoarchaeology, 2:1630 
field reports, 3:1664 
forensic, 5:3933-3934 
historic, 1:294, 295-296, 318 
nautical (underwater), 1:290, 
4:2932-2935 
prehistoric, 1:294, 295 
shell midden analysis, 5:3911 
stratigraphy, 1:290-291, 294, 
5:4180, 4181-4182 
urban, 1:296 
See also Artifacts; Excavation 
methods 
Archaeomagnetic dating, 1:300 
Archaeometallurgy, 1:299 
Archaeometry, 1:299—302 
Archaeopteryx spp., 3:2139, 4:3128, 
3184, 3184-3185 
Archaeopteryx lithographica, 1:586, 
2:1340-1341 
Archea, 4:3121 
Archean eon, 2:1640, 4:3011—3012 
Archegoniums, 4:2535 
Arches, 1:687—688, 689, 3:2450 
Archiannelida, 5:3857 
Archilochus colubris. See Ruby- 
throated hummingbirds 
Archimantis latistylus, 5:3467 
Archimedes 
balloons, 1:457 
calculus, 1:726 
crystals, 2:1204 
forensic science, 3:1786 
natural numbers, 4:2931 
spirals, 5:4079-4080 
theory of limits, 4:2520 
torque, 6:4391 
trisecting angles, 2:/096, 
1096-1097 
volume, 6:4616 
Archimedes’ principle. See Buoyancy 
Archimode (submersible), 6:4518 
Archipelago, 2:1637 
Architecture, 1:686-692, 754, 2:1424, 
1586 
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Architeuthis dux. See Giant squid 
Architeuthis kirki, 5:4095 
Archostemata, 1:510 
Arcs, 1:282, 3:1931 
electric, 2:1466—-1468 
Arctic foxes, 1:751 
Arctic ground squirrels, 5:4098 
Arctic hares, 3:2433 
Arctic lemmings, 3:2490 
Arctic loons, 4:2551 
Arctic Ocean Basin, 6:4518-4520 
Arctic poppies, 5:3443 
Arctic primroses, 5:3492 
Arctic region 
air masses, 1:97-98 
North America, 4:3015 
ozone hole, 2:916 
tundra, 6:4476-4478 
Arctic terns, 1:233, 4:2765, 3129, 
6:4333 
Arctic willows, 6:4704 
Arctictis binturong. See Binturongs 
Arctium minus. See Burdock 
Arctobebus calabarensis. See 
Angwantibo 
Arctocorixa alternata, 6:4461 
Arctognathnus spp., 4:3182 
Arctonyx collaris. See Hog-badgers 
Arctostaphylos uva-ursi. See Bear- 
berries 
Ardea cinerea. See Gray herons 
Ardea herodias. See Great blue herons 
Ardea occidentalis. See Great white 
herons 
Ardeidae, 1:604, 3:2123 
Ardeotis australis. See Australian 
bustards 
Ardeotis kori. See Kori bustards 
Ardeotis nigriceps. See Great Indian 
bustards 
Area, 1:201, 2:942, 3:1932, 1932 
Area method (landfills), 3:2445 
Areca catechu. See Betel palms 
Arecibo telescope, 5:3602, 3877, 
6:4560 
Arecidae, 5:3821 
Arenaria interpres. See Ruddy 
turnstones 
Arenaviruses, 3:2105 
Arenes, 4:3285 
Arenga spp., 4:3189 
Arenicola spp., 5:3858 
Arfwedson, August, 4:2529 
Argentina, 5:4024-4025 
Argentine fire ants, 3:2353 
Argentine hemorrhagic fever, 3:2105, 
2106, 2107 
Argentinean water-weeds, 
3:1826-1827 
Argentinosaurus spp., 2:1339 


Argillaceous rocks, 5:4171 
Arginine, 1:177, 3:1876 
Argon, 1:365, 366, 3:2265, 
5:3635-3637 
Argon lasers, 3:2461 
Argus pheasants, 4:3283 
Argusianus argus. See Argus 
pheasants 
Argyre crater, 4:2634 
Ariane spacraft, 1:358 
Ariel (satellite), 6:4531, 4532, 
4535-4536 
Arion circumscriptus, 5:3958 
Ariosoma balearica, 6:4464 
Arisaema triphyllum. See Jack-in-the- 
pulpit 
Aristarchus of Samos, 3:1680, 2096, 
4:3328, 6:4440 
Aristichtys nobilis. See Bighead carp 
Aristotle 
Antarctica, 1:234 
astronomy, 1:359 
atomic theory, 1:390 
botany, 1:642 
chemical elements, 2:1526 
comets, 2:1023 
conditioning, 2:1074 
contraception, 2:1116 
crystals, 2:1204 
diving, 6:4514 
embryology, 2:1556 
geophysics, 3:1935 
gravity, 3:2002-2003 
Historia Animalium, 2:863 
life expectancy, 3:1943 
menopause, 4:2689 
Meteorologica, 3:1935, 4:2732, 
6:4670 
Nile River delta, 1:150 
observation, 1:559 
parallel postulate, 4:3006 
physics, 4:3328 
plant diseases, 4:3376 
silk, 4:2925 
sleep, 5:3947 
smell, 5:3962 
spontaneous generation, 5:4087 
Aristotle’s lantern, 5:3830 
Arithmetic, 1:302-305, 4:2660 
clock, 4:2882 
fundamental theorems, 3:1835 
growth and decay, 3:2021-2022 
modular, 4:2807—2808 
natural numbers in, 4:2931 
Arixenia spp., 2:1427 
Arizona roses, 5:3761 
Arizona sycamores, 4:3347 
Arizona walnuts, 6:4629 
Arkwright, Richard, 3:2278 
Arm prosthetics, 5:3513 
Armadillos, 1:305, 305-306 
Armellaria spp., 4:3064 
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Armillaria bulbosa, 3:1840 
Armillifer spp., 6:4382—4383 
Armorheads, 1:630 
Arms (anatomy), 5:3939 
Armstrong, Edwin Howard, 2:1515, 
5:3597, 6:4542 
Armstrong, Neil, 4:2845, 2845, 5:4043 
Army ants, 1:236—237, 267 
Arnaus comosus. See Common 
pineapple 
Arnold-Chiari malformations, 5:4074 
Arnold of Vollanova, 1:773 
Aroids. See Arum family 
Aromatherapy, 3:2114 
Aromatic aldehydes, 1:123 
Aromatic compounds, 1:520 
Aromatic hydrocarbons, 
3:2196-2197, 4:2635, 2902, 
5:3435-3436 
Aromatic plants, 3:2113 
Arousal 
coma, 2:1012 
hibernation, 3:2133 
sexual, 5:3682, 3685-3686 
sleep disorders, 5:3953 
ARPANET, 3:2341 
Arrenurus spp., 4:2799 
Arrhenius, Svante, 1:25, 772, 
2:1035—1036, 1606, 4:2970, 5:4012 
Arrhythmia, 2:1492, 4:3167—3169 
Arrow worms, 1:306-307, 307, 5:4078 
Arrowgrass, 1:307 
Arrowroot, 1:307-308, 6:4259 
Arroyo willows, 6:4703 
ARS (Artificial silicon retina), 1:331 
Arsenic, 2:1526, 1527, 4:2809, 
5:3955-3956, 6:4401 
Arson investigation, 3:1790 
Art 
photography as, 4:3310—3311 
rock, 4:3274-3276 
savants, 5:3799-3800 
Artemisia spp. See Wormwoods 
Artemisia absinthium. See Common 
wormwoods 
Artemisia cina, 2:1041 
Artemisia maritima, 2:1041 
Artemisia tridentata. See Sagebrush 
Artemisia vulgaris, 1:41-42 
Arterial blood gas analysis. See Blood 
gas analysis 
Arterial embolism. See Coronary 
embolism 
Arteries, 1:308, 308-309, 2:948 
Arteriography, 1:216 
Arterioles, 2:948 
Arteriosclerosis, 1:309-312, 3/0, 
3:2222, 6:4600-4601 
Arteriovenous malformations, 4:2966 
Arthoboric acid. See Boric acid 
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Arthritis, 1:312-314, 373, 314, 4:3131, 
5:3941 
paleopathology, 4:3186 
from rheumatic fever, 5:3719, 3720 
rheumatoid, 1:313, 3/3, 415-416, 
4:3131 
Arthroplasty, 5:3511, 3513 
Arthropoda. See Arthropods 
Arthropods, 1:314-315 
brain, 1:652 
circulatory system, 2:947 
classification, 1:280, 5:3829 
evolution, 1:509, 4:3179-3180 
eyes, 3:1683 
metamorphosis, 4:2729, 2730 
parasitic, 4:3206 
respiration, 5:3692 
Arthroscopic surgery, 1:315-317, 
2:1577, 4:3131 
Artichokes 
globe, 2:1040, 6:4360, 4556 
Jerusalem, 2:1040, 6:4557 
Artifacts, 1:317-318 
archaeological mapping, 
1:290-291 
dating techniques, 2:1237 
ethnoarchaeology, 2:1630 
excavation methods, 3:1662-1665 
formation processes, 1:291—292 
historic archaeology, 1:296 
metal, 1:299 
nautical archaeology, 4:2932-2935 
pottery, 2:1237, 1238-1239, 
5:3458-3460 
tin bronze, 1:299 
Artificial biospheres, 1:576 
Artificial blood, 3:2043 
Artificial elements, 1:400 
Artificial fibers, 1:318-323, 319-3211, 
3221, 323 
Artificial heart, 1:323-326, 324, 
5:3514 
Artificial heart valves, 1:323-326 
Artificial hybridization, 4:3373 
Artificial insemination, 1:222—223, 
760, 3:1710 
Artificial intelligence, 1:326-330, 420 
Artificial limbs, 1:193, 194, 4:3130, 
5:3512-3513, 3513 
Artificial organs, 6:4430 
Artificial oxygen carriers, 4:3255 
Artificial retina component chip 
(ARCCQ), 1:331 
Artificial selection. See Breeding 
Artificial silicon retina (ARS), 1:331 
Artificial sweeteners, 2:1221—1222 
Artificial vision, 1:329, 330-332, 331 
Artiodactyla, 2:1252, 1459, 4:3235, 
3336, 6:4521, 4735 
Artist’s fungus, 4:2893 
Artocarpus communis. See Breadfruit 
Artocarpus integra. See Jackfruit 
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Artsimovich, Lev Andreevich, 5:3382 
Arum family, 1:332, 332-334 
Arundinaria spp., 3:1995 
Arvicola richarsoni. See Richardson’s 
water voles 
Aryan racial profiles, 1:244 
Aryl bromides, 3:2044 
Aryl fluorides, 3:2043 
Asbestos, 1:334-336, 3:2275, 4:2728, 
2927-2928, 5:3927 
Asbestosis, 1:335 
Ascaphus spp., 3:1824 
Ascaphus truei. See Tailed toads 
Ascariasis, 6:4455-4456 
Ascaris lumbricoides, 4:3205, 6:4456 
ASCC (Automatic Sequence 
Controlled Calculator), 1:724 
Ascension frigatebirds, 3:1822 
Ascidiacea, 5:3829 
ASCH (American Standard Code for 
Information Interchange), 
1:172-173 
Asclepiadaceae, 4:2767-2768 
Asclepias spp., 4:2768 
Asclepias syriaca. See Common 
milkweed 
Ascomycetes, 4:2906, 6:4737 
Ascomycota, 3:1838-1839, 1841 
Ascophyllum spp. See Rockweed 
Ascorbic acid. See Vitamin C 
ASDIC (Anti-submarine Detection 
and Investigation Committee), 
5:4016 
Aseptic meningitis. See Encephalitis 
Asexual reproduction, 1:336—337, 337 
bryophytes, 1:675 
buds and budding, 1:684, 
3:2193-2194 
diatoms, 2:1314 
ferns, 3:1705 
genetic individuals, 3:2271 
hybrids, 3:2192 
hydras, 3:2193-2194 
liverworts, 4:2536 
protozoa, 5:3529 
roses, 5:3758 
sponges, 5:4086 
Ash flows, 6:4610 
Ash-throated flycatchers, 6:4499 
Ash trees, 4:3092, 5:3462, 3758, 
3760-3761 
Ashkenzi Jews, 1:600, 790, 6:4299 
Ashy-headed greenlets, 6:4580 
Asia, 1:337—343, 338 
aquaculture, 1:627, 628 
endangered pines, 4:3345 
monsoons, 4:2843—2844 
Asian cobras, 2:1463 
Asian elephants, 2:1537—1542 
Asian fairy-bluebirds. See Blue- 
backed fairy-bluebirds 


Asian flu epidemic, 3:2291 
Asian palm civets, 2:957 
Asian rock pythons, 5:3555 
Asian rosewoods, 3:2488 
Asian tapirs. See Malayan tapirs 
Asiatic black bears, 1:498-499 
Asiatic golden cats, 1:817 
Asiatic mouflon, 5:3908-3911 
Asiatic wild asses, 1:346 
Asiatic wild dogs, 1:753, 754 
Asiatic yams, 6:4736 
Asilidae. See Robber flies 
Asklepiades of Prussa, 2:876 
Asparagus, 1:85, 4:2518, 6:4556 
Asparagus officinalis. See Asparagus 
Asparagus plumosus, 4:2518 
Aspartame, 4:3286 
Aspect ratio, 1:111 
Aspen, trembling, 3:1797, 2021, 2271, 
5:3722, 6:4699 
Aspergillus spp., 4:2809, 2908 
Aspergillus flavus, 1:65—66, 3:2487, 
4:2810 
Aspergillus parasiticus, 1:65—66 
Aspergillus terreus, 4:2810 
Asphalt pavement, 3:1817 
ASPI (Advanced SCSI Programming 
Interfaces), 2:1031 
Aspirin. See Acetylsalicylic acid 
ASRM (American Society for 
Reproductive Medicine), 
3:2283-2284 
Assassin bugs, 6:4461 
Assembler languages, 2:1060, 1066 
Assembly lines, 1:343-346, 344 
automation, 1:420, 421 
history, 4:2650-2651 
robotics, 5:3740-3741 
Asses, 1:346-347, 2:1367 
Assessment 
environmental, 2:1600—1602 
risk, 2:1602 
Assisted reproductive technologies, 
3:2287-2288 
See also In vitro fertilization 
Association colloids, 2:1000 
Association of Rehabilitation Nurses, 
5:3663 
Associative learning 
conditioning, 2:1074, 1076, 3:2477 
depth perception, 2:1289 
memory, 4:2677, 2678, 2681 
Associative property, 1:304, 347, 347 
Astacidae, 2:1172 
Astatic magnetometers, 4:3176 
Astatine, 3:2052—2055, 4:2715 
Astemizole, 1:144, 257-258 
Aster spp. See Asters 
Asteraceae. See Composite family 
Asteroid 2002 AA29, 1:347-348 
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Asteroidea, 5:4115 
Asteroids 
astroblemes, 1:354 
C-type, 4:2789 
dinosaur extinction and, 
2:1335-1336 
discovery, 4:2788, 2790t 
evolution of life, 1:352-353 
main-belt, 1:832, 4:2788-2789 
mass extinction, 3:1678—-1679 
near-Earth, 1:835, 4:2787, 2791, 
2791t, 2935-2936 
Near-Earth Object Hazard Index, 
4:2935-2936 
number of, 4:2789 
orbit, 5:4002 
potentially hazardous, 4:2936 
resonance phenomena, 1:832 
S-type, 4:2789 
Trojan, 1:834, 4:2790, 2790-2791 
See also Minor planets 
Asters, 2:1040 
Asthenosphere, 1:348-349, 2:1418, 
4:2533 
continental drift, 1:67 
plate tectonics, 1:348—349, 
5:3392-3393 
Asthma, 1:143, 349-352, 350, 
5:3698-3699 
Astigmatism, 5:3585—3587, 6:4597, 
4598 
ASTM bioassays, 1:537 
Aston, Francis W., 3:2377, 4:2653 
ASTP (Apollo-Soyuz Test Project), 
5:4045 
Astragalus spp. See Milk vetches 
ASTRO-G, 5:3604 
Astrobiology, 1:352, 352-354, 353 
Astroblemes, 1:354-355, 355 
Astrodynamics, 1:835—836 
Astrolabe, 1:355-356, 356, 2:1054, 
5:3892 
Astrometric binary stars, 1:357, 531 
Astrometry, 1:356-358, 831, 3:1682, 
2100 
Astronomical albedo, 1:113 
Astronomical observatories. See 
Observatories 
Astronomical unit, 1:358-359 
Astronomy, 1:359-363, 360 
archaeoastronomy, 1:285—288, 
359-360 
balloons, 1:458 
celestial coordinates, 1:829-831 
charge-coupled devices, 2:875 
extragalactic, 3:1845 
gamma-ray, 3:1854-1856 
global climate changes, 
3:1962-1963 
history, 1:359-361 
infrared, 3:2292—2295 
N-body problem, 4:2915—2917 


planetary, 4:3350 
radio, 1:362, 5:3601—3604 
sarin gas, 5:3788-3789 
ultraviolet, 6:4507-4510 
x-ray, 6:4723-4725 
Astrophysics, 1:364-365, 4:3330 
Aswan High Dam, 2:1264 
ATA (Allen Telescope Array), 5:3877 
Atacama Desert, 5:4024 
Atarax. See Propanediols 
Atchafalya River, 2:1264 
Ateles spp. See Spider monkeys 
Ateles belzebuth. See White-bellied 
spider monkeys 
Ateles chamek. See Chamek spider 
monkeys 
Ateles fusciceps. See Brown-headed 
spider monkeys 
Ateles geoffroyi. See Central 
American spider monkeys 
Ateles marginatus. See White-whis- 
kered spider monkeys 
Ateles paniscus. See Black spider 
monkeys 
Atelidae, 4:2982, 5:4069 
Atelinae, 4:2985, 5:4069 
Atelopus zeteki. See Golden toads 
Atheridiums, 4:2535 
Atheris spp. See Green tree-vipers 
Atherosclerosis, 1:308, 2:949 
causes, 1:309-312 
gangrene from, 3:1857 
neurosurgery for, 4:2965 
prevention, 1:311—312 
process, 1:251 
stress-related, 5:4186 
Atherosclerotic aneurisms, 1:214 
Atherosclerotic plaques, 1:309-311, 
310 
Atherurus spp. See Brush-tailed 
porcupines 
Athletic performance-enhancing 
drugs, 4:3253-3256, 3254 
Athrotaxis spp., 6:4256 
Atilax paludinosus. See Marsh 
mongooses 
Atlandic halibut, 3:1738 
Atlantic cod, 2:986—-988 
Atlantic Commission for the 
Conservation of Atlantic Tunas, 
6:4475 
Atlantic flying fish, 3:1766 
Atlantic herrings, 3:2126 
Atlantic mackerels, 4:2587, 5:3656 
Atlantic menhadens, 3:2126 
Atlantic Ocean 
formation, 2:1108, 1642, 1644 
Mid-Ocean Ridge, 3:2214, 4:2873, 
5:3396, 6:4526 
sea level, 5:3825 
Atlantic plate limpets, 4:2522 
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Atlantic puffins, 1:404 
Atlantic salmon, 1:628, 2:1192, 
5:3775-3776, 3777 
Atlantic sturgeons, 6:4195 
Atlantic wolf fish, 1:614 
Atlantis (space shuttle), 3:2333, 
5:4034—4040 
Atlas Mountains, 1:70 
Atmosphere composition and struc- 
ture, 1:365-369, 371, 2:1413 
aerosols, 1:63, 366-367 
air masses in, 1:97 
biosphere interactions, 1:574, 
575-576 
carbon dioxide levels, 1:366, 369, 
2:1020-1021, 3:1843-1844, 
1966 
convection, 2:1123 
formation, 1:368-369, 2:1412 
future of, 1:369 
Gaia hypothesis, 3:1843—1844 
global climate change, 3:1964 
greenhouse gases, 3:1966—1967 
humidity, 1:370, 3:2185-2186 
hydrologic cycle, 3:2209, 2212 
ice ages, 3:2237-2238 
Jupiter, 3:2392, 2395, 4:3352—3353, 
3355-3356, 5:3790 
Mars, 4:2632, 2634, 3353, 
3354-3355 
Mercury, 4:2700, 2702-2703, 3353 
Neptune, 4:2942—2943, 3353, 
3355-3356 
nitrogen, 1:365—366, 369, 3:2486, 
4:2996-2997, 2998-3001 
oxygen content, 4:3158 
planetary, 4:3352-3356 
Pluto, 4:3355—3356, 5:3404 
primitive atmosphere, 2:880, 
4:2772-2773, 2773, 2883, 
3124-3125 
rare gases, 5:3637 
research, 2:1416 
Saturn, 4:3353, 3355-3356, 
5:3790-3791 
stars, 5:4107 
sun, 6:4228 
Titan, 5:3795 
Triton, 4:2945 
Uranus, 4:3355—3356, 6:4533-4534 
Venus, 1:458, 4:3354-3355, 
6:4559-4560, 4562-4563 
water, 5:3732 
See also Carbon cycle 
Atmosphere observation, 1:369-372 
Atmospheric circulation, 1:372, 
372-375 
El Nino, La Nina and, 
2:1457-1459 
global warming, 3:1967 
paleoclimate, 4:3173-3175 
planetary atmosphere, 
4:3354-3355 
seasonal winds, 5:3836—3837 
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subsidence, 6:4204, 4205 
See also Air masses and fronts 


Atmospheric optical phenomena, 
1:375, 375-377, 376 


Atmospheric pressure, 1:377-378, 
5:3486, 3488 
atmospheric subsidence, 6:4205 
barometers, 1:473-475 
Bohr model, 1:635 
boiling water, 6:4641 
chemical equations, 2:1616 
cyclones and anticyclones, 2:1222 
high altitude, 1:378, 5:3488 
isobars, 3:2373—2374, 6:4676 
partial pressure gradient, 1:539 
sea level, 3:2374, 5:3825 
storm surge, 5:4177-4178 
tornadoes, 6:4387-4389, 4390 
tropical cyclones, 6:4450-4451, 
4452 

vacuum, 6:4541 
weather forecasting, 4:2732 
weather patterns, 6:4671—4672 
winds, 6:4705 


Atmospheric temperature, 1:378-381, 
379, 380 


Atolls, 2:1134 


Atomic absorption chromatography, 
3:1789 
Atomic beam magnetic resonance, 
1:382 
Atomic bombs, 4:3038-3043, 6:4662, 
4663 
artificial radiation belts, 
6:4545-4546 
biological effects, 5:3614 
cancer from, 1:779 
destructive potential, 6:4665 
energy from, 2:1581, 4:3019 
history, 1:396, 3:2378, 
4:3020-3021, 6:4663 
plutonium, 4:3020—3021 
process, 3:1673, 1675 
radioactive fallout, 5:3609 
radioactive isotopes in, 1:36 
testing, 3:1674 
uranium, 3:2378, 4:3020-3021 
Atomic clocks, 1:381-383, 3:2332, 
4:2739-2740, 5:3677, 6:4374, 4480 
Atomic force microscopes, 4:2753, 
2755, 2757, 2920 
Atomic gas clouds, 3:2344—2345 
Atomic mass. See Atomic weight 
Atomic mass unit (amu), 1:396, 397 
Atomic models, 1:383-387 
chemical compounds, 2:1051 
constant composition, 2:1050 
coordination compounds, 
2:1124-1125 
history, 1:383—386, 4:2664—2665, 
3328-3329 
molecules, 4:2821—2822 
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Pauli’s exclusion principle, 1:35, 
3:1665—1666 
See also Bohr model 
Atomic number, 1:385, 388-389, 394, 
2:1523 
Atomic spectroscopy, 1:389, 389-390 
Atomic theory, 1:390-396, 39/, 400, 
3:1864 
See also Atomic models 
Atomic weight, 1:390-391, 396-399 
isotopes, 1:394, 397-398 
mass spectrometry, 4:2653 
molecular weight, 4:2819 
periodic table, 4:3259—3260, 3264 
Atoms, 1:390-395, 400 
chemical elements, 2:1523—1524 
cooling, 1:6 
elasticity, 2:1465 
ionization, 3:2356-2358 
mass number, 4:2649 
Atopic dermatitis, 1:141 
ATP. See Adenosine triphosphate 
ATPase, 1:37, 4:2951, 2955-2956, 
2957 
Atrial fibrillation, 6:4193 
Atrioventricular node, 1:781, 
2:947-948, 1491, 3:2080—2081, 2087 
Atripla, 1:96 
Atropa belladonna. See Deadly 
nightshade 
Atrophy, progressive muscular, 
4:2959 
Atropine 
acetylcholine and, 1:17 
alkaloid properties, 1:137 
anesthesia, 1:212 
in belladonna, 4:2992 
for sarin gas, 5:3788 
for tabun, 6:4279 
for VX agent, 6:4625 
ATSC (Advanced Television Systems 
Committee), 6:4567 
AT&T (American Telephone and 
Telegraph), 4:2863 
Atta sexdens. See Brazilian ants 
Attention-deficit hyperactivity disor- 
der (ADHD), 1:187, 400-403, 
2:1369 
Attwater’s greater prairie chickens, 
3:2021, 5:3464 
ATV (advanced) television, 
6:4322-4323, 4567 
Aubergine. See Eggplant 
Aubreville, André, 2:1294 
Aubry Holes, 2:1438 
Audio, virtual reality, 6:4583-4584 
Audio compact discs, 2:1028—-1029, 
1031 
Audiocassette recordings, 
4:2595-2599, 2596, 2597, 2604, 
6:4567-4568 
history, 4:3290, 3291, 6:4272 


personal music players, 
4:3269-3270 
See also Recordings 
AUDIT (Alcohol Use Disorders 
Identification Test), 1:121 
Auditory canal, 2:1409, 3:2075 
Auditory cues, 2:1288 
Auditory hallucinations, 5:3540, 3812 
Auer, John, 6:4360 
Auer, Karl, 3:2264 
Auer metal, 3:2454 
Aufbau principle, 1:387 
Auks, 1:404, 404-405 
Aulostomidae, 6:4467 
Aulostomus chinesis, 6:4467 
Aulostomus maculatus. See 
Trumpetfish 
Aulostomus valentini, 6:4467 
AUM (Acupuncture unit of 
measure), 1:41 
Aum Shinrikyo, 1:581, 2:887, 4:2949, 
5:3787 
Aura, 4:2762, 2763, 2764 
Aurelia aurita. See Moon jellyfish 
Aureochromis niloticus. See Tilapia 
Aurochs, 1:820, 823, 4:2538 
Aurora borealis, 1:375 
Aurorae 
Jupiter, 3:2397-2398 
solar activity cycle, 5:3994 
solar wind, 5:4006, 6:4546 
Austral migration, 4:2766 
Australia, 1:405-412, 406, 407 
Aborigines, 1:411—412, 3:2007 
climate, 1:410 
drought, 2:1383 
geology, 1:407-410 
Great Barrier Reef, 1:408, 2:1135 
natural resources, 1:411 
origins of, 1:405—407 
rabbits in, 3:2353, 5:3862 
wool, 5:3910 
Australian bitterns, 1:605 
Australian bustards, 1:698 
Australian cassowaries, See 
Australian gannets, 1:637 
Australian goshawks, 3:2065 
Australian lungfish, 4:2560 
Australian oaks, 3:2350 
Australian owlet-nightjars, 1:759 
Australian pelicans, 4:3238 
Australian pratincoles, 2:1163 
Australian sea lions, 5:3826 
Australo-American sideneck turtles, 
6:4492 
Australopithecus afarensis, 3:2179 
Australopithecus africanus, 
3:2179-22180 
Australopithecus boisei, 3:2179 
Australopithecus robustus, 3:2179 
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Autism, 1:412-414 
Autism Society of America, 1:412 
Autocatalysis, 4:3133 
Autochromes, 4:3312 
Autoclave, 5:4137 
Autoimmune disorders, 1:414—418, 
2:1262, 1347 
Autoimmune hemolytic anemia, 
1:417 
Autoimmune thrombocytopenic pur- 
pura, 1:416 
Autoimmunity, 1:414, 415 
Automated fingerprint identification 
systems (AFIS), 3:1787 
Automated-flow spirometers, 5:4080 
Automated guided vehicles (AGVs), 
5:3741 
Automated vision. See Machine 
vision 
Automatic pilot, 1:418-419 
Automatic Sequence Controlled 
Calculator (ASCC), 1:724 
Automatic tellers, 1:421 
Automation, 1:344-345, 419-422 
Automobile accidents, 1:422 
alcohol-related, 1:657 
cellular telephones, 1:853 
color blindness, 2:1010 
computer modeling, 2:1064 
vs. train accidents, 6:4408 
Automobiles, 1:422—428, 423 
acceleration, 1:8 
aerodynamics, 3:1758 
assembly lines, 1:344, 344, 
345-346, 5:3741 
chassis, 1:427 
cooling systems, 6:4345—4346 
design, 1:423-424 
electric, 2:1473, 1474-1477 
electrical systems, 1:424, 426 
energy efficiency, 2:1586 
engines, 1:424, 425 
freeways, 3:1815-1818, 1816 
fuel cell, 3:1831, 7831 
HMP weapons, 2:1507 
mass production, 1:420, 4:2649, 
2650-2651 
vs. mass transportation, 4:2654 
steering systems, 1:427, 5:3871 
transmissions, 1:424, 426-427 
See also Hybrid vehicles; Vehicle 
emissions 
Autonomic nervous system, 
3:2086-2088, 4:2954 
Autonomous Pathogen Detection 
System (APDS), 6:4667 
Autonomous underwater vehicles 
(AUVs), 5:3739 
Autopilot. See Automatic pilot 
Autopsies, 1:80, 428-431, 429 
brain, 5:4082, 4083 
forensic use, 2:1181, 3:1789 


pathology, 4:3230 
rigor mortis, 5:3729-3730, 3730 
Autosomal chromosomes, 2:929 
Autosomal dominant inheritance, 
2:1245—-1246, 3:1891, 2298 
Autosomal recessive inheritance, 
2:1245—-1246, 3:2298 
Autotrophs, 1:431, 2:1448, 3:1771, 
6:4446-4447 
See also Producers 
Autumn, 5:3838-3839 
Autumn skullcaps, 4:2893 
Autumnal equinox, 2:1619, 5:3838, 
3839, 3999-4000 
AUVs (Autonomous underwater 
vehicles), 5:3739 
Auxins, 3:1938, 4:3319 
Auxis thazard. See Firgate mackerels 
Avahi spp. See Avahis 
Avahis, 3:2493 
Avalanches, 4:2657—2668 
Avena fatua, 4:3371 
Avena sativa. See Oats 
Average, 5:4124 
Avery, Oswald, 1:579, 2:1280-1281, 
3:1906, 4:2747 
Avian cholera, 2:1387, 6:4258 
Avian influenza. See HS5N1 
Avicennia spp., 4:2614, 2616 
Avicennia nitida. See Black mangroves 
Avicides, 4:3271 
Avocado, 3:2466 
Avocado root rot, 4:3064 
Avocets, 5:3912, 4168-4169 
Avogadro, Amedeo, 1:397, 432, 2:876, 
4:2811, 2819 
Avogadro’s number, 1:431-432 
Avoidance, anxiety, 1:269 
Awareness, 2:1012 
AWWA (American Water Works 
Association), 3:1765—1766 
Axel, Richard, 5:3964 
Axes, 3:2241 
Axial skeletal system, 5:3936—3939 
Axioms, 1:131, 6:4344 
Axles, 4:2586 
Axolotyls, 4:2730, 5:3771 
Axons, 1:655, 2:1495, 4:2954-2955, 
2961 
Axyris amaranthoides. See Russian 
pigweed 
Aye-ayes, 1:432—433, 433, 3:2490, 
2493-2494 
Ayers Rock, 1:407, 408 
Aythya affinis. See Lesser scaup 
Aythya americana. See Redheads 
Aythya collaris. See Ring-necked 
ducks 
Aythya fuligulo. See Tufted ducks 
Aythya marila. See Greater scaup 
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Aythya valisneria. See Canvasback 

ducks 
Aythyinae, 2:1385 
Azadirachta spp., 4:2608 
Azemiopinae, 6:4575 

zemiops spp., 6:4575 
Azeotrope, 1:119 
Azidothymidine, 1:94-95, 96 
Azlon fibers, 1:321t 

zolla spp., 3:1703, 4:3002 
Azoospermia, 3:2285 
Azotobacter spp., 1:442, 4:3002 
AZT. See Azidothymidine 


EF 


B-2 bomber, 5:4133, 4134 
B cells, 1:620, 4:2564-2566, 6:4277 
Epstein-Barr virus, 2:1614, 1615 
immune function, 3:2249, 2252, 
2255 
interferons, 3:2326 
thymus regulation, 2:1574 
B-estradiol, 4:3147 
B horizon, 3:2151, 5:3988, 3989 
B lymphocytes. See B cells 
Baade, Walter, 4:2789, 2974 
Babbage, Charles, 1:723, 
2:1055-1056, 1065 
Babbage, Henry P., 1:723 
Babblers (bird), 1:163, 435 
Babcock, Horace Welcome, 5:3994 
Babesia spp., 5:3530 
Babirusa, 4:3338 
Baboons, 1:163, 435-439, 436 
Babul tree, 3:2488 
Baby Boom generation, 3:1943 
Babylonians 
angles, 1:218 
arithmetic, 1:303 
comets, 2:1022 
hydroponics, 3:2213 
natural numbers, 4:2931 
rational numbers, 5:3640 
rod numerals, 1:722, 723 
Saros cycle, 2:1439 
zero, 6:4747 
Babyrousa babyrussa. See Babirusa 
BAC (Blood alcohol concentration), 
1:657—659 
Bachelet, Emile, 4:2593 
Bachman’s warblers, 6:4634 
Bacillariophyta, 2:1313, 5:3524-3525 
Bacille Calmette-Guerin (BCG), 
6:4470 
Bacillus spp., 1:440, 443 
Bacillus anthracis. See Anthrax 
Bacillus thuringiensis. See Bt (Bacillus 
thuringiensis ) 
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Back-barrier, 1:479 
Back-crossing, 4:3372 
Backbone. See Spine 


Background radiation, 5:3591, 
6:4724 


Backswimmers, 6:4461 
Baclofen, 4:2885 


Bacon, Francis, 3:1831, 2213, 4:2513, 
2751, 2754 


Bacon, Roger, 1:116, 5:3457 
Bacrimal bones, 5:3937 


BACs (Bacterial artificial chromo- 
somes), 3:2183 


Bacteremia, 6:4496 


Bacteria, 1:439-447 
acne from, 1:28 
adaptation, 1:45, 445-446 
aerobic, 1:442-443, 539 
anaerobic, 1:196, 442-443, 539 
Antarctica, 1:232 
antibiotic-resistant, 1:88, 246, 446, 

3:2283, 6:4470 
asexual reproduction, 1:336, 337 
autotrophic, 1:431 
bioassays, 1:537 
biofilms, 1:549 
bioluminescent, 1:560 
bioremediation, 1:572—573, 574 
cell structure and function, 1:841 
cellulose-digesting, 6:4262 
characteristics, 1:439-440 
chemoautotrophic, 1:431 
classification, 1:443-444, 5:3506 
decontamination, 2:1250 
DNA transfer, 4:2747 
evolutionary rate of change, 
3:1660 

facultative, 1:539 
flagella, 3:1734 
gram-negative, 1:443, 445, 446, 851 
gram-positive, 1:443, 445, 851 
growth, 1:440—442, 5:3559-3560 
halophilic, 6:4648 
hydrothermal vents, 3:2214 
methane-producing, 1:196 
nitrifying, 4:2993—2995, 3000, 3002 
obligate, 4:3229 
pathogenic, 4:3229-3230 
phosphorus removal, 4:3295 
photoautotrophic, 1:431 
photosynthetic, 4:3317—3318 
rare genotype advantage, 5:3638 
sex determination, 5:3892 
sexual reproduction, 5:3895 
soil, 5:3990 
spores, 5:4088 
staining, 1:850-851 
structure, 4:2750, 3046, 3121 
water contamination, 6:4648 
See also Bacterial resistance 


Bacterial artificial chromosomes 
(BACs), 3:2183 
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Bacterial infections, 1:444-445, 
3:2282-2283 
antiseptic prevention, 1:264-266 
bacteriophage therapy, 1:448—-449 
cystic fibrosis, 2:1226 
enterobacteria, 2:1593-1594 
muscles, 4:2890 
plant diseases, 4:3376-3377 
pneumonia, 5:3410, 3411 
sexually transmitted, 5:3900 
symptoms, 2:1346—1347 
zoonotic, 6:4749 
See also Antibiotics 
Bacterial meningitis, 2:1268, 4:2685, 
2686 
Bacterial mutations, 1:173-174 
Bacterial resistance, 1:445-446 
antibiotics, 1:88, 246, 446, 3:2283, 
6:4470 
antiseptics, 1:266 
biofilms, 1:446, 550 
leprosy, 4:2499 
Bacterial resistance culture, 2:1347 
Bacterial viruses. See Bacteriophages 
Bacterial wilt, 4:3377 
Bacteriophages, 1:447—-449, 448, 
6:4586 
genetics, 6:4577—4578 
infections, 6:4587-4589 
Bacteroides ginigivalis, 1:196 
Bactrian camels, 1:736, 4:2539 
Bad breath. See Halitosis 
Badgers, 1:449-451, 450, 4:2905—2906 
Baekeland, Leo H., 5:3438 
Baer, Karl Ernst von, 2:1557 
Baeyer, Adolf von, 1:464 
Bagasse, 1:546 
al-Baghdadi, Abu Mansur Tahir, 
1:174 
Baghouses, 3:2267 
Bail mynahs. See Rothschild’s 
mynahs 
Baillie sounding machine, 6:4513 
Bain, Alexander, 3:1699 
Baird, John Logie, 6:4320 
Baird’s tapirs, 6:4282 
Bait fish, 3:2415 
Bakelite, 5:3385, 3438, 3441 
Bakers yeast, 6:4737 
Bakewell, Frederick Collier, 3:1699 
Bakewell, Robert, 5:3909 
Bakewell Company, 3:1960 
Baking, 5:3980—3981, 6:4737 
Baking powder, 1:165, 5:3455, 3981, 
6:4286 
Baking soda. See Sodium bicarbonate 
Balaena australis. See Southern right 
whales 
Balaena glacialis. See Right whales 
Balaena mysticetus. See Bowhead 
whales 
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Balaeniceps rex. See Whale-headed 
storks 
Balaenidae, 2:863 
Balaenoptera musculus. See Blue 
whales 
Balanoglossu, 1:29 
Balanus psittacus, 1:472 
Bald cypress, 5:3867, 6:4256, 4687 
Bald eagles, 1:592, 2:1406—1407, 
5:3633-3634 
DDT bioaccumulation, 2:1243, 
5:3635 
endangered species list, 3:2302 
oil spills, 4:3086 
Bald uakaris, 4:2984 
Baldwin, Frank Stephen, 1:723 
Baldwin, Matthias, 6:4405 
Balearica spp. See Crowned cranes 
Balearica pavonina. See Crowned 
cranes 
Baleen whales, 1:232—233, 2:863, 
864-868, 1566 
Balistes capriscus. See Gray 
triggerfish 
Balistidae, 6:4438 
Baliunas, Sallie, 6:4551 
Balkans, 2:1645 
Ball bearings, 1:451-452, 452 
Ball lightning, 4:2516 
Ball pythons. See Royal pythons 
Ballard, Robert Duane, 6:4515, 4517 
Ballast, 6:4203 
Ballistic missiles, 1:452-455, 5:3747 
electromagnetic pulse, 2:1507 
infrared detection systems, 
3:2297-2298 
intercontinental, 1:453-455, 
4:2749 
Ballistics, 1:455-457, 3:1789 
Ballonet, 1:108 
Balloon flies, 2:1164 
Balloon-shaped warty angler, 1:219 
Balloons, 1:457-458 
hot-air, 1:101—102, 457, 694, 
6:4347 
weather, 1:370, 458 
Balmer, Johann, 5:4056 
Balmer Jump, 4:3362 
Balsa wood, 5:3929, 6:4713 
Balsam apples, 3:1983 
Balsam firs, 3:1732, 4:3197 
Baltic rushes, 5:3766 
Baltic Sea, 1:652 
Baltica, 2:1641-1642 
Baltimore, David, 5:3712 
Baltimore orioles, 4:3128 
Bamboo worms, 5:3858 
Bamboos, 3:1995, 1996, 4:3192 
Bambusa spp. See Bamboos 
Bananabirds. See Yellow figbirds 


Bananaquits, 5:4048 

Bananas, 1:458-460, 459 

Band saws, 4:2579-2580 

Band-tailed pigeons, 4:3334 

Banded anteaters, 1:237 

Banded iguanas, 3:2243, 2244 

Banded mongooses, 4:2831—2832 

Banded palm civets, 2:958 

Banded stilts, 5:4169 

Bandicoots, 1:460—462, 46/ 

Bandicota bengalensis. See Lesser 
bandicoot rats 

Bandrup, J., 4:2840 

Bandwidth, 3:1719—-1720, 2456, 
6:4311, 4322, 4568 

Bandwing flying fish, 3:1767 

Bangladesh, 1:342 

Bank automatic tellers, 1:421 

Bank-barrier reefs, 2:1134—1135 

Bank mynahs, 4:2910 

Bank swallows, 6:4253, 4254 

Bankfull stage, 5:4183, 4184 

Bannerman’s turacos, 6:4482 

Bantengs, 1:820, 4:2538 

Banting, Frederick Grant, 3:2309 

Baobab trees, 5:3929, 3929 

Bar-breasted mousebirds, 4:2876 

Bar codes, 1:462, 462-463 

Bar graphs, 3:1990, 5:4123 

Bar-headed geese, 3:1874 

Bar scale (maps), 1:801 

Barbados cherries, 3:2051 

Barbados raccoons, 5:3581 

Barbary apes, 4:2835 

Barbary macaques, 4:2571, 2573 

Barbed-wire cactus, 1:710 

Barbed-wire fences, 5:3462 

Barberries, 1:463, 5:3768 

Barbets, 1:463-464 

Barbital, 2:1633 

Barbiturates, 1:464-467, 6:4410 

Barchylophus spp. See Banded 
iguanas 

Bardeen, John, 2:1516, 6:4235, 4542 

Bare-faced tamarins, 4:2629 

Bare-footed weasels, 6:4669 

Bareheaded rockfowl, 1:435 

Barger, Jorn, 3:2343 

Bariatrics, 1:467-469 

Barite, 1:136, 470, 3:2275 

Barium, 1:36, 134-136, 469-470 

Barium carbonate, 1:470 

Barium enema, 1:469, 470 

Barium hydroxide, 1:470 

Barium nitrate, 1:470 

Barium oxide, 1:470 

Barium sulfate, 1:136, 469, 470 

Bark, 1:470—472, 6:4433 

Bark anoles, 1:228 


Bark beetles, 1:509-510, 2:1550, 
3:1794, 2350 
Bark cloth, 6:4341 
Barking geckos, 3:1869 
Barking toads, 6:4380 
Barley, 1:471, 472, 3:1994 
brewing, 1:659, 660-661 
domestication, 6:4691 
pests, 4:3272 
Barn owls, 1:592, 4:3150, 3151 
Barn swallows, 6:4254, 4254 
Barnacle geese, 3:1870, 1874 
Barnacles, 1:472—473, 2:1196—1197, 
3:2119-2120, 4:2729 
Barnard, Christian, 6:4427 
Barnard’s star, 3:1681, 4:2516 
Barndoor skates, 5:3933 
Barnett, S. A., 5:3642 
Barnyard grass, 3:1996 
Barometers, 1:370, 378, 473-475, 
6:4671 
Barometric pressure. See 
Atmospheric pressure 
Baroque period architecture, 
1:689-690 
Barr body, 2:925—926 
Barracudas, 1:475-477, 476, 4:2626 
Barred bandicoots, 1:462 
Barrel cactus, 1:711 
Barrel vaults, 1:687—688 
Barrell, Joseph, 1:348 
Barren-ground caribou, 1:784 
Barrier islands, 1:477-480, 478, 479, 
2:974, 1264, 3:2369, 5:3761 
Barrier reefs, 2:1134 
Barrier soil conservation, 
5:3992-3993 
Barring Meteorite Crater, 1:354 
Barringer, Daniel Moreau, 1:354, 
3:2256 
Barringer impact crater, 4:2791 
Barron, Robert, 4:2545 
Barrow, George, 4:2723 
Barrow’s goldeneyes, 2:1389 
BART (Bay Area Rapid Transit), 
4:2655 
Bartlett, Frederic Charles, 4:2677 
Bartlett, Neil, 5:3636 
Barton, Otis, 1:485, 6:4515 
Barton Springs salamanders, 5:3773 
Baryons, 2:1512, 5:4073, 4102, 4103¢, 
6:4199-4200, 4200¢ 
Basal body temperature, 3:2286 
Basal cell carcinomas, 3:2319, 4:3165 
Basal ganglia, 4:3211 
Basalt 
abyssal plains, 1:7 
composition, 2:1104 
construction, 5:4171 
formation, 5:4170, 6:4610 
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magma, 4:2590, 6:4610-4611 
seamounts, 5:3836 
Basananthe spp., 4:3227 
Bascule bridges, 1:666 
Base 2 numeration system, 4:3051 
Base 10 numeration system. See 
Decimal fractions 
Base 60 numeration system, 4:3051, 
5:3640, 6:4747 
Base-emitter diodes, 6:4419 
Base pairs, 1:444, 2:1357—-1358, 4:2814 
Basement rock, 1:407, 409 
Bases, 1:25-27 
buffers, 1:684-686 
burns from, 1:695 
complexes, 2:1035—1036 
decontamination, 2:1250 
dissociation, 2:1348—1349 
electrolytic, 2:1500 
Lewis, 2:1035—-1036 
neutralization, 4:2970—2971 
solubility, 5:4010 
BASIC (Beginner’s All-purpose 
Symbolic Instruction Code), 2:1060 
Basic oxygen furnaces, 5:4141, 4142 
Basic oxygen process (BOP), 3:2363 
Basidiomycetes, 4:2891, 2906, 3115 
Basidiomycota, 3:1839 
Basil, 4:2793, 2793 
Basin irrigation, 3:2367 
Basins (geology), 1:480—481, 2:1103 
Basiodiomycete, 4:2907 
Basket willows, 6:4705 
Baskets, 5:3458 
Basking sharks, 5:3904, 3906 
Basophils, 1:619—620, 3:2137—2138 
Basov, Nikolay, 4:2645 
Basri, Gibor, 1:671 
Bass, Ed, 1:577 
Bass, George, 4:2933 
Bass (fish), 1:23, 481-483, 482, 3:2120 
Bassariscus astutus. See Ringtails 
Bassi, Agostino, 3:1941 
Basswoods, 1:483-484 
Bast fibers, 4:29241, 2927 
Bastard hartebeests, 3:2063 
Bastin, Edson, 3:1933 
Bates, H. W., 4:2774 
Bates, W. J., 3:2323 
Bates’ pygmy antelopes, 2:1396 
Bateson, William, 3:1651, 4:3371 
Batfish, 1:219 
Bathyergidae. See Mole-rats 
Bathyergus spp., 4:2811 
Bathymetric maps, 1:484—485, 798 
Bathypelagic zone, 4:3078 
Bathyscaphs, 6:4514, 4518 
Bathysphere, 1:485-486, 6:4514-4516 
Bathythermograph, 6:4517 
Batiks, 6:4341 
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Batrachostomus auritus. See Large 
frogmouths 
Bats, 1:486-490, 487 
echolocation, 1:487—489, 
2:1434-1435 
Indian, 2:1427 
rabies, 5:3579 
vampire, 1:487, 489, 3:2316 
Batteries, 1:490-493, 49/7, 3:2329 
automobile, 1:424 
dry cell, 1:491, 4:3155 
electric vehicles, 2:1474, 1475, 
3:2193 
electrical power supply, 2:1483 
lead/acid, 1:491, 493, 848, 2:1475, 
1477, 3:2472 
lithium, 1:493, 2:1475 
nickel-metal hydride, 2:1475 
oxidation-reduction reaction, 
4:3155 
photovoltaic cells for, 4:3322 
rechargable, 1:493 
sulfuric acid, 1:848, 6:4223 
telegraph, 6:4302 
See also Electrolytic cells 
Batuski, David, 6:4233 
Baudot, Jean Maurice Emile, 6:4303 
Bauersfeld, Walter, 3:1921 
Bauxite, 1:164 
Bay Area Rapid Transit (BART), 
4:2655 
Bay Bridge, San Francisco, 
California, 1:663-664 
Bay ducks, 2:1385 
Bay of Fundy, 2:1182 
Bay rum. See Allspice 
Bayard, Hippoyte, 4:3309 
Bayberry, 6:4259 
Bayer process, 2:860, 4:2718 
Bayliss, William, 2:1327 
BCG (Bacille Calmette-Guerin), 
4:2500, 6:4470 
BCS theory, 6:4235 
BDGP (Berkeley Drosophila Genome 
Project), 2:1382 
Beach hardening, 1:477 
Beach nourishment, 1:477, 480, 
494-495, 5:3914 
Beach plums, 5:3760, 3761 
Beach resorts, 1:480 
Beaches, 2:972, 972-975 
barrier islands, 1:478, 479 
development, 2:974-975 
ecosystems, 1:494 
erosion, 2:973-974 
grasses, 3:1992 
sediment budget, 5:3913 
shoreline protection, 5:3913—3915 
Beacons (Internet images), 
3:2337-2338 
Bead lightning, 4:2515—2516 
Beaded lacewings, 3:2429 
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Beadle, George W., 4:2747 
Beagle lander, 4:2637 
Beak-rushes, 5:3842 
Beaked hazels, 1:586 
Beale, Lionel Smith, 3:2036 
Beals, Carlyle S., 1:354 
BEAM (Brain electrical activity map- 
ping), 2:1494 
Beam bridges, 1:664 
Bean geese, 3:1874 
Beans, 3:2486—2489, 4:3060, 6:4556 
Bear-berries, 3:2093 
Bearded pigs, 4:3336—3337 
Bearded sakis, 4:2984 
Bearded vultures, 6:4624 
Beardworms, 1:495, 5:3857 
Bearings, ball, 1:451-452, 452 
Bears, 1:495-499, 496 
bile from, 6:4702 
classification, 1:495, 4:3192 
hibernation, 1:496, 3:2131 
scavengers, 5:3811 
water, 6:4643 
Beaumont, William, 2:1324, 1326 
Beauty-berry, 6:4565 
Beaver-tails, 1:710 
Beavers, 1:499-502, 500, 512 
Bebb willows, 6:4703 
Beche de mer, 5:3824 
Becher, Johann, 2:1019 
Becium homblei, 3:2270 
Becker’s muscular dystrophy, 
2:1403-1404, 4:2890 
Becquerel, Alexandre-Edmond, 
4:3303, 3321 
Becquerel, Antoine, 3:1762 
Becquerel, Henri, 1:151, 4:2501, 
5:3606, 3608, 6:4528 
Becquerels (Bq), 5:3608 
Bed bugs, 6:4462 
Bedding planes, 5:3848, 4178-4179, 
4180 
Bede finger reckoning systems, 1:722 
Bedload, 5:3845—3846, 3847 
Bednorz, Georg, 4:2604, 6:4235 
Bedrock, 1:502-503 
C horizon, 5:3988 
erosion, 2:1621, 1622 
faults, 3:1693-1694 
outcrops, 1:502—503, 3:1922—-1923, 
4:3146 
plate tectonics, 5:3396 
R layer, 3:2151, 5:3988-3989 
Bee-eaters, 1:503, 503-504 
Bee hummingbirds, 3:2187 
Bee mites, 1:507 
Bee space, 1:508 
Beebe, Charles William, 6:4515 
Beebe, William, 1:485 
Beech family, 1:504, 504-505, 505 


Beech martens, 4:2645 
Beeches, 1:471, 504-505 
Beef, 4:2538, 3120, 6:4749-4750 
Beefsteak begonias, 1:514 
Beer, 1:117, 659, 659-661, 3:1702 
Bees, 1:505-509 
honey, 1:163, 3:2023, 5:3380, 
6:4705 
nectar guides, 5:3380 
nectar sources, 6:4705 
pollination, 5:3428, 3429 
strepsiptera hosts, 5:4185 
Beeswax, 1:508, 4:2860 
Beet leafhoppers, 3:2476 
Beetles, 1:509-513 
bark, 1:509-510, 2:1550, 3:1794, 
2350 
biodiversity, 1:542 
classification, 5:4185 
Japanese, 3:2353 
number of, 3:2304 
Beets, 1:513, 5:3757, 6:4557 
See also Sugar beets 
Beggar-ticks, 5:3856 
Beginner’s All-purpose Symbolic 
Instruction Code (BASIC), 2:1060 
Begonia feastii. See Beefsteak 
begonias 
Begonia rex, 1:514 
Begonia semperflorens. See Wax 
begonias 
Begonia x rex-cultorum, 1:514 
Begonia x tuberhybrida, 1:514 
Begoniaceae, 1:514 
Begonias, 1:5/4, 514-515 
Behavior, 1:515-518, 5/6 
altruistic, 1:162-163 
interactive, 1:518 
learned, 1:517 
sexual, 2:903—-904, 4:3288, 5:3547 
social, 1:518, 5:3974-3975 
split-brain functioning, 5:4082 
territorial, 1:518, 587 
Behavior modification, 1:402, 414, 
2:1347 
Behavior therapy, 2:1053, 4:3072, 
3289, 5:3666 
Behavioral ecology. See Sociobiology 
Behaviorism, 5:3534—3535 
Behring, Emil von, 3:2247—2248 
Beiras, 2:1396 
Beisa oryx, 4:3132 
Belar, Herbert, 6:4272 
Beling, Ingebord, 1:554 
Bell, Alexander Graham, 6:4306, 
4306-4307 
Bell, Arthur Graham, 3:2202 
Bell, Graham, 5:3638 
Bell, Jocelyn, 4:2974, 2975 
Bell, Patrick, 1:84 
Bell-birds, 2:1156 
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Bell Laboratories, 1:852 
Bell peppers, 4:2990, 2991 
Bell toads, 6:4380 
Belladonna, 3:2051, 4:2991—2992 
Bellinghausen, Fabian von, 1:234 
Bellows, 5:3487 
Bell’s palsy, 5:3912 
Belonidae, 3:1859 
Beloniformes, 3:1766 
Belostomatidae. See Giant water bugs 
Belousov-Zhabotincksy oscillating 
reactions, 4:3133 
Belted kingfishers, 3:2417 
Belted sandfish, 1:482 
Beluga whales, 2:865-866 
Benacerraf, Baruj, 3:2249 
Bench reefs, 2:1134-1135 
Bench terracing, 6:4334, 4335 
Bends (diving). See Decompression 
sickness 
Benedetti, Giambattista, 3:2003 
Bengal floricans, 1:698 
Bengal hydroponics system, 3:2213 
Bengal monitor lizards, 4:2833—2834 
Benign prostatic hyperplasia, 6:4538 
Benign tumors, 1:743, 5:3700, 
6:4472-4474, 4473 
Bennett, Alexander Hughes, 4:2964 
Bennettites, 1:518-519 
Bennett’s cassowaries, 3:1749 
Benthic zone, 4:3076—3078, 6:4648 
Benzedrine, 1:187 
Benzene, 1:519-521 
discovery, 1:51, 4:3284 
molecular formula, 4:2816 
PBBs from, 5:3434 
phenyl group, 4:3284-3286 
structure and properties, 1:520, 
3:2196-2197, 4:3285, 3285 
Benzene carboxylic acid. See Benzoic 
acid 
Benzene derivatives, 1:519-520 
Benzimidazole, 1:257 
Benzoate of soda. See Sodium 
benzoate 
Benzodiazepines, 6:4409, 4410 
Benzoic acid, 1:521, 2:1633, 5:3979 
Benzopyrene, 5:3435 
Benzothiadiazine, 3:2221—2222 
Benzyl acetate, 2:1626 
Bepi Colombo (spacecraft), 4:2703, 
6:4564 
Beppo-SAX orbiting observatory, 
3:1855—-1856, 1857, 6:4724 
Berberidaceae, 1:463 
Berberis spp. See Barberries 
Berberis canadensis. See American 
barberries 
Berbine, 6:4565 
Berg, Paul, 3:1894, 5:3647 


Berger, Hans, 2:1494, 5:3949 
Bergey, David Hendricks, 1:443, 
5:3506 
Bergey’s Manual of Systematic 
Bacteriology, 1:443, 5:3506 
Bergman, Per Gustaf, 3:2221 
Beriberi, 4:3055—3056, 6:4602 
Berkeley, George, 5:3817 
Berkeley Drosophila Genome Project 
(BDGP), 2:1382 
Berkelium, 1:35—36, 2:1534 
Berline, Emil, 4:3290 
Bermuda high, 1:374 
Bermuda mulberry. See French 
mulberry 
Bernard, Claude, 1:766, 773, 2:1211 
Berner, Robert William, 6:4734 
Berners-Lee, Timothy, 3:2342 
Bernoulli, Daniel, 1:103, 521, 2:1159, 
3:1757 
Bernoulli, Jacques, 5:3419 
Bernoulli, Johann, 6:4440 
Bernoulli’s principle, 1:521-522 
aerodynamics, 1:59, 60, 103, 104 
fluid dynamics, 3:1757 
Berries, 3:1828 
Berry aneurisms, 1:214 
Berthelot, Pierre E., 1:735 
Berthemot, D., 1:715 
Berthollet, Claude Louis, 1:178, 
2:1050, 1572, 5:3986 
Bertillon, Alphonse, 3:1786 
Bertillon system, 3:1786 
Beryciformes, 4:3340, 5:4095 
Beryllium, 1:134—136, 2:1535 
Berzelius, Jons J. 
atomic weight, 1:397 
catalysis, 1:807 
chemical compounds, 2:1050 
chemical elements, 2:1526 
chemical symbols, 6:4264 
phosphorus, 1:146 
silicon, 5:3927 
Besras, 3:2065 
Bessel, Friedrich Wilhelm, 1:356, 531, 
2:1024, 3:2100, 4:3202 
Bessemer, Henry, 3:2363, 4:2720, 
5:4140 
Bessemer process, 1:147, 3:2363, 
4:2720, 5:4140, 4141-4142 
Best, Charles Herbert, 3:2309 
Beta spp., 1:513 
Beta-2 adrenergic agonists, 4:3254 
Beta-amyloid protein, 1:168 
Beta-blockers, 1:522—524, 522t 
heart disease, 3:2082—2083 
hypertension, 1:522—524, 3:2222, 
2224-2225 
performance-enhancement, 4:3255 
Beta-carbolins, 3:2051 
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Beta-carotene, 1:261, 4:3058, 5:3379, 
6:4383 
Beta cicla. See Swiss chard 
Beta decay, 2:1536, 4:2972, 6:4197 
Beta-globin, 5:3921 
Beta-lactam antibiotics, 1:245—246 
Beta macrorhiza. See Mangel-Wurzel 
beets 
Beta maritima, 1:513 
Beta particles, 1:393, 5:3608 
Beta receptors, 1:522, 523 
Beta sheets, 5:3519 
Beta vulgaris. See Beets 
Beta vulgaris crassa. See Sugar beets 
Beta waves, 2:1495 
Betalains, 1:169, 5:3381 
Betalguese (star), 5:4107, 6:4239, 4552 
Betamax, 6:4569 
Betel leaf, 4:3245 
Betel nuts, 4:3189 
Betel palms, 4:3189 
Bethe, Hans, 2:1147, 1536, 
4:3023-3024 
Bethe carbon cycle, 4:3024 
Bettongia lesueur. See Short-nosed 
rat-kangaroos 
Bettongia penicillata. See Bettongs 
Bettongia tropica. See Northern rat- 
kangaroos 
Bettongs, 3:2404 
Betula spp. See Birch family 
Betula alleghaniensis. See Yellow 
birch 
Betula papyrifera. See White birch 
Betulaceae. See Birch family 
Bevel gears, 3:1868 
Beverage containers, 5:3649 
Beverages, sports, 2:1500 
Bewick’s swans, 6:4258 
Bewick’s wrens, 6:4720 
BHA (Butylated hydroxyanisole), 
1:705, 3:1777 
Bhopal, India, 1:89, 3:2301 
BHT (Butylated hydroxytoluene), 
1:705-706, 3:1777 
Bhutan, 1:342 
Bible 
bricks, 1:661 
catastrophism, 1:809-810 
flood, 5:4181 
Gutenberg’s, 5:3493 
ibises, 3:2231—2232 
plant diseases, 4:3376 
Bicarbonate of soda. See Sodium 
bicarbonate 
Bichat, Marie Francois Xavier, 4:3231 
Bickford, William, 3:1675 
Bicknell’s thrushes, 6:4365 
Bicycle-drive ultralights, 1:105-106 
Bicycling, 3:2328 
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Bidens frondose. See Beggar-ticks 
Biela (comet), 2:1024 
Biermann, Ludwig, 5:4160 
Big bang theory, 1:73, 524-529, 
2:880-88 1 
antimatter, 1:258-259 
antiparticles, 1:262—263 
cosmic background radiation, 
2:1148 
cosmic rays, 2:1150 
Doppler effect, 2:1372 
elements formed by, 2:1535—1537 
“flatness problem,” 2:1154—-1155 
history, 2:1151-1153 
nuclear reactions, 2:1153-1154 
quasars, 5:3573 
steady state theory, 5:4129 
stellar populations, 5:4157 
Big-cone Douglas firs, 3:1733 
Big cone pines, 4:3343 
Big Ear telescope, 5:3877 
Big-eared opossums, 4:3097 
Big skates, 5:3932 
Bigeye tunas, 6:4476 
Bighead carp, 4:2786 
Bighorn sheep, 5:3910 
Bigleaf maples, 4:2621 
Bigmouth buffalos, 6:4215 
Bigollo, Leonardo Pisano, 3:1721 
Biguanides, 2:1305 
Bile, 2:1327, 3:2384-2385, 6:4702 
Bilharzia. See Schistosomiasis 
Bilirubin, 1:540, 3:2384-2386, 5:3922 
Bimetallic strips, 6:4345, 4346, 
4358-4359 
Binary bit, 5:3562 
Binary digital information language, 
2:1065-1066 
Binary dwarf planets, 5:3788 
Binary operations (mathematics), 
1:347 
Binary pulsars, 4:2976, 5:3550, 3672 
Binary signals, 1:200 
Binary stars, 1:529, 529-532, 530 
eclipsing, 5:4108 
formation, 5:4113 
nova, 4:3016—3017 
spectroscopic, 5:3657 
stellar winds, 5:4161 
white dwarfs, 6:4694 
x-ray output, 6:4724 
Binding energy, 4:2649 
Bindle paper, 1:532-533 
Binge eating, 2:1429 
Binnig, Gerd Karl, 4:2753 
Binocular vision, 2:1288, 6:4593 
Binoculars, 1:533-534 
Binomial coefficients, 2:1016—-1017 
Binomial theorem, 1:534—-535 
Binswanger’s disease, 2:1268 
Binturongs, 2:957 
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Bio-flips, 1:535 
Bioaccumulation, 1:536—-537, 562-564 
chlordane, 2:907 
chlorinated hydrocarbons, 
2:1101-1102, 6:4401 
DDT, 2:1241, 3:1772, 2301-2302 
food web, 3:1772 
mercury, 1:536, 6:4651 
PCBs, 1:536, 3:1772 
selenium, 5:3416 
See also Biomagnification 
Bioaerosols, 3:2274 
BioAPI (Biometric Application 
Programming Interface), 1:570 
Bioassays, 1:537-538 
Bioaugmentation, 1:572 
Biochemical compounds, 2:1051 
Biochemical oxygen demand, 
1:538-539, 2:881 
Biochemistry, 1:539-541, 
5:3416-3417 
Biocides, 4:3270 
Biodegradable substances, 1:541-542, 
573, 2:1099, 3:2446 
Biodiversity, 1:542-545 
biological communities, 1:553 
captive breeding programs, 1:760 
conservation, 5:3517, 6:4702 
coral reefs, 2:1135 
decline of, 2:1446 
deforestation and, 2:1258 
ecological integrity, 2:1443 
eugenics, 2:1636 
evolution, 3:1653, 1657 
Great Barrier Reef, 3:2008 
ice age refuges, 3:2235 
importance, 1:542-543 
plant, 2:1632 
protected areas, 5:3516 
rainforest, 5:3628, 3629, 3630 
sustainable development, 
6:4249-4250 
wetlands, 6:4689 
wildlife, 6:4701-4702 
Bioelectric impedance, 4:3067—3068 
Bioenergy, 1:545-548, 565 
Biofeedback, 1:159, 403, 535, 
548-549, 2:889 
Biofilms, 1:446, 549-550, 3:2283 
Bioflavinoids, 6:4383 
Biofuels. See Bioenergy 
Biogas, 1:545 
Bioinformatics, 1:540, 550-552, 551, 
5:3521-3522 
Biolistics, 4:3375 
Biological communities, 1:552—554 
climax community, 2:958-959, 
4:3088, 6:4214, 4697, 4698, 
4699 
community ecology, 2:1027—1028 
competition in, 2:1033—-1034 
ecological stress in, 5:4188 


ecological succession, 6:4210-4214 
island, 5:3463 
limiting factors, 4:2521—2522 
niches, 4:2987 
non-photosynthesis based, 4:3078 
restoration ecology for, 5:3707 
Biological information. See 
Bioinformatics 
Biological insecticides, 1:88, 3:2300 
Biological mining, 2:1440 
Biological pest management, 1:275, 
3:1901-1902, 2316, 4:3119 
Biological physics. See Biophysics 
Biological rhythms, 1:554—557, 2:873, 
5:3894 
See also Circadian rhythms 
Biological stress, 2:1442 
Biological systems, 1:552 
Biological warfare, 1:557-558, 
6:4662-4667 
bioterrorism, 1:581—583 
decontamination, 2:1249—1250 
detection methods, 6:4666-4667 
genetic engineering, 1:582 
history, 6:4664-4665 
pathogen weaponization, 
4:3229-3230, 5:3647 
ricin, 5:3727, 6:4665 
smallpox, 1:582, 5:3960, 3961, 
6:4665 
See also Anthrax 
Biological Weapons Convention, 
1:582 
Biological weathering, 6:4680 
Biology, 1:558-560 
computational, 1:550—-552, 551 
conservation, 5:3517 
molecular, 1:579, 4:2813-2815, 
3231 
population, 2:873 
Bioluminescence, 1:560, 560-562, 
4:2557 
Biomagnification, 1:562-564 
in carnivores, 1:785 
DDT, 1:536, 564, 2:911, 
1243-1244, 3:1772, 2301-2302 
food web, 1:562, 3:1772 
Biomass, 1:156, 565 
bioenergy, 1:545 
calories, 1:735 
deforestation and, 2:1259 
ecological pyramids, 2:1447—-1449 
Eltonian pyramid, 2:1588 
energy from, 1:575 
forests, 3:1797 
herbivores, 3:2119 
rainforest, 5:3629 
scavengers, 5:3810—-3811 
sources, 1:546—-547 
tree, 1:547, 2:1190, 3:1792-1793 
tropical rainforests, 5:3628 
willows, 6:4704 
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Biomedical research, 5:3717, 3718, 
6:4605-4606 
Biomes, 1:565—570, 566 
Biometric Application Programming 
Interface (BioAPI), 1:570 
Biometrics, 1:570—571, 4:2583—2584 
Biomimetic systems, 1:552 
Bionics, 5:3511-3512, 3514 
Biophosphonates, 4:3142 
Biophysics, 1:571-572, 4:3330 
Biopsy, 1:747, 2:1308, 6:4472-4473 
Bioremediation, 1:572—574, 573, 
2:1099, 5:3433 
Biorobots, 1:582—583 
Biorubber, 6:4430 
BIOS-3, 1:577 
BIOS chip, 2:1058 
Biosensors, 1:535, 583 
Biosolids, 6:4637 
Biosphere, 1:574—-576, 2:1450, 1583, 
5:3445 
Biosphere Project, 1:576-579 
Biostimulation, 1:572 
Biostratigraphy, 5:4180 
Biosynthesis. See Anabolism 
Biotechnology, 1:579-581, 580 
animal breeding, 1:222—225 
mutagenesis in, 4:2904—2905 
yeasts, 6:4737-4738 
Bioterrorism, 1:581-583, 582 
vs. biological warfare, 1:557 
genetic idenification of microor- 
ganisms, 3:1896, 1897 
smallpox, 1:582, 5:3960, 3961 
See also Anthrax 
Biotin, 6:4602-4604, 4603r 
Biotite, 1:645 
Biplanes, 1:103 
Bipolar disorder, 1:583-584, 
2:1285-1286, 5:3539 
lithium for, 1:584, 4:2529-2531 
mania in, 1:583—584, 4:2616-2618 
Bipolar junction transistors, 6:4419 
Bipolar neurons, 4:2961 
Birch family, 1:22, 585, 585-586, 
3:2021 
Birch mice, 4:2741 
Bird flu. See HSN1 
Bird-of-paradise plant, 1:460 
Birds, 1:586-589 
anatomy, 4:3129 
Antarctica, 1:233 
aquatic, 1:23 
brain, 4:2952 
brood parasites, 3:2308 
carbofuron mortality, 3:2302 
cavity nesting, 4:3091 
circulatory system, 5:3693 
courtship, 1:587—588, 2:1165, 1/65 
DDT bioaccumulation, 1:536, 564, 
2:1243-1244, 3:2301—2302 


decline of, 2:1446 
desert, 2:1294 
dinosaurs and, 2:1340-1341 
evolution, 1:586, 4:3128, 3184, 
3184-3185 
feathers, 1:587, 2:1387, 3:1746 
feeding, 3:1731—1732 
flightless, 3:1746-1750, 1747 
fossils, 4:3128 
game, 2:1190, 3:2348 
heart anatomy, 3:2079 
herbicides, 3:2118 
hibernation, 3:2131 
human impact, 1:588-589 
imprinting, 3:2259 
indicator species, 3:2270 
introduced species, 3:2348 
lice, 4:2506 
mating, 1:587, 590-591, 646-648, 
2:1170, 5:4017 
migration, 1:588, 4:2765—2767, 
3129 
navigation by, 4:2766—2767 
nests, 1:588, 4:3004, 3091, 6:4260, 
4683 
oaks and, 4:3064, 3065 
oil spills, 4:3086-3087 
pesticide poisonings, 1:89 
pollination by, 5:3429 
respiration, 5:3692, 3702 
scavengers, 5:3811 
secretary, 1:592, 5:3633, 3634, 
3840-3841, 3841 
sexual reproduction, 5:3896 
shore, 2:1181—-1182, 5:3912 
song, 3:2307—2308, 4:3129, 
5:4017-4018 
taxonomy, 4:3128-3129, 6:4566 
tropic, 6:4447-4448 
tropical rainforest, 1:542 
tundra, 6:4477, 4478 
West Nile virus, 6:4685—4687 
wetlands, 6:4689 
Birds’-eye primroses, 5:3492 
Bird’s foot deltas, 2:1263 
Bird’s foot trefoil, 3:2487 
Bird’s-nest plants, 1:793 
Bird’s-nest soup, 6:4260 
Birds of paradise, 1:589-592, 590, 
2:1165 
Birds of prey. See Raptors 
Birdseye, Charles, 3:1779 
Birkeland, Kristian, 5:4159-4160 
Birth, 1:592-597, 593, 594, 595, 
2:866-867 
Birth control. See Contraception 
Birth defects, 1:597-601, 2:899, 4:2903 
aflatoxin-related, 1:66 
alcohol-related, 3:1711-1713 
amniocentesis for, 1:185 
amputation for, 1:193 
anticoagulant-related, 1:253 
anticonvulsant-related, 1:254 
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caffeine-related, 1:716 
chickenpox-related, 2:893-894 
chromosomal abnormalities, 
2:928-934 
DES-associated, 2:1318-1319 
in vitro fertilization-related, 
3:2262, 2287-2288 
karyotype analysis, 3:2408 
organogenesis, 4:3121—3122 
rubella-related, 2:896 
teratogens, 6:4330 
Birth rate, 5:3445, 3446, 3447 
Bisection, successive, 3:2380—2381 
Bismaleimide resins, 2:1045 
Bismarch (ship), 6:4515 
Bismuth, 2:1527, 4:2715 
Bismuth subsalicylate, 6:4502 
Bison, 1:601-604, 602, 822, 2:1566 
domestic, 4:2539 
overhunting, 6:4701 
population, 5:3445 
prairie, 5:3461—3462 
Bison bison. See American bison 
Bison bison athalbascae. See Wood 
bison 
Bison bison bison. See Plains bison 
Bison bonasus. See European bison 
Bissell, George H., 4:3086, 3276 
Bite analysis, 4:3081, 3082 
Bites, snake, 5:3970 
Bitis gabonicus. See Gaboon vipers 
Bitis nasicornis. See Rhinoceros vipers 
Bitrex, 2:1626 
Bittacidae. See Hanging scorpion flies 
Bitter oranges, 2:956 
Bitter taste, 6:4289-4291 
Bitterbrush, 5:3761—3762 
Bitterns, 1:604, 604-605, 3:2123—2125 
Bitternut hickories, 6:4629 
Bituminous coal, 2:970 
Bivalves, 1:605-607, 606, 4:2828 
Bivalvia. See Bivalves 
Bjerknes, Jacob, 1:97, 98, 6:4671, 
4672, 4675 
Bjerknes, Vilhelm, 1:97, 98, 4:2732, 
6:4670, 4672, 4675 
BL Lacertae objects, 1:39, 607, 
3:1847, 1848, 5:3573 
Black, James, 3:2222 
Black, Joseph, 1:720, 735, 771-772, 
3:2088, 4:2591 
Black-and-crimson orioles, 4:3128 
Black-and-red howler monkeys, 
4:2985 
Black-backed gulls, 3:2031 
Black-backed woodpeckers, 6:4717 
Black-bearded sakis, 4:2984 
Black bears, 1:498, 5:3811 
Black-bellied ant-pipits, 1:228 
Black-bellied hamsters, 3:2056 
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Black-bellied plovers, 5:3401, 3402 
Black-bellied whistling ducks, 2:1389 
Black-billed cuckoos, 2:1210 
Black brant geese, 3:1870, 1872 
Black bread molds, 5:3895 
Black-breasted buzzard kites, 3:2066 
Black-browed albatross, 1:112 
Black bubuls, 1:693 
Black bullheads, 1:811 
Black caimans, 2:1185 
Black-capped capuchins. See Brown 
capuchins 
Black-capped chickadees, 1:518, 
6:4377 
Black-capped white-eyes, 6:4694 
Black-casqued hornbills, 3:2156 
Black-cheeked ant-pipits, 1:228 
Black cherries, 5:3760, 3761 
Black colobus monkeys, 2:1002 
Black crested gibbons, 3:1947-1948 
Black-crowned night herons, 3:2123 
Black Death, 1:678, 2:1594, 
3:1743-1744, 6:4665 
Black drongos, 2:1381 
Black ducks, 2:/386, 1388 
Black eagles, 2:1407 
Black-faced lion tamarins, 4:2629 
Black flies, 6:4466 
Black-footed albatross, 1:112 
Black-footed ferrets, 2:1567, 
3:1707-1798, 1708, 6:4669 
Black-fronted terns, 6:4334 
Black-fruited currants, 5:3803 
Black harriers, 3:2066 
Black-headed grosbeaks, 1:782 
Black-headed jackals, 1:752 
Black-headed orioles, 4:3128 
Black-headed uakaris, 4:2984 
Black henbane, 4:2992 
Black Hole era, 2:1154 
Black holes, 1:607-611 
accretion disk, 1:13—14, 39 
active galactic nuclei, 1:39 
dark matter, 2:1235 
detection, 1:609 
event horizon, 3:1649-1650 
formation, 5:4150-4151 
general relativity, 1:608, 3:2006, 
5:3672 
Milky Way Galaxy, 1:607, 609, 
4:2771 
primordial, 5:3672 
quasars, 5:3572, 3573 
Schwarzschild radius, 3:2411—2412 
space-time, 5:4027 
Black howler monkeys, 4:2985 
Black hunter thrips, 6:4361 
Black kites, 3:2066 
Black lemurs, 3:2492, 2494 
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Black lion tamarins. See Golden- 
rumped lion tamarins 

Black lung disease, 5:3700 

Black mambas, 2:1463 

Black mangroves, 4:2614—2615 

Black maples, 4:2621 

Black marlins, 4:2626, 2627 

Black mustard, 4:2899 

Black-necked cobras, 2:1461 

Black-necked cranes, 2:1171 

Black-necked screamers, 5:3821 

Black-necked stilts, 5:4168 

Black oystercatchers, 4:3161 

Black pepper, 1:138, 4:3245 

Black phosphorus, 4:3292 

Black powder, 5:3457 

Black rats, 5:3642 

Black rhinoceros, 5:3721 

Black scoters, 2:1389 

Black sea bass, 1:483 

Black-shouldered kites, 3:2066 

Black smokers, 3:2214 

Black spider monkeys, 5:4069 

Black-spotted cuscus, 4:3281 

Black-spotted newts, 4:2980 

Black spruces, 2:1271, 5:4090 

Black swans, 6:4258 

Black swifts, 6:4260 

Black-tailed gnatcatchers, 6:4634 

Black-tailed jackrabbits, 3:2432, 2433 

Black-tailed prairie dogs, 5:3465, 
3466, 4098 

Black tea, 6:4299-4300 

Black terns, 6:4333 


Black-throated divers. See Arctic 
loons 

Black-throated green warblers, 6:4633 

Black-throated sparrows, 5:4050 

Black vultures, 1:592, 6:4622, 4622, 
4623 

Black walnuts, 6:4629-4630 

Black willows, 6:4703, 4704 

Black-winged damselflies, 2:1234 

Black-winged pratincoles, 2:1163 

Black-winged stilts, 5:4169, 4/69 

Blackberries, 3:2192, 5:3758 

BlackBerry, 4:3267, 3268 

Blackbirds, 1:6//, 611-612, 5:4048, 
6:4364 

Blackbody radiation, 1:527, 612-613, 
2:1153 

Blackbrush, 5:3758 

Blackburnian warblers, 6:4633 

Blackett, Patrick M. S., 4:3176 

Blackheads, 3:2319 

Blackstar, 5:4038 

Bladder cancer, 1:742 

Bladders, 1:694, 3:1667 

Bladderworts, 1:786 


Blaese, Michael, 1:43 
Blarina brevicauda. See Short-tailed 
shrews 
Blast furnaces, 3:2363, 4:2718, 5:4140 
Blasting caps, 3:1675 
Blastocytes, 1:223, 2:1555 
Blastomeres, 1:223, 2:1553 
Blastula, 2:1553 
Blatta orientalis. See Oriental 
cockroaches 
Blattaria, 2:983—984 
Blattella germanica. See German 
cockroaches 
Blattner, Frederick, 2:1625 
Blazars, 5:3573 
Bleach, 1:613-614 
chlorine, 2:914, 3:2052—2053 
cloth, 5:3986 
color photographs, 4:3312 
decontamination, 2:1249 
hydrogen peroxide, 3:2207 
oxidation-reduction reaction, 
4:3156 
paper, 4:3197 
sodium hypochloride, 5:3985, 3986 
Bleached coral, 2:1135, 3:2008 
Bleeding-heart, 6:4565 
Blenkinsop, John, 6:4404 
Blennies, 1:614 
Blenniidae. See Scaleless blennies 
Blennioidei, 1:614 
Bleuler, Paul Eugen, 5:3811 
Blimps, 1:102, 107-111, 108, 694 
Blindness, 1:614-616, 6:4598 
artificial vision, 1:330—332 
brain implants for, 4:2966 
cave fish, 1:828—829 
color, 2:1005, 1008-1010, 6:4601 
corneal, 3:1686 
from meningitis, 4:2687 
night, 4:3056-3057 
perception and, 4:3249 
virtual reality, 6:4585 
Blindsnakes, 1:616, 5:3969-3970 
Blissus leucopterus. See Chinch bugs 
Blizzards, 1:232 
Bloch, Felix, 4:2599, 3027 
Block, M. H., 6:4225 
Block-and-tackle, 4:2586 
Block printing, 5:3493, 6:4340 
Block-structured languages, 2:1061 
Blogs, 3:2343—2344 
Blood, 1:616-622, 617, 2:949-950 
artificial, 3:2043 
capillary transport, 1:757—758 
cholesterol levels, 2:922 
composition, 2:1087 
forensic analysis, 3:1788 
horseshoe crab, 3:2163 
pH value, 1:684-685 
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plasma, 1:617, 624, 2:949, 4:3139, 
5:3381-3382 
in respiration, 5:3692—3693 
study of, 3:2101 
See also Circulatory system 
Blood alcohol concentration (BAC), 
1:657-659 
Blood-brain barrier, 4:2686 
Blood clots. See Blood coagulation 
Blood coagulation 
acetylsalicylic acid for, 1:17 
hemophilia, 3:2103 
process, 1:251, 6/8, 620 
thrombosis, 1:251, 6:4362, 
4362-4363 
See also Anticoagulants 
Blood disorders, autoimmune, 
1:416-417 
Blood donors, 1:623 
Blood doping, 3:2102, 4:3255 
Blood gas analysis, 1:622-623 
Blood groups, 1:619 
blood transfusions, 1:249, 623 
bloodstain evidence, 1:625 
forensic analysis, 3:1788, 1788¢ 
isoantibody analysis, 3:2373 
secretors, 5:3841—3842 
serology, 5:3869-3870 
Blood pressure 
causes, 2:949 
measurement, 3:2220—2221, 2223, 
2224 
negative feedback loop, 
3:2146-2147, 2147 
normal, 3:2223, 2224 
Blood pressure, high. See 
Hypertension 
Blood pythons, 5:3555 
Blood-sucking conenose, 6:4461 
Blood supply, 1:623-624 
Blood tests 
cancer diagnosis, 1:747 
diagnostic, 2:1307 
HIV, 1:95-96 
serology, 5:3868-3871, 3869 
Blood thinners. See Anticoagulants 
Blood transfusions 
blood groups for, 1:249, 623 
blood supply for, 1:623-624 
fetal, 5:3482 
for hemophilia, 3:2104—2105 
for sickle cell anemia, 5:3923 
for surgery, 1:209 
Blood trematoda, 6:4456—4457 
Blood types. See Blood groups 
Blood vessels, 1:416—417, 2:948-949 
See also Circulatory system 
Bloodletting, 3:2101 
Bloodroot, 5:3443 
Bloodstain evidence, 1:624—625, 
2:1180 
Bloodwoods, 4:2912 


Blotting analysis, 1:625-627 

Blow flies, 6:4465 

Blowouts (lakes), 3:2435 

Blu-ray DVDs, 2:1396, 6:4570, 4571 

Blue baby syndrome, 4:2995 

Blue-backed fairy-bluebirds, 4:3128 

Blue-banded golden jacks, 3:2384 

Blue birds of paradise, 1:590, 591 

Blue butterflies, 1:699 

Blue catfish, 1:811 

Blue chaffinches, 3:1731 

Blue-cheeked bee-eaters, 1:504 

Blue cheese, 5:3910 

Blue codfish, 2:987 

Blue cohosh, 1:463 

Blue cranes, 2:1170 

Blue-crowned trogons, 6:4446 

Blue-eyed grasses, 3:2361 

Blue-faced boobies, 1:638 

Blue-footed boobies, 1:638, 638 

Blue grasses, 3:1991, 5:3710 

Blue-gray gnatcatchers, 6:4634 

Blue-gray tanagers, 6:4280 

Blue-green algae, 1:179, 4:2506—2508, 
6:4261-4262 

Blue-green bacteria. See 
Cyanobacteria 

Blue grosbeaks, 1:782 

Blue-headed vireos. See Solitary 
vireos 

Blue-hooded euphonia, 6:4280 

Blue jays, 2:1195—1196, 4:2766 

Blue kingfishers, 3:2417 

Blue marlins, 4:2626, 2627 

Blue-napped mousebirds, 4:2876 

Blue oaks, 4:3064 

Blue peafowl, 4:3233 

Blue phlox, 4:3289 

Blue revolution, 1:627-629, 628 

Blue sharks, 5:3904 

Blue sky, 1:376 

Blue-spotted salamanders, 5:3772 

Blue spruces, 5:4090 

Blue vervain, 6:4565 

Blue water lilies, 6:4647 

Blue whales, 1:232—233, 2:863, 867 

Blue-winged teals, 2:1388, 4:2506 

Blueberries, 3:2092, 2093 

Bluebirds, 1:629-630, 630, 5:3709, 
4117, 6:4364, 4365 

Bluebucks, 3:2062 

Bluefin tunas, 6:4474, 4475 

Bluehead wrasse, 3:2120 

Blueschist facies, 4:2724, 2725 

Blueshift, 5:3656 

Bluethroats, 6:4365 

BMI (Body mass index), 4:2612, 3066 

Bo trees, 4:2877 

Boa canina. See Green tree boas 
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Boa constrictor. See Boa constrictors 
Boa constrictors, 1:631 
Boarfish, 1:630 
Boars, 4:2538—2539, 3336 
Boas, 1:630-632, 631, 5:3969-3970 
Boats, buoyancy, 1:694 
Bobak marmots, 4:2631—2632 
Bobcats, 1:817, 5:3479 
Bobolinks, 1:611, 5:4048 
Bobos, 1:679 
Bobwhite quails, 5:3558 
Bocconia spp., 5:3442 
Bode, Johann Elert, 4:3351 
Body cells. See Somatic cells 
Body-centered cubic crystals, 4:2714 
Body fluids, 1:153, 5:3868—3871, 3869 
Body language, 1:438 
Body lice, 4:2505 
Body mass index (BMJ), 4:2612, 3066 
Body temperature 
basal, 3:2286 
core, 3:2226 
penguins, 4:3241—3242 
sharks, 5:3905 
sleep, 5:3948 
Body weight, 4:3066, 3067¢ 
Bodywork therapy, 1:749 
Boeing 777, 5:3871 
Boerhaave, Hermann, 3:2088 
Bog beetles, 1:510 
Bog club mosses, 2:968 
Bog lemmings, 3:2490 
Bogs, 1:568, 4:2855—2856, 3191 
Bohemian waxwings, 6:4659 
Bohr, Niels 
atomic model, 1:386, 393, 633, 
4:3329 
grand unified theory, 3:1985 
quantum mechanics, 5:3565 
scientific method, 5:3817 
spectral lines, 5:4056-4057 
statistical mechanics, 5:4122 
Bohr model, 1:386, 393, 633-634, 634, 
4:3329 
Pauli’s exclusion principle, 3:1665 
photoelectric effect, 5:3565 
quantum mechanics, 5:3565 
spectral lines, 5:4056—-4057 
subatomic particles, 6:4196 
Bohrium, 2:1535, 4:3266 
Boidae. See Boas 
Boilers, locomotive, 6:4404 
Boiling point, 1:634—635, 5:4120-4121 
molecular weight, 4:2820 
raising, 2:1634 
temperature scales, 6:4352 
water, 6:4353-4354, 4641, 4642 
Boiling water reactors (BWR), 4:3032, 
3037 
Bok choy, 4:2899 
Boleophthalmus spp., 3:1976 
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Boletus edulis. See King boletes 
Bolivia, 2:978, 982, 5:4024 
Bolivian hemorrhagic fever, 3:2107 
Bolivian squirrel monkeys, 4:2983 
Boll weevils, 1:512, 3:1902, 6:4682 
Bollworms, pink, 4:2859 
Bologna stone, 1:470 
Boltwood, Bertram, 5:3606—3607 
Boltysh impact crater, 4:2648 
Boltzmann, Ludwig, 2:1595, 
5:4121-4122 
Boltzmann’s constant, 1:613 
Bolyai, Farkas, 4:3006 
Bolyai, Janos, 4:3007 
Bolyai, Johann, 4:3007 
Bomb calorimeter, 1:735 
Bombardier beetles, 1:512 
Bombax ceiba. See Silk tree 
Bombs 
clean, 4:3042 
fission-fusion-fission, 4:3040 
hydrogen, 2:1300, 3:1675, 4:3025, 
3040, 3042, 6:4663 
incendiary, 4:2591 
neutron, 4:3042 
robotic disposal, 5:3743 
World War II, 2:1065 
See also Atomic bombs 
Bombycidae, 4:2860 
Bombycilla cedrorum. See Cedar 
waxwings 
Bombycilla garrulus. See Bohemian 
waxwings 
Bombycillidae, 6:4658 
Bombyx mori. See Silk moths 
Bonaire, 2:1136 
Bonaparte, Napoleon, 6:4496, 4665 
Bonaparte’s gulls, 3:2032 
Bonasa umbellus. See Ruffed grouse 
Bond (paper), 4:3198 
Bond energy, 1:635-636, 635t 
Bond-line notation, 3:1799 
Bondi, Hermann, 2:1153, 5:4128 
Bonding, maternal-infant, 4:2573 
Bonds, chemical. See Chemical bonds 
Bone density, 2:1262 
Bone disorders, 4:3131—3132, 5:3941 
Bone implants, 4:3131—3132 
Bone marrow, 3:2250, 4:2567 
Bone marrow transplantation, 1:43, 
749, 5:3923, 4162, 6:4428 
Bone mass, 4:3132, 3140-3143 
Bone transplantation, 6:4428 
Bonellia spp., 2:1433 
Bones 
anthropometric measurement, 
1:243 
appendicular skeleton, 5:3936, 
3939 
axial skeleton, 5:3936—3939 
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bird, 1:587 
broken, 4:3129-3130, 3142, 
5:3940-3941, 6:4225, 4281 
calcium content, 1:718, 4:3140, 
3141 
composites, 2:1043 
composition, 2:1087, 4:3140, 
5:3935 
dating techniques, 2:1237—1238, 
1270-1271 
development and growth, 5:3940 
facial, 5:3936-3937 
formation, 4:3141, 5:3940 
maxillary, 5:3937 
microgravity, 3:2332 
ossification, 4:3140 
remodeling, 5:3940 
resorption, 4:3141 
skeletal analysis, 5:3933—3935 
types, 5:3939-3940 
See also Skeletal system 
Boneset, 2:1041 
Bonitos, 4:2626 
Bonnet, Charles, 2:1557 
Bonnevie-Ulrich-Turner syndrome. 
See Turner syndrome 
Bonobos, 1:271, 2:900—905 
Bonpland, Aimé, 5:3575 
Bony fish, 1:219, 636-637, 
3:1733-1734 
evolution, 4:3180-3181 
guppies, 3:2033 
respiratory system, 5:3702 
taxonomy, 6:4566 
Bonytongues, 4:2848 
Boobies, 1:637-639, 638 
Book of Signs (Theophrastus), 6:4672 
Book of Zachariah, 2:1426 
Book paper, 4:3198 
Books, bar codes, 1:463 
Boole, George, 1:639 


Boolean algebra, 1:639-641, 640, 641, 


2:1519, 3:2314, 5:3875 
Boon, John D., 1:354 


Booster rockets, 1:453-454, 
5:4029-4030 


Bootlace worms. See Ribbon worms 

BOP (Basic oxygen process), 3:2363 

Bopp, Thomas, 2:1021 

Bora (wind), 5:3837 

Boracic acid. See Boric acid 

Borassus spp., 4:3189 

Borcatragus megalotis. See Beiras 

Bordatella pertussis, 2:897, 
6:4695-4696 


Bordeaux mixture, 3:1842 
Borderline leprosy, 4:2499 
Bordet, Jules, 3:2249 

Bordeu, Theophile, 2:1572 
Boreal chickadees, 6:4377 


Boreal coniferous forests, 1:565, 567, 
2:1447, 4:2855 

Boreal toads, 3:1826, 6:4380 

Boreidae, 5:3820 

Borel, Jean F., 2:1222 

Borghi, Eliseo, 4:2933 

Borgia, Gerald, 1:648 

Boric acid, 1:641-642 

Boring machines, 4:2577—2578 

Born, Max, 4:3329, 5:3566 

Bornean orangutans, 4:3104 

Boron, 2:1044, 1527, 3:2275—2276, 
6:4401 

Borosilicate, 4:2797 

Borrelia burgdorferi, 4:2561—-2563 

Bort, 2:1312 

Bos frontinalis. See Gayals 

Bos grunniens. See Yaks 

Bos indicus. See Zebu 

Bos javanicus. See Bantengs 

Bos mutus. See Yaks 

Bos namadicus. See Indian oxen 

Bos primigenius. See Aurochs 

Bos sauveli. See Koupreys 

Bos sondaicus. See Bantengs 

Bos taurus. See Cows 

Bosch, Carl, 1:178 

Bose, Satyendranath, 1:6, 2:1201 

Bose-Einstein condensates, 1:6, 
2:1201 

Bose-Einstein statistics, 5:4073 

Boselaphus tragocamelus. See Nilgai 

Bosons, 1:6, 5:4101, 41017, 4102, 
41021, 6:4199 

Boston ivy, 3:1989 

Boston Tea Party, 6:4300 

Bostrychia bocagei. See Dwarf olive 
ibises 

Bostrychia hagedash. See Hadada 
ibises 

Bosun birds, 6:4448 

Bot flies, 3:1746, 6:4466 

Botany, 1:642-643 

Botaurus spp. See True bitterns 

Botaurus lentiginosus. See American 
bitterns 

Botaurus pinnatus. See South 
American bitterns 

Botaurus poiciloptilus. See Australian 
bitterns 

Botaurus stellaris. See Eurasian 
bitterns 

Bothidae, 3:1739 

Bothrops spp., 6:4576 

Bothrops atrox, 6:4576 

Botox, 1:644 

Bottle gourds, 3:1982 

Bottlebrush trees, 3:2350 

Bottlenose dolphins, 2:864, 864, 
865-866, 867 
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Bottles, Klein, 6:4386, 4387 

Botulism, 1:643-644, 3:1776, 5:4088 

Bouchon, Basiel, 1:419 

Boulders, 5:3845, 3846r 

Boundary layers, 3:1757—1758 

Bourdon tubes, 5:3487 

Bourletiella hortensis. See Garden 
springtails 

Bourne, William, 6:4202 

Boutos, 2:864 

Boveri, Theodor Henrick, 3:1905 

Bovicola bovis. See Cattle-biting lice 

Bovicola equi. See Horse-biting lice 

Bovidae. See Cattle family 

Bovine growth hormone, 1:88 

Bovine spongiform encephalopathy, 
2:1175, 4:3120, 5:3498, 6:4749-4750 

Bowen, Norman L., 1:645, 4:3361 

Bowen’s fluorescence mechanism, 
4:3361 

Bowen’s reaction series, 1:644-646, 
645, 3:2242 

Bowerbirds, 1:646-648, 647 

Bowfins, 1:648 

Bowhead whales, 2:863 

Bowie, John William, 3:2376 

Box caissons, 1:717 

Box elder, 4:2621, 5:3462 

Box-elder bugs, 6:4461 

Box jellyfish, 3:2386 

Box turtles, 5:3761, 6:4492 

Boxfish, 1:648-649, 649 

Boxwoods, 4:2912-2913 

Boyer, Herbert, 1:579, 3:1894, 1895, 
5:3647 

Boyer, Paul, 1:52 

Boyle, Robert, 1:400, 2:887, 1526, 
3:1862, 4:3133, 6:4606 

Bq (Becquerels), 5:3608 

Braces (dental), 2:1278 

Braces (orthopedic), 4:3130, 5:3511 

Brachiopods, 1:649-651, 650 

Brachiosaurus spp., 4:3182-3183 

Brachylophus spp. See Fijii iguanas 

Brachymystax spp., 5:3775 

Brachyramphus marmoratus. See 
Marbled murrelets 

Brachyteles arachnoides. See Woolly 
monkeys 

Brachyura, 2:1167, 1168 

Brackish water, 1:651-652 

Bradley, James, 1:356, 3:2100, 5:3470 

Bradley method, 1:596 

Bradypodidae. See Three-toed sloths 

Bradypodion spp., 2:869-870 

Bradypus pygmaeus. See Pygmy three- 
toed sloths 

Bradypus torquatus. See Maned sloths 

Braer (tanker), 4:3083 


Bragg, William Henry, 1:146, 2:1204, 
6:4725, 4727 
Bragg, William Lawrence, 1:146, 
2:1204, 6:4725, 4727 
Bragg spectrometry, 6:4727-4728 
Bragg’s law, 2:1320 
Brahe, Tycho, 1:360, 836, 
2:1023-1024, 1151, 3:1916, 5:3819 
Brahmagupta, 4:2938 
Brahman cows, 4:2538 
Brahminy kites, 3:2066 
Braid, James, 1:159 
Brain, 1:652-657, 653, 2:1495 
alpha rhythms, 1:548 
anatomy, 4:2952-2954, 
5:408 14082, 4083 
asymmetry, 5:4083 
autistic, 1:413-414 
autopsies, 5:4082, 4083 
biochemical oxygen demand, 1:538 
dolphin, 2:867 
electrical stimulation, 5:3542 
fish, 4:2952 
fMRI of, 4:2964 
free radicals, 1:260 
hearing, 3:2076 
herniation, 3:2122 
human evolution, 3:2178 
hypoxia, 1:539 
imaging, 4:2682, 5:3542 
language areas, 1:273, 274 
mapping, 2:1494 
memory, 4:2682 
MRI of, 4:2600 
PET studies, 5:3452 
research, 1:655—657 
seals, 5:3834 
sleep, 5:3949 
speech, 5:4066, 4067-4068 
split-brain functioning, 
5:408 14085 
waves, 2:1495 
x rays, 4:2964 
Brain asymmetry. See Split-brain 
functioning 
Brain disorders 
electroencephalography, 
2:1493-1494 
neurosurgery, 4:2964—-2967 
psychosurgery, 5:3541—3544 
Brain electrical activity mapping 
(BEAM), 2:1494 
Brain implants, 4:2966 
Brain injuries 
amnesia from, 1:183 
aphasia from, 1:273-274 
apraxia from, 1:277 
behavioral changes, 5:4082 
dementia from, 2:1268, 1269 
electroencephalography, 
2:1495-1496 
from meningitis, 4:2687 
neurosurgery, 4:2964-2967 
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Brain stem, 1:654, 4:2687 
Brain surgery, 1:655-656 
Brain tumors, 2:1269, 3:1886, 4:2965, 
6:4473, 4474 
Brainworms, 4:2850 
Braking systems, 2:1475, 6:4406-4407 
Bramah, Joseph, 4:2545 
Bramble sharks, 5:3903 
Brambling finches, 3:1731 
Branca, Giovanni, 6:4483 
Brand, Hennig, 4:3259, 3293 
Brande, William Thomas, 1:133, 
4:2529 
Brandt’s cormorants, 2:1140 
Branham, Sara Elizabeth, 4:2685 
Bransfield, Edward, 1:234 
Brant geese, 3:1870, 1872, 1874 
Branta bernicla. See Brant geese 
Branta canadensis. See Canada geese 
Branta canadensis maxima. See Giant 
Canada geese 
Branta hutchinsii. See Cackling geese 
Branta leucopsis. See Barnacle geese 
Branta nigricans. See Black brant 
geese 
Branta ruficollis. See Red-breasted 
geese 
Brasenia schreberi. See Water-shield 
Brass, 1:146, 147, 2:1592—1593 
Brassica alba. See White mustard 
Brassica chinensis. See Bok choy 
Brassica napus. See Canola; Swedes 
Brassica nigra. See Black mustard 
Brassica oleracea. See Colewort 
Brassica parachinensis. See False bok 
choy 
Brassica pekinensis. See Petsai 
Brassica rapa. See Turnips 
Brassicaceae. See Mustard family 
Brassicaeae. See Mustard family 
Brattain, Walter, 2:1516, 6:4542 
Braun, Karl Ferdinand, 6:4319-4320 
Braun’s quillworts, 4:2561 
Bravais Lattices, 2:1205 
Brave New World (Huxley), 4:2652 
Bray reaction, 4:3133 
Brazil 
ethanol, 1:546 
geology, 5:4021, 4025 
International Space Station, 
3:2331 
population growth, 5:3446 
Brazilettes, 3:2488 
Brazilian ants, 1:268 
Brazilian ironwood, 6:4713 
Brazilian rosewoods, 3:2488 
Brazilian tapirs, 6:4282 
Brazilian thin-spinned porcupines, 
5:3450 
Brazilwood, 3:2488 
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Brazing, 5:4008 
Bread, 3:1779, 6:4692, 4737 
Bread molds, 3:1838—1839, 5:3895 
Breadfruit, 4:2877 
Breadfruit paradanus, 5:3821, 3822 
Breakdown potentials, 2:1467 
Breakwaters, 5:3914 
Breast cancer, 4:2692, 5:4075 
Breast development, 5:3546 
Breast implants, 5:3384, 3514 
Breastfeeding, 1:465 
Breath, bad. See Halitosis 
Breathalyzer, 1:657-659, 658 
Breathing, 5:3692, 3705-3706, 
4080-4081 
See also Respiration 
Breathing rate, 3:2133 
Breathing reflex, 5:3661 
Breccia, 3:2243 
Breeding 
animal, 1:90, 220-225, 823, 5:4017 
as artificial selection, 5:3862 
back-crossing, 4:3372 
cross-pollination, 4:3370, 3372 
mutation, 1:661 
plants, 1:643, 4:3370-3375 
territory, 6:4346-4347 
xenogamy, 6:4729-4730 
See also Captive breeding; 
Selective breeding 
Breezes 
land and sea, 3:2442-2443 
mountain, 5:3837 
valley, 5:3837 
See also Winds 
Brenner, Sydney, 1:845 
Breuer, Josef, 5:3531 
Breuil, Christopher, 4:3049 
Brevoortia tyrannus. See Atlantic 
menhadens 
Brewer spruces, 5:4090 
Brewers yeast, 6:4737 
Brewing, 1:659, 659-661 
Briar wood, 3:2094 
Briare Canal, 1:740 
Bricks, 1:661-662, 5:4173-4174 
Bridges, 1:662-666, 663, 664 
caissons, 1:717, 718 
cantilever, 1:663, 664-665, 754 
iron, 1:690 
oscillation failures, 4:3134 
resonance, 5:3691 
Bridges (dental), 2:1274, 1277-1278 
Bridgewater Canal, 1:740 
Bright Angel Shale, 6:4511 
Bright-line spectra nebulae, 
4:3358-3362 
Brighteners, optical, 4:3301 
Brightness 
color, 2:1006 
rainbows, 5:3626 
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stars, 5:4154-4155 
UBV system, 5:4155 
variable stars, 6:4550-4551 
See also Luminosity 
Brill-Zinsser disease, 6:4496 
Brillouin scattering, 5:4062 
Brindley, James, 6:4655 
Brine, 5:3780, 3983, 3985-3986, 
4120-4121 
Brinell hardness test, 5:4144 
Brislings, 3:2126 
Brislty black currants, 5:3802 
Bristle-thighed curlews, 2:1213 
Bristlecone firs, 3:1732 
Bristlecone pines, 4:3343, 5:3867, 
6:4433 
Bristletails, 1:667 
British Heraldry, 5:3761 
British Imperial System of Units, 
4:2738, 2739, 2740-2741, 
6:4523-4524, 4525 
British Ordnance Survey, 6:4248 
British Royal Aircraft Establishment, 
1:418 
British Skyship, 1:107 
British soliders (lichen), 4:2507 
British thermal units (Btu), 
3:2088-2089 
Brittle stars, 1:667—668 
Broad-billed rollers. See Dollarbirds 
Broad fish tapeworms, 3:1739 
Broad-footed marsupial mice, 4:2643 
Broad-headed skinks, 5:3942 
Broad-leaf forests, 6:4433 
Broad-leaved cattails, 1:819 
Broad-leaved herbicides, 3:2116 
Broad-nosed camains, 2:1185 
Broad-nosed gentle lemurs, 3:2493 
Broad-spectrum antibiotics, 1:246 
Broad-spectrum pesticides, 4:3270 
Broad-tailed parrots, 4:3216 
Broad-winged hawks, 1:707, 3:2065, 
2067 
Broadband, 1:192, 6:4394, 4709-4710 
Broadbill swordfish. See Swordfish 
Broca, Pierre Paul, 1:244, 
5:4067-4068, 4081 
Broca’s aphasia, 1:273 
Broca’s area, 1:273, 2:1401, 
5:4067-4068 
Broccoli, 4:2898 
Broglie, Louis-Victor de, 1:386, 394, 
633-634 
Broken bones. See Fractures 
Bromeliaceae. See Bromeliad family 
Bromeliad family, 1:668, 668-670, 
669, 5:3628 
Bromide, 4:3165 
Bromine, 3:2043-—2044, 2052-2055, 
4:3009 


Bromocriptine, 4:3213 

Bromotrifluoromethante, 3:2044 

Bromus tectorum. See Downy 
bromegrass 

Bronchia, 1:349—350 

Bronchial diseases, 5:3698—3699 

Bronchial pneumonia, 5:3699 

Bronchioles, 5:3409, 3703 

Bronchitis, 1:670, 2:1559, 
5:3698-3699 

Bronchodilators, 1:144-145, 351, 
5:3698-3699 

Bronchus, 5:3409, 3703 

Bronsted, Johannes Nicolaus, 1:26, 
2:1036, 4:2970 

Bronsted-Lowry definition, 1:26 

Bronze, 1:146 

Bronze Age, 1:146, 286, 299, 3:2241 

Bronze-winged jacanas, 3:2383 

Brood parasites, 3:2308 

Brook sticklebacks, 5:4168 

Brook trout, 1:23, 628, 5:3777 

Brookesia spp., 2:869-870 

Brookesia platyceps, 2:870 

Brookesia spectrum, 2:870 

Brookesia stumpfi, 2:870 

Brookesia superciliaris, 2:370 

Brookesia tuberculata, 2:870 

Brooks, Frederick Phillips, Jr., 6:4583 

Broom-corn, 5:4019 

Brotogeris versicolorus. See Canary- 
winged parakeets 

Brotulidae, 1:828 

Broussanetia papyrifera. See Paper 
mulberries 

Brown, Michael E., 4:3352 

Brown, R. Hanbury, 3:2324 

Brown, Robert, 1:672, 3:1754 

Brown algae. See Kelp 

Brown anoles, 1:228, 228 

Brown-banded cockroaches, 2:985 

Brown bears, 1:495, 496-497, 516 

Brown boobies, 1:638 

Brown bullheads, 1:811, 8// 

Brown butterflies, 1:699 

Brown capuchins, 1:762, 763, 4:2982 

Brown dwarfs, 1:670-672, 835, 
5:4109-4110 

Brown fat. See Adipose tissue 

Brown-headed cowbirds, 1:6//, 612, 
6:4364, 4580, 4634 

Brown-headed nuthatches, 4:3053 

Brown-headed spider monkeys, 
4:2985, 5:4069 

Brown hyenas, 3:2216-2217 

Brown kiwis, 3:1749 

Brown lacewings, 3:2429 

Brown lemmings, 3:2490 

Brown lemurs, 3:2492 
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Brown lesser mouse lemurs, 3:2491 
Brown palm civets, 2:957 
Brown pelicans, 3:2353, 4:3238, 3238, 
3239 
Brown rats. See Norway rats 
Brown thrashers, 4:2806 
Brown towhees, 5:4051 
Brown trout, 1:23, 628 
Brownian motion, 1:672-673, 2:1000 
Brownie camera, 4:3312 
Browsers, Web, 3:2342 
Brucella melitensis, 1:673—674 
Brucella suis, 1:673—674 
Brucellosis, 1:673-674 
Brucine, 4:3062 
Brugia malayi, 2:1544 
Brugia timori, 2:1544 
Bruguiera spp., 4:2614 
Brumwell, Dennis, 4:3168 
Brundtland, Gro Harlem, 
6:4251-4252 
Brundtland Report, 6:4251—4252 
Brunhes, Bernard, 4:3175 
Brush, Charles, 1:283 
Brush-tailed marsupial mice, 4:2643 
Brush-tailed porcupines, 5:3450 
Brush-tailed rat-kangaroos. See 
Bettongs 
Brush turkeys. See Moundbuilders 
Brushtail possums, 4:3281 
Brussels sprouts, 4:2898, 6:4556 
Brute-force decryption, 2:1251 
Bryideae. See True mosses 
Bryophyta, 1:675, 4:2535, 2854, 3366 
Bryophytes, 1:674—678 
Bryozoa, 2:1575, 4:2856, 3179 
Bt (Bacillus thuringiensis) 
genetically modified crops, 
2:1142, 3:1901, 1902, 
4:3373-3374, 3375 
insecticides, 1:88, 3:2302—2303 
Btu (British thermal units), 
3:2088-2089 
Bubal hartebeests, 3:2063 
Bubalus spp. See Anoas 
Bubalus bubalus. See Water buffaloes 
Bubalus depressicornis. See Lowland 
anoas 
Bubalus mindorensis. See Tamaraws 
Bubalus quartesi. See Mountain anoas 
Bubble chambers, 4:3222—3223 
Bubbles, sonoluminescent, 5:4018 
Bubo bubo. See Eagle owls 
Bubo virginianus. See Great horned 
owls 
Bubonic plague, 1:678-680, 679 
bioterrorism, 1:582 
transmission, 1:678—680, 2:1594, 
3:1743-1744, 5:3642 
Bubulcus ibis. See Cattle egrets 


Bubuls, 1:692-693 
Buccinidae. See Whelks 
Buccinum undatum, 5:3969 
Bucephala albeola. See Buffleheads 
Bucephala clangula. See Common 
goldeneyes 
Bucephala islandica. See Barrow’s 
goldeneyes 
Buceros bicornis. See Great hornbills 
Buceros rhinoceros. See Rhinceros 
hornbills 
Bucerotidae. See Hornbills 
Bucher, Walter H., 1:354 
Buchla, Don, 6:4272 
Buchner, Eduard, 1:540, 2:1604, 3:1701 
Buchner, Hans, 1:540, 3:2248-2249 
Buck, Linda B., 5:3964 
Bucket elevators, 1:343 
Buckeyes, 3:2/58, 2158-2159 
Buckminsterfullerenes, 1:680, 
680-681 
Buckthorns, 1:682 
Buckwheat, 1:682, 682-683, 5:3722 
Buckyballs, 4:2917-2918 
Buckytubes. See Nanotubes 
Budgerigars, 4:3214, 3216, 3217 
Buds and budding, 1:683, 683-684, 
2:961, 3:2193-2194, 5:4086 
Budworm, spruce, 3:1732, 1794, 2315, 
4:2859 
Buffalo gnats, 6:4466 
Buffalo gourds, 3:1982 
Buffaloes, 1:820, 822, 822-823, 
2:1198, 4:2537, 2539 
Buffers, 1:684—686, 4:3280 
Buffleheads, 2:1389 
Bufo spp., 6:4379, 4380 
Bufo americanus. See American toads 
Bufo ancorus. See Yosemite toads 
Bufo blombergi, 6:4379 
Bufo boreas. See Boreal toads 
Bufo bufo. See Common toads 
Bufo cognatus. See Great Plains toads 
Bufo houstonensis. See Houston toads 
Bufo marinus. See Cane toads 
Bufo woodhousei. See Woodhouse 
toads 
Bufonidae, 6:4379 
Bufonoidea, 3:1824—1825 
Bugeranus carunculatus. See Wattled 
cranes 
Bugs, true (insects), 6:4460-4462 
Bugs (Internet images), 3:2337—2338 
Buildings 
earthquake-resistant, 2:1424 
energy efficiency, 2:1586 
historic, 1:296 
indoor air quality, 3:2271-2275 
prefabricated, 4:2651 
See also Architecture; Construction 
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Bulb-bearing water hemlock, 1:792 
Bulbophyllus spp., 4:3108 
Bulimia, 1:47—48, 2:1428, 1429 
Bull sharks, 5:3904 
Bullets, 3:1789 
Bullfinches, 3:1732 
Bullfrogs, 1:191, 3:1825 
Bullhead sharks, 5:3904, 3906 
Bullheads (catfish), 1:811, 8// 
Bull’s horn acacia, 4:2905 
Bulrushes, 5:3842, 3843 
Bumble bees, 1:506—507 
Bunch grasses, 5:3797 
Bunchberry, 2:1364 
Bunchflowers, 4:2517 
Bundy, Ted, 4:3081, 3082 
Bunopithecus spp. See Hoolock 
gibbons 
Bunsen, Robert Wilhelm, 1:134, 693, 
3:1735, 4:2591 
Bunsen burners, 1:693, 3:1735—1736 
Buntings, 5:4048-4052 
Bunyaviruses, 3:2105 
Buoyancy, 1:693-694, 694 
aircraft, 1:101—102, 107, 109 
sharks, 5:3905 
Buphaga. See Oxpeckers 
Buphagus spp. See Oxpeckers 
Bupropion, 2:944, 4:2987 
Bur-cucumbers, 3:1983 
Bur oaks, 4:3064 
Buran (spacecraft), 5:4045 
Burbank, Luther, 4:3372 
Burbidge, Geoffrey, 2:1536 
Burbidge, Margaret, 2:1536 
Burchell’s zebras. See Common 
zebras 
Burckhardt, Gottlieb, 5:3541 
Burdin, Claude, 6:4483 
Burdock, 5:3856 
Bureau of Standards, 6:4523 
Buret, Frederic, 5:3898 
Burets, 1:694-695 
Burettes. See Burets 
Burgdorfer, Willy, 4:2561 
Burgess Shale, 1:543, 3:1699 
Burial metamorphism, 4:2725—2726 
Burials 
earthen mounds, 4:2868—2870 
Neanderthal, 3:2181 
rituals, 1:80 
taphonomy, 6:4281 
thanatology, 6:4342—4343 
Burkholderia mallei, 1:557 
Burkitt lymphoma, 1:744, 4:2567 
Burma. See Myanmar 
Burmese lacquer trees, 1:804 
Burnell, Jocelyn Bell, 5:3549, 3603 
Burnet, Frank Macfarlane, 3:2249 
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Burnett salmon. See Australian 
lungfish 


Burns, Jack, 6:4233 


Burns, prescribed, 5:3484-3486, 3485, 


3868, 6:4697-4700 
Burns (injuries), 1:695-696, 696 
Burros, 1:346—347 
Burrow systems, 4:2812, 2826-2827, 
5:3465, 3466, 3991 
Burrowing frogs, 3:1824 
Burrowing owls, 4:3151 
Burrowing vipers, 6:4575 
Burst and Transient Source 
Experiment, 3:1856, 1857 
Burton, Robert, 4:2689 
Bus-bars, 2:1470 
Buses, 4:2654, 2655 
Bush, George W. 
AIDS initiative, 1:96 
cloning, 3:2176 
diamond trade, 2:1311 
fuel cells, 2:1476 
HIV transmission, 1:95 
Kyoto Protocol, 3:2016 
marijuana, 4:2624 
nuclear weapons, 4:3042 
SARS epidemic, 5:3881 
Bush, Vannevar, 2:1055 
Bush babies. See Bushbabies 
Bush dogs, 1:753 
Bush duikers, 2:1390 
Bush larks, 3:2455 
Bushbabies, 4:2554, 2555-2556, 
5:3510-3511 
Bushbirds, Rondonia, 1:237 
Bushbuck, 1:238 
Bushmaster vipers, 6:4577 
Bushnell, David, 6:4202—4203 
Bushveld Complex, 1:71, 5:3474 
BuSpar. See Buspirone 
Buspirone, 6:4411 
Bussy, Antoine Alexandre Brutus, 
1:135, 4:2591 
Bustards, 1:697, 697-698 
Busycon perversum, 5:3966 
Butane, 1:703, 3:2195, 4:2928, 2929t, 
2930 


Butanoic acid, 2:1633 
Butene, 3:2196 
Buteo spp. See Buzzards 


Buteo albicaudatus. See White-tailed 
hawks 


Buteo albonotatus. See Zone-tailed 
hawks 


Buteo anguralis. See African red- 
tailed buzzards 


Buteo brachyurus. See Short-tailed 
hawks 


Buteo buteo. See Common buzzards 
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Buteo jamaicensis. See Red-tailed 
hawks 
Buteo lagopus. See Rough-legged 
hawks 
Buteo lineatus. See Red-shouldered 
hawks 
Buteo magnitostris. See Roadside 
hawks 
Buteo nitidus. See Gray hawks 
Buteo oreophilus. See African moun- 
tain buzzards 
Buteo platypterus. See Broad-winged 
hawks 
Buteo regalis. See Ferruginous hawks 
Buteo rufinus. See Long-legged 
buzzards 
Buteo swainsoni. See Swainson’s 
hawks 
Buteogallus anthracinus. See Common 
black hawks 
Buteonidae, 1:706 
Butlerov, A. M., 1:122 
Butorides virescens. See Green-backed 
herons 
Butter-and-eggs, 5:3973 
Buttercups, 1:698-699, 699 
Butterflies, 1:699-702, 700 
classification, 1:699, 6:4465 
courtship, 2:1164 
genetically modified crops, 
3:1901 
metamorphosis, 1:699, 700-701, 
4:2729, 2729 
migration, 4:2767 
monarch, 1:700, 3:1901, 4:2767, 
2768, 3375 
viceroy, 4:2768 
Butterfly effect, 2:872 
Butterfly fish, 1:215, 703 
Butternet, 6:4629 
Buttress dams, 2:1232 
Buttress roots, 5:3756 
Butyl acetate, 2:1626, 1628 
Butyl alcohols, 1:704—705 
Butyl group, 1:140, 703-705, 703+ 
Butylated hydroxyanisole (BHA), 
1:705, 3:1777 
Butylated hydroxytoluene (BHT), 
1:705-706, 3:1777 
Butyne, 3:2196 
Butyraldehydr, 1:123 
Butyric acid, 1:777 
Buy-back centers, 5:3650 
Buys-Ballot, Christopher Heinrich, 
2:1371, 3:2374 
Buzzards, 1:706, 706-707, 
3:2064—2065, 5:3634 
BWR (Boiling water reactors), 4:3032, 
3037 
By-catch, 1:112, 2:868, 1380-1381, 
5:3907, 6:4476 


Bypass 
coronary artery, 1:311 
gastric, 1:468 
Byrd, Richard, 1:234 
Byron, Ada Augusta, 2:1065 
Bythothrepes cederstroemii. See Spiny 
water fleas 
Byzantium architecture, 1:688 


Ic 


C (computer language), 2:1060-1061 
C-14 dating. See Radiocarbon dating 
C horizon, 3:2151, 5:3988, 3989 
c-myc oncogene, 1:744 
C-peptide, 2:1305 
C-reactive protein, 3:2083 
C-type asteroids, 4:2789 
C4 photosynthesis, 2:1142, 3:2474, 
5:3797-3798 
Cabbage, 1:333, 333, 4:2898, 
2898-2899, 6:4556, 4664 
Cabbage lettuce, 2:1040 
Cable Act, 3:2338 
Cable modems, 3:2341 
Cable-stayed bridges, 1:666 
Cable television, 1:192, 6:4321-4322 
Cables 
coaxial, 2:1518, 6:4321 
electrical, 2:1470 
transatlantic, 6:4303, 4307 
See also Fiber optics 
Cabomba caroliniana, 6:4647 
Cacajao calvus. See Bald uakaris 
Cacajao melanocephalus. See Black- 
headed uakaris 
Cacajao rubicundus. See Red uakaris 
Cacatua galerita. See Sulfur-crested 
cockatoos 
Cacatua leadbeateri. See Pink 
cockatoos 
Cacatua roseicapilla. See Galahs 
Cacatua sanguinea. See Little corellas 
Cacatuidae. See Cockatoos 
Cacatuinae, 2:983 
Cackling geese, 3:1870, 1872 
Cacodylic acid, 2:885 
Cacomistles. See Ringtails 
Cactaceae. See Cactus 
Cactoblastis cactorum, 1:712, 3:2350, 
4:2860 
Cactus, 1:709-712, 7/0 
hallucinogenic, 3:2050 
prickly pear, 1:710, 770, 711, 712, 
3:2118, 2350, 4:2860 
Cactus moths, 4:2860 
Cactus wrens, 1:711, 6:4721 
CAD (Computer-aided design), 
1:664, 712, 7/3, 2:1067 
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Caddisflies, 1:713-714, 714, 6:4465 
Cade, John, 4:2530 
Cadmium, 2:1527, 3:1842 
CAE (Computer-aided engineering), 
1:712 
Caecilia thompsoni, 1:715 
Caecilians, 1:189-191, 715 
Caelifera, 3:1998 
Caenogastropoda, 5:3967 
Caesalpina brasiliensis. See 
Brazilwood 
Caesalpina ferrea. See Brazilian 
ironwood 
Caesalpinaceae, 3:2486 
Caesar, Julius, 1:730, 2:1250-1251, 
6:4246 
Caffeine, 1:715-717 
addiction, 1:47, 716 
bronchodilators, 5:3699 
performance-enhancing drugs, 
4:3255 
sources, 1:138, 3:2420 
Cahokia Mound, 4:2869, 2870 
Cailletet, Louis Paul, 1:773, 2:1197, 
1199, 3:1862 
Caiman crocodilus. See Common 
caimans 
Caiman latisrostris. See Broad-nosed 
camains 
Caiman yacare. See Yacarés 
Caimans, 2:1183—1186 
Caingin, 5:3945 
Cairina moschata. See Muscovy ducks 
Caissons, 1:717-718 
Cajanus cajan, 3:2488 
Calamares, 5:4094 
Calamian stink badgers, 1:451 
Calamine, 1:145 
Calamospiza melanocorys. See Lark 
buntings 
Calamus spp., 4:3188, 3190 
Calanoida, 2:1128 
Calcaneal valgus, 1:598 
Calcarius lapponicus. See Lapland 
longspur 
Calcarius mccownii. See McCown’s 
longspur 
Calcarius ornatus. See Chestnut-col- 
lared longspur 
Calceolaria purpura, 4:3372 
Calcite, 1:87, 827, 3:1920, 5:4099 
Calcitonin, 2:1573, 1575, 
3:2153-2154, 4:3142 
Calcium, 1:134-136, 718-720 
actinides production, 1:36 
bioluminescence, 1:561 
blood, 1:617 
for bone mass, 4:3132 
Earth’s crust, 2:1525 
formation, 1:645 
hard water, 3:2060—2061 


in hearing loss, 2:1246 
isotopes, 1:718 
neuromuscular diseases, 4:2957 
for osteoporosis, 4:3142 
parathyroid gland regulation, 
2:1574 
physiologic role, 4:3061 
regulation of, 3:2153-2154 
soil acidification and, 1:21 
Calcium acetate, 1:718 
Calcium aluminum silicates, 2:1073 
Calcium carbonate, 1:136, 720 
argillaceous rocks, 5:4171 
coral reefs, 2:1131 
for neutralization, 4:2971 
sediment, 5:3852 
travertine deposits, 3:2448—2449 
Calcium channel blockers, 3:2222, 
2224-2225 
Calcium chloride, 1:718 
Calcium cyanamide, 1:718 
Calcium fluoride, 2:1207 
Calcium hydroxide, 1:718, 720, 721 
Calcium hydroxyapatite, 4:3296 
Calcium hyochlorite, 2:914 
Calcium hypochloride, 1:613, 718, 
4:3156 
Calcium-magnesium acetate (CMA), 
1:15 
Calcium nitride, 1:718 
Calcium oxalate, 1:332 
Calcium oxide, 1:470, 720-721 
for acid rain, 1:23 
argillaceous rocks, 5:4171 
fungicides, 3:1842 
phosphorus removal, 4:3296 
production, 1:718 
uses, 1:136, 718-719 
Calcium phosphate, 1:718, 4:3292 
Calcium propionate, 1:721 
Calcium selenide, 4:2704 
Calcium silicate, 1:662, 3:2363 
Calcium stearoyl-2-lactylate, 3:2430 
Calcium sulfate, 1:721, 6:4220, 4223 
Calcium sulfate dihydrate, 4:3292 
Calcium supplements, 4:3058 
Calculation accuracy, 1:14 
Calculators, 1:722—725, 723, 2:1055, 
4:3268 
Calculus, 1:725-729, 727, 728, 4:2661 
differential, 2:1290 
fundamental theorems, 3:1835 
inflection point, 3:2290 
intervals, 3:2347 
theory of limits, 4:2520 
Calderas, 3:2435—2436, 6:4206, 
4611-4612 
Caledonian Orogeny, 2:1641 
Calendar Round, 1:287 
Calendars, 1:729-733 
Gregorian, 1:731, 6:4733 
Hebrew, 6:4733 
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lunar, 1:729 
luni-solar, 1:729 
Maya, 1:287 
savants’ calculations, 5:3799 
solar, 1:287, 730, 4:2869 
wall, 1:287 
Calibration, 1:733, 2:1624 
Caliche, 5:3988 
Calidris alba. See Sanderlings 
Calidris alpina. See Red-backed 
sandpipers 
Calidris canutus. See Red knots 
Calidris pusilla. See Semipalmated 
sandpipers 
California 
ancient calendars, 1:287 
DDT bioaccumulation, 
2:1243-1244 
desalination, 6:4645 
earthquakes, 2:1422, 1423, 1426, 
3:1695, 1697, 4:3015-3016 
gold rush, 5:3473 
irrigation, 6:4644 
landslides, 5:3849 
smog, 4:3162, 5:3431, 3966 
solar power, 1:155 
temperate rainforests, 5:3629 
wind power, 1:155 
California black oaks, 4:3065 
California buckeyes, 3:2158 
California condors, 1:592, 
2:1076-1078, 1077 
endangered species status, 
2:1077-1078, 5:3635, 6:4623, 
4624 
reintroduction programs, 1:761, 
2:1078, 5:3635, 6:4623 
restoration ecology, 5:3707 
size, 5:3634 
California flying fish, 3:1766 
California giant salamanders, 5:3772 
California ground squirrels, 5:4098 
California gulls, 3:2031 
California laurel, 3:2466 
California live oaks, 4:3063 
California newts, 4:2980 
California poppies, 4:3372, 5:3443 
California quails, 5:3558 
California red firs, 3:1732 
California red scale, 5:3804 
California scorpionfish, 5:3820 
California sea lions, 5:3826—-3828 
California sycamores, 4:3347 
California thrashers, 4:2806 
California tiger salamanders, 5:3773 
California voles, 6:4615 
California walnuts, 6:4629 
Californium, 1:35—36 
Calipers, 1:733-734, 4:3067 
Callendar, G. S., 1:772 
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Callicarpa americana. See Beauty- 
berry; French mulberry 

Callicarpa purpurea. See Purple 
mulberry 

Callicebus spp., 4:2983 

Callicebus moloch. See Dusky titis 

Callicebus personatus. See Masked 
titis 

Callicebus torquatus. See White- 
handed titis 

Callimico goeldii. See Goeldi’s 
monkeys 

Calliostemon spp., 4:2911, 2913 

Callipepla squamata. See Scaled quails 

Calliphoridae, 6:4465 

Callisto, 3:1850, 2397 

Callithrix spp., 4:2628 

Callithrix argentata. See Silvery 
marmosets 

Callithrix humeralifer. See Tassel- 
eared marmosets 


Callithrix jacchus. See Common 
marmosets 

Callitrichidae, 4:2627, 2629, 2835, 
2981 


Callitroga ominivorax. See Screw- 
worms 

Callorhinchus spp., 2:900 

Callospermophilus spp., 5:4098 

Calluna spp. See Heathers 

Calmette, Leon, 6:4470 

Calner, Donald, 3:2249 

Calomyscus bailwardi. See Mouse-like 
hamsters 

Caloplaca spp., 4:2508 

Calopogon pulchellus. See Grass-pink 
orchids 

Caloprymnus campestris. See Desert 
rat-kangaroos 

Calopterix maculata. See Black- 
winged damselflies 

Calories, 1:734—735, 3:2088 

dietary, 1:120, 3:2089 
thermal energy, 6:4349, 4353 

Calorimetry, 1:735-736, 3:2088—2089, 
6:4349 

Caloris Basin impact, 4:2701 

Calothrix spp., 4:3002 

Calotype, 4:3308, 3309 

Calumma spp., 2:869-870 

Calvaria major. See Tambalacoques 

Calvatia booniana, 4:2893 

Calvatia gigantea, 4:2892 

Calving, glaciers, 3:2239, 2240 

Calypso (ship), 6:4517-4518 

Calypso bulbosa. See Fairy-slippers 

Calyptorhynchus magnificus. See Red- 
tailed black cockatoos 

Calyptura cristata. See Kinglet 
calyptura 
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CAM (Cellular automata machine), 
1:420 
CAM (Computer-aided manufactur- 
ing), 1:712 
Cambium, 6:4713-4714 
Cambodia, 1:341 
Cambrian period 
continental drift, 2:1109 
extinction, 1:543 
marine fossils, 1:70 
moles, 4:2828—2829 
snails, 5:3967 
Cambridae, 2:1172 
Camelidae. See Camels 
Camellia sinensis. See Tea plant 
Camels, 1:736—739, 737, 2:1191, 
4:2537, 2539 
Camelus bactrianus. See Bactrian 
camels 
Camelus dromedarius. See Dromedary 
camels 
Camelus ferus. See Two-humped 
camels 
Camera obscura, 4:3308 
Camerarius, Rudolf Jakob, 5:3427 
Cameras 
Anger scintillation, 5:3615 
charge-coupled devices, 5:4059 
crittercams, 6:4520 
deep-sea, 6:4518 
digital, 2:1330, 4:3313-3315 
gamma, 4:3029-3030 
history, 4:3308—3310 
Hubble Space Telescope, 
3:2169-2170, 2171 
infrared, 3:2297 
Kodak, 4:3312 
lens, 4:2497-2498 
microscopic imager, 4:2638 
motion picture, 4:2864 
photography resolution, 4:3307 
Polaroid, 4:3312 
robotic vehicles, 5:3738 
scintillation, 1:571 
stereoscopic, 4:2641 
still-video, 4:3313-3314 
surveillance, 3:1791 
television, 5:3743, 3749 
video, 4:3313-3314 
Cameroon, 1:772 
cAMP (Cyclic adenosine monopho- 
sphate), 2:889 
Campbell, Henry R., 6:4405 
Campbell-Swinton, Alan, 6:4320 
Campephilus imperialis. See Imperial 
woodpeckers 
Campephilus principalis. See Ivory- 
billed woodpeckers 
Campephilus principalis bairdii. See 
Cuban ivory-billed woodpeckers 
Camphor, 3:2466 


Campostoma anomalum. See 
Stonerollers 
Camptorhynchus labradorius. See 
Labrador ducks 
Campylobacter spp., 3:1776 
Campylobacter jejuni, 3:2028 
Campylorhynchus brunneicapillus. See 
Cactus wrens 
Camshaft, 3:2330, 5:3887—3888 
CaMV35S, 3:1902 
Canada 
Atlantic cod, 2:987 
endemic species, 2:1570 
International Space Station, 
3:2331 
manned spacecraft, 5:4042 
remote sensing satellites, 5:3679 
SARS epidemic, 5:3879, 
3881-3882 
wildfires, 6:4698 
See also North America 
Canada balsam, 3:1733 
Canada geese, 3:1870—1874, 1871 
Canada jays, 2:1196, 1244 
Canadarm, 5:3739 
Canadian Ice Services, 3:2239 
Canadian Shield, 4:3011—3012 
Canadian waterweeds, 3:1826 
Canadian Wildlife Service, 2:1388 
Canadian yews, 6:4740-4741 
Canal locks, 1:740, 741, 4:2543, 
2543-2544 
Canals, 1:81, 739-741, 740 
Canaries, 1:537, 3:1731 
Canary-winged parakeets, 4:3217 
Cancel (mathematics), 1:741-742 
Cancellous bones, 2:1087, 5:3940 
Cancer, 1:742, 742-751, 6:4472-4474, 
4473 
animal models, 3:2126 
animal testing, 1:225—226 
antioxidants, 1:260, 261 
from caffeine, 1:716 
causes, 1:742—743, 745-746, 
778-780, 4:2901-2902 
cell differentiation in, 2:1302 
from cigarette smoke, 1:742, 779, 
2:942-943, 4:2988 
CT scans, 2:1071—1072 
diagnosis, 1:746—747, 2:1308 
DNA in, 1:743-744, 2:1280, 1302 
from Epstein-Barr virus, 2:1614 
genetic predisposition, 3:1893 
genetics of, 1:743-745 
laser surgery, 3:2460 
obesity and, 4:3066, 3070 
plant-based drugs for, 1:543 
prevention, 1:749 
prognosis, 1:749-750 
radiation therapy, 5:3620 
second malignancy, 3:2142 
stress and, 5:4186 
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taxol for, 6:4741-4742 
treatment, 1:747—749 
types, 1:745 
ultrasonic diagnosis, 6:4507 
See also specific cancers 
Candelabra cactus, 1:710, 711 
Candelobe cactus, 1:711 
Candida albicans, 6:4737 
Candidiasis, 6:4737 
Candles, 1:283, 5:3804 
Candoiai spp., 1:632 
Cane toads, 4:2834-2835, 6:4379, 
4380, 4381 
Canines, 1:751-754, 752, 753 
Canis aureus. See Golden jackals 
Canis dingo. See Dingoes 
Canis latrans. See Coyotes 
Canis lupus. See Gray wolves 
Canis mesomelas. See Black-headed 
jackals 
Canis rufus. See Red wolves 
Canis simensis. See Simian jackals 
Cannabinoids, 3:2108—2109, 
4:2623-2624, 2625 
Cannabis sativa. See Hemp; 
Marijuana 
Canning, 1:445, 643, 644, 780, 3:1780 
Cannizzaro, Stanislaro, 2:876, 4:2819, 
3259 
Cannon, Annie Jump, 3:2128, 
5:4054-4055 
Cannon, Walter Bradford, 4:3331 
Canola, 3:1900, 4:2899 
Canopy, 5:3628, 3867-3868 
Cansu adustus. See Side-stripped 
jackals 
Cantaloupes, 3:1981—1982 
Cantharellus cibarius. See 
Chanterelles 
Canthidermis sufflamen. See Ocean 
triggerfish 
Cantilever, 1:663, 664-665, 754 
Cantor, George, 1:782, 3:2289, 
4:3095, 5:3646, 3873, 6:4412 
Canvasback ducks, 2:1387, 1389 
Canyons, submarine, 2:1110 
Caodium magnum, 1:125 
Cap rocks, 3:2449 
Capacitance, 1:755-756, 757 
Capacitors, 1:755, 756-757, 2:1517 
Cape belladona, 1:171 
Cape clawless otters, 4:3146 
Cape dune mole-rats, 4:2811 
Cape gannets, 1:637 
Cape golden moles, 4:2828 
Cape mountain zebras, 6:4746 
Cape pangolins, 4:3195 
Cape Ranges, 1:70 
Cape Sable seaside sparrows, 5:4052 
Capek, Karel, 5:3739 


Caper-callies, 3:2020 
Caperea marginata. See Pygmy right 
whales 
Capillaries, 1:757—758, 2:948 
Capillary action, 1:758 
Capillary beds, 1:758 
Capitis race. See Head lice 
Capitonidae. See Barbets 
Capped leaf-monkeys, 3:2451 
Capra spp. See Goats 
Capra aegagrus, 3:1973 
Capra faconeri. See Markhors 
Capra hircus, 2:1191, 4:2538 
Capra ibex. See Ibex 
Caprifig, 4:2876-2877 
Caprimulgidae, 1:759, 3:1974 
Caprimulgids, 1:758-760 
Caprimulgiformes. See Caprimulgids 
Caprimulgus carolinensis. See Chuck- 
will’s widows 
Caprimulgus noctitherus. See Puerto 
Rican nightjars 
Caprimulgus vociferous. See Whip- 
poor-wills 
Caprinae, 3:1972 
Caprioidae, 1:630 
Caprock, 4:2874 
Capromyidae, 1:81 
Capros spp., 1:630 
Capsaicin, 4:3172 
Capsicum spp. See Peppers 
Capsicum annuum. See Bell peppers 
Capsicum fructescens conoides. See 
Chili peppers 
Capsicum fructescens longum. See 
Cayenne peppers 
Capsid, 6:4586-4587, 4587 
Capstans, 4:2597 
Capstone chip, 2:959 
Capsules, bacteria, 1:440 
Capsulotomy, anterior, 5:3542 
Captive breeding, 1:760-762 
beavers, 1:501 
black-footed ferrets, 3:1707—1708 
California condors, 1:761, 2:1078, 
5:3635, 6:4623 
golden lion tamarins, 4:2629 
lemurs, 3:2494 
pandas, 4:3193 
peregrine falcons, 4:3252 
Przewalski’s horses, 3:2160 
rhinoceros, 5:3721 
sables, 4:2645 
salmon, 5:3776 
whooping cranes, 1:760-761, 
2:1171, 5:3709 
Capuchins, 1:762-764, 763, 4:2835, 
2981, 2982-2983 
Capybaras, 1:764—-765, 765, 5:3753, 
3798 
Car pools, 4:2655 
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Carabidae. See Ground beetles 
Caracal caracal. See Desert lynx 
Caracaras, 1:592 
Caracol, 1:287 
Carageenan, 5:3527 
Carageugu spp. See Hawthorns 
Carangidae, 3:2383, 2384 
Caranz hippos. See Crevalle jacks 
Carapa fat, 4:2608 
Carapa guianensis. See Crabwood 
Carapa moluccensis, 4:2608 
Carassius auratus. See Goldfish 
Carassius aureus. See Goldfish 
Caraway, 1:792, 3:2113 
Carbamate, 3:2300, 2302 
Carbamazepine, 1:584, 4:2617 
Carbamide. See Urea 
Carbidopa, 4:3213 
Carbofuran, 1:89, 3:2302 
Carbohydrates, 1:765-766 
biomass, 1:565 
calories, 1:734 
cellular respiration, 5:3695 
dietary, 4:3060, 3068 
molecular formula, 4:2815-2816 
from photosynthesis, 4:3316—3317 
soybeans, 5:4026 
Carbolic acid, 1:265, 6:4225 
Carbon, 1:766-769 
activated, 5:3432, 3433 
allotropes, 1:146 
bacterial growth, 1:442 
buckminsterfullerenes, 1:680, 
680-68 1 
chemical bonds, 3:2194-2195 
chiral, 5:4165-4166 
composting ratio, 2:1047 
electric arc, 2:1468 
family of elements, 2:1530 
fiber composites, 2:1044 
focused ion beam analysis, 3:1767 
in forest biomass, 3:1797 
hydrochlorfluorocarbons, 3:2200 
isotopes, 1:398, 3:2377 
molecular weight, 4:2819—2820 
nometal properties, 4:3009 
nutrient cycline, 1:575 
semiconductors, 2:1481 
sources, 1:766—767 
stereochemistry, 5:4164, 
4165-4167, 4167 
Carbon-12, 1:394, 396, 398, 
5:3607 
Carbon 14 dating. See Radiocarbon 
dating 
Carbon arc lamps, 4:2864 
Carbon black, 1:767 
Carbon cathode cells, 1:491 
Carbon compounds, 1:768-769 
Carbon cycle, 1:769-771, 770, 
4:3024 
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Carbon dioxide, 1:771-772 
atmospheric, 1:366, 369, 
2:1020-1021, 3:1843-1844, 
1966 
blood, 1:622-623, 684-685 
carbon cycle, 1:769-771 
cave formation, 1:826 
cellular respiration, 5:3694-3695 
from combustion, 2:1020—1021 
global warming, 1:381, 770-771, 772 
greenhouse effect, 3:2011—2016 
incineration emissions, 3:2268 
increase in, 2:1020-1021 
limewater test, 5:3475 
liquefaction, 3:1860—-1861 
manned spacecraft, 5:4046 
Mars, 4:2632 
molecular weight, 1:399 
Neptune’s atmosphere, 4:2943 
partial pressure gradient, 1:539 
in photosynthesis, 4:3316-3317 
primitive atmosphere, 4:3125 
in respiration, 5:3692-3693 
soda pop, 5:4011-4012 
structural formula, 3:1800 
sublimation, 6:4201 
Triton’s atmosphere, 4:2946 
Carbon dioxide emissions 
deforestation, 1:770—771, 772, 
2:1258-1259, 3:1797 
fossil fuels, 3:1809 
global warming, 1:381, 422, 
770-771, 772, 3:1964, 
2013-2014 
indoor air quality, 3:2273 
Kyoto Protocol, 3:2015—2016 
slash-and-burn agriculture, 5:3946 
sources, 1:769, 770-771 
Carbon dioxide lasers, 3:2458—2459, 
2461 
Carbon dioxide poisoning, 3:2273 
Carbon fibers, 1:322t 
Carbon-graphite coils, 2:1507 
Carbon monoxide, 1:772-775 
blood gas analysis, 1:622 
catalytic converters, 1:809 
Clean Air Act on, 1:99-100 
from coal burning, 2:970 
from combustion, 2:1020—1021 
indoor air quality, 3:2273 
primitive atmosphere, 4:3125 
Triton’s atmosphere, 4:2946 
Carbon monoxide poisoning, 
1:773-774, 774, 3:2273 
Carbon nanotubes, 4:2605 
Carbon steel, 5:4141, 4142-4143 
Carbon tetrachloride, 1:775, 
2:909-910 
Carbonado, 2:1312 
Carbonate, 3:1832 
Carbonated water, 1:772 
Carbonic acid, 1:771, 5:3706, 
6:4679-4680 


4788 


Carboniferous age, 2:969, 4:2855, 
5:3428, 3687 
Carbonyl group, 1:775-776 
Carboxybenzene. See Benzoic acid 
Carboxyl group, 1:777 
Carboxylic acids, 1:27, 119, 777-778 
Carcharhiniformes, 5:3904 
Carcinogens, 1:778-780 
Ames test, 1:173-174 
environmental, 1:743 
PCBs, 5:3435-3436 
Carcinomas, 1:745 
basal cell, 3:2319, 4:3165 
lung, 5:3700 
squamous cell, 3:2319 
Carcinoscoprius spp., 3:2162 
Cardan, Jerome, 2:1036 
Cardano, Geronimo, 2:1209, 5:3499, 
4013 
Cardboard, 3:2443 
Cardellina rubrifrons. See Red-faced 
warblers 
Cardiac catheterization, 1:812 
Cardiac cycle, 1:780-782, 2:948, 
3:2080-208 1 
electrocardiography, 2:1490-1491 
rhythm control and impulse con- 
duction, 3:2086-2088, 2087 
Cardiac muscles, 3:2080, 4:2886, 2889 
Cardinal numbers, 1:782, 
4:3111-3112, 3112¢ 
Cardinalinae, 1:782—783, 5:4048 
Cardinalis cardinalis. See Cardinals 
Cardinals, 1:782-783, 5:4048 
Cardiopulmonary bypass. See Heart- 
lung machine 
Cardioscarta pulchella, 3:2476 
Cardiovascular disease, 2:941—942, 
3:208 11-2083, 4:2988 
See also Heart diseases 
Carditis, 5:3719-3720 
Cards, playing, 2:1016, 5:3631 
Carduelinae. See Cardueline finches 
Cardueline finches, 3:1729-1731, 
5:4048 
Carduelis carduelis. See European 
goldfinches 
Carduelis flammea. See Common 
redpolls 
Carduelis psaltria. See Lesser 
goldfinches 
Carduelis tristis. See American gold- 
finches; Pine siskins 
Carduus spp., 6:4359 
Caregivers, 5:3663—3664 
Carex spp. See Sedges 
Caribbean spiny lobsters, 4:2542 
Caribou, 1:783, 783-785, 2:1252, 1255 
Carica papaya. See Papayas 
Caries. See Dental caries 
Carlson, Chester, 4:3301 


Carlson, David, 4:3323 
Carnegiea giganteus. See Saguaro 
cactus 
Carnivore (software), 3:2337 
Carnivores, 1:785, 785, 5:3478-3479 
dinosaur, 2:1338, 4:3182-3183 
ecological pyramids, 2:1448, 1449 
food web role, 3:1771 
fungi, 5:3479 
predator-prey relationships, 1:553 
reintroduction programs, 1:762 
secondary consumers, 2:1589 
taxonomy, 1:495, 815 
See also Predators 
Carnivorous plants, 1:516, 785-788, 
786, 787, 3:2476-2477, 5:3479 
Carnot, Lazare Nicolas Marguerite, 
2:1595 
Carnot, Nicolas Leonard Sadi, 
2:1595, 5:4136, 6:4351 
Carolina buckthorns, 1:682 
Carolina chickadees, 6:4377 
Carolina parakeets, 4:3216—3217 
Carolina wrens, 6:4720 
Caroline basswoods, 1:484 
Carotenes, 1:791, 5:3379-3380 
Carotenoids 
antioxidant effect, 1:260—261 
function in plants, 2:919, 4:3317, 
5:3379-3380 
phototropism, 4:3319-3320 
Carothers, Wallace H., 5:3438 
Carp, 1:788-789, 789 
aquaculture, 1:628, 789, 2:1192 
cave fish, 1:828 
Carpal tunnel syndrome, 1:789-790 
Carpathian Mountains, 2:1644 
Carpel bones, 5:3939 
Carpels (flower), 3:1755 
Carpenter, Stephen, 3:1771, 1773 
Carpenter bees, 1:506 
Carpinus spp. See Hornbeams 
Carpinus caroliniana. See American 
hornbeams 
Carpocapsa pomonella. See Codling 
moths 
Carpodacus purpureus. See Purple 
finches 
Carpra cylindircornis. See Turs 
Carrageenin, 1:128 
Carrel, Alexis, 1:324—-325 
Carrier molecules, 2:1321, 1322 
Carriers (genetics), 1:790, 
3:1897-1898 
Carrington, Richard Christopher, 
5:3997 
Carrion, 5:3633 
Carrion eaters. See Scavengers 
Carrot family, 1:790-793, 791, 792, 
5:3757, 6:4556 
Carrots, 1:791, 6:4556-4557 
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Carrying capacity, 1:793-794, 5:3444, 
3445-3446, 3447, 6:4701 
Carrying wheels, 6:4403 
Cars. See Automobiles 
Carson, Rachel, 2:1242, 1599-1600, 
3:2302, 4:3271 
Cartagena Protocol on Biosafety, 
3:1901 
Cartesian coordinate plane, 1:201, 
794-796, 795, 796 
domains, 2:1365—1366 
graphs, 3:1989-1990 
reflections, 5:3659 
robotics, 5:3742 
rotation, 5:3762—3763, 3763 
Cartesian geometry. See Analytic 
geometry 
Cartesian products, 4:2882 
Carthamus tinctorius. See Safflower 
Cartilage, 5:3935-3936 
arthroscopic surgery, 1:316 
composition, 2:999, 1087 
ossification, 4:3140 
skeletal analysis, 5:3933 
Cartilaginous fish, 1:796-797, 3:1733, 
5:3644, 3932, 6:4566 
Cartography, 1:797-802 
See also Maps and mapping 
(geography) 
Cartwright, Samuel, 3:2278 
Carum carvi. See Caraway 
Carver, George Washington, 2:1187 
Carvone, 5:4166, 4166 
Carya spp. See Hickories 
Carya cordiformis. See Bitternut 
hickories 
Carya illinoensis. See Pecans 
Carya ovata. See Shagbark hickories 
Carya tomentosa. See Mockernut 
hickories 
Carybdea alata. See Sea wasps 
Caryota spp., 4:3189 
Casal, Gaspar, 4:3056 
Casanova, 2:1117 
Casaurina equisetifolia. See 
Australian oaks 
Cascade mountains, 4:3016 
Cascara buckthorns, 1:682 
Casein, 6:4291 
Casein adhesives, 1:55 
Cashew family, 1:802-805, 803 
Casimir, Hendrik, 6:4581 
Casimir effect, 6:4581 
Casing strings, 4:3087—3088 
Casmerodius albus. See American 
egrets 
Caspase-6, 3:2191 
Caspian terns, 6:4332, 4333 
Cassava, 1:308, 5:3757, 4092, 6:4736 
Cassegrain telescopes, 4:2797 


Cassette players. See Audiocassette 
recordings 
Cassini, Giovanni Domenico, 4:3363, 
6:4748 
Cassini, Jean, 1:359, 805, 5:3792 
Cassini (moon), 5:3793-3794 
Cassini Division, 5:3792, 3793, 3794 
Cassini-Huygens spacecraft. See 
Cassini spacecraft 
Cassini spacecraft, 1:805-806, 
3:2394, 4:2653, 3353, 5:3795, 
6:4562 
Cassin’s finches, 3:1729—1730 
Cassowaries, 3:1746, 1749 
Cast iron, 1:690-691, 3:2362 
Castanea spp. See Chestnuts 
Castanea crenata. See Japanese 
chestnuts 
Castanea dentata. See American 
chestnuts 
Castanea mollissima. See Chinese 
chestnuts 
Castanea sativa. See Sweet chestnuts 
Castanopsis spp. See Chinkapin oaks 
Casteilleja spp. See Indian 
paintbrush 
Casting 
ceramics, 2:861 
metals, 4:2720—2721 
steel, 4:2720, 5:4143-4144 
Castings, worm, 2:1048 
Castor canadensis. See American 
beavers 
Castor fiber. See Eurasian beavers 
Castor oil, 5:3727, 4092 
Castor plant, 5:3726, 3727, 4091, 
4092, 4093 
Castoridae, 1:499 
Castoroides spp., 1:500 
Casts, orthopedic, 4:3130 
Casuartidae. See Cassowaries 
Casuariiformes, 3:1746 
Casuarius spp. See Cassowaries 
Casuarius bennetti. See Bennett’s 
cassowaries 
Casuarius casuarius. See Australian 
cassowaries 
Casuarius unappendiculatus. See One- 
wattled cassowaries 
Cat fleas, 3:1743 
CAT scans. See Computerized axial 
tomography 
Cat-sharks, 5:3904 
Catabolism, 1:195—196, 806-807, 
4:2709-2710 
Catadioptric telescopes, 6:4314-4315 
Cataffhina, 3:2025 
Catagonus wagneri. See Chacoan 
peccaries 
Catalase, 5:3869 
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Catalysts and catalysis, 1:807-809 
chemical reactions, 2:882, 883 
enzymes, 2:1605—1606 
lanthanides, 3:2454 

Catalytic converters, 1:775, 809 

Cataracts, 1:78, 615, 6:4599-4600 

Catarrhini, 4:2835-2836 

Catastrophism, 1:809-810 

Catatonic schizophrenia, 5:3812—3813 

Catbirds, 4:2806 

Catbriers, 4:2517 

Catchment areas, 5:3731 

Catecholamine neurotransmitters, 

2:1369 

Catecholamines, 1:57—58 

Categories, memory, 4:2680 

Caterpillars, 1:700 

Catfish, 1:628, 810-812, 877, 828, 2:1192 

Catharacta maccormicki. See South 

polar skuas 

Catharacta skua. See Great skuas 

Catharanthus roseus. See Rosy 

periwinkle 

Cathartes aura. See Turkey vultures 

Cathartes burrovianus. See Yellow- 

headed vultures 

Cathartes melambrotus. See Greater 

yellow-headed vultures 

Cathartidae. See New World vultures 

Catharus bicknelli. See Bicknell’s 

thrushes 

Catharus fuscescens. See Veery 

Catharus guttatus. See Hermit thrushes 

Catharus minimus. See Gray-cheeked 

thrushes 

Catharus ustulatus. See Swainson’s 

thrushes 

Cathedrals, 1:688-689 

Catheterization, heart, 3:2083 

Catheters, 1:812 

Cathode ray tubes, 1:812, 813-814 
discovery, 1:384, 400, 

2:1477-1478, 6:4542 
electric arc, 2:1467 
television, 1:813-814, 

6:4319-4321, 4322 
virtual reality, 6:4583-4584 

Cathodes, 1:226, 227, 812-813 

Catholic Church, 6:4243 

Cation-ratio dating, 2:1238 

Cations, 1:814-815 

Catnip, 4:2794 

Caton, Richard, 2:1494 

Catopuma temminckii. See Asiatic 

golden cats 

Catostomidae, 6:4214 

Catostomus cataostomus. See 

Longnose suckers 

Catostomus commersoni. See 

Common suckers 
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Catostomus occidentalis, 6:4215 
Cats, 1:8/5, 815-819, 816 
animal models, 3:2176 
conditioning experiments, 5:3665 
domestic, 1:818-819, 6:4263 
marsupial, 4:2643 
rabies, 5:3579 
selective breeding, 1:222 
Cattails, 1:819-820, 820 
Cattelya spp., 4:3110 
Cattle-biting lice, 4:2507 
Cattle egrets, 3:2124 
Cattle family, 1:820-825, 82/ 
bovine spongiform encephalopa- 
thy from, 2:1175 
classification, 1:238, 2:1459, 6:4735 
domestic, 1:821, 4:2537-2538 
foot and mouth disease, 
3:1782-1784, 1783 
integrated pest management, 
3:2316 
number of, 2:1191 
rose family feed, 5:3761—3762 
CATV (Community antenna televi- 
sion systems), 6:4321—4322 
Cauchy, Augustin-Louis, 
2:1112-1113 
Caudata, 1:189-191, 4:2980, 5:3770 
Cauliflower, 4:2898, 6:4556 
Caulophyllum thalictroides. See Blue 
cohosh 
Causalgia, 4:3170 
Causation 
etiology, 2:1347, 1634-1635 
web of, 2:1610 
Caustic soda. See Sodium hydroxide 
Cauterization, 1:825, 825 
Cave bears, 1:495-496 
Cave fish, 1:828-829 
Cavendish, Henry 
carbon dioxide, 1:772 
coulombs, 2:1159 
geochemistry, 3:1919 
heat, 3:2088 
hydrogen, 3:2203 
nitrogen, 4:2995 
Caves, 1:825-828, 826 
formation, 3:2448, 6:4680 
lava tube, 5:4099 
subsidence, 6:4205 
See also Stalactites and stalagmites 
Cavia aperea porcellus. See Guinea 
pigs 
Cavia aperea tschudii. See Wild cavies 
Cavies, 3:2029-2030, 5:3753 
Caviidae. See Cavies; Guinea pigs 
Caviomorpha, 5:3753 
Cavitation, 6:4506 
Cavities, dental. See Dental caries 
Cavity nesting birds, 4:3091 
Cavity radiator, 1:613 
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Cayenne peppers, 4:2990, 2991 
Cayley, George, 1:102 
CBEFF (Common biometric 
exchange file format), 1:570 
CBVAD (Congenital bilateral 
absence of the vas deferens), 2:1226 
CCDs (Charge-coupled devices), 
2:874-876, 5:4059 
CCN (Cloud condensation nuclei), 
5:3476, 3477, 3478 
CD. See Compact disc 
CD-ROM (Compact disc-read only 
memory), 2:1028-1029, 1030-1031 
CD-RWs (Recordable and erasable- 
rewritable CDs), 2:1032, 1331, 
4:3100 
CD4-T cells, 1:94, 2:1614, 5:3712, 
6:4277 
CD8-T cells, 2:1614, 3:2326, 6:4277 
CDC. See Centers for Disease 
Control and Prevention 
CDF (Collider detector), 4:3224 
CDN (Content Distribution 
Network), 3:2342 
cDNA (Complementary DNA), 
2:1034-1035 
CDs. See Compact disc 
Cebidae, 1:762, 4:2835, 2981, 2982 
Cebu bearded pigs, 4:3337 
Cebuella pygmaea. See Pygmy 
marmosets 
Cebus spp. See Capuchins 
Cebus albifrons. See White-fronted 
capuchins 
Cebus apella. See Brown capuchins 
Cebus capucinus. See White-faced 
capuchins 
Cebus nigrivittatus. See Weeper 
capuchins 
Cebus xanthosternos. See Yellow- 
breasted capuchins 
Cech, Thomas, 2:881 
Cecidomyiidae, 6:4465 
CEDAM International, 3:2008 
Cedar 
cigar-box, 4:2607—2608 
eastern red, 3:2392 
white, 4:2855—-2856 
Cedar waxwings, 6:4658—4659, 4659 
Cedrela odorata. See Cigar-box cedar 
Ceftriaxone, 4:2563 
Ceiba pentandra. See Kapok tree 
Celandine poppies, 5:3443 
Celebes macaques, 4:2573 
Celebes pigs, 4:3337 
Celera Genomics, 3:1904, 1908, 2184 
Celery, 1:791—792, 6:4556 
Celestial coordinates, 1:829-831 
Celestial mechanics, 1:831-836, 
3:2410 


Celestial meridians, 1:837 
Celestial sphere, 1:836-839, 837 
Celiac region, 1:207 
Cell cycle, 1:846-847 
Cell death, 1:844-845 
Cell differentiation 
developmental, 2:1301, 1302 
embryo manipulation, 1:223 
embryonic development, 2:1554 
gametogenesis, 3:1854 
tumor, 2:1302 
Cell division, 1:845-847, 846 
aging and, 1:77 
cytokinesis, 4:2804 
DNA in, 2:1282 
embryo manipulation, 1:223 
eukaryotes, 1:845—-847, 2:937 
gametogenesis, 3:1853 
genome and, 4:2814 
germ cells, 3:1940 
sex chromosomes, 2:929, 937 
See also Meiosis; Mitosis 
Cell line mosaicism, 2:1376 
Cell-mediated immune response, 
3:2248, 2249, 2253, 2254, 4:2567 
Cell membrane transport, 1:849-850 
Cell membranes, 4:2675-2676, 2676, 
2955-2956 
action potentials, 1:37 
archaebacteria, 1:284 
bacterial growth, 1:441 
cellulose, 1:854-856 
diffusion, 2:1321—1322, 1322 
function, 1:841-842 
lecithin, 3:2478, 2480 
lipids, 4:2526—2527 
nerve impulses, 4:2951 
neurons, 4:2961 
neurotransmitters, 4:2967 
osmosis, 4:3137—3138, 3139-3140 
phospholipids, 4:2676, 3294 
plant, 1:854—855, 4:3368-3369 
Cell phones. See Cellular telephones 
Cell staining, 1:443, 850-851 
Cellini, Benvenuto, 5:3898 
Cells, 1:839-844, 840 
battery, 1:490, 491, 492-493 
DNA in, 2:1284 
epithelial, 1:839 
plant, 4:3368-3369 
structure and function, 1:841—844, 
2:1230 
Cells, electrochemical. See 
Electrochemical cells 
Cellular Automata Machine (CAM), 
1:420 
Cellular nucleus, 4:3045—3046, 3368 
Cellular physiology, 4:3331 
Cellular respiration, 1:851-852, 
5:3693, 3694-3695 
carbon cycle, 1:769 
cytochromes in, 2:1229 
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Krebs cycle, 3:2422—2424 
temperature regulation, 6:4326 
Cellular slime molds, 5:3956, 3957 
Cellular telephones, 1:852-853, 
4:3268-3269, 6:4310, 4310-4311, 
4710 
Cellulose, 1:854-856, 855 
digestion, 6:4262, 4331-4332 
fibers, 4:2926 
in paper, 4:3196 
Cellulose acetate, 1:15, 2:1628 
Cellulose nitrate, 5:3385 
Cellulose synthetase, 1:854 
Celluoid, 5:3438 
Celsius, 4:2740, 6:43244325, 4352, 
4358 
Celsius, Anders, 6:4324 
Celsus, 2:1274 
Celtic raven legends, 2:1196 
Cement, 2:1072—1074 
asbestos, 1:335 
brick masonry, 5:4173-4174 
dental, 2:1277 
ethylene cellulose, 1:54 
hydraulic, 2:860 
Portland, 1:691, 2:860, 1072-1074 
Roman architecture, 1:688 
silicate, 5:3927-3928 
solvent, 1:54 
Cement Association of Canada, 
2:1073 
Cemphora coccinea. See Scarlet 
snakes 
Cenozoic era, 2:1642 
Censorship, Internet, 3:2339-2340 
Census, 2:1056—1057 
Centaurea spp., 6:4359 
Centaurea calcitrapa. See Star thistles 
Centers for Disease Control and 
Prevention (CDC) 
AIDS diagnosis, 1:94 
autism, 1:412 
bioterrorism, 1:581 
brucellosis, 1:674 
dental caries, 2:1277 
electrocardiography, 2:1489 
encephalitis, 2:1562 
environmental cigarette smoke, 
2:941 
fetal alcohol syndrome, 3:1713 
fluoridation, 3:1766 
food poisoning, 3:1775 
hantavirus infections, 3:2059 
hypertension, 3:2220 
influenza, 3:2290—2291 
life expectancy, 1:76—-77, 3:1943 
parasites, 4:3208 
Parkinson disease, 4:3211 
Rocky Mountain spotted fever, 
5:3728 
SARS epidemic, 5:3881 
stress, 5:4185, 4187 
tobacco, 4:2988 


Centimeter-gram-second (CGS) 
system, 6:4719 
Centipedes, 1:856-857 
Centipoise (unit of measure), 6:4592 
Central American river turtles, 6:4492 
Central American spider monkeys, 
4:2985, 5:4069 
Central angles, 1:282 
Central Asia, 1:341 
Central Australia, 1:408, 409 
Central hare wallabies, 3:2403 
Central nervous system, 4:2952-2954, 
6:4429-4430 
Central nervous system depressants, 
1:464 
Central nervous system disorders, 
4:3069 
Central retinal artery occlusion, 
6:4601 
Central retinal vein occlusion, 6:4601 
Central Seismic Gap, 3:2134 
Central tendency 
average, 5:4124 
mean, 4:2671, 5:4124 
median, 4:2671—2672, 2807, 5:4124 
mode, 4:2806-2807, 5:4124 
statistical, 5:4124 
Centrally acting agonists, 3:2225 
Centrally acting muscle relaxants, 
4:2884-2885, 2885¢ 
Centrifugal casting, 4:2721 
Centrifugal force, 2:1421 
Centrifugal lift fans, 3:2168 
Centrifuges, 1:857, 857-858, 6:4503 
Centrioles, 4:2802 
Centripetal acceleration, 4:2861, 
2978-2979 
Centrolenidae, 3:1825 
Centropristis striatus. See Black sea bass 
Centropus sinesis. See Crow- 
pheasants 
Centrosaurus spp., 2:1339 
Centurus uropygalis. See Gila 
woodpeckers 
Century plant, 1:/7/ 
Cephalic region, 1:207 
Cephalochordata, 2:924 
Cephalophinae, 2:1390 
Cephalophini, 1:238 
Cephalophus spp., 2:1390 
Cephalophus adersi. See Ader’s 
duikers 
Cephalopoda, 4:2828, 3080, 5:4094 
Cephalopterus ornatus. See Umbrella- 
birds 
Cepheid variables, 1:74, 525-526, 
3:1845, 4:2770, 6:4551 
Ceramics, 1:322t, 2:859-862, 859t, 
4:2604, 2704 
See also Pottery 
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Cerapoda, 4:3184 
Cerastes spp. See Desert-dwelling 
sandvipers 
Ceratias holboelli, 1:219 
Ceratioidei, 1:219 
Ceratitis capitata. See Mediterranean 
fruit flies 
Ceratocystis ulmi, 3:1838 
Ceratogymna atrata. See Black-cas- 
qued hornbills 
Ceratopogonidae, 6:4466 
Ceratotherium simum. See White 
rhinoceros 
Cercariae, 4:3206 
Cercopithecidae 
baboons, 1:435 
colobus monkeys, 2:1001 
guenons, 3:2025 
leaf-monkeys, 3:2450 
macaques, 4:2571 
proboscis monkeys, 5:3503 
rhesus monkeys, 5:3716 
Cercopithecus spp. See Guenons 
Cercopithecus talapoin. See Dwarf 
guenons 
Cereals, 2:1631 
Cerebellum, 1:653-654, 655 
Cerebral embolism, 2:1551—1552 
Cerebral hemispheres, 5:4081—4085 
Cerebral vascular incident. See 
Strokes 
Cerebratulus spp., 5:3723 
Cerebrospinal fluid, 3:2199, 
4:2685-2686, 2687 
Cerebrovascular accident. See 
Strokes 
Cerebrum, 1:654, 655 
Ceremonies. See Rituals 
Cerenkov, P. A., 2:862, 4:3222 
Cerenkov effect, 2:862, 4:3222, 3222 
Ceres, 1:832-833 
Cereus spp., 1:710 
Cereus greggii. See Night-blooming 
cactus 
Cereus pentagonus. See Barbed-wire 
cactus 
Cereus thurberi. See Organ-pipe 
cactus 
Ceriops spp., 4:2614, 2616 
Cerium, 3:2453—2455, 4:3156 
CERLA (Comprehensive 
Environmental Response, 
Compensation and Liability Act), 
2:1098-1099, 1100, 3:2069, 
2070-2071 
CERN (European Organization for 
Nuclear Research) 
antimatter, 1:259 
black holes, 1:608 
Cerenkov effect, 2:862 
hadrons, 1:13 
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HTTP, 3:2342 
large layered detectors, 4:3223 
Ceropithecidae. See Old World 
monkeys 
Ceroplastes ceriferus. See Indian wax 
scale 
Ceros, 4:2588, 2588 
Cerumen, 3:1673 
Cerussite, 3:2471 
Cervical cancer, 3:2036, 5:3901, 3902, 
6:4590 
Cervical dilation, 1:594-595 
Cervical dysplasia, 2:1403 
Cervical mucous membranes, 3:2287 
Cervical vertebrae, 5:3937 
Cervidae. See Deer 
Cervinae. See Eurasian deer 
Cervus canadensis. See Elk 
Cervus elaphus. See Red deer 
Cervus rusak timoensis. See Timor hog 
deer 
Cesarean section, 6:4246 
Cesium, 1:132-134 
atomic clocks, 1:382, 383, 
4:2739-2740 
electron guns, 1:813 
Cesium-137, 5:3607, 3612 
Cesium chloride, 2:1207 
Cestodes. See Tapeworms 
Cestoidea, 3:1739 
Cetaceans, 2:863-868, 864, 1380, 
1434-1435 
Cetadol. See Acetaminophen 
CFCs. See Chlorofluorocarbons 
CGS (centimeter-gram-second) sys- 
tem, 6:4719 
Chachalacas, 2:868 
Chacoan peccaries, 4:3235, 3236 
Chadwick, James 
alpha particle decay, 1:151 
atomic model, 1:385 
atomic weight, 4:3260 
neutron stars, 4:2974 
neutrons, 1:394, 397, 6:4197 
nucleons, 4:3045 
protons, 5:3528 
radioisotopes, 3:2378 
Chaenomeles spp., 5:3758, 3759, 3760 
Chaenopsis ocellata. See Pike blennies 
Chaeropus ecaudatus. See Pig-footed 
bandicoots 
Chaetodontidae, 1:703 
Chaetognatha, 1:307, 5:4078 
Chaetomys subspinosus. See Brazilian 
thin-spinned porcupines 
Chaetopleura apiculata, 2:907 
Chaetopterus spp. See Parchment 
worms 
Chaetura niger. See Vaux’s swifts 
Chaetura pelagica. See Chimney 
swifts 
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Chaffee, Roger, 5:4043 
Chaffinches, 3:1731 
Chagas disease, 5:3530, 6:4462 
Chain, Ernest, 1:445, 5:3899 
Chain letters (computer viruses), 
2:1070 
Chain pickerel, 4:3340 
Chain-of-pots, 1:81 
Chainstitch, 5:3887 
Chalcedoney, 3:1920 
Chalcidoidea, 6:4636 
Chalcites lucidus. See Shining cuckoos 
Chalcogens, 2:1530 
Chalic wasps, 6:4636 
Chalk, 1:720 
Challenger (space shuttle), 3:2204, 
2331, 5:4033-4040, 4044 
Challenger Deep, 6:4516 
Chalybes, 5:4139 
Chamaea fasciata. See Wrentits 
Chamaedorea spp., 4:3188 
Chamaeleo spp., 2:869-870 
Chamaeleo africanus. See African 
chameleons 
Chamaeleo chameleon. See European 
chameleons 
Chamaeleo dilepsis. See Common 
chameleons 
Chamaeleo fischeri. See Fischer’s 
chameleons 
Chamaeleo montium. See Mountain 
chameleons 
Chamaeleo oweni. See Owen’s 
chameleons 
Chamaeleonidae. See Chameleons 
Chamaepetes spp., 2:868 
Chamaerops humilis. See Dwarf fan- 
palms 
Chamberlain, Owen, 1:262 
Chamberland, Charles, 5:4137 
Chamek spider monkeys, 5:4069 
Chameleons, 2:869-871, 870 
Chamomile, 1:403, 2:1041 
Chance. See Probability theory 
Chancroid, 5:3899, 3900 
Chandler, Asa, 2:980 
Chandra X-Ray Astrophysics 
Facility, 3:2168—2169, 5:4027—4028, 
6:4724 
Chandrasekhar, Subrahmanyan, 
1:361, 5:4148, 6:4693 
Chandrasekhar limit, 6:4693 
Change, rate of. See Rate 
Channel catfish, 1:628, 811 
Channels 
river, 5:3848 
stream, 1:149, 5:3849, 3992, 
4182-4183, 4184 
Chanos chanos. See Milkfish 
Chanterelles, 4:2893 


Chaoboridae. See Phantom midges 
Chaos carolinense, 1:186 
Chaos theory, 2:871-874, 872 
orbits, 1:835 
oscillating reactions, 4:3134 
weather forecasting, 6:4674 
Chaparral, 1:568 
Chaplin, Charlie, 4:2652 
Chapman, Sydney, 4:2606 
Chapman reactions, 2:916 
Chappe, Claude, 6:4302 
Chappe, Ignace, 6:4302 
Chaptal, Jean Antoine Claude, 4:2995 
Charadriidae, 5:3401, 3912 
Charadriiformes, 5:3912, 3943 
Charadrius alexandrinus. See Snowy 
plovers 
Charadrius hiatricula. See Ringed 
plovers 
Charadrius melodus. See Piping 
plovers 
Charadrius montana. See Mountain 
plovers 
Charadrius semipamatus. See 
Semipalmated plovers 
Charadrius vociferous. See Killdeer 
Charadrius wilsonia. See Wilson’s 
plovers 
Charcoal, 1:317, 586, 766, 767, 3:1790 
Charcot, Jean-Marie, 4:2959, 5:3531 
Charcot-Marie-Tooth disease, 
4:2959-2960 
Chardack, William, 4:3168 
Chargaff, Erwin, 5:3724 
Charge conjugation, 4:3210 
Charge-coupled devices (CCDs), 
2:874-876 
electronic photography, 4:3314, 
3315 
spectroscopy, 5:4059 
telescopes, 6:4316 
Charge-to-mass ratio, 1:384, 397 
Charlemagne, 1:334 
Charles, Jacques, 3:1862, 6:4325 
Charles’ law, 6:4673 
Charm quarks, 5:3570 
Charnel houses, 4:2869 
Charon, 5:3402, 3403, 3404, 
3405-3407 
atmosphere, 4:3355 
celestial mechanics, 1:832 
composition, 3:2424—-2425 
status, 5:3788 
tidal effects, 1:833 
See also Pluto 
Charrs, 5:3775 
Charts, navigational, 1:798 
Chase, Andrew, 5:3662 
Chase, Martha Cowles, 3:1906 
Chassis, automobiles, 1:424, 427 
Chat rooms, 3:2338 
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Chatham albatross, 1:112 
Chatham Island shags, 2:1141 
Chattusas, 2:1426 
Chauna chavaria. See Black-necked 
screamers 
Chauna torquata. See Crested 
screamers 
Chayotes, 3:1982 
Cheat Mountain salamanders, 
5:3773 
Checkerberries. See Common 
wintergreen 
Cheek bones, 5:3936-3937 
Cheese 
molds in, 4:2810 
production, 3:1779 
sheep’s milk, 5:3910 
taste, 6:4291 
unpasteurized, 1:674 
Cheetahs, 1:815, 8/5, 816-817 
Cheirogaleidae, 3:2490, 2491-2492, 
5:3510-3511 
Cheirogaleus major. See Greater 
dwarf lemurs 
Cheirogaleus medius. See Fat-tailed 
dwarf lemurs 
Chelates, 2:876 
Chelation 
coordination compounds, 2:1126, 
1126 
EDTA, 2:876, 1126, 1126, 1634 
ligands, 4:2510-2511 
therapy, 1:157, 2:876 
Chelicerata, 1:280, 3:2161—2162, 
4:3180 
Chelidae. See Australo-American 
sideneck turtles 
Chelonia. See Turtles 
Chelonia mydas. See Green turtles 
Chelydra serpentina. See Common 
snapping turtles 
Chelydridae. See Snapping turtles 
Chemical addiction. See Addiction 
Chemical bonds, 2:876-879 
amino acids, 1:177—178 
bond energy, 1:635-636, 635¢ 
carbon, 3:2194-2195 
chemical compounds, 2:1051 
combustion, 2:1019-1020 
coordination compounds, 
2:1123 
covalent, 1:54, 2:878, 1051, 1123 
hardness, 4:2809 
hydrocarbons, 3:2194-2195 
minerals, 4:2776, 2778, 2809 
molecular geometry, 4:2817—2818 
molecules, 4:2824-2826 
peptide, 2:1604, 7605, 4:3235 
valence, 2:1125, 6:4543 
Chemical burns, 1:695-696 
Chemical cauterization, 1:825 


Chemical compounds, 2:1049, 
1049-1052 
coordination, 2:1051, 1123-1127, 
1124, 1124t, 1125, 1126 
formation, 4:2824—-2826 
mass spectrometry, 4:2653 
matter transformation, 4:2665 
mole of, 4:2811 
oxygen reactions, 4:3160 
synthesis, 2:882, 6:4270—-4271 
See also Inorganic compounds; 
Organic compounds 
Chemical deposition, 5:3847 
Chemical dyes, 2:1007 
Chemical elements, 2:1523-1529, 1524t 
See also specific elements 
Chemical energy, 2:1581 
Chemical equations, 2:882, 1615-1617 
Chemical equilibrium, 2:1617-1618 
Chemical evolution, 2:879-881 
Chemical formulas, 3:1798-1799 
atomic weight, 1:399 
empirical, 4:2815-2816 
molecular, 3:1798—1799, 
4:2815-2817, 2822, 2822-2824 
structural, 3:1799-1801, 4:2822, 
2824 
Chemical ionization, 3:2359 
Chemical kinetics, 2:883 
Chemical metallurgy, 4:2719-2720 
Chemical mixtures. See Mixtures, 
chemical 
Chemical oxygen demand, 2:881 
Chemical precipitation, 5:3433, 
3474-3475, 3847 
Chemical reactions, 2:882-884 
activated complex, 1:38 
air pollution, 5:3430 
catalysis in, 1:807-809 
chemical equilibrium, 2:1617-1618 
emissions, 2:1558—-1559 
endothermic, 2:882, 883, 1578 
energy, 6:4348-4349 
enzymatic, 2:1605—1606, 1606 
equations, 2:882, 1615-1617 
exothermic, 2:882, 4:3160 
oscillating, 4:3133-3134 
photochemical, 4:3298—3303, 
5:3430, 3840, 3965 
secondary pollutants from, 5:3840 
thermodynamics, 6:4348 
See also Oxidation-reduction 
reaction 
Chemical symbols, 2:1525, 1526, 6:4264 
Chemical synthesis, 2:882, 6:4270-4271 
Chemical vapor deposition (CVD), 
2:1208-1209 
Chemical warfare, 2:884-887, 885, 
6:4662-4667 
Agent Orange, 1:74-76, 2:885, 
1342, 3:2117 
bioterrorism, 1:581 
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chlorine, 2:884, 913, 3:2052, 
6:4663, 4664 
detection, 6:4666 
detection methods, 6:4665-4666 
forensic analysis, 3:1790-1791 
Iran-Iraq War (1981-1987), 2:885, 
886, 4:2948-2949, 6:4664 
oil spills, 2:886, 4:3084 
tabun, 2:885, 4:2947-2948, 6:4278, 
4279 
VX agent, 4:2947, 2948, 6:4625 
See also Nerve gas; Sarin gas 
Chemical Weapons Convention 
(1993), 2:886-887 
Chemical weathering, 2:1619-1620, 
5:3844, 6:4679-4680 
Chemicals 
acceptable exposures, 2:1446 
agrochemicals, 1:86, 86-89 
carcinogenic, 1:779-780 
contamination by, 2:1100—1102 
decontamination, 2:1248—1250 
distillation, 2:1351 
emulsions, 2:1561 
industrial, 1:742 
inorganic, 1:562—563 
manufacturing, 3:2069 
mutagenic, 4:2902, 2903 
neutralization, 3:2072 
quantitative analysis, 5:3561—3562 
toxic, 2:1100-1101 
toxins, 5:3415-3417 
See also Bioaccumulation; specific 
chemicals and groups 
Chemiluminescence, 4:2557 
Chemistry, 2:887-889, 3:1789—1790 
See also Organic chemistry 
Chemoautotrophs, 1:431, 442, 2:1635, 
4:2993 
Chemoheterotrophs, 1:442 
Chemoreception, 1:268, 2:889-890, 
890, 5:3706 
Chemotaxis, 1:446, 2:889 
Chemotherapy 
cancer, 1:748, 6:4474 
Hodgkin’s disease, 3:2141—2142 
leukemia, 4:2502 
Chen, Johnny, 5:3879 
Chen caerulescens. See Snow geese 
Chen rossii. See Ross’s geese 
Chenopodiaceae, 1:513, 5:4075, 
6:4472 
Chephalochordata, 1:307 
Cheriomels torquatus. See Indian bats 
Chernobyl accident, 4:3033, 3038, 
5:3456, 3593, 3609, 3612 
Chernozem soil, 5:3990 
Cherries, 3:2051, 5:3759, 3760 
Chervil, 1:792 
Chesapeake Bay, 2:1182 
Chest (physiology), 6:4360 
Chest shells, 5:3696 
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Chest surgery. See Thoracic surgery 
Chestnut-backed chickadees, 6:4377 
Chestnut-backed mousebirds, 4:2876 
Chestnut-bellied starlings, 5:4115 
Chestnut blight, 1:505, 2:891, 1033, 
3:1838, 2350, 2352 
Chestnut-cheeked voles, 6:4615 
Chestnut-collared longspur, 5:4051 
Chestnut-crowned ant-pipits, 1:228 
Chestnut-mandibled toucans, 6:4395, 
4396 
Chestnut oaks, 4:3065 
Chestnut-sided shrike vireos, 6:4580 
Chestnuts, 2:890-891, 4:3053 
horse, 3:2158-2159 
sweet, 1:504—-505, 505, 4:3053 
Chevreul, Michel E., 5:3973, 4138 
Chewing tobacco, 4:2992 
Chi. See Qi 


Chi-square test, 2:891-892, 8917, 892, 


5:4125 
Chiasma, optic, 6:4594-4595 
Chicago School (architecture), 
1:691-692 
Chicharees. See Red squirrels 
Chichin Itza, 1:287 
Chichorium endivia. See Endive 
Chick peas, 4:3371 
Chickadees, 1:518, 6:4377 
Chicken mites, 4:2799 
Chickenpox, 2:892-894, 895-896, 
5:3686, 3912, 6:4554 
Chickens 
domestic, 4:2540, 3283 
HS5NI1, 3:2040, 2041 
lice, 4:2506 
number of, 2:1191, 4:2537 
prairie, 3:2021, 5:3463—-3464, 3464 
Chicory, 2:1040, 6:4360 
Chicxulub crater, 1:810, 2:1336, 
3:1679, 2399, 4:2648, 2792 
Chief Mountain, 4:2872-2873 
Chiggers, 1:281, 4:2800 
Chilbea bracteata. See Drongos 
Child abuse, 4:2879 
Childbirth. See Birth 
Childbirth education, 1:596 
Childhood diseases, 2:894-899 
Childonias albostriatus. See Black- 
fronted terns 
Childonias niger. See Black terns 
Children 
diarrhea mortality, 6:4457 
growth hormones, 3:2023—2024 
meaning of death to, 1:78—79 
Chile, 5:4024 
Chilean flamingos, 3:1738 
Chilean tinamous, 6:4376 
Chili peppers, 4:2990, 2991, 6:4382, 
4556 


4794 


Chilicoates, 3:1982 
Chill casting, 4:2721 
Chilopoda, 1:856 
Chilowsky, Constantin, 5:4015 
Chimaeras (fish), 1:796—797, 
2:899-900 
Chimaphila umbelata. See Pipsissewa 
Chimaphilai spp., 6:4709 
Chimeras (genetics), 1:223, 224, 
6:4426 
Chimney sweeps, 1:742, 779 
Chimney swifts, 6:4260 
Chimpanzees, 2:900-905, 90/, 5:3490 
endangered species, 1:271 
genome project, 1:271, 
3:1912-1913, 2178 
human evolution, 3:2178 
China 
abacus, 1:2—3, 3 
acupuncture, 1:41 
aircraft development, 1:101 
alchemy, 1:116 
aquaculture, 1:627, 628 
arithmetic, 1:303 
ASCII, 1:173 
astronomy, 1:359-360 
bioenergy, 1:545 
botany, 1:642 
canals, 1:740 
cartography, 1:797 
concrete, 2:1073 
contraception, 2:1116, 1121 
dentistry, 2:1274-1275 
drought, 2:1384 
ducks, 2:1387 
earthquakes, 2:1422 
endocrinology, 2:1572 
geography, 1:340 
geophysics, 3:1935 
gingko, 3:1951 
Great Wall, 5:4170 
gunpowder, 3:1673 
HSNI1, 3:2039 
Halley’s comet, 3:2046 
high-speed trains, 6:4407-4408 
horses, 3:2161 
hydroponics, 3:2213 
insecticides, 3:2300 
Internet censorship, 3:2340 
irrigation, 3:2366 
Kyoto Protocol, 3:2016 
lacquering techniques, 1:804 
lock and keys, 4:2545 
magnetic levitation vehicles, 
4:2594 
malaria, 6:4454 
maps, 1:802 
monsoons, 4:2843—2844 
natural gas, 4:2928 
nautical archaeology, 4:2933-2934 
Non-Proliferation Treaty, 6:4659 
nuclear weapons tests, 5:3610 
oil, 4:3086, 3276 


population growth, 5:3446 
printing, 5:3492 
rockets, 5:3744 
SARS epidemic, 5:3878-3879, 
3882 
seaweed, 1:128 
sexually transmitted diseases, 
5:3898 
silk, 4:2924 
soil conservation, 5:3991 
soybeans, 5:4026 
space probes, 5:4033 
supernovas, 6:4239, 4551 
Three Gorges Dam, 2:1233-1234, 
5:3733 
China rhubarb, 5:3722 
Chinaberry, 4:2608 
Chinch bugs, 6:4461 
Chinchilla brevicaudata. See Short- 
tailed chinchillas 
Chinchilla laniger. See Long-tailed 
chinchillas 
Chinchillas, 2:905, 905 
Chinchillidae, 2:905 
Chinese alligators, 2:1185 
Chinese chestnuts, 2:891 
Chinese ferret badgers, 1:451 
Chinese geese, 3:1874 
Chinese green pigments, 1:682 
Chinese herbal medicine, 3:2114 
Chinese little bitterns, 1:605 
Chinese mat grass, 5:3843 
Chinese pangolins, 4:3195 
Chinese restaurant syndrome, 4:2840 
Chinese water deer, 2:1252, 1255 
Chinese wax scale, 5:3804 
Chinkapin oaks, 4:3063, 3064 
Chinook, 5:3837 
Chios mastic, 1:804 
Chipmunks, 2:906, 3:2132, 5:4096, 
4098 
Chipping sparrows, 5:4050 
Chips. See Microchips 
Chiral compounds, 2:928 
Chiral molecules, 5:4165—-4166, 4166 
Chiron asteroid, 4:2790 
Chironex spp., 3:2386 
Chiropody. See Podiatry 
Chiropotes albinasus. See White- 
nosed sakis 


Chiropotes satanas. See Black- 
bearded sakis 


Chiropractic medicine, 1:160 
Chiropsalmus spp., 3:2386 
Chiroptera. See Bats 

Chitin, 1:315 

Chitons, 2:906-907, 4:2828 
Chiu, Hong-Yee, 5:3571 
Chives, 6:4556 
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Chlamydera maculate. See Spotted 
bowerbirds 
Chlamydia, 5:3900 
Chlamydia psittaci, 5:3410 
Chlamydia trachomatis, 5:3900 
Chlamydomonas spp., 1:125, 5:3525 
Chlamydomonas reinhardtii, 3:1735 
Chlamydotis undulata. See 
MacQueen’s bustards 
Chloebia gouldiae. See Gouldian 
finches 
Chloracne, 2:1342 
Chloralkali process, 2:1498 
Chloramphenicol, 6:4496 
Chlorates, 2:914 
Chlordane, 2:907 
Chlordiazepoxide, 6:4410 
Chlorella spp., 1:125, 127 
Chlorides, 2:914, 1225 
Chlorides, mercurous, 4:2696 
Chlorinated dioxins, 2:1341—-1342 
Chlorinated hydrocarbons, 
2:908-912, 3:2052 
bioaccumulation, 2:1101—1102, 
1244, 6:4401 
biomagnification, 1:562, 
v563—564 
cormorant bioaccumulation, 
2:1141 
ecological damage, 3:2301—2302 
ecological integrity indicator, 
2:1444 
environmental impact, 1:89 
falcons, 3:1691 
insecticides, 3:2300 
pelicans, 4:3239 
Raptors, 1:592 
uses, 2:908, 914 
See also DDT 
Chlorination, 1:746, 2:912-913, 
912-913, 914, 6:4649 
Chlorine, 2:913—914, 3:2052-2055 
bleaching, 1:613, 2:914 
from CFCs, 1:64-65, 2:916 
chemical warfare, 2:884, 913, 
3:2052, 6:4663, 4664 
dietary, 6:4401 
halides, 3:2043—-2044 
hydrochlorfluorocarbons, 
3:2200 
octet rule, 4:3079-3080 
ozone depletion from, 1:368, 809 
ozone layer depletion, 4:3165 
physiologic role, 4:3061 
production, 2:1497—-1498 
sodium chloride from, 4:2825 
Chlorine bleach. See Sodium 
hypochloride 
Chlorine dioxide, 1:613 
Chloroceryle americana. See Green 
kingfishers 
Chlorocruorin, 5:3693 


Chlorofluorocarbons (CFCs), 
2:915-918, 3:2052 
Antarctic hole, 1:236, 2:916 
atmospheric concentration, 3:1966 
catalysis of, 1:809 
composition, 2:911, 3:2053 
discovery, 2:888 
greenhouse effect, 3:2013 
Montreal Protocol, 1:368, 2:911, 
917-918, 3:2044, 2054-2055, 
2201, 4:3165 
ozone depletion from, 1:63, 64-65, 
100, 236, 368, 809, 2:915—918, 
3:2044, 2054-2055, 
4:3163-3165 
photochemistry, 4:3300, 5:3430 
reduction of, 2:917-918 
structure, 3:2043 
substitutes for, 3:2200, 2201 
uses, 2:911, 915-916, 3:2043-2044 
Chloroform, 1:211, 2:909, 918, 918 
Chlorophenoxy acid herbicides, 
3:2116 
Chlorophyll, 2:919, 4:2511, 3317, 
5:3379 
color, 2:1008 
fluorescence, 3:1761 
magnesium, 1:135, 4:2591 
Chlorophyllum spp., 4:2893 
Chlorophyta, 4:3366, 5:3525 
Chloropicrin, 2:884 
Chloroplasts, 2:919-920, 920 
autotrophs, 1:431 
carotenoids, 5:3379 
eukaryotae, 2:1637 
function, 1:844, 2:919, 4:3317, 3369 
mitochondrial genome, 4:3115, 3116 
somatic hybridization, 4:3373 
Chloropleth maps, 1:798 
Chloroquine, 4:2609, 2610 
Chlorphyta. See Green algae 
Chlorpromazine, 1:263, 5:3542 
Chlorzoxazone, 4:2884 
Chochlearia armoracea. See Horse 
radish 
Chocolate, 1:138 
Chocolate flavoring, 2:1626 
Choke cherries, 5:3760 
Cholera, 2:920-922 
avian, 2:1387, 6:4258 
diarrhea from, 2:920, 6:4457 
epidemics, 2:921, 1610, 3:1941 
Cholesteric liquid crystals, 4:2528 
Cholesterin. See Cholesterol 
Cholesterol, 2:922—923 
arteriosclerosis, 1:309, 311-312, 
2:949 
blood plasma, 5:3382 
cell membranes, 4:2676 
dietary, 2:922—923 
heart disease connection, 3:2082 
trans-fatty acids, 3:2208 
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Cholesterol drugs, 1:523, 3:2083 
Choline, 3:2478, 2480 
Chollas, 1:710, 711 
Cholodny-Went theory, 4:3319 
Choloepus hoffmanni. See Hoffman’s 
two-toed sloths 
CHON particles, 3:2047 
Chondestes grammacus. See Lark 
sparrows 
Chondrichthyes. See Cartilaginous 
fish 
Chondrite, 4:2736 
Chondroblasts, 4:3140 
Chondrohierax uncinatus. See Hook- 
billed kites 
Chordata. See Chordates 
Chordates, 2:924 
classification, 1:29, 307, 3:2033, 
5:3829 
evolution, 4:3180 
Chordeiles acutipennis. See Lesser 
nighthawks 
Chordeiles minor. See Common 
nighthawks 
Chorea, 5:3720 
Chorionic villus sampling (CVS), 
2:924-925, 932, 1379, 5:3481 
Chorisochismus dentex. See 
Rocksuckers 
Choristoneura fumiferana. See Spruce 
budworms 
Choroid, 3:1685, 6:4601 
Chrétien, Jean, 5:3881 
Christenson, J. H., 4:3210 
Christianity 
astronomy, 1:359, 361 
contraception, 2:1116 
Gregorian calendar, 1:731 
winter solstice, 5:3839 
See also Bible 
Christmas cactus, 1:711 
Christmas Island frigatebirds, 3:1822 
Christofilos, Nicholas Constantine, 
6:4543-4544 
Chromatic aberration, 4:2497 
Chromatid, sister, 2:936 
Chromatin, 2:925-926, 936 
Chromatography, 2:926-928 
atomic absorption, 3:1789 
biological weapons detection, 
6:4667 
forensic analysis, 3:1789-1790 
gas-liquid, 2:926-927, 
3:1789-1790, 6:4667 
high-performance liquid, 2:927, 
1360, 3:1789 
reverse phase, 5:3866 
thin layer, 3:1789, 1790 
Chromatophores, 2:869 
Chromium, 1:71, 2:1499, 1527, 6:4401 
Chromodynamics, 5:3570 
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Chromogenic method, 4:3312 
Chromolyn sodium, 1:351 
Chromophores, 2:1398 
Chromosomal abnormalities, 
2:928-934, 930, 931, 3:2299 
See also Birth defects; Genetic dis- 
orders; Mutations 
Chromosome mapping, 2:938-939 
Chromosomes, 2:934—-937, 935, 936, 
937, 4:2685 
autosomal, 2:929 
bacterial artificial, 3:2183 
in cell division, 1:846 
crossing over, 1:221—222, 3:1907 
deletion, 2:931 
discovery, 3:1905—1906 
DNA in, 2:1282 
duplication, 2:931 
vs. genes, 3:1876 
genetic disorders, 3:1889-1890 
genetic testing, 3:1891 
homologues, 2:936, 6:4730 
human artificial, 3:2173-2174 
karyotype analysis, 3:1891, 
2406-2408 
number and structure, 2:928-929, 
935 
recombination, 3:1878 
sex, 2:929, 930-931, 935, 
3:1890-1891, 1893, 4:2675, 
5:3890-3891 
translations, 3:1906 
translocations, 2:931—932, 
1376-1377, 3:1878, 1891 
vectors, 3:2183 
yeast artificial, 3:2183 
Chromosphere, 6:4392 
Chrondrus crispus. See Irish moss 
Chronic bronchitis, 1:670, 2:1559, 
5:3698-3699 
Chronic lymphocytic leukemia, 
4:2501 
Chronic myeloid leukemia, 4:2501 
Chronic obstructive pulmonary dis- 
ease (COPD), 1:670, 2:943, 5:3706 
emphysema, 1:670, 2:1559—1560, 
5:3695 
respirators, 5:3695 
spirometry, 5:4080 
Chronic pain, 4:3169, 3170, 3172 
Chronobiology, 1:554 
Chronometers, 3:2464 
Chrysalidocarpus madagascariensis, 
4:3188 
Chrysalis, 1:700—701 
Chrysanthemum cinerariaefolium, 
2:1041 
Chrysanthemum coccinium, 2:1041 
Chrysanthemum lace bugs, 6:4461 
Chrysanthemum leucanthemum. See 
Oxeye daisy 
Chrysanthemum roseum, 2:1041 
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Chrysanthemums, 2:1041 
Chryse Plantia, 6:4572 
Chrysochloridae. See Golden moles 
Chrysochloris stuhlmanni. See Cape 
golden moles 
Chrysochromulina polylepis, 5:3656 
Chrysocyon brachyurus. See Maned 
wolves 
Chrysolophus amherstiae. See Lady 
Amherst’s pheasants 
Chrysolophus pictus. See Golden 
pheasants 
Chrysomelidae, 1:509 
Chrysopa califonica, 3:2429 
Chrysoperta carnea, 6:4362 
Chrysophyta, 1:125 
Chrysopidae. See Common lacewings 
Chrysospalax spp., 4:2828 
Chrysotile, 1:334, 335, 4:2728, 2928 
Chu, C. W., 6:4235 
Chubb, Jeremiah, 4:2545 
Chubb Lake, 3:2436 
Chuck-will’s widows, 3:1975 
Chuckwallas, 3:2243, 2244 
Chuditch. See Western quolls 
Chukars, 4:3224, 3225 
Churches, Byzantine, 1:688 
Churchill, Winston, 2:1242 
Churyumov-Gerasimenko comet, 
4:3107-3108 
Chyme, 2:1326 
Ci (Curies), 5:3608, 3611 
Cicadas, 2:939-940, 940 
Cicadellidae, 3:2476 
Cicadidae. See Cicadas 
Cicer arietinum. See Chick peas 
Cicer reticulatum, 4:3371 
Cicero, 4:2676 
Cichlids, 2:1567, 3:2353 
Cichorium endivia. See Endive 
Cichorium intybus. See Chicory 
Cicinnurus magnificus. See 
Magnificent birds of paradise 
Ciconia ciconia. See White storks 
Ciconiformes, 3:2123, 2231, 5:4174 
Cicuta bulbifera. See Bulb-bearing 
water hemlock 
Cicuta maculata. See Water hemlock 
Cigar-box cedar, 4:2607—2608 
Cigar galaxy, 5:4114 
Cigarette smoke, 2:941-944, 942 
addiction, 1:47 
aneurisms from, 1:214 
cancer from, 1:742, 779, 4:2902, 
2988, 5:3699-3700, 3706 
carbon monoxide poisoning, 1:774 
indoor air quality, 3:2272 
mortality, 1:745, 2:941, 4:2988 
nicotine in, 1:138, 2:943, 
4:2987-2988 


radiation exposure, 5:3611 
reproductive toxins in, 5:3686 
ulcers from, 6:4502 
Ciliary body, 3:1685 
Ciliata, 4:3208 
Ciliates, 5:3523, 3524 
Ciliophora. See Ciliates 
CIM (Computer-integrated manufac- 
turing), 1:712 
Cimex lectularius. See Common bed 
bugs 
Cimicidae. See Bed bugs 
Cinchona bark, 1:137, 161, 471, 
4:2609, 6:4270-4271, 4454 
Cinchona calisaya. See Cinchona bark 
Cinchona ledgeriana, 5:3575 
Cinclodes spp., 4:3149 
Cinder blocks, 5:4173-4174 
Cinder cones, 4:2873, 6:4611 
Cinema. See Motion pictures 
Cinerama, 4:2864 
Cingulectomy, 5:3542 
Cinnabar, 4:2696 
Cinnamaldehyde, 1:123 
Cinnamomum camphora, 3:2466 
Cinnamomum zeylanicum. See 
Cinnamon tree 
Cinnamon teals, 2:1388 
Cinnamon tree, 1:471, 3:2466 
Cinnamon white-eyes, 6:4694 
Cinquefoil, 5:3758, 3760 
Ciphers. See Encryption 
Circadian rhythms, 1:555-556 
sexual dimorphism, 5:3894 
sleep, 5:3948-3949, 3953 
Circaetus gallicus. See Short-toed 
eagles 
Circannual cycle, 1:555 
Circles, 2:944-945, 3:1931-1932 
algebraic equations, 1:201 
arcs of, 1:282 
area of, 2:945, 3:1932 
circumference, 1:218, 2:944, 4:3333 
circumscribed and inscribed poly- 
gons, 2:950 
conic sections, 2:1083—1084 
locus of, 4:2547—2548 
squaring the circle, 6:4412 
trigonometric principles, 
6:4442-4443 
Circoniidae, 5:4174 
Circuits. See Electric circuits 
Circular accelerators, 1:9, 11-12 
Circular saws, 4:2580 
Circulation. See Atmospheric 
circulation 
Circulatory system, 1:205, 2:945, 
945-950, 946, 4:3123 
birds, 5:3693 
closed, 1:616-617, 2:924, 945-946 
fetal, 3:2084 
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mammals, 5:3693 
open, 1:616-617, 2:947 
in respiration, 5:3692—3693, 3702 
See also Heart 
Circulifer tenellus. See Beet 
leafhoppers 
Circumcision, 5:3682 
Circumference, 1:218, 2:944 
Circumscribed polygons, 2:950 
Circus aeruginosus. See Marsh 
harriers 
Circus assimilis. See Spotted harriers 
Circus cyaneus. See Marsh hawks 
Circus maurus. See Black harriers 
Circus ranivorus. See European marsh 
harriers 
Cirques, 3:1956 
Cirrhosis, 2:951—952, 1327 
Cirrocumulus clouds, 2:967 
Cirrus clouds, 1:377, 2:965—967, 966 
Cirsium spp., 6:4359 
Cirsium undulatum. See Prairie thistles 
Cis-dibromoethene, 4:2816 
Cis-isomers, 5:4166 
Cis-trans test, 3:1876 
Cisplatin, 4:2509 
Cisterns, 1:278 
Cistothorus palustris. See Marsh 
wrens 
Cistothorus platensis. See Short-billed 
marsh wrens 
Citellus spp. See Ground squirrels 
Citellus lateralis. See Golden-mantled 
ground squirrels 
Citellus richardsonii. See Richardson’s 
ground squirrels 
Citellus townsendi. See Townsend 
ground squirrels 
Citellus tridecemlineatus. See 
Thirteen-lined ground squirrels 
Citellus undulatus. See Arctic ground 
squirrels 
CITES. See Convention on 
International Trade in Endangered 
Species of Wild Fauna and Flora 
Citharexylum spp., 6:4565 
Cities. See Urban areas 
Citral, 1:123 
Citric acid, 1:25, 2:952-953, 954-955 
Citric acid cycle. See Krebs cycle 
Citrobactereae, 2:1593 
Citronella grass, 3:1995 
Citronella oil, 3:1995 
Citrons, 2:956 
Citrullus colocynthis. See Colocynths 
Citrullus lanatus. See Watermelons 
Citrus spp. See Citrus trees 
Citrus aurantifolia. See Limes 
Citrus limon. See Lemons 
Citrus maxima. See Shaddocks 


Citrus media. See Seville (bitter) 
oranges 

Citrus medica. See Citrons 

Citrus paradisi. See Grapefruit 

Citrus reticulata. See Mandarain 
oranges; Tangerines 

Citrus sinensis. See Sweet orange 

Citrus trees, 2:953-957, 954, 3:1829, 
1984, 5:3804 

Civets, 2:957-958 

Civettictis civetta. See African civets 

CIX (Commercial Internet 
Exchange), 3:2341 

Cladina spp., 1:676, 4:2507 

Cladina alpestris, 4:2508 

Cladistics, 4:3324—3325, 6:4295—4296 

Cladium jamaicensis. See Sawgrass 

Cladonia cristatella. See British 
soliders 

Cladonia rangifera. See Reindeer 
lichens 

Cladophora spp., 1:125 

Cladorhynchus leucocphalus. See 
Banded stilts 

Cladosporium, 4:2809 

Cladoxylates, 3:1705 

Clams, 1:605—607, 606 

Clangula hyemalis. See Oldsquaws 

Clapper rails, 5:3624 

Clarifying filters, 3:1728 

Clartidae, 1:811-812 

Clarion Fracture Zone, 4:3075 

Claritin. See Loratadine 

Clarius batrachus. See Walking catfish 

Clark, Alvan Graham, 6:4693 

Clark, W., 6:4271 

Clarke, F. W., 3:1919 

Clark’s grebes, 3:2011 

Clary, 4:2793 

Classical archaeology, 1:296 

Classical architecture, 1:687—688 

Classical conditioning, 1:517, 
2:1074-1076, 3:2477, 5:3664-3665 

Classical genetics, 3:1905 

Classical Kuiper belt objects, 3:2425 

Classical physics, 4:3329 

Classification, 6:4273, 4294, 
4295-4296 

See also Taxonomy 

Clastic rocks, 5:3853 

Clastic sediment, 5:3848, 3849 

Clausius, Rudolf, 2:1595, 3:2089, 
2091, 6:4351 

Clausius statement, 6:4355 

Clavaria vermicularis. See White 
worm corals 

Claviceps purpurea. See Ergot 

Clavicle, 5:3939 

Clavius, Christopher, 1:731 

Clawed frogs, 3:1825, 2126, 2174 
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Clawed toads. See Clawed frogs 
Clawless otters, 4:3144, 3145-3146 
Claws, 3:2139 
Clay 
bricks, 1:661-662 
in decontamination, 2:1249 
deposits, 5:3847 
formation, 5:3987 
oxidation-reduction reaction, 
4:3153 
particle size, 5:3845, 38461 
pottery analysis, 5:3459-3460 
Clay-colored robins, 5:3737, 6:4364 
Claypan, 3:2151 
Clean Air Act, 1:99-100, 5:3430 
Clean bombs, 4:3042 
Clean Water Act, 5:3885—3886, 6:4651 
Cleaner shrimps, 5:3919 
Cleaners 
sodium hydroxide, 5:3984—3985 
ultrasonic, 6:4506 
See also Detergents; Soap 
Clear-cell adenocarcinoma, 2:1317 
Clear-cutting, 3:1793-1795, 
6:4212-4213, 4425 
Clear Lake, California, 2:1243—1244, 
3:2011 
Cleavers, 3:2057—2058 
Cleft lip, 1:598, 5:4068 
Cleft palate, 1:598, 5:3937, 4068 
Cleidopus spp., 4:3340 
Clements, Frederic, 2:958, 6:4210 
Clephane, James, 5:3494 
Clermont (ship), 3:2279 
Clerodendrum paniculatum. See 
Pagoda flower 
Clerodendrum thomsoniae. See 
Bleeding-heart 
Clethrionomys gapperi. See Gappetr’s 
red-backed voles 
Clethrionomys rutilus. See Northern 
red-backed voles 
Click beetles, 1:510 
Cliff swallows, 6:4254 
Cliffs, shoreline, 5:3913 
Climate 
albedo and, 1:113 
Australia, 1:410 
continental drift, 2:1107—1108 
defined, 3:1961, 6:4671-4672 
ecological stress from, 5:4188 
El Nino, La Nina and, 2:1458 
erosion, 2:1622 
horticulture and, 3:2164-2165 
maritime, 4:3073 
mass wasting, 4:2659 
microclimates, 4:2749-2750 
ocean currents and, 2:1214-1215 
paleoclimate, 3:1927, 4:3173-3175 
pattern changes, 6:4672 
plant adaptation, 4:3371 
prairie, 5:3461, 3462 
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river influences, 5:3732 
selective breeding, 1:222 
soil formation, 5:3987 
South America, 5:4023 
stream channel changes, 
5:4183-4184 
sunspots, 6:4231—4232 
See also Global climate 
Climate change. See Global climate; 
Global warming 
Climate zones, 3:1961—-1962 
Climatic islands, 4:2874 
Climatic stress. See Stress (ecology) 
Climatology, 2:1416 
Climax community (ecology), 
2:958-959, 4:3088, 6:4214, 4697, 
4698, 4699 
Climbing mice, 4:2741 
Clingfish, 2:959 
Clinical psychology, 5:3535 
Clinical trials, double-blind, 2:1375 
Clinidae, 1:614 
Clinton, Bill 
electric vehicles, 2:1476 
invasive species, 3:2353 
marijuana, 4:2624 
Standard Positioning System, 
3:1965 
Clipper chip, 2:959 
Clipperton Fracture Zone, 4:3075 
Clitoris, 5:3685 
Clivia, 1:170, 171 
Cloaca, 4:2841 
Clock arithmetic, 4:2882, 6:4747-4748 
Clocks, 6:4374 
atomic, 1:381—383, 3:2332, 
4:2739-2740, 5:3677, 6:4374, 
4480 
hydrogen, 6:4374 
internal combustion, 1:554—-555 
mass production, 4:2649—2650 
molecular, 3:1657 
quartz crystal, 6:4374 
Clofazimine, 4:2499 
Clonaid, 3:2176 
Clonal expansion, 4:2567 
Clones and cloning, 2:959-962, 960 
amphibians, 3:2126 
animals, 2:960, 962, 3:2127-2176 
embryo, 1:580—581 
gene, 3:1908, 2263 
human, 1:580—581, 3:2126—2127 
molecular, 1:580 
plants, 2:961, 4:3373 
positional, 1:580 
shotgun, 5:3915 
Clonidine, 4:2987 
Cloning. See Clones and cloning 
Clonorchis sinensis, 4:3206 
Cloquet, Hippolyte, 5:3962, 3963 
Closed curves, 2:962-964, 963, 964 
Closed-loop machines, 1:419—420 
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Closed universe theory, 1:528 
Closed-womb surgery, 5:3482 
Closs-packing, crystals, 2:1206—1207 
Clostridium spp., 1:196, 443, 4:2890, 
3002 
Clostridium baratii, 1:643-644 
Clostridium botulinum, 1:445, 
643-644, 3:1776, 5:4088 
Clostridium perfringens, 3:1857-1858 
Clostridium tetani, 6:4337 
Closure property, 2:964—965 
Cloth, 6:4338-4341 
adhesives for, 1:55 
bark, 6:4341 
bleaching, 5:3986 
cotton, 4:2927 
dyes, 2:1007 
finishing, 6:4339-4340 
Industrial Revolution, 3:2278 
netted, 6:4341 
silk, 4:2925-2926 
ultrasonic cleaning, 6:4506 
wool, 4:2923-2924 
See also Textiles 
Clothes moths, 4:2859 
Clothing manufacturing, 5:3887 
Clotting, blood. See Blood 
coagulation 
Clotting factors, 1:251, 624 
Cloud chambers, 2:1149, 1514, 
4:3222-3223 
Cloud condensation nuclei (CCN), 
5:3476, 3477, 3478 
Cloud-to-ground lightning, 4:2515 
Clouded leopards, 1:815, 816 
Clouds, 2:965-968, 966, 967 
atomic gas, 3:2344-2345 
cirrus, 1:377, 2:965-967, 966, 967 
cumulonimbus, 1:367, 2:966, 967 
cumulus, 2:965—966, 967 
funnel, 6:4389 
ice in, 5:3476 
Jupiter, 3:2393, 2395 
molecular, 3:2345 
nimbostratus, 2:966 
Oort, 2:1022, 1025, 3:2425, 4:3352, 
5:4005 
particulate pollution, 5:3478 
planetary atmosphere, 
4:3353-3354 
polar stratospheric, 1:368 
precipitation formation, 5:3476 
seeding, 4:2732, 5:3477, 
6:4676-4677 
stratus, 2:965—966, 967 
weather patterns, 6:4671 
Clovers, 3:2486, 2486-2489 
Cloves, 4:2911—2912 
Clownfish, 5:3823 
Clozapine, 5:3816 
Clozaril. See Clozapine 
Club fungi, 3:1839 


Club mosses, 1:676, 2:968-969, 
3:1703, 4:2561, 2856 
classification, 4:3366 
evolution, 6:4433 
spores, 2:968—969, 5:4089 
Clubfoot, 1:598 
Clupea harengus. See Atlantic 
herrings 
Clupea sprattus. See Sprats 
Clupeidae, 3:2126, 5:3786 
Clupeiformes, 1:208, 5:3786 
Clymenella spp. See Bamboo worms 
Clytoctantes atrogularis. See 
Rondonia bushbirds 
Clytocyex rex. See Shoe-billed 
kingfishers 
CMA (Calcium-magnesium acetate), 
1:15 
CMB. See Cosmic background 
radiation 
CMEs (Coronal mass ejections), 
2:1143, 5:3995 
CMOS (Complementary metal-oxide 
semiconductors), 2:1519, 6:4420 
CN (Coordination numbers), 
2:1206-1207 
CNC (Computer numerical control), 
1:421, 4:2576, 2577 
Cnemophilus macgregorii. See Crested 
birds of paradise 
Cnicus spp., 6:4359 
Cnicus benedictus. See Holy thistles 
Cnidaria, 3:2193, 2214, 4:3178, 
5:3822 
Co-functional relationships, 6:4442 
Coagulation, blood. See Blood 
coagulation 
Coagulation, ultrasonic, 6:4505 
Coal, 2:969, 969-972, 3:1808-1809 
blast furnaces, 3:2363 
deposits, 1:72, 411, 2:971, 4:3013 
electric power generation, 1:64, 
2:971, 3:1809 
gasification, 1:118, 2:971 
Industrial Revolution, 3:2278 
liquefaction, 2:971—972 
mining, 6:4206 
reserves, 1:153, 3:1808 
smog formation, 5:3965 
steel production, 5:4140 
Coal mining, 2:970 
bioremediation, 1:573 
environmental effects, 3:1809 
respiratory diseases from, 5:3700 
subsidence from, 6:4206 
Coal tar colorants, 2:1398 
Coast redwoods. See Redwoods 
Coastal alluvial plains, 1:149 
Coastal life oaks, 4:3064 
Coastal plain willows, 6:4703 
Coastal zone, photic, 4:3297 
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Coasts, 2:972, 972-975, 973 
deserts, 2:1293 
eastern North America, 4:3013 
as fractals, 3:1810—-1811 
sedimentary environment, 5:3851 
shoreline protection, 5:3913—3915 
Coatis, 2:975-977, 976 
Coaxial cables, 2:1518, 6:4321 
Cobalamin. See Vitamin B12 
Cobalt, 1:72, 2:1527, 4:2719 
Cobbles, 5:3845, 3846t 
COBE (Cosmic Background 
Explorer), 2:1148, 3:2294-2295 
Cobnuts, 3:2073 
COBOL (COmmon Business 
Oriented Language), 2:1060, 6:4734 
Cobra plants, 1:787 
Cobras, 2:1461—-1464, 1462, 
5:3969-3970 
Coca, 2:977-978, 978, 979, 980 
Coca-Cola, 2:978, 980-981 
Cocaine, 2:978—982, 980 
addiction, 1:46-47, 138-139, 
2:979-980, 981-982 
amphetamine use, 1:187—188 
anesthesia, 4:3017 
in coca, 2:977 
dental anesthesia, 2:1276 
frostbite, 3:1828 
neurotransmitters and, 4:2968 
performance-enhancing drugs, 
4:3255 
Coccidiosis, 5:3530 
Coccids, 5:3804 
Coccinellidae. See Ladybugs 
Coccoidea, 5:3804 
Cocconi, Giuseppe, 5:3876 
Coccothraustes coccothraustes. See 
Hawfinches 
Coccothraustes vespertinus. See 
Evening grosbeaks 
Coccyzus americanus. See Yellow- 
billed cuckoos 
Coccyzus erythrophthalmus. See 
Black-billed cuckoos 
Cochicine, 4:2518—2519 
Cochlea, 1:33, 2:1410, 3:2075, 4:3003 
Cochlearia armoracia. See Horse 
radish 
Cochliomyia hominivorax. See Screw- 
worms 
Cockatiels, 4:3216, 3217 
Cockatoos, 2:983, 983, 4:3214, 3216 
Cockcroft, John D., 1:395, 
3:2378-2379 
Cockerell, Christopher Syndney, 
3:2167 
Cockles, 1:605—607 
Cockroaches, 2:983-985, 4:3180, 6:4271 
Cocks-of-the-rock, 2:1156 
Cocoa, 1:138 


Coconut crabs, 2:1168 
Coconut palms, 4:3/88, 3189-3190, 
5:3855 
Coconuts, 4:3189-3190 
Cocos nucifera. See Coconut palms 
Code of Hammurabi, 6:4243 
Codeine, 1:137—138, 2:985-986, 
4:2851, 2921-2922 
Codependency, 1:48 
Codfish, 2:986-988, 987, 1452 
CODIS (Combined DNA Index 
System), 2:1357, 4:2802 
Codling moths, 5:3969 
Codons, 2:988-989, 1283 
Coefficients, 2:989 
binomial, 2:1016—-1017, 4:3226 
correlation, 2:1146 
expansion, 6:4352 
stoidchiometric, 2:1616 
terms, 6:4330 
Coelacanth spp. See Coelacanths 
Coelacanths, 2:989-991, 990, 
4:3180-3181, 3/81 
Coelomates, 1:307, 4:3178-3179, 
6:4294 
Coelopidae, 6:4466 
Coendou prehensilis. See Prehensile- 
tailed porcupines 
Coenocorypha aucklandica. See New 
Zealand snipes 
Coenzymes, 4:2709, 6:4603-4604 
Coerebidae, 5:4048 
Coerebinae, 5:4048 
Cofactors, 1:560—-561 
Coffea spp. See Coffee plants 
Coffea arabica, 1:138, 2:991, 993 
Coffea canephora, 2:991 
Coffea liberica, 2:991 
Coffea robusta, 2:991, 993 
Coffee 
addiction, 1:47 
caffeine, 1:138, 715, 716 
history, 2:993 
production, 2:992, 993 
spray drying, 3:1778 
Coffee plants, 2:991-993, 992, 993 
Coffin, C. L., 6:4683 
Cogeneration, 1:546, 2:993-995, 1587 
Cognition, 1:269, 2:995-997, 3:2477 
Cognitive-behavior therapy, 1:402, 
2:1054, 4:3072 
Cognitive psychology, 5:3535 
Cohen, Stanley, 1:579, 3:1894, 5:3647 
Coherence lasers, 3:2456 
Cohesion-tension theory, 6:4434 
Coho salmon, 5:3777 
Cohort epidemiology, 2:1609-1610 
Cohosh, blue, 1:463 
Coinage metals, 2:1531 
Coir, 4:3190 
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Coitus interruptus, 2:1116 

Coix lachryma-jobi. See Job’s tears 

Coke, 2:971, 5:4140 

Coke’s hartebeests, 3:2063 

Cola acuminata, 3:2420 

Cola beverages, 1:47, 138, 715, 716, 
3:2420, 5:4011-4012 

Cola nitida, 3:2420 

Colaptes auratus. See Northern 
flickers 

Colaptes chrysoides. See Gilded 
flickers 

Colchicine, 4:3373 

Colchium autumnale. See Fall 
crocuses 

Cold, common, 2:997-998, 1347 

Cold-blooded animals. See 
Ectotherms 

Cold case investigation, 2:1179 

Cold-deciduous forests, 3:1796 

Cold extrusion, 4:2722 

Cold front, 1:98 

Cold fusion, 4:3026—-3027 

Cold medicines, 5:3698 

Cold sensation, 6:4397 

Cold therapy, 4:3325 

Cold War, 5:3747 

Colds. See Common cold 

Coleogyne ramosissima. See 
Blackbrush 

Coleoidea, 5:4094 

Coleoptera. See Beetles 

Coleoptiles, 4:3318—3319 

Coleus spp., 4:2793 

Colewort, 4:2898 

Colibri thalassinus. See Violet-ear 
hummingbirds 

Colies. See Mousebirds 

Coliidae. See Mousebirds 

Colinus viginianus. See Bobwhite 
quails 

Coliphages, 6:4578 

Colius castanotus. See Chestnut- 
backed mousebirds 

Colius collius. See White-backed 
mousebirds 

Colius indicus. See Red-faced 
mousebirds 

Colius leucocephalus. See White- 
headed mousebirds 

Colius macrourus. See Blue-napped 
mousebirds 

Colius striatus. See Bar-breasted 
mousebirds 

Colladen, Daviel, 5:4015 

Collagen, 1:78, 2:998-999, 1086 

Collagen injections, 1:29 

Collar bone, 5:3939 

Collared anteaters, 1:238 

Collared earthstars, 4:2893 
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Collared forest falcons, 3:1691 
Collared peccaries, 4:3235, 3235 
Collared pratincoles, 2:1163 
Collector-base diodes, 6:4419 
Collembola, 5:4089 
Colletidae, 1:506 
Collider Detector (CDF), 4:3224 
Colliding beam accelerators, 
4:3223-3224 
Collins, Francis S., 3:1903 
Collisional mountain belts, 
4:2872-2873, 3011, 6:4526-4527 
Colloids, 2:999-1001, 5:4013 
Colloredo-Mannsfield, Prince, 4:2897 
Colmar, Charles Xavier Thomas de, 
1:722 
Colobanthus quitensis. See Pearlwort 
Colobinae, 2:1001, 3:2450, 5:3503 
Colobine monkeys, 3:2450 
Colobus spp., 2:1002 
Colobus angolensis, 2:1002 
Colobus guereza, 2:1002 
Colobus monkeys, 2:/00/, 1001-1003 
Colobus polykomos, 2:1002 
Colobus satanus. See Black colobus 
monkeys 
Colobus vellerosus. See Geoffroy’s 
black and white colobus monkeys 
Colocasia esculentum, 1:333 
Colocynths, 3:1982 
Colombia, 5:4023 
Colombo, Realdo, 6:4606 
Colon. See Large intestines 
Colonization, ruderal plants, 
4:2508-2509 
Color, 2:1003-1008 
chameleons, 2:869 
electromagnetic spectrum, 
2:1508-1509 
light and, 4:2513-2514 
mixing, 2:1005, 1006-1007 
motion pictures, 4:2863 
photocopying, 4:3302 
visible light, 4:3315 
See also Spectrum 
Color blindness, 1:615, 2:1005, 
1008-1010, 6:4601 
Color Index, 2:1397 
Color photography, 3:2266, 4:3312 
Color printing, 5:3495 
Color scanners, 5:3805—3806 
Color vision, 2:1005, 4:2582, 6:4594 
Colorado Plateau, 4:3014 
Colorado potato beetles, 1:512 
Colorado River dams, 2:1231, 1233 
Colorants, 2:1006—1007, 3:2044 
See also Dyes; Pigments 
Colosseum, 1:687 
Colossus (computer), 2:1057 
Colt, Samuel, 1:344 
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Colubridae. See King snakes 
Colubroidea, 5:3969-3970 
Colugos, 2:1010—1012 
Columba leucocephala. See White- 
crowned pigeons 
Columba livia. See Rock doves 
Columbia, 5:3946 
Columbia (space shuttle), 3:1955, 
2171, 2331, 2333, 5:4033-4040, 4044 
Columbia River, 2:1425, 4:3015 
Columbidae, 4:3333 
Columbigallina passerina. See Ground 
doves 
Columbus, Christopher, 2:1157, 
5:3471, 3892, 3910 
Columella, 4:3371 
Coma, 2:1012-1015, 10/3 
Coma supercluster, 6:4233 
Comatulids. See Feather stars 
Comb-crested jacanas. See Lotus- 
birds 
Comba, Paul, 2:875 
Combination locks, 4:2546 
Combinatorics, 2:1015-1019 
Combined DNA Index System 
(CODIS), 2:1357, 4:2802 
Combines, 1:82, 84, 85 
Combustion, 2:1019-1021 
aerosol, 1:63-64 
chemical reactions, 2:882 
diesel engines, 2:1315—1316, 1/316 
oxidation-reduction reaction, 
4:3154-3155 
Comedone extraction, 1:29 
Comet Wild, 2:1026 
Comet Wirtanen, 2:1026, 4:3107 
Comets, 2:1022-1027, 1023 
astroblemes, 1:354 
composition, 2:1024—1025, 3:2047 
evolution of life, 1:352-353 
Hale-Bopp, 2:1021—-1022, 1025 
Near-Earth Object Hazard Index, 
4:2935-2936 
orbits, 3:2046, 4:3107—3108, 5:4002 
periodic, 2:1022, 1024 
religions on, 1:361 
Shoemaker-Levy, 2:1026, 3:2392, 
2398 
Swift-Tuttle, 4:2735-2736 
x-ray output, 6:4724 
See also Halley’s comet; Impact 
craters 
Commelina spp., 5:4071, 4072 
Commelinaceae. See Spiderwort 
family 
Commensalism, 2:1027, 6:4261 
invasive species, 3:2352 
sea anemones, 2:1027, 
5:3823-3824 
Commentariolus (Copernicus), 3:1916 
Commercial airlines, 1:106 


Commercial Internet Exchange 
(CIX), 3:2341 
Common barberries, 1:463 
Common bed bugs, 6:4462 
Common Biometric Exchange File 
Format (CBEFF), 1:570 
Common black hawks, 3:2064 
Common bread wheat. See Wheat 
COmmon Business Oriented 
Language (COBOL), 2:1060, 6:4734 
Common buzzards, 1:706, 707, 3:2064 
Common caimans, 2:1185 
Common canaries, 3:1731 
Common carp, 1:628, 788, 
4:2786-2787 
Common chaffinches, 3:1731 
Common chameleons, 2:870 
Common chimpanzees, 1:271, 
2:900-905 
Common club mosses, 2:969 
Common cold, 2:997-998, 1347, 
5:3697, 3698, 3706 
Common cormorants, 2:1140 
Common crows, 2:1195, 1196 
Common cuscus, 4:3281 
Common dandelions, 2:1040, 1041, 
5:3855-3856 
Common dormice, 2:1372 
Common eiders, 2:1386—1387, 1389 
Common-emitter amplifiers, 6:4419 
Common figs, 4:2876—2877 
Common flamingos, 3:1737—1738 
Common flounder, 3:1738 
Common fractions, 3:1811-1814 
Common gallinules. See Moorhens 
Common ginger, 3:1950, 1950 
Common goldeneyes, 2:1389 
Common hippopotamus, 
3:2135-2137 
Common horsetails, 3:2163—2164, 
2165 
Common juniper, 5:3768 
Common lacewings, 3:2429 
Common lilacs, 4:2516, 3092 
Common liverworts, 4:2535 
Common loons, 4:2551 
Common marmosets, 4:2629 
Common meadow mushrooms, 
4:2893-2894 
Common mergansers, 2:1386, 1389 
Common milkweed, 4:2768 
Common mint, 4:2793 
Common moles, 4:2827 
Common murres, 1:404, 405 
Common mynahs, 4:2909-2910 
Common nighthawks, 1:759, 3:1975 
Common opossums. See Virginia 
opossums 
Common peafowl. See Blue peafowl 
Common periwinkles, 5:3968 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Common pineapple, 1:668 
Common poorwills, 1:759, 
3:1975 
Common poppies, 5:3443 
Common potoos, 1:759 
Common quails, 4:3004, 5:3559 
Common redpolls, 3:1730 
Common rheas, 3:1748 
Common savanna baboons, 
1:435-436, 436 
Common screwpines, 5:3822 
Common seahorses, 5:383/ 
Common shrews, 5:3916 
Common silverfish, 1:667 
Common slipper shells, 5:3968 
Common snapping turtles, 6:4492 
Common spotted skunks, 5:3944 
Common squirrel monkeys, 4:2983 
Common starlings, 1:630, 5:4117 
Common suckers, 6:4215 
Common tenrecs, 6:4329 
Common terns, 6:4333 
Common toads, 6:4379 
Common tree shrews, 6:4436 
Common turkeys, 3:2348, 6:4487, 
4488 
Common vampire bats, 1:489, 
3:2316 
Common voles, 6:4614—-4615 
Common waterbucks, 6:4653 
Common weasels, 6:4668 
Common wintergreen, 3:2093—2094, 
6:4709 
Common wombats, 6:4711—4712 
Common woolly monkeys, 4:2986 
Common wormwoods, 2:1041 
Common yellowthroat, 6:4633 
Common zebras, 6:4745 
Communicable diseases, 2:895-898, 
5:3881, 6:4457-4459 
Communicating hydrocephalus, 
3:2199 
Communication 
ants, 1:268 
autism, 1:412, 414 
baboons, 1:438 
bees, 1:507 
brain injuries, 1:273 
cetaceans, 2:867 
chimpanzees, 1:271, 2:902—903 
electrochemical, 6:4594 
elephants, 2:1541 
facilitated, 1:414 
human evolution, 3:2178—2179 
noise pollution effects, 4:3004 
orangutans, 4:3105 
Communications protocols, 3:2341, 
4:3096 
Communications satellites, 5:3788 
automation, 1:421 
cellular telephones, 1:852—853 


radio waves, 5:3605 


space probes launches, 5:4036—4037 


Communications software, 2:1067 
Communications technology 
amplifiers, 2:1517 
automation, 1:421 
development, 2:1515 
diode lasers, 3:2459 
electromagnetic pulse, 
2:1505-1507 
electromagnetism, 2:1512 
fiber optics, 3:1718—1720 
infrared optical, 6:4311 
manned spacecraft, 5:4046 
microwave, 2:1518, 4:2760, 
2760-2762 
multimedia, 6:4311 
robotic vehicles, 5:3738 
solar activity cycle a, 5:3996 
space probes, 5:4031 
wireless, 4:3268-3269, 
6:4310-4311, 4709-4710, 4710 
Communities 


biological, 1:552—554, 4:2521—2522 


climax, 2:958-959 
ecological, 2:1450 
fossil, 3:1806—-1807 


non-photosynthesis based, 4:3078 


Community antenna television sys- 
tems (CATV), 6:4321—4322 
Community ecology, 2:1027-1028 
Commutative property, 1:131—132, 
303-304, 2:1028 
Compact bones, 2:1087, 5:3940 
Compact disc (CD), 2:1028-1032, 
10292, 1030¢, 1031, 1031t 
data storage, 4:3099-3101 
electronic photography, 4:3315 
laser diodes, 3:2459 
personal music players, 4:3270 
Compact disc-read only memory 
(CD-ROM), 2:1028-1029, 
1030-1031 
Compact fluorescent light bulbs, 
3:2264 
Compact radio galaxies, 3:1847 
Companion orbit, 1:347 
Comparative anatomy, 1:205, 208, 
3:1657 
Comparative genomics, 1:551—552, 
3:1912-1913 
Comparative physiology, 
4:3331-3332 
Comparative psychology, 5:3535 
Compass (direction) 


declination, 2:1420, 3:1922, 5:4009 


Earth’s magnetic field, 4:2602 
gyroscope, 1:418, 3:2281 
magnetic, 3:1922, 2281 
surveying, 6:4248 

Compass (drawing), 2:1097 

Competition, 2:1032-1034 
community ecology, 2:1028 
invasive species, 3:2352 
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niches, 4:2987 
opportunistic species, 4:3098 
population growth and, 2:1450 
Competitive exclusion principle, 
2:1033 
Compilers (computer languages), 
2:1060, 1061 
Complement system, 3:2248-2249, 
2251 
Complementary colors, 2:1007 
Complementary DNA (cDNA), 
2:1034-1035 
Complementary metal-oxide semi- 
conductors (CMOS), 2:1519, 6:4420 
Complementary RNA (cRNA), 
2:1035 
Complementation (genetics), 6:4579, 
4697 
Complete migration, 4:2765 
Complex number calculator, 1:724 
Complex numbers, 2:1036—1038, 
1038, 3:2245, 4:2663 
Complexes (chemistry), 2:1035—1036 
Complexity (ecology), 1:553 
Compositacea. See Composite family 
Composite family, 2:/039, 1039-1042, 
3:1755, 5:3461 
Composite materials, 2:1042-1045 
Composite numbers, 4:3047, 3049 
Composite volcanoes, 3:2449, 6:4611 
Composting, 2:1045-1048, /046, 
1247-1248 
biodegradable substances, 1:541 
ys. incineration, 3:2267 
organic farming, 4:3118 
pollution control strategies, 
1:573 
as recycling, 5:3650-3651 
sludge, 5:3883 
soil conditioner, 1:87 
solid waste, 3:2446—2447 
as waste management, 6:4636, 
4638 
See also Decomposition 
Compound machines, 4:2587 
Compound microscopes, 
4:2753-2755, 2756 
Compounds, chemical. See Chemical 
compounds 
Comprehensive Environmental 
Response, Compensation and 
Liability Act (CERLA), 
2:1098-1099, 1100, 3:2069, 
2070-2071 
Compressed-air caissons, 1:717, 718 
Compression 
aerodynamics, 1:59—60, 61 
fluid dynamics, 3:1756—1757 
internal combustion engines, 
3:2328 
uplift, 6:4526 
Compression tests, 5:4145 
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Compsognathus spp., 2:1334, 1341 
Compton, Arthur H., 1:386, 2:1052, 
3:2169, 4:2515 
Compton effect, 2:1052, 3:2169, 
4:3221 
Compton Gamma Ray Observatory, 
3:1855-1856, 1857, 2168-2169, 
4:2770, 5:3573, 4027 
Compulsions, 2:1052-1054 
Compulsive behavior. See 
Compulsions 
Computational biology, 1:550-552, 
S51 
Computed tomography. See 
Computerized axial tomography 
Computer-aided design (CAD), 
1:712, 713 
bridges, 1:664 
holographic, 3:2146 
software, 2:1067 
tools, 3:2058 
Computer-aided engineering (CAE), 
1:712 
Computer-aided manufacturing 
(CAM), 1:712 
Computer-assisted instruction, 1:330 
Computer hardware security, 
2:1057-1059, 1058, 1059 
Computer-integrated manufacturing 
(CIM), 1:712 
Computer keystroke recorders, 
2:1059-1060 
Computer languages, 2:1060-1062 
binary digital information, 
2:1065—-1066 
natural language processing, 
1:328-329 
Computer memory, 2:1062-1063, 
1519, 3:2146, 4:3100 
Computer modeling, 2:1063-1064 
Computer networks. See Networks 
Computer numerical control (CNC), 
1:421, 4:2576, 2577-2578 
Computer software, 2:1064—1067 
anti-virus, 2:1067—1068, 1069, 
3:2338 
handwriting recognition, 4:3268 
machine vision, 4:2582 
open-source, 4:3096—3097 
security, 2:1067—-1068, 3:2338 
tracking, 3:2337—2338 
See also Encryption 
Computer viruses, 2:1067—1068, 
1068-1070 
Computerized axial tomography, 
2:1070-1072, 1307, 5:3622, 6:4728 
brain, 4:2965—2966 
brain injuries, 2:1495 
Hodgkin’s disease, 3:2141 
Parkinson disease, 4:3212 
radioactive tracers, 5:3615 
robotic surgery, 6:4247 
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Computers 
analog, 2:1054-1055 
approximation, 1:276 
ASCII, 1:172-173 
automation, 1:420—-421 
automobile, 1:424 
Boolean algebra, 1:641 
compact disc, 2:1330 
digital, 2:1054, 1055-1057, 1056 
forensic analysis, 3:1791 
history, 2:1054-1055, 1055-1057, 
4:3290-3291 
microtechnology, 4:2758 
noise pollution, 4:3005 
quantum, 5:3562-3563 
space probes, 5:4031 
theft, 2:1068 
Y2K, 6:4733-4735 
Comstock law (1873), 2:1117—1118 
Comstock Lode, 5:3473 
Concentration, 2:1072 
Concentration gradient, 2:1321-1322 
Conception. See Fertilization 
Conception Vessel, 1:41, 161 
Conceptual models, 5:3817 
Conceptualization, 2:996 
Conchae bones, 5:3937 
Conchs, 5:3967 
Concorde (aircraft), 1:61 
Concrete, 2:1072-1074, 1073, 6:4345 
See also Cement 
Condensates, Bose-Einstein, 1:6 
Condensation polymers, 5:3440-3441 
Condensation reaction, 1:177 
Condensers, 5:3432 
Conditioning, 2:1074-1076 
classical, 1:517, 2:1074-1076, 
3:2477, 5:3664-3665 
operant, 1:517, 2:1074-1076, 
3:2477, 5:3664-3665 
reflexes, 5:3660 
reinforcement, 5:3664 
vicarious, 3:2478 
Condoms, 2:1117, 5:3685 
Condon, Edward Uhler, 6:4480 
Condors, 2:1076—1078 
Andean, 2:1076, 6:4622, 4623 
California, 1:592, 761, 2:1077, 
5:3634, 3635, 6:4623 
noise pollution effects, 4:3004 
Conduction 
heat transfer, 3:2091 
hypothermia, 3:2227 
land and sea breezes, 3:2443 
nerve impulses, 4:2950—2952, 2951 
stellar structure, 5:4158 
temperature regulation, 
6:4326-4327 
Conduction aphasia, 1:273, 274 
Conductivity 
electrical, 2:1466—1467, 
1469-1470, 1477-1482, 4:3082 


hydraulic, 1:279 
metals, 2:1478, 4:3082 
Conductors 
batteries, 1:490 
electric, 1:490, 2:1469-1470 
electrical resistance, 2:1486 
non-ohmic, 2:1482 
Condylura cristata. See Star-nosed 
moles 
Cone and tower karst, 3:2406 
Conepatus spp. See Hog-nosed skunks 
Cones (geometry), 3:1932, 4:3199, 
5:3505 
Cones (tree), 2:1085, 4:3343, 6:4699 
Confabulation, 3:2421 
Configurational isomers, 5:4166 
Confined aquifers, 1:280 
Congenital adrenal hyperplasia, 
4:2706 
Congenital bilateral absence of the 
vas deferens (CBVAD), 2:1226 
Congenital disorders, 2:1078-1079 
See also Birth defects 
Congenital heart defects, 1:599, 
2:1378, 3:2086, 4:2622-2623 
Congenital toxoplasmosis, 4:3210 
Conger conger, 6:4464 
Conger eels, 6:4464 
Congeridae. See Conger eels 
Congestive heart failure, 2:1332, 1455 
Congo clawless otters, 4:3146 
Congo peafowl, 4:3233 
Congruence 
angles, 1:218-219 
modular arithmetic, 4:2807—2808 
number theory, 4:3048 
triangles, 2:/079, 1079-1081, 1080, 
1081, 3:1930 
Conic sections, 1:201, 2:/081, 
1081-1085, /082, 1083, 1084 
Conies. See Pikas 
Coniferophyta, 4:3341, 3367 
Conifers, 2:1085-1086, 6:4433 
classification, 4:3367 
as gymnosperms, 3:2035 
ozone exposure, 4:3162 
in paper, 4:3196 
post-wildfire, 6:4699 
productivity, 3:1797 
seeds, 1:217 
temperate forests, 3:1796 
temperate rainforests, 5:3629 
Conium maculatum. See Poison 
hemlock 
Conjuctions (logic), 6:4265 
Conjugated bilirubin, 3:2385 
Conjugating fungi, 3:1837—1838 
Conjugation (genetics), 1:285, 4:2747, 
5:3895 
Conjugation (physics), 4:3210 
Connate ascension, 3:2019 
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Connective tissues, 2:998-999, 1086, 
1086-1087, 5:3936, 6:4377 
Conocybe spp., 4:2893 
Conolophus spp. See Land iguanas 
Conopophaga spp., 1:228 
Conopophaga ardesiaca. See Slaty ant- 
pipits 
Conopophaga castaneiceps. See 
Chestnut-crowned ant-pipits 
Conopophaga melanogaster. See 
Black-bellied ant-pipits 
Conopophaga melanops. See Black- 
cheeked ant-pipits 
Conopophagidae, 1:228 
Conrad, Brian, 4:3049 
Consciousness, 2:1012 
Conseil Europe pour la Recherce 
Nucléaire. See CERN 
Conservation, Education, Diving, 
Archaeology and Museums 
International (CEDAM), 3:2008 
Conservation (ecology), 2:1087—1090 
albatross, 1:112 
amphibians, 1:191 
antbirds, 1:237 
anteaters, 1:238 
bats, 1:490 
bears, 1:499 
biodiversity, 5:3517, 6:4702 
birds of paradise, 1:591—592 
bison, 1:603 
bluebirds, 6:4365 
butterflies, 1:702 
California condors, 2:1078 
carnivorous plants, 1:787—788 
cattle, 1:823-824 
chameleons, 2:871 
colobus monkeys, 2:1002, 1003 
ducks, 2:1388-1390 
elands, 2:1461 
elephants, 2:1541—1542 
energy efficiency, 2:1585 
environmental ethics, 2:1598 
ethnobotanical resources, 2:1632 
extinction danger, 3:1680 
falcons, 3:1691 
flamingos, 3:1738 
flightless birds, 3:1750 
frogs, 3:1825—1826 
gila monsters, 3:1950 
gorillas, 3:1979 
Great Barrier Reef, 3:2008—2009 
grebes, 3:2010—2011 
hawks, 3:2064—2065 
herons, 3:2124—2125 
history, 2:1088—1089, 1598-1600 
honeycreepers, 3:2149 
horses, 3:2161 
hummingbirds, 3:2188 
newts, 4:2980 
old-growth forests, 4:3091—3092 
orangutans, 4:3105 
pandas, 4:3193 


pelicans, 4:3239 
penguins, 4:3242 
petrels and shearwaters, 4:3274 
protected areas, 5:3515—3517 
rails, 5:3625 
rainforests, 5:3630 
raptors, 5:3635 
seahorses, 5:3832 
seals, 5:3835 
sequoias, 5:3868 
sharks, 5:3907—3908 
soil, 5:3991—3993, 6:4335 
storks, 5:4176 
swans, 6:4258 
terns, 6:4333-4334 
thrushes, 6:4365 
toads, 3:1825—1826 
tree shrews, 6:4436 
warblers, 6:4634 
water, 6:4643-4646 
wetlands, 6:4690 
woodpeckers, 6:4716-4718 
See also Convention on 
International Trade in 
Endangered Species of Wild 
Fauna and Flora; Endangered 
species 
Conservation biology, 5:3517 
Conservation data centers, 2:1569 
Conservation laws (physics), 2:/091, 
1091-1094, 1092, 1093 
energy, 1:156—157, 2:1092-1093, 
1579, 6:4352-4353 
heat capacity, 3:2090 
Krebs cycle, 4:2712-2713 
mass, 2:887, 1092-1093 
matter, 4:2664 
momentum, 4:2829, 2830 
parity, 4:3210 
steady state theory, 5:4129 
symmetry, 6:4269 
Consolidation, memory, 4:2678 
Constancy, perception, 4:3227 
Constant composition, 2:1050 
Constant creation theory, 1:527 
Constant volume gas thermometers, 
6:4351-4352 
Constantin, 6:4350—4351 
Constantinople, 1:688 
Constellations, 2:1094—1095, 1095 
See also specific constellations 
Construct validity, 5:3537-3538 
Construction (building) 
earthquake-resistant, 2:1424 
energy efficiency, 2:1586 
erosion from, 2:1622 
rocks, 5:4171-4174 
soil conservation, 5:3991 
See also Architecture; 
Development (land) 
Constructional apraxia, 1:277 
Constructions (mathematics), 
2:1095-1097, 1096, 3:1928 
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Consumers 
food web, 3:1771 
primary, 1:553, 2:1589, 3:1771, 
2119, 6:4446-4447 
secondary, 2:1589, 3:1771, 5:3798, 
6:4447, 4751 
tertiary, 3:1771 
Contact lens solutions, 1:186 
Contact metamorphism, 
4:2724-2725, 2726, 2727-2728 
Contact transmission, 2:1608 
Contagious diseases. See 
Communicable diseases 
Contaminated soil, 2:1097-1100 
Contamination, 2:1100-1102 
Content Distribution Network 
(CDN), 3:2342 
Content validity, 5:3537 
Continental arcs, 2:1637, 4:2872, 
3010-3011, 3013-3014 
Continental-continental plates, 
5:3394, 3396-3397 
Continental craton, 1:503 
Continental crust, 2:1102, 1417-1418 
North America, 4:3011, 3012 
plate tectonics, 5:3392—3393, 3394, 
3396-3397 
uplift, 6:4526 
Continental drift, 2:1105-1109, 7/07 
Africa, 1:67 
Antarctica, 1:230 
isthmus formation, 3:2380 
plate tectonics, 5:3391—3392 
Continental glaciers, 3:1956 
Continental islands, 3:2369 
Continental margins, 2:1102—1103, 
1106, 1109-1111 
Continental-oceanic plates, 5:3394, 
3397 
Continental platform, 1:503 
Continental rise, 2:1110-1111 
Continental shelf, 2:1109-1110, 
1111-1112 
biome, 1:569 
coral reefs, 2:1134-1135 
sedimentary environment, 
5:3851-3852 
Continental shield, 1:503 
Continental slope, 2:1110 
Continents, 2:1102-1105, 5:3397 
Continuity (mathematics), 2:///2, 
1112-1114, 71/3 
Continuous ambulatory peritoneal 
dialysis, 2:1310 
Continuous capillaries, 1:757 
Continuous creation theory. See 
Steady state theory 
Continuous cyclic peritoneal dialysis, 
2:1310 
Continuous rotary vacuum filters, 
3:1728 
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Continuous variables, 5:4122 
Contopus borealis. See Olive-sided 
flycatchers 
Contopus virens. See Wood peewees 
Contour canals, 1:740 
Contour plowing, 2:1114-1115, ///5, 
5:3993 
Contraception, 2:1115-1123, 1116, 
5:3685 
history, 2:1115-1117 
oral, 1:466, 2:1118—-1120, 
1121-1122, 6:4736 
permanent, 2:1120-1121 
Contraceptive Research and 
Development (Institute of Medicine), 
2:1122 
Contraction, thermal, 2:1201 
Contradiction, law of, 5:3508 
Contrails, 2:967 
Contrast hydrotherapy, 4:3172 
Contrast medium, 1:216, 2:1071, 
5:3621 
Control groups, 5:4125 
Control proteins, 2:1607 
Controlled Biological and Biomimetic 
Systems, 1:552 
Controlled Substances Act, 3:2109 
Convalescent period, 2:1608 
Convallaria majalis. See Lily of the 
valley 
Convallariaceae, 4:2517 
Convection, 2:1123 
atmospheric subsidence, 6:4205 
heat transfer, 3:2091 
hypothermia, 3:2227 
land and sea breezes, 3:2443 
temperature regulation, 6:4327 
thunderstorms, 5:4177 
Convection cells, 1:372, 2:1123, 
5:3397-3398, 3996 
Convection zone, 6:4227—4228 
Convention Concerning the 
Protection of the World Cultural 
and Natural Heritage, 2:1568 
Convention on Biological Diversity, 
2:1568 
Convention on International Trade in 
Endangered Species of Wild Fauna 
and Flora (CITES) 
chimpanzees, 1:271 
coelacanths, 2:991 
elephants, 2:1542 
endangered species, 2:1567 
gibbons, 1:272 
gorillas, 1:270 
hummingbirds, 3:2188 
illegal wildlife trade, 6:4702—4703 
orangutan, 1:271 
orchids, 4:3111 
otter shrews, 4:3143 
pandas, 4:3193, 3194 
role of, 2:1564, 1568 
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Convention on the Prohibition of the 
Development, Production and 
Stockpiling of Bacteriological and 
Toxin Weapons, 6:4665 

Convention on Wetlands of 
International Importance, Especially 
as Waterfowl Habitat, 2:1388, 1568, 
6:4690 

Conventional agriculture. See 
Industrial agriculture 

Conventional current flow, 2:1472 

Convergence (perception), 2:1288 

Convergence zones, 1:349, 407, 
5:3392-3393 

Convergent evolution, 3:1654—1655, 
1913, 4:2836 

Convergent validity, 5:3538 

Convex spherical mirrors, 4:2797 

Conveyer systems, 1:343 

Convoluta roscoffensis, 1:127 

Convolvulaceae, 3:2051, 6:4259 

Convulsions. See Seizures 

Cook, James, 1:234, 4:2912, 6:4512 

Cooke, William Fothergill, 6:4302 

Cookies (software), 3:2337 

Cookware, aluminum, 1:165 

Cooley, Denton, 1:325 

Cooley’s anemia, 4:2705 

Coolidge, William David, 6:4727 

Cooling systems 

air-cooled, 3:2330 

automobile, 1:426, 6:4345-4346 

evaporative, 2:1199—1200 

internal combustion engines, 
3:2330 

laser, 2:1200-1201 

liquid-cooled, 3:2330 

magnetic, 2:1200-1201 

thermostats, 6:4358-4359 

Cooper, Joel, 6:4427 

Cooper, Leon Niels, 6:4235 

Cooper, Marty, 1:852 

Cooperative behavior, 2:864 

Cooper’s hawks, 3:2065 

Cooper’s sandpipers, 5:3785, 3912 

Coordinate covalent bonds, 2:878 

Coordinate geometry. See Analytic 
geometry 

Coordinate systems 

astrometric, 1:356—357 

celestial, 1:829-831 

cylindrical coordinates, 5:3419, 
3742 

ecliptic, 1:829-830 

equatorial, 1:829 

galactic, 1:830 

horizontal, 1:829 

polar, 1:837-838, 2:1084, 
5:3417-3419, 3418, 3419, 3763, 
4079-4080 

projective geometry, 5:3504-3505 


rectangular, 1:799, 800 
spherical, 5:3742 
three-dimensional, 1:204 
See also Cartesian coordinate 
plane 
Coordination compounds, 2:1051, 
1123-1127, 1124, 11241, 1125, 1126 
Coordination numbers (CN), 
2:1206-1207 
Coots, 5:3624-3625 
Copal, 5:3688 
COPD (Chronic obstructive pulmon- 
ary disease), 1:670 
Cope, Edwin Drinker, 2:1337 
Copeland, Herbert F., 5:3522 
Copenhagen interpretation, 4:2830 
Copepoda. See Copepods 
Copepods, 2://27, 1127-1128 
Copernicus, Nicolaus 
astronomy theory, 1:360, 836 
comets, 2:1023 
heliocentric theory, 2:1151, 3:1916, 
2003, 2096-2097, 4:3349, 
6:4224-4225 
laws of motion, 3:2467 
physics history, 4:3328 
planetary rotation, 5:3762 
retrograde motion, 5:3711 
scientific method used by, 
5:38 18-3820 
stars parallax, 4:3202 
Venus, 6:4559 
Copolymers, 4:2839—2840, 28397, 
5:3440 
Copper, 2:1129-1131 
alloys, 1:135, 718, 2:1130 
classification, 4:2780 
dietary, 6:4401 
discovery, 2:1526 
etching plates, 2:1592 
in galvanic cells, 1:848 
mesoscopic systems, 4:2704 
ores, 4:3112 
oxidation-reduction reaction, 
4:3153, 3160 
production, 2:1129-1130, 1499 
slag, 1:299 
in sterling silver, 1:147 
thermocouples, 6:4350-4351 
Copper Age, 3:2241 
Copper-beryllium alloys, 1:135 
Copper mines, 2:1130-1131 
Copper mosses, 3:2270 
Copper oxides, 4:3160 
Copper sulfate, 3:1842, 6:4220 
Copper wiring, 3:1719 
Copperheads, 6:4577 
Coppery-tailed trogons. See Elegant 
trogons 
Coprinus comatus. See Shaggy manes 
Coprolites, 2:1238 
Coprophilous fungi, 4:2892 
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Copulins, 4:3288 
Copying. See Photocopying 
Coquerel’s mouse lemurs, 3:2491 
Coracias spp., 5:3755 
Coracias garrulus. See European 
rollers 
Coracias spatulata. See Racquet- 
tailed rollers 
Coraciidae, 5:3754 
Coragyps atratus. See Black vultures 
Coral islands, 3:2369, 2371 
Coral reefs. See Corals and coral reefs 
Coral-root orchids, 4:3110 
Coral snakes, 2:1461—1464, 5:3970 
Coralline algae, 2:1131, 1133, 3:2008 
Corallorhiza maculata. See Spotted 
coral-roots 
Corallus spp., 1:632 
Corallus caninus. See Emerald tree 
boas 
Corals and coral reefs, 2:1131—1137, 
1132, 1133 
biome, 1:569 
bleaching, 2:1135, 3:2008 
cores from, 3:2007 
deep-sea, 6:4520 
ecological productivity, 2:1447 
fringing, 2:1134 
Great Barrier Reef, 1:408, 2:1135, 
3:2006-2009 
mutualism, 4:2905 
Cord grasses, 3:1992 
Cordless telephones, 6:4310 
Cords, electrical, 2:1470 
Core body temperature, 3:2226 
Core-mantle boundary, 3:2033—2034 
Coreid bugs. See Leaf-footed bugs 
Coreidae. See Leaf-footed bugs 
Cori, Carl, 1:766 
Cori, Gerty, 1:766 
Coriander, 1:792 
Coriander sativum. See Coriander 
Corinithian order, 1:687 
Coriolis, Gaspard Gustave de, 1:372, 
2:1138 
Coriolis effect, 2:1137-1138 
atmospheric circulation, 1:372 
currents and, 2:1213-1214 
global climate, 3:1962 
inertial guidance systems, 3:2282 
isobars, 3:2374 
sea level, 5:3825 
tropical cyclones, 6:4450-4451 
wind formation, 6:4705—4706 
Corixidae. See Water boatmen 
Cork, 1:470, 504-505, 2:1138-1139, 
6:4433 
Cork oaks, 1:471, 504-505, 
2:1138-1139, 4:3065 
Cormorants, 2://40, 1140-1141 
Corms, 2:1139-1140 


Corn, 2:1141-1143, 7742, 
3:1993-1994 
amino acids in, 1:178, 4:3060 
brewing, 1:659, 660-661 
climatic adaptation, 4:3371 
genetically modified, 3:1901, 1902, 
4:3375 
introduced species, 3:2348 
production, 2:1191 
Corn borers, European, 3:1902, 
4:2859-2860, 3288 
Corn crowfoot, 1:699 
Corn-leaf blight, 3:1841, 1842 
Corn poppies, 5:3443 
Corn smut, 5:3767, 3767 
Cornea, 3:1684-1685, 1686, 
5:3585-3586 
Corneal transplantation, 3:1686, 
6:4426, 4428 
Cornstarch, 1:541 
Cornus spp., 2:1364 
Cornus canadensis. See Dwarf cornels 
Cornus florida. See Flowering 
dogwood 
Cornus nuttallii. See Pacific dogwood 
Cornus stolonifera. See Red-osier 
dogwood 
Corona, 6:4392 
CORONA project, 4:3307 
Coronal gas, 3:2345 
Coronal mass ejections (CMEs), 
2:1143, 5:3995 
Coronal plane, 1:206 
Coronal suture, 1:206 
Coronary angiography, 1:215-217 
Coronary arteries, 1:308, 308-309 
Coronary artery angiography, 
1:215-217 
Coronary artery bypass surgery, 
1:311, 6:4246 
Coronary artery disease, 1:308, 2:948, 
3:2082, 5:3615 
Coronary embolism, 2:1551—1552 
Coronas, 1:377 
Coronatae, 3:2386 
Coronaviruses, 5:3880 
Coroners, 2:1177—1178 
Corpus callosum, 1:655, 5:4081—4082, 
4083 
Corpus luteum, 3:2174 
Corpuscular theory of light, 
4:2513-2514 
Corrective Optics Space Telescope 
Axial Replacement (COSTAR), 
3:2171 
Correlation (geology), 2:1144-1146 
Correlation (mathematics), 2:1146, 
5:4125-4126 


Correlation coefficients, 2:1146, 
5:4125 
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Correspondence, one-to-one, 
4:3094-3095, 3095¢ 
Corrosion, 2:1146—-1147 
iron, 3:2364-2365 
lanthanides, 3:2453 
oxidation-reduction reaction, 
2:1147, 4:3155, 3161 
sediment, 5:3845 
tests, 5:4145 
Cort, Henry, 5:4140 
Cortaderia spp. See Pampas grasses 
Cortical implants, 1:330-331 
Corticoptropin-releasing hormone, 
1:56 
Corticosteroids 
allergies, 1:144 
anti-inflammatory agents, 1:245 
arthritis, 1:313 
asthma, 1:351 
fetal, 1:594 
Lyme disease, 4:2563 
rheumatic fever, 5:3720 
topical, 1:29, 144, 145 
Corticosterone, 1:56 
Corticotropin. See 
Adrenocorticotropic hormone 
Corticotropin-releasing hormone 
(CRH), 3:2152 
Cortinarius spp. See Webcaps 
Cortinellus berkeleyanus. See Shiitake 
Cortisol 
Addison’s disease, 1:50 
Cushing syndrome, 2:1216-1217, 
4:2706 
function, 3:2154 
Cortisone, 1:204 
Corucia zebrata. See Giant skinks 
Corundum, 1:164, 3:2276, 
4:278 12782 
Corvidae, 2:1194 
Corvus brachyrhynchos. See Common 
crows 
Corydalidae, 2:1363 
Corydalus cornutus, 2:1364 
Corydoras hastatus. See Pygmy 
corydoras 
Corylus spp. See Hazels 
Corylus avellana, 3:2073 
Corylus cornuta. See Beaked hazels 
Corynebacterium diphtheriae, 1:440, 
2:897, 1343-1345 
Corynostylis hybanthus, 6:4575 
Corythaeola cristata. See Giant blue 
plantain-eaters 
Corythopis delalandi. See Ringed ant- 
pipits 
Corythopis torquata, 1:228 
Corythosaurus spp., 2:1339 
Corythucha marmorata. See 
Chrysanthemum lace bugs 
Cosmetic acne, 1:28, 29 
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Cosmetic emulsions, 2:1561 
Cosmetic surgery. See Plastic surgery 
Cosmic Background Explorer 
(COBE), 2:1148, 3:2294-2295 
Cosmic background radiation, 
2:1147-1149 
discovery, 2:1147, 1151, 1153 
radiation exposure, 5:3611 
steady state theory, 5:4127-4129 
Cosmic rays, 1:259, 2:1149-1150, 
1509, 4:2901 
Cosmological constant, 1:526—527, 
5:3672 
Cosmological redshift, 5:3656 
Cosmology, 1:286, 2:1150-1156 
Costa Rica, 1:542 
Costa Rican army ants, 1:267 
Costa Rican grasshoppers, 3:1998 
COSTAR (Corrective Optics Space 
Telescope Axial Replacement), 
3:2171 
Cotingas, 2:1156 
Cotingidae. See Cotingas 
Cotinus coggyria, 1:804 
Cotinus cuggygroa, 1:804 
Cotinus obovatus. See Smoke trees 
Cotoneaster spp., 5:3760—3761 
Cottidae. See Sculpins 
Cotton, 2:1156-1159, 7/57, 
4:2926-2927 
bleaching, 1:613 
genetically modified, 3:1900, 
4:3375 
paper, 4:3196, 3197 
Cotton boll weevils, 6:4682 
Cotton fleahoppers, 6:4461 
Cotton gin, 1:83—-84, 2:1158, 4:2927 
Cotton grass, 6:4477 
Cotton-top tamarins, 4:2629 
Cottongrass, 5:3842 
Cottonseed oil, 2:1158 
Cottontails, 3:2432—2433 
Cottonwoods, 5:3462 
Cottony-cushion scale, 3:2316, 5:3804 
Cottus bairdi. See Mottled sculpins 
Cottus cognatus. See Slimy sculpins 
Coturnix coturnix. See Common 
quails 
Coucals, 2:1209-1211 
Couesius plumbeus. See Lake chubs 
Cougars, 1:785, 817 
Coughing, 2:985, 5:3697 
Coulomb, Charles A., 2:1159, 1486, 
1522, 3:1820, 4:2601 
Coulomb friction. See Friction 
Coulombs, 1:755, 2:1159-1160, 
6:4196 
electric charge, 2:1486—1487 
electromagnetic fields, 2:1501 
electron clouds, 2:1514 
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Coumadin. See Warfarin 
Council for Solid Waste Solutions, 
1:541 
Council on Plastics and Packaging in 
the Environment, 1:541 
Counseling 
genetic, 2:932, 934, 3:1893-1894, 
1899-1900, 2408, 4:2673 
rehabilitation, 5:3663 
Countable sets, 2:1160-1162, 11611, 
1162r 
Counter (EMF) electromotive force, 
2:1473 
Counter-stealth technology, 5:4133 
Counterparts, 3:1806 
Counterweights, 2:1546 
Counting (probability theory), 5:3500 
Counting numbers. See Natural 
numbers 
Couper, Archibald Scott, 2:877 
Couplers, train, 6:4406 
Coursers, 2:1162-1163 
Courtney-Latimer, Marjorie, 2:990 
Courtship, 2:1164-1166 
albatross, 1:111—112 
animal, 1:518 
birds, 1:587—588, 2:1165, 1165 
crickets, 2:1176-1177 
falcons, 3:1689 
fish, 2:1164 
flamingos, 3:1737 
grasshoppers, 3:1998—1999 
hawks, 3:2067 
insects, 2:1164 
mammals, 2:1165 
ostriches, 3:1748 
sticklebacks, 5:4168 
Cousteau, Jacques- Yves, 4:2933, 
6:4515, 4517-4518 
Covalent bonds, 2:878 
adhesives, 1:54 
bond energy, 1:636 
chemical compounds, 2:1051 
coordinate, 2:878, 1123 
dipole, 2:1345 
Lewis structure, 4:2503—2504 
minerals, 4:2776, 2778 
molecular shape, 4:2817—2818 
molecules, 4:2825—2826 
polar, 4:2826 
precipitation, 5:3475 
Cover crops, 2:1188, 5:3993 
Cover paper, 4:3198 
Cow manure digesters, 1:545 
Cow parsnip, 1:791, 793 
Cowan, C. L., 4:2972 
Cowbane, 1:792 
Cowberries. See Mountain 
cranberries 
Cowbirds, 1:6//, 612, 5:4048, 6:4364, 
4580, 4634 
Cowfish. See Boxfish 


Cowles, Henry Chandler, 6:4210 
Cowper’s glands, 5:3681 
Cowpox, 1:250, 2:895, 3:1941, 2246, 
5:3960 
Cows, 1:820, 821, 4:2537—2538 
dairy, 1:85—86, 4:2538 
digestion, 1:855 
introduced species, 3:2348 
number of, 4:2537 
selective breeding, 1:222 
sex selection, 1:225 
symbiotic relationship, 6:4263 
See also Cattle family 
Cowslips, 5:3492 
COX-2 inhibitors, 1:313 
Coyotes, 1:751, 752 
Coypus, 1:499, 2:1166-1167 
CP (Cambridge Pulsar) 1919, 5:3549 
CPT symmetry, 4:3210 
Crab-eating macaques, 4:2571 
Crab-eating mongooses, 4:2831 
Crab-eating raccoons, 5:3581 
Crab lice, 4:2505 
Crab Nebula, 1:360, 4:2974-2975, 
5:3549, 6:4239, 4724 
Crabapples, 5:3462, 3759 
Crabeater seals, 1:233, 5:3445 
Crabgrasses, 3:1996 
Crabs, 2:1167-1168, 1/68, 1196-1197 
horseshoe, 2:1182, 3:2161-2163, 
2163 
sea anemones, 5:3823 
Crabwood, 4:2608 
Cracacaras, 3:1691 
Cracidae, 2:868 
Crack cocaine, 2:981, 4:2968 
Crack willows, 6:4705 
Crakes, 5:3624—-3625 
Cramer’s rule, 1:131 
Cramps, 4:2890 
Cranberries, 3:2092, 2093 
Crane flies, 3:1744, 6:4466 
Crane hawks, 3:2064 
Cranes (birds), 2:1169-1172, /170, 
5:4175 
captive breeding, 1:760-761, 
2:1171, 5:3709 
whooping, 1:760—761, 2:1169, 
1170, 1171, 5:3709 
Cranes (machinery), 2:1169 
Cranial nerve VIII, 2:1410 
Craniate chordates, 4:3180 
Craniofacial reconstruction, 
2:1063-1064, 5:3383-3384 
Cranium, 5:3936 
Crank. See Methamphetamine 
Crankshaft, 3:2328—2330 
Crassostrea spp. See Oysters 
Crassulacean-acid metabolism, 
1:709-710 
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Crataegus spp., 5:3760-3761 
Crater Lake, 3:2435-2436, 6:4612 
Craters, impact. See Impact craters 
Craters, volcanic, 1:355, 3:2257, 
2435-2436 
Cratons, continental, 1:503, 2:1103, 
1640 
Crawford, Adair, 1:136 
Crax rubra. See Great currassows 
Crayfish, 1:629, 2:/772, 1172-1173 
Cream of tartar. See Potassium 
hydrogen tartrate 
Creatine, 4:2957 
Creatine kinase, 4:2958 
Creed, Frederick G., 6:4304 
Creep tests, 5:4145 
Creeping buttercups, 1:699 
Creeping cucumbers, 3:1983 
Creeping figs, 4:2877 
Crepe myrtles, 4:2911 
Crepidula fornicata. See Common 
slipper shells 
Crest syndrome. See Scleroderma 
Crested birds of paradise, 1:590 
Crested cracacaras, 3:1691 
Crested gibbons, 3:1946, 1947-1948 
Crested goshawks, 3:2065 
Crested honeycreepers, 3:2149 
Crested ibises, 3:2232 
Crested mynahs, 4:2910, 5:4117 
Crested newts, 4:2980 
Crested porcupines, 5:3450 
Crested screamers, 5:3821 
Crested-tailed marsupial mice, 4:2643 
Crested-terns, 6:4334 
Crested tinamous. See Martinetas 
Crestfish, 2:1173-1174 
Cretaceous period 
dinosaurs, 2:1335 
flowers, 3:1755 
global climate changes, 3:1963 
marsupials, 4:2644 
mass extinction, 1:544, 
3:1678-1680, 2399-2400 
petroleum deposits, 1:72 
pollination, 5:3428 
sequoias, 5:3866 
squid, 5:4094 
Tyrannosaurus rex, 6:4497 
Cretaceous-Tertiary event. See K-T 
event 
Cretan palms, 4:3188 
Cretinism, 2:1575, 4:2706 
Creutzfeldt, Hans Gerhard, 2:1174 
Creutzfeldt-Jakob disease, 
2:1174-1175, 1268, 3:2427-2428, 
5:3498, 6:4749-4750 
Crevalle jacks, 3:2384 
Crevalles. See Jacks (fish) 
Crevasse splays, 2:1263 


CRH (Corticotropin releasing hor- 
mone), 3:2152 
Cri du chat syndrome, 2:932 
Cricetomys gambianus. See Giant rats 
Cricetulus spp., 3:2057 
Cricetus cricetus. See Black-bellied 
hamsters 
Crick, Francis 
codons, 2:988 
description of DNA, 1:579, 2:1360, 
3:1894, 1906, 5:3724 
DNA x-ray diffraction, 2:1204 
double-helix, 2:1375—-1376 
Murchison meteorite, 4:2883 
Crickets, 2:1176-1177 
Crime labs, 3:1786, 1790 
Crime scene investigation, 
2:1177-1179, 1178, 1179 
See also Forensic science 
Crime scene reconstruction, 
2:1179-1181 
Criminals, 1:243-244, 2:1356-1357 
Crinoidea, 3:1700, 5:3825 
Crinum asiaticum. See St. John’s lily 
Criterion validity, 5:3537 
Critical habitat, 2:1181-1182 
Crittercams, 6:4520 
cRNA (Complementary RNA), 
2:1035 
Cro-Magnons, 3:2181—2182 
Crochet, 6:4341 
Crocidolite, 1:334, 4:2728 
Crocidura odorata. See African forest 
shrews 
Crocidurinae. See White-toothed 
shrews 
Crocodiles, 2://83, 1183-1186, 1/84 
classification, 2:1183, 5:3687 
DDT in, 2:1243 
heart anatomy, 3:2078-2079 
Crocodilians. See Crocodiles 
Crocodylia. See Crocodiles 
Crocodylidae. See True crocodiles 
Crocodylus acutus. See American 
crocodiles 
Crocodylus intermedius. See Orinoco 
crocodiles 
Crocodylus niloticus. See Nile 
crocodiles 
Crocodylus porosus. See Saltwater 
crocodiles 
Crocus sativa. See Saffron crocuses 
Crocus verna. See Spring crocuses 
Crocuses, 3:2361 
Crocuta crocuta. See Spotted hyenas 
Cromolyn sodium, 1:144 
Cronartium ribicola. See White pine 
blister rust 
Cronin, J. W., 4:3210 
Crookes, William, 1:392, 5:3382, 
3527, 3636 
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Crookes tube, 1:392, 393-394, 5:3527, 
3621 
Crop rotation, 2:1186-1189, 7187, 
4:3378 
Crops, 2:1189-1193 
breeding, 4:3370-3375 
Bt, 3:1901 
cover, 2:1188, 5:3993 
development, 1:642 
disease-resistant, 3:2316 
diseases, 4:3375—3378 
genetically modified, 2:1142, 
3:1895, 1900-1902, 
4:3370-3375, 6:4414-4416 
global warming, 3:2014-2015 
high-biomass, 1:546—547 
importance of, 4:3369—3370 
insecticide use, 3:2300—2301 
introduced species, 3:2348 
mast, 4:3064 
mycorrhiza, 4:2906 
mycotoxins, 4:2908 
organic farming, 4:3119 
ozone exposure, 4:3162 
pests of, 4:3272-3273 
precipitation, 5:3478 
residue biomass, 1:546 
rust and smuts, 5:3767—3768 
salt tolerance, 3:2366 
selective breeding, 1:90 
symbiotic relationship, 6:4263 
wild, 2:1189-1190 
See also Irrigation; Monoculture 
Cross-bedding, 5:3782, 3848 
Cross dressing, 5:3888 
Cross-linking agents, 4:2902 
Cross multiply, 2:1193 
Cross-pollination, 3:1755, 4:3370, 
3372, 5:3428, 3854, 6:4729-4730 
Cross ratio, 5:3505 
Cross-sections, 2:1193-1194 
Crossbills, 3:1730 
Crossing over, 1:221—222, 3:1907, 
5:3895 
Crossopterygil, 1:636-637, 4:2558 
Crotalaria juncea, 3:2488 
Crotalinae. See Pitvipers 
Crotalus spp. See Rattlesnakes 
Crotalus durissus, 6:4576 
Croton spp., 5:4091, 4093 
Crotophaga ani. See Smooth-billed 
anis 
Crotophaga sulcirostris. See Groove- 
billed anis 
Crow-pheasants, 2:1210—1211 
Crowfoots, 1:698-699 
Crown gall, 4:3377 
Crown-of-thorns, 5:4092 
Crown-of-thorns starfish, 2:1135, 
5:4115 
Crowned cranes, 2:1169, 1170-1171 
Crows, 2:1194-1196 
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Crowson, R. A., 1:510 
CRTs. See Cathode ray tubes 
Cruciferae. See Mustard family 
Crucifixion, 4:3227 
Crude oil. See Oil (petroleum) 
Cruise missiles, 5:4134 
Crum, Lawrence, 5:4018 
Crustacea, 2:1196-1197, 6:4751 
classification, 1:315, 2:1127, 1196, 
5:3918 
scavengers, 5:3811 
Crustaceans. See Crustacea 
Crustose lichens, 4:2507 
Cryobiology, 2:1197-1198 
Cryogenic magnetometers, 4:3176 
Cryogenics, 2:1197, 1198-1202, 11991, 
3:1862 
Cryostats, 1:6 
Cryotherapy, 4:3325 
Cryphonectria parasitica. See 
Chestnut blight 
Cryptobranchus alleganiensis. See 
Hellbenders 
Cryptocercidae, 2:984 
Cryptocercus punctulatus, 2:984 
Cryptochetum iceryae, 3:2316, 5:3804 
Cryptochidism, 3:2126 
Cryptochiton septemvalvis, 2:906 
Cryptochiton stelleri. See Giant chitons 
Cryptocoryne spp., 1:333 
Cryptodira. See Hidden-neck turtles 
Cryptoendoliths, 1:232 
Cryptography, 2:1202-1203 
clipper chip, 2:959 
number theory, 4:3049 
prime numbers, 5:3491 
steganography, 5:4146-4147, 4147 
Cryptomeria spp., 6:4256 
Cryptomeria japonica. See Japanese 
cedars 
Cryptomys spp., 4:2811 
Cryptomys hottentotus, 5:3754 
Cryptoprocta ferox. See Fossas 
Cryptosporidiosis, 6:4749 
Cryptosporidium spp., 4:3209, 6:4648 
Cryptosporidium parvum, 6:4749 
Crypturellus cinnamomeus. See 
Thicket tinamous 
Crypturellus variegatus. See 
Variegated tinamous 
Crystal field theory, 2:1125—1126 
Crystal Palace, 1:691 
Crystallogobius spp., 3:1976 
Crystallography 
metals, 4:2714 
minerals, 4:2775—2776, 2778-2779 
x-ray, 3:1960, 6:4725-4726 
Crystals, 2:1204-1209, 12057, 1206¢ 
body-centered cubic, 4:2714 
cholesteric, 4:2528 
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doping, 2:1208, 3:2481 
elasticity, 2:1465 
geodes, 3:1920 
glass, 3:1959-1960 
ice, 3:2233 
igneous rocks, 3:2242 
iron close-packed hexagonal, 
4:2714 
iron-face-centered, 4:2714 
liquid, 4:2528 
masers, 4:2645 
perfect, 1:6 
piezoelectric, 5:3487, 3605, 
6:4504-4505 
slurry, 3:1647 
solid, 5:4119 
structure, 6:4725 
Wigner, 1:6 
CSF. See Cerebrospinal fluid 
CT scans. See Computerized axial 
tomography 
Ctenocephalides canis. See Dog fleas 
Ctenocephalides felis. See Cat fleas 
Ctenopharyngodon idella. See Grass 
carp 
Ctenosaura spp. See Spiny-tailed 
iguanas 
CTS. See Carpal tunnel syndrome 
Cuban ivory-billed woodpeckers, 
6:4716 
Cuban trogons, 6:4446 
Cube root, 5:3595 
Cubes, 2:1096, 1394, 6:4617 
Cubic bornon nitride, 1:3-4 
Cubic equations, 2:1209 
Cubits, 4:2738 
Cubozoa, 3:2386 
Cuckoo bees, 1:506 
Cuckoo weavers, 6:4681 
Cuckoos, 2:/209, 1209-1211 
Cuclus canorus. See Eurasian cuckoos 
Cuculidae, 2:1209-1211 
Cuculiformes, 6:4481 
Cucumber tree, 4:2606 
Cucumbers, 3:1981, 1983, 6:4556 
Cucumis anguria. See Gherkins 
Cucumis melo, 3:1981—1982 
Cucumis sativus. See Cucumbers 
Cucurbita spp., 3:1982 
Cucurbita foetidissima. See 
Chilicoates 
Cucurbita pepo, 3:1981, 1982, 
6:4556 
Cucurbitaceae. See Gourd family 
Cuesta, 3:2449 
Cugnot, Nicolas-Joseph, 6:4403 
Cuirass, 5:3696 
Culaea inconstans. See Brook 
sticklebacks 
Culcidae, 3:1745 
Culebra Cut, 1:739 


Culex spp., 4:2851, 6:4686 
Culicidae. See Mosquitoes 
Culinary herbs, 1:792, 3:2113, 4:2793 
Cultivation, 5:3945, 3991 
See also Agriculture 
Cultural astronomy. See 
Archaeoastronomy 
Cultural formation (artifacts), 1:292 
Cultural resource managment, 1:296 
Culture 
bacterial resistance, 2:1347 
ethnoarchaeology, 2:1630 
ethnobotany, 2:1630 
pain and, 4:3171 
puberty and, 5:3546-3547 
symbiotic relationship, 6:4263 
taste, 6:4291 
Culture, prehistoric. See Prehistory 
Culver, Kenneth, 1:43 
Cumene, 1:520 
Cumin, 1:792 
Cuminum cyminum. See Cumin 
Cumulative ionization, 2:1467 
Cumulonimbus clouds, 1:367, 2:966, 967 
Cumulus clouds, 2:965—966, 967 
Cun (unit of measure), 1:41 
Cunninghamia spp., 6:4256 
Cuon alpinus. See Asiatic wild dogs 
Cupeoidei, 5:3786 
Cupressaceae, 3:2392 
Cupric sulfate, 2:1131 
Curare, 2:1211-1212 
Curassows, 2:868 
Curculionidae. See Weevils 
Curculionoidea, 1:509 
Curcuma spp., 1:308 
Curie, Marie 
curium, 2:1534 
death of, 1:742, 4:2501 
radioactivity, 1:392, 5:3590 
radium, 1:136 
Curie, Pierre 
curium, 2:1534 
death of, 4:2501 
magnetism, 4:2601—2602 
radioactive decay, 5:3608 
radioactivity, 1:392, 5:3590 
radium, 1:136 
Curies (ci), 5:3608, 3611 
Curing meat, 3:1778-1779 
Curium, 1:35—36, 2:1534, 4:3264 
Curium-242, 1:152 
Curl, R. F., 1:680 
Curlews, 2:1212-1213, 1566, 5:3784, 
3785 
Curran, James, 1:93 
Currants, 5:3801, 3802, 3802 
Current (electric). See Electric current 
Currents (water), 2:1213-1215, 1413 
abyssal plains and, 1:7 
barrier islands, 1:478 
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convection, 2:1123 
deep water, 2:1214 
El Nino, La Nina and, 
2:1457-1459 
global warming, 3:1967 
lakes, 3:2436-2437 
surface, 2:1213-1214 
tidal, 2:1214, 6:4371 
turbidity, 1:7, 2:1110, 1214 
upwellings, 6:4527 
Curtain formations, 1:827 
Curtains, noise-reducing, 4:3005 
Curtis, Heber Doust, 2:1152, 3:1844 
Curve-billed thrashers, 4:2807 
Curves, 2:1215-1216, 1216 
algebraic equations, 1:201—202 
analytic geometry, 1:201 
area under, 3:2311 
closed, 2:962-964, 963, 964 
derivatives of, 2:1290-1291 
distribution, 5:4123 
inflection point, 3:2290 
Cuscuses, 4:3281 
Cush-cush yams, 6:4736 
Cushing syndrome, 1:57, 
2:1216-1217, 3:2223, 4:2706 
Cutaneous anthrax, 1:240, 240 
Cutaneous system, 1:205 
Cuthbertson, John, 2:1522 
Cutlass fish, 4:2626 
Cutoff saws, 4:2580 
Cutshall, Cynthia, 1:44 
Cutting tools, 4:2722 
Cuttlefish, 2:1217-1219, 1218 
Cutworms, 4:2860 
Cuvier, George, 1:810, 3:1923, 
5:4181 
CVA. See Strokes 
CVD (Chemical vapor deposition), 
2:1208-1209 
CVS (Chorionic villus sampling), 
2:924-925, 932 
CW-TAH (Syncardia Cardio West), 
1:325 
Cyanamide process, 1:178 
Cyanea capillata. See Giant pink 
jellyfish 
Cyanide, 4:2512 
Cyanobacteria, 2:1220, 1635 
evolution, 6:4263 
fern symbiosis, 3:1704 
lichens, 6:4261-4262 
nitrogen fixation, 4:3002 
photosynthesis, 4:3317 
phytoplankton, 4:3332—3333 
stromatolites, 6:4193-4194 
structure and function, 4:2750 
water contamination, 6:4648 
Cyanocitta cristata. See Blue jays 
Cyanocitta sterlleri. See Steller’s jays 
Cyanophyceae, 4:2506 


Cyatheaceae, 3:1703 
Cybernetics, 2:1219 
Cyberspace, 6:4582 
Cycadeoidea spp., 1:519 
Cycadophyta. See Cycads 
Cycads, 1:519, 2:1219-1221, /220, 
3:2035, 4:3366 
Cycas spp., 2:1219 
Cycas circinalis, 2:1220 
Cyclamate, 2:1221-1222 
Cyclarhinae. See Peppershrikes 
Cyclarhis gujanensis. See Rufous- 
browned peppershrikes 
Cyclic adenosine monophosphate 
(cAMP), 2:889 
Cyclic interferometers, 3:2322, 
2322-2323 
Cyclic quadrilaterial, 3:1931 
Cycloalkanes, 3:2195—2196 
Cyclobenzaprine, 4:2884 
Cyclohexane, 1:520, 3:2196 
Cycloids, 4:2547-2548 
Cycloloma atriplicifolium. See Winged 
pigweed 
Cyclone collectors, 5:3432 
Cyclone filters, 3:2267 
Cyclones, 2:1222, 1413 
Antarctica, 1:232 
convection, 2:1123 
extratropical, 6:4449-4450, 4451 
isobars, 3:2374 
tropical, 5:4178, 6:4448-4453, 
4449, 4450 
Cyclopes didactylus. See Silky 
anteaters 
Cyclopoida, 2:1128 
Cyclopropane, 1:212 
Cyclosporines, 2:1222-1224, 6:4427 
Cyclothymia, 2:1286 
Cyclotrons, 1:11—12, 2:1224-1225, 
1225 
radioisotope production, 3:2379 
transuranium elements, 2:1532 
Cyclura spp. See Ground iguanas 
Cydonia oblonga. See Quince 
Cygni (star), 3:2100, 4:2516 
Cygnus atratus. See Black swans 
Cygnus buccinator. See Trumpeter 
swans 
Cygnus colombianus. See Tundra 
swans 
Cygnus colombianus bewickii. See 
Bewick’s swans 
Cygnus constellation, 1:609, 5:3603 
Cygnus olor. See Mute swans 
Cylinder locks, 4:2546 
Cylinders (engine), 3:2328—2330 
Cylinders (geometry), 6:4617 
Cylindrical coordinates, 5:3419, 3742 
Cylindroid aneurisms, 1:214 
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Cylindrotettix spp., 3:1998 

Cymbidium spp., 4:3110 

Cymbopogon citratus. See 
Lemongrass 

Cymbopogon martinii. See 
Gingergrass 

Cymbopogon nardus. See Citronella 
grass 

Cynara scolymus. See Globe 
artichokes 

Cynareae, 6:4359 

Cynctis penicillata. See Yellow 
mongooses 

Cynocephalidae, 2:1010 

Cynocephalus variegatus. See 
Temminck colugos 

Cynocephalus volans. See Philippine 
colugos 

Cynodonts, 4:3185, 3/85 

Cynogale bennettii. See Otter civets 

Cynomys spp. See Prairie dogs 

Cynomys gunnisoni. See Gunnison’s 
prairie dogs 

Cynomys leucurus. See White-tailed 
prairie dogs 

Cynomys ludovicianus. See Black- 
tailed prairie dogs 

Cynomys mexicanus. See Mexican 
prairie dogs 

Cynomys parvidens. See Utah prairie 
dogs 

CYP2D6, 4:3282 

Cyperaceae, 5:3796, 3842 

Cyperus spp. See Papyrus sedges 

Cyperus esculentus. See Edible nut- 
sedges 

Cyperus papyrus. See Papyrus sedges 

Cyperus tergetiformis. See Chinese 
mat grass 

Cypress, 5:4093 

bald, 5:3867, 6:4256, 4687 
swamp, 5:3866, 6:4255, 4255-4256 

Cyprinidae, 1:788, 4:2786 

Cyprinodon spp. See Desert pupfish 

Cyprinodon diabolis. See Devil’s Hole 
pupfish 

Cyprinodon radiosus. See Owen’s 
Valley pupfish 

Cyprinodon variegatus. See 
Sheepshead minnows 

Cyprinodontiformes, 3:2413, 2414 

Cyprinodontoidei, 3:2414 

Cyprinoidea, 6:4214 

Cyprinus carpio. See Common carp 

Cypripedium acaule. See Stemless 
lady-slippers 

Cypripedium calcaolus. See Yellow 
lady-slippers 

Cypripedium candidum. See White 
lady-slippers 
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Cypripedium reginae. See Showy lady- 
slippers 
Cypris larvae, 1:473 
Cypseloides niger. See Black swifts 
Cypselurus californicus. See 
California flying fish 
Cypselurus cyanopterus. See 
Margined flying fish 
Cypselurus exsiliens. See Bandwing 
flying fish 
Cypselurus heterurus. See Atlantic 
flying fish 
Cyrostachys renda. See Lipstick palms 
Cyrtonyx montezuma. See Harlequin 
quails 
Cystic acne, 1:28 
Cystic fibrosis, 2:1225-1228, 1228, 
5:3700 
causes, 2:1225—1226, 3:1891—1892 
gene therapy, 3:1885—1886, 1895 
Cystitis, 6:4538 
Cysts, lung, 5:3482 
Cytisus scoparius. See Scotch broom 
Cytochrome P450, 4:3282, 5:3871 
Cytochromes, 1:58, 2:1229 
Cytogenetic maps. See Chromosome 
mapping 
Cytogenetics, 2:939, 4:2672-2673 
Cytokines, 1:846 
Cytokinesis, 4:2804 
Cytokinins, 4:3368 
Cytology, 1:205, 747, 2:1229-1230 
Cytoplasmatic division, 1:846 
Cytoplasmic heredity, 4:3116 
Cytoreductive surgery, 1:748 
Cytosine 
base pairs, 2:1282, 1360-1361, 
1375-1376 
DNA fingerprinting, 2:1357-1358 
Cytotoxic T cells, 3:2253, 2255, 4:2566 


Ib 


D-amino acids, 2:1238 

D-D nuclear reactions, 4:3026 

D double prime. See Gutenberg 
discontinuity 

D horizon, 5:3988—3989 

D layer, 5:3599 

D-T nuclear reactions, 4:3026 

da Gama, Vasco, 4:3055 

Da Vinci, Leonardo, 1:559, 2:1402 

Da Vinci Surgical Robot System, 
5:3744 

DAB (Digital audio broadcasting), 
5:3600-3601 

Dabbling ducks, 1:23, 2:1385, 1387 

Dacelo gigas. See Laughing 
kookaburra 
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Dacentrurus spp., 2:1339 
Dacron, 5:3441 
Daedalus, 1:101 
Daedalus ’88, 1:106 
Daffodils, 1:171 
Daguerre, Louis Jacque Mande, 
4:3308 
Daguerreotypes, 4:3308-3309 
Dairy cows, 1:85—86, 4:2538 
Dairy farming, 1:85—86, 225 
Dairy products, 4:3060 
Daisy, oxeye, 2:1038 
Dalactine, 2:1627 
Dalbergia latifolia. See Asian 
rosewoods 
Dalbergia nigra. See Brazilian 
rosewoods 
Dalbergia sissoo. See Asian 
rosewoods 
Dale, Henry, 1:16 
Dalkon Shield, 2:1118 
Dalmane. See Fluorazepam 
Dalmation pelicans, 4:3238, 3239 
Dalton, John 
atomic model, 1:383—384, 390, 400, 
4:2664-2665, 2821-2822 
atomic weight, 1:396-397 
carbon dioxide, 1:772 
chemical bonds, 2:876 
color blindness, 2:1005, 1008 
constant composition, 2:1050 
dalton unit of measure, 4:2820 
Dalton (unit of measure), 
4:2819-2820 
Dalton protein, 5:3727 
Dalton’s law of partial pressure, 
5:4013 
Damadian, Raymond V., 4:2599 
Damaliscus spp. See Bastard 
hartebeests 
Dams, 2:1231-1234, 1232, 5:3733 
beaver, 1:500—501 
delta destruction, 2:1264 
flood control, 2:1231, 3:1752-1753 
history, 1:278, 2:1089, 1425 
hydroelectric, 2:1233—1234, 3:2210 
Damselflies, 2:1234, 6:4465 
Dana, James, 4:2727 
Danaidae. See Milkweed butterflies 
Danaus plexippus. See Monarch 
butterflies 
Dance language, bees, 1:507 
Dancing cranes, 2:1170 
Dancing monkeys, 3:2027 
Dandelions, 2:1038, 1040, 1041, 
5:3855-3856 
for edema, 2:1456 
latex from, 6:4620 
seed dispersal, 5:3855, 3855-3856 
Danielson, Edward, 3:2047 


Danish Meteorological Institute, 
3:2239 
Danjon, Andre, 1:356 
Dantrium. See Dantrolene 
Dantrolene, 4:2885 
DAP (Digital Auto Pilot), 1:419 
Daphnis, 5:3793-3794 
Dapsone, 4:2499 
Darby, Abraham, 3:2363, 5:4140 
Darius I, 1:740 
Dark energy, 1:528, 3:2346—2347 
Dark Era, 2:1154 
Dark-eyed juncos, 5:4050 
Dark field microscopes, 4:2752 
Dark-handed gibbons, 3:1947 
Dark matter, 2:1234-1236, 1235 
brown dwarfs, 1:671—672 
expanding universe, 1:528, 
3:2346-2347 
massive compact halo objects 
(MACHOs), 3:2002 
d’Arlincourt, Ludovic, 3:1699 
Darlingtonia californica. See Cobra 
plants 
Darners (dragonflies), 2:1380 
DARPA (Defense Advance Research 
Projects Agency), 1:552 
d’Arrest, Heinrich Louis, 4:3351 
Darrieus turbines, 6:4483, 4484 
Dart, Raymond, 3:2179 
Dartmoor ponies, 3:2161 
Darwin, Charles 
animal behavior, 1:516 
coral reefs, 2:1134 
eusociality, 4:2813 
evolution, 3:1650—1651, 1652, 1656 
flowers, 3:1754 
Great Barrier Reef, 3:2007 
islands, 3:2370 
Lamarckism, 3:2438 
origin of life, 4:3124 
On the Origin of Species, 1:559, 
3:1650-1651, 1656, 1754, 1905 
phototropism, 4:3318 
Piltdown hoax, 3:2179, 4:3340 
pollination, 5:3427—3428 
punctuated equilibrium, 5:3551 
survival of the fittest, 6:4249 
taxonomy, 6:4273, 4294 
The Various Contrivances by 
Which Orchids are Fertilized by 
Insects, 3:1754, 5:3427—3428 
Darwinism. See Evolution 
Darwin’s finches, 2:1033—1034, 
3:1658, 1660 
Darwin’s rheas, 3:1748 
Dasyatidae. See Stingrays 
Dasycercus cristicauda. See Crested- 
tailed marsupial mice 
Dasypodidae, 1:305 
Dasyprocta spp., 1:80, 81 
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Dasyproctidae, 1:80, 81 

Dasypus novemcinctus. See Nine- 
banded armadillos 

Dasyuri geoffroyi. See Western quolls 

Dasyuridae, 4:2643 

Dasyurus albopunctatus. See New 
Guinean native cats 

Dasyurus hallucatus. See Northern 
native cats 


Dasyurus maculatus. See Spotted- 
tailed native cats 
Dasyurus quoll. See Quolls 
DAT (Digital audio tape), 2:1329, 
1330, 4:2598 
Data, normative, 5:3538-3539 
Data collection, 5:4122 
Data encryption. See Encryption 
Data storage 
holographic, 4:3101 
magnetic, 4:2604 
optical, 3:2459, 4:3099-3102 
Databanks. See Databases 
Database software, 2:1066 
Databases 
bioinformatics, 1:550—552 
compact disc, 2:1029 
DNA, 1:550—551, 557, 
2:1354-1357, 1356, 3:2183 
DNA sequencing, 3:2184 
fingerprint, 3:1787 
genome, 1:550, 3:1912 
Date palms, 4:3189 
Dateline, international, 1:799 
Dates, 4:3189 
Dating techniques, 2:1236-1240, 1237 
archaeomagnetic, 1:300 
fission-track, 1:302, 2:1240 
flotation, 1:301—302 
focused ion beam analysis, 
3:1767 
fossils, 2:1238, 3:1804—-1805, 2178 
historical geology, 3:2138 
isotope analysis, 3:2379-2380 
luminescence, 1:301, 2:1238—1239, 
5:3460 
meteorites, 3:1925—1926 
obsidian hydration, 1:301 
paleomagnetic, 1:300 
pollen analysis, 2:1237—1238, 
4:3173, 3190-3191, 
5:3425-3426 
potassium-argon, 1:302, 2:1239, 
3:1925 
pottery analysis, 2:1237, 
1238-1239, 5:3460 
radiocarbon, 1:317, 2:1239-1240, 
3:2241, 5:3607, 3911 
rock art, 4:3275 
stratigraphy, 1:290-291, 294, 
2:1236-1237 
thermoluminescence, 2:1238—1239 


uranium, 2:1145—1146, 1240, 
3:1925 
See also Dendrochronology; 
Radioactive dating 
Datril. See Acetaminophen 
Datura spp., 6:4382 
Datura stramonium. See Jimson weed 
Daubentonia madagascariensis. See 
Aye-ayes 
Daubentonia robusta, 1:433, 3:2494 
Daubentoniidae, 1:433, 3:2490, 
5:3510-3511 
Daucus carota. See Queen Anne’s lace 
Daucus carota var. sativus. See 
Carrots 
Dausmann, Kathrin, 3:2132 
Davenport, Thomas, 2:1474 
David, Armand, 4:3192 
David Greybeard (chimpanzee), 2:903 
Davis, William, 5:3662 
Davy, Humphry 
alkali metals, 1:133, 134 
anesthesia, 1:211 
arc lamps, 1:282—283 
barium, 1:470 
calcium, 1:136, 718 
chlorine, 2:913, 3:2052 
diamonds, 2:1310 
electric arc, 2:1467 
heat, 3:2088 
incandescent light, 3:2263 
lithium, 4:2529 
magnesium, 1:135, 4:2591 
platinum catalysis, 1:807 
silicon, 5:3927 
sodium, 5:3976 
welding, 6:4683 
ytterbia, 3:2453 
Dawkins, Richard, 5:3862 
Dawn horses, 3:2159 
Dawn man, 4:3340 
Dawn redwoods. See Metasequoias 
Dawson, William, 3:2179 
Day-neutral plants, 3:1756 
Daylight savings time, 6:4374 
Days 
sidereal, 1:838 
units of measure, 4:2740 
DC. See Direct current 
DCS1000 (Digital Collection System 
1000), 3:2337 
DDE (Dichloro-2,2-bis(p-dichlorodi- 
phenyl)ethylene), 2:1241, 1242 
ddi (Didanosine), 1:94-95 
DDT 
(Dichlorodiphenyltrichloroethane), 
2:1241, 1241-1245 
bald eagles, 2:1243, 5:3635 
banning, 3:2302 
bioaccumulation, 2:1241, 3:1772, 2241 
biomagnification, 1:536, 564, 
2:911, 1243-1244, 3:1772, 
2301-2302 
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composition, 3:2043 
development, 2:911, 4:3271 
ecological damage, 3:2301—2302 
grebes, 3:2011 
hawks, 3:2067 
malaria prevention, 6:4455 
pelicans, 4:3239 
peregrine falcons, 1:564, 2:1244, 
4:3252 
uses, 2:911, 912, 1241-1242 
De Beers Consolidated Mines, 1:767 
de Broglie, Louis Victor, 4:2755, 3329, 
5:3566 
de Coulomb, Charles Augustin, 
6:4196 
de Fermat, Pierre, 4:3226, 5:3491 
de Forest, Lee, 2:1515, 6:4542 
de Gardanne, C. P. L., 4:2689 
De humani corporis fabrica (Vesalius), 
1:205 
De Isla, Rodrigo Ruiz Diaz, 5:3898 
de Jussieu, Joseph, 5:3574 
de la Bastie, Francois Royer, 
3:1961 
de la Condamine, Charles Marie, 
5:3574-3575 
De La Rue, Warren, 3:2263—2264 
De Lalande, Joseph Jerome 
Lefrancois, 4:2938 
de Laplace, Pierre Simon, 5:4003, 
6:4347, 4512 
de Laval, Carl, 6:4503 
De Materia Medica (Dioscorides), 
1:642, 3:1754 
de Mere, Chevalier, 5:3499 
de Meritens, Auguste, 6:4683 
de Moivre’s theorem, 2:1038 
de Monceau, Duhumel, 4:3376 
de Montmort, Pierre Raymond, 
4:3225 
De Morgan, Augustus, 3:1928 
De Re Metallica (Agricola), 4:3112, 
5:3749 
De Rerum Natural (Lucretius), 2:876 
De revoltuionibus orbium coelestium 
(Copernicus), 3:2096 
de Vaucouleurs, Gerard Henri, 
6:4233 
DEA (Drug Enforcement 
Administration), 3:2109, 4:2922 
Dead load, bridges, 1:663, 665 
Dead of Night (movie), 5:4128 
Dead Sea, 3:2436, 5:3780 
Dead wood, 4:3091 
Deadly nightshade, 1:137, 3:2051, 
6:4382 
Deafness, 2:1245—-1247, 1246, 4:2687, 
2966 
Deamination, 3:1667 
Dean, H. Trendley, 3:1764 
Deason, John, 5:3472 


4811 


xapuy jesauay 


General Index 


Death, 1:76-80 
elephants, 2:1541 
fetal, 6:4330 
thanatology, 6:4342-4343, 4343 
Death adders, 2:1463 
Death angels, 3:1839, 4:2893, 2907 
Death camases, 4:2519 
Death rate, 5:3446, 3447 
See also Mortality 
Death Valley, 1:481 
Deathcaps, 4:2893 
DeBakey, Michael, 1:325 
DeBary, Heinrich Anton, 4:3376 
Debt-for-nature swaps, 2:1259 
Debulking surgery, 1:748 
Debye, Peter, 2:1345 
Debye forces, 6:4547 
Debye units, 2:1000, 1345 
DEC (Diethylcarbamazine), 2:1545 
Decapoda, 2:1167, 4:2541, 5:3918 
Decay. See Decomposition; 
Radioactive decay 
Decibels, 4:3003 
Deciduous forests, 3:1796 
Decimal fractions, 1:51—52, 2:1247, 
4:2881, 3051 
Decison Investments Corporation, 
1:579 
Declination, magnetic, 2:1420, 
3:1922, 5:4009 
Decomposers, 3:1771-1772 
Decomposition, 2:1247-1248, 1248 
aerobic, 2:1048, 3:2445, 5:3883, 
3884, 3885 
ammonification, 1:181 
anaerobic, 3:2445 
biodegradable substances, 
1:541-542 
carbon cycle, 1:769 
chemical oxygen demand, 2:881 
composting, 1:87, 541, 
2:1045-1048, 1046, 1247-1248 
energy transfer, 2:1589 
food web, 3:1771-1772 
hydrolysis, 3:2213 
invertebrates, 3:2259 
landfills, 3:2445 
molds, 4:2809 


oxidation-reduction reaction, 4:3161 


polymers, 5:3439 
reactions, 2:882 
sewage, 5:3883, 3884 
thermochemistry of, 2:1019 
tropical rainforests, 5:3628 
Decompression sickness, 2:865, 
5:3834-3835, 4012 
Decongestants, 1:144, 5:3698 
Decontamination methods, 
2:1248-1250, 1249 
Decoys, 3:2297 


Decryption, 2:1203, 1250-1252, 1251 


See also Encryption 


4812 


Decubitus ulcers, 6:4501, 4502-4503 
Decyl aldehyde, 1:123 
Deductive reasoning, 6:4267 
Deep brain stimulation, 4:3213 
Deep Impact (spacecraft), 5:4033 
Deep-sea anglerfish, 1:219-220 
Deep-sea submersible vessels, 
6:4514-4515, 4516-4518, 4520 
Deep-sea vents, 4:3078, 3125 
Deep Space 1 (spacecraft), 2:1025 
Deep Space 2 (spacecraft), 4:2637 
Deep Space Network, 4:2640 
Deep water currents, 2:1214 
Deep water exploration. See 
Underwater exploration 
Deep well injection, 3:2071 
Deepwater sculpins, 5:3822 
Deer, 1:783, 2:1252-1255, 1253 
brainworm, 4:2850 
domestic, 4:2539 
habitat, 3:1797 
hunting, 2:1190 
introduced species, 3:2348, 2352 
irruptive populations, 6:4701 
population, 5:3445 
Deer flies, 6:4466 
Deer mice, 2:1255-1256, 4:2742 
Deer ticks. See Ixodes spp. 
Deere, John, 1:82 
Defassa waterbucks, 6:4653 
Defense Advance Research Projects 
Agency (DARPA), 1:552, 583 
Defense industry. See Military 
Defibrillators, implantable cardiover- 
ter, 4:3168 
Definite integrals, 1:276, 728-729 
Deflection, stealth technology, 5:4132 
Defoliation, 1:74—76, 2:1342 
Deforestation, 2:1256-1259, 1257 
carbon dioxide emissions, 
1:770-771, 772, 2:1258-1259, 
3:1797 
causes, 1:545, 2:1190 
damage from, 3:1797 
global, 3:1798 
global warming, 2:1256, 
1258-1259, 3:1966-1967 
hummingbirds, 3:2188 
hydrologic cycle, 3:2211 
marmosets and tamarins, 4:2628 
New Guinea, 1:591—592 
pandas, 4:3193 
rainforests, 5:3629-3630 
slash-and-burn agriculture, 
5:3945-3946 
transpiration effects, 6:4425 
tropical rainforests, 2:1568, 
5:3945-3946 
Degenerate era, 2:1154 
Degenerate matter, 5:4149 
Deglaciation, 6:4212 


Degrees, 1:218, 2:1260 
Dehydration 
alcohols, 1:119 
amides, 1:174 
camels, 1:737 
cell death from, 1:845 
food preservation, 3:1777, 1778 
sublimation, 6:4641 
sulfuric acid, 6:4224 
Dehydroepiandrosterone (DHEA), 
2:1260-1262 
Dehydroepiandrosterone sulfate 
(DHEAS), 2:1260-1261 
Deicers, 1:15 
Deimos, 4:2636—2637 
Deinonychus spp., 2:1338 
del Chinchon, Anna, 5:3574 
Delaroche, Paul, 4:3310 
Delayed fertilization, 1:489 
Delayed implantation, 1:498 
Delayed sleep phase syndrome, 
5:3953 
Delesse, Achilles, 4:3175 
Deletions, genetic, 3:1878, 4:2904 
Delian problem. See Duplication of 
the cube 
Delirium tremens (DTs), 1:120, 121 
DeLisi, Charles, 1:552 
Delisle, Jean Baptiste Louis Rome, 
2:1204 
Delphinapteras leucas. See Beluga 
whales 
Deltas, 2:1262-1265, 1263 
continental rise, 2:1110—1111 
formation, 1:150, 2:974, 
1262-1264 
sedimentary basins, 1:481 
subsidence, 6:4206 
tidal, 1:479-480, 2:1264 
Delusional disorders, 5:3539-3540, 
3812, 3813 
Demagnetization, 2:1200 
Demand-paging, 2:1062-1063 
Dementia, 2:1265-1269 
aging and, 1:78, 2:1266-1267 
Parkinson disease, 4:3212 
Demifoff’s galagos, 4:2556 
Democritus 
atomic model, 1:383, 390, 400 
germ theory, 3:1940 
physics, 4:3328 
smell, 5:3962 
Demodulation, 5:3598 
Demodus rotundus. See Common 
vampire bats 
Demographics, 3:2177 
Demoiselle cranes, 2:1170 
Dempster, Arthur Jeffrey, 4:2653 
Demyelination, 1:37—38, 3:2028 
Dendraster exocentricus, 5:3783 
Dendrimers, 3:1884, 6:4386 
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Dendrites 
action potentials, 1:36 
brain, 2:1495 
formation, 3:2332 
nerve impulses, 4:2950 
structure and function, 1:839, 
4:2955, 2960-2961 
Dendritic cells, 4:2566 
Dendroapsis polylepis. See Black 
mambas 
Dendrobatidae, 3:1825 
Dendrobium spp., 4:3108, 3110 
Dendrocalamus spp., 3:1995 
Dendrochronology, 1:300-301, 
2:1237, 1239, 1269-1271, 1270 
bristlecone pines, 4:3343, 6:4433 
climate and, 6:4433 
drought, 2:1383 
paleoclimate, 4:3174 
tree ring formation, 6:4714 
Dendrocopos major. See Great spotted 
woodpeckers 
Dendrocygninae. See Tree ducks 
Dendrocyngna autumnalis. See Black- 
bellied whistling ducks 
Dendrocyngna bicolor. See Fulvous 
tree ducks 
Dendrohyrax arboreus. See Tree hyraxes 
Dendrohyrax dorsalis, 3:2229 
Dendroica coronata. See Yellow- 
rumped warblers 
Dendroica fusca. See Blackburnian 
warblers 
Dendroica kirtlandii. See Kirtland’s 
warblers 
Dendroica petechia. See Yellow warblers 
Dendroica virens. See Black-throated 
green warblers 
Dendrolagus spp. See Tree kangaroos 
Dendrology, 6:4432-4433 
Dendromecon spp., 5:3442, 3443 
Dendromecon hardfordii, 5:3443 
Dengue fever, 2:1271-1272, 3:2107 
Denis, Jean-Baptiste, 1:623 
Denisonia spp., 2:1462 
Denisyuk, Yuri Nikolaevich, 3:2144 
Denitrification, 2:1272-1273, 4:2994, 
3000 
Denmark, 1:155, 2:994 
Denominators, 3:2478 
Density, 2:1273 
aerodynamics, 1:59-60 
fluid dynamics, 3:1756—-1757 
ice, 6:4642 
Dental caries, 2:1274-1279, 1275, 
3:1764-1766, 2054 
Dental fillings. See Amalgam fillings 
Dental records, 4:3081, 3082 
Dentistry, 2:1274-1279, 1275, 6:4507, 
4728 
Dentures, 2:1276, 1277-1278 


Deoxyribonucleic acid. See DNA 
Deoxyribose, 2:1281—1282 
Department of Agriculture (USDA). 
See U.S. Department of Agriculture 
Department of Commerce, 5:3908 
Department of Defense 
Advanced Research Projects 
Agency, 3:2341 
ballistic missiles, 1:453 
bio-flips, 1:535 
biometrics program, 1:570-571 
Department of Education, 1:412 
Department of Energy 
Human Genome Project, 1:552, 
3:2182-2185 
nuclear weapons detection, 6:4666 
radioactive waste, 5:3618—3619 
Department of Health and Human 
Services, 3:2051 
Department of Treasury, 2:959 
Dependency. See Addiction 
Dephenylmethanes, 6:4410 
Depletion layer, 3:2481 
Depo-medroxyprogesterone acetate 
(DMPA), 2:1119 
Depo-Provera, 2:1119 
Depolarization, 1:37—38 
Deposit-refund system, 5:3649 
Depositional environment. See 
Sedimentary environment 
Deposits (geology), 2:1285-1286 
Depot dose, 5:3814 
Depression, 1:255 
in bipolar disorder, 1:583—584 
dementia and, 2:1267 
menopause, 4:2691 
neurotransmitters in, 4:2968 
psychosurgery for, 5:3544 
See also Antidepressant drugs 
Depression lakes, 3:2435 
Depth perception, 2:1286-1289, /287, 
4:3248 
Derivatives, 2:1289-1292, 12901, 129/ 
approximation, 1:276, 2:1290, 
1290¢ 
integrals, 3:2311-2312 
Dermabrasion, 1:29 
Dermanyssus gallinae. See Chicken 
mites 
Dermaptera, 2:1427 
Dermatemydidae, 6:4492 
Dermatemys mawi. See Central 
American river turtles 
Dermatitis, atopic, 1:141 
Dermatome, 5:3911—3912 
Dermatomyositis, 1:416 
Dermatophagoides, 4:2800 
Dermestid beetles, 1:512 
Dermis, 2:998, 1086, 3:2318-2319 
Dermochelyidae, 6:4493 
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Dermochelys coriacea. See 
Leatherback sea turtles 
Derrick, Godfrey, 2:1169 
Derrick cranes, 2:1169 
Derris elliptica, 3:2488 
Derris malaccensis, 3:2488 
DES (Diethylstilbestrol), 2:1317-1319 
Desalination, 2:1292—1293 
seawater, 2:1292—1293, 3:2356, 
5:4120-4121, 6:4645 
soil, 1:572 
Desalting. See Desalination 
Desargues, Gerard, 5:3503-3504 
Desargues’ theorem, 5:3503—3504, 
3504 
Descartes, René 
amicable numbers, 1:174 
analytic geometry, 1:201 
Cartesian coordinate system, 1:794 
conditioning, 2:1074 
duplication of the cube, 2:1394 
functions, 3:1833 
graphs, 3:1989 
momentum, 4:2829 
pineal gland, 2:1573 
rainbows, 5:3625 
variables, 6:4549 
vivisection, 6:4606 
Deschampsia antarctica, 1:232 
Descriptive statistics, 5:4123 
Desensitization, 1:144, 4:3289, 5:3666 
Desert animals, 2:1294, 1383 
Desert-dwelling sandvipers, 6:4575 
Desert iguanas, 3:2243 
Desert jerboas, 3:2387 
Desert lynx, 1:817 
Desert plants, 2:1294, 1383 
Desert pupfish, 3:2415—2416 
Desert rat-kangaroos, 3:2404 
Desert slender salamanders, 5:3773 
Desert sparrows. See Black-throated 
sparrows 
Desert tortoises, 6:4493 
Desertification, 2:1294-1298, 1295 
Deserts, 2:1293-1294 
biomass, 1:565 
biomes, 1:568 
critical habitat, 2:1181 
ecological productivity, 2:1447 
erosion, 2:1622 
mass wasting, 4:2659 
Mediterranean, 2:1642-1643 
sedimentary environment, 5:3850 
shrubland, 5:3632 
soils, 5:3989 
South America, 5:4024 
xeroscaping, 6:4644 
Designer drugs, 3:2051 
DeSilva, Ashanthi, 1:43—44 
Desktop publishing, 5:3495-3497 
Desmana moschata, 4:2828 
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Desmans, 4:2826 
Desmodus rotundus. See Common 
vampire bats 
Desmondontinae, 1:487 
Destriau, Georges, 3:2482 
Desulfurization, flue-gas, 3:2268 
Detention dams, 2:1231 
Detergents 
biodegradable, 1:541 
brightners in, 4:3301 
phosphorus in, 4:3293, 3295 
production, 1:119, 778 
Determinants, 2:1298-1299 
Deterministic dynamic systems, 2:871 
Detonators, 3:1675 
Detritivores, 2:1247, 3:1771-1772, 
6:4447 
Detritus feeders. See Detritivores 
Deuterium, 2:1299-1300, 3:2378 
big bang theory, 2:1154 
nuclear fusion, 4:3034 
nuclear reactions, 4:3026 
structure and properties, 1:392, 
394, 2:1299, 3:2203 
Deuteromycota, 3:1840 
Deuterons, 4:3023 
Developing countries 
AIDS, 6:4459 
air pollution, 1:100-101 
contraception, 2:1121 
desertification, 2:1297-1298 
diarrhea mortality, 6:4457 
pollution, 5:3431 
savannas, 5:3798 
tuberculosis, 6:4458 
Development (growth). See 
Developmental processes 
Development (land) 
coastal, 2:974-975 
environmental ethics, 2:1598 
environmental impact statements, 
2:1600-1603 
erosion from, 2:1622 
eutrophication from, 2:1646 
floodplains, 3:1752 
lake shores, 3:2437 
mangrove ecosystems, 4:2616 
North America, 2:1598—1599 
sedimentation from, 5:3849 
shoreline protection, 5:3913 
on slopes, 4:2658, 2660 
soil conservation, 5:3991 
watershed impact, 6:4655 
wetlands destruction, 6:4690 
See also Land use; Sustainable 
development 
Developmental processes, 
2:1300-1302 
bones, 5:3940 
sex determination, 5:3890 
spina bifida, 5:4074 
touch, 6:4397 
See also Growth 
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Developmental psychology, 5:3535 
Deviation, 5:4124, 4125, 6:4553 
Devil facial tumor disease (DFTD), 
6:4289 
Devil’s Hole pupfish, 3:2414 
Devonian period, 1:71, 5:3854 
DeVries, William, 1:325 
Dew point, 2:1303, 3:1768 
Dewar, James, 2:1197, 1199, 3:1862 
Dexfenfluramine, 4:3071 
Dextroamphetamine, 1:186—189 
DFTD (Devil facial tumor disease), 
6:4289 
DHEA (Dehydroepiandrosterone), 
2:1260-1262 
DHEAS (Dehydroepiandrosterone 
sulfate), 2:1260-1261 
d’Herelle, Felix, 1:447 
Diabetes mellitus, 2:1303-1306, 
4:2706 
acetone, 1:16 
anticonvulsants, 1:254 
beta-blockers, 1:523 
causes, 2:1303, 1304, 1574, 1575 
decubitus ulcers, 6:4503 
gangrene from, 3:1857—1858, /858 
gestational, 2:1303-1304 
glucose in, 2:1303, 3:2309 
insulin, 3:2309-2310 
magnesium sulfate and, 4:2592 
obesity and, 4:3070 
stress and, 5:4186 
type I, 1:416, 2:1303—1304, 3:2309 
type II, 2:1303—1304, 3:2309 
Diacetylmorphine. See Heroin 
Diadectomorphs, 4:3181 
Diademed sifakas, 3:2493 
Diagnosis, 2:1306-1308, 5:3774-3775 
Diagnostic and Statistical Manual of 
Mental Disorders (DSM) 
attention-deficit hyperactivity dis- 
order, 1:401—-402 
mania, 4:2618 
schizophrenia, 5:3812, 3813-3814 
sex change, 5:3889 
Diagnostic imaging 
biophysics, 1:571 
brain, 4:2682, 5:3542 
cancer diagnosis, 1:747 
defined, 2:1307 
nuclear medicine, 4:3029-3031 
radioactive tracers, 5:3614-3615, 
3620 
radiology, 5:3620-3623 
split-brain functioning, 5:4082 
ultrasonic, 6:4506-4507 
x rays, 2:1307, 6:4728 
Dial calipers, 1:734 
Dialysis, 2:1308-1310, 1309, 3:2355, 
4:3138 
Diamagnetism, 4:2603, 2605 
Diamond, Fred, 4:3049 


Diamond doves, 4:3333 
Diamonds, 1:767, 2:1310-1312, /3/1 
abrasives, 1:3—4 
African, 1:70, 71-72 
carbon structure, 1:146, 680, 681 
classification, 4:2780 
composition, 3:1919 
crystalline structure, 2:1207 
hardness, 4:2808 
synthetic, 1:3—-4 
Dianarides Mountains, 2:1644 
Dian’s tarsiers, 6:4285 
Diapause, 3:2131—2132, 2402 
Diaphragm (contraception), 2:1117, 
5:3685 
Diaphragm (pressure sensors), 5:3487 
Diaphragm (respiratory), 5:3705, 
6:4360 
Diaphragmatic hernias, 3:2122, 
5:3481, 3483 
Diaphus spp., 3:2452 
Diarrhea 
cholera, 2:920, 6:4457 
cryptosporidium-related, 4:3209 
mortality, 6:4457 
nursery, 2:1594 
parasitic, 4:3205, 3210 
traveler’s, 2:1594, 1625 
Diarrhetic shellfish poisoning, 5:3655 
Diastole 
cardiac cycle, 1:781, 2:948, 
1490-1491 
function, 3:2079-208 1 
hypertension, 3:2221 
rhythm control and impulse con- 
duction, 3:2087 
Diathermy, 4:3325 
Diatomaceous earth, 1:128, 2:1313 
Diatomic oxygen, 4:3158, 3160 
Diatoms, 1:125, 128, 2:/313, 1313, 
5:3524-3525 
Diazepam, 4:2885, 5:3788, 6:4410, 
4411 
Diazo photocopying, 4:3303 
Dibranchiata, 5:4094 
DIBS (Dual ion beam sputtering), 
6:4236 
Dicalcium silicate, 2:1073 
Dicamptodon ensatus. See California 
giant salamanders 
Dicamptontidae, 5:3772 
Dicerorhinus sumatrensis. See 
Sumatran rhinoceros 
Diceros bicornis. See Black rhinoceros 
Dichloro-2,2-bis(p-dichlorodipheny- 
Dethylene (DDE), 2:1241, 1242 
Dichlorodiphenyltrichloroethane. 
See DDT 
Dichotic listening, 5:4082 
Dichotomous taxonomy, 
6:4293-4294 
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Dichromate, 1:179 
Dick, George, 5:3809 
Dick, Gladys, 5:3809 
Dick-Read, Grantley, 1:596 
Dick test, 5:3809 
Dicke, Robert Henry, 2:1147, 1153 
Dickson, William Kennedy, 4:2862 
Diclofenac, 6:4624 
Dicotyledons, 3:2474, 5:3972 
Dicranopteris emarginata. See Uluhe 
ferns 
Dicrostonyx torquatus. See Arctic 
lemmings 
Dicruridae. See Drongos 
Dicrurus macrocercus. See Black 
drongos 
Dicrurus paradiseus. See Greater 
racket-tailed drongos 
Dictionary of Medical Syndromes 
(Magalini), 6:4270 
Dicumarol, 1:252 
Dicyemida, 4:2704 
Dicynodonts, 4:3182 
Didanosine (ddi), 1:94-95 
Didelphis albiventris. See White-eared 
opossums 
Didelphis aurita. See Big-eared 
opossums 
Didelphis marsupialis. See Southern 
opossums 
Didelphis viginiana. See Virginia 
opossums 
Didosaurus mauritianus, 5:3943 
Dieldrin, 2:1244 
Dielectric materials, 1:755—756, 757, 
2:1314-1315 
Diencephalon, 1:654-655 
Diene monomers, 4:2839, 2839t 
Diener, T. O., 4:3376 
Diesel, Rudolf, 2:1315, 6:4204 
Diesel engines, 2:1315-1317, 13/6, 
1317 
compression in, 3:2328 
fuel in, 3:2329 
locomotive, 6:4405-4406 
ship propulsion, 6:4483—4485 
submarines, 6:4204 
Diet, 4:3059-3062, 3060 
antioxidants, 1:261 
cancer and, 1:745 
cancer prevention, 1:749 
heart disease prevention, 3:2083 
high-carbohydrate, 4:2711 
high-protein, 4:2711 
for hypertension, 3:2222, 2224 
for obesity, 4:3070 
puberty, 5:3547 
vegetarian, 3:1781, 2119, 4:3058 
vitamin supplements and, 4:3058 
yo-yo, 2:1430 
Diet therapy, 1:403 


Dietary Supplement Health and 
Education Act, 3:2115 
Dietary supplements. See Nutritional 
supplements 
Diethyl ether. See Ether 
Diethylcarbamazine (DEC), 2:1545 
Diethylstilbestrol (DES), 2:1317-1319 
Dietz, Robert Sinclair, 1:354 
Difference 
sets, 5:3875, 3875 
subtraction, 6:4210 
Difference engine, 1:723, 2:1055 
Differential analyzer, 2:1055 
Differential calculus, 1:725, 726-727, 
727, 2:1290 
Differential gears, 3:1868 
Differential migration, 4:2766 
Diffraction, 2:1319-1320, 4:2514 
Fraunhofer lines, 2:1319, 
3:1814-1815 
light, 2:1004, 1319-1320, 4:3103 
Diffraction grating, 2:1319, 
1320-1321 
Diffractometers, 6:4725-4726 
Diffuse emissions. See Non-point 
source 
Diffuse nebulae, 4:3358-3361 
Diffusion, 2:1321-1322, 1322 
cell membrane, 1:849-850, 
2:1321-1322, 1322 
circulatory system, 2:945 
respiration, 5:3692 
Digesters, anaerobic, 1:545 
Digestion, 2:1322—1326, 1/323 
cellulose, 1:855 
lipids in, 4:2527 
ruminants, 1:821—822, 855, 5:3765 
Digestive juices, hydrogen chloride in, 
3:2206 
Digestive system, 1:205—206, 
2:1322-1329, 1323, 1325, 4:3123 
cells, 1:839 
organs, 4:3115 
peanut worms, 4:3234 
seals, 5:3833-—3834 
tissue, 6:4377 
Digestive system disorders, 
2:1328-1329, 1378 
Digger bees, 1:506 
Digges, Leonard, 6:4248 
Digges, Thomas, 2:1152 
Digging sticks, 1:81 
Digital audio broadcasting (DAB), 
5:3600-3601 
Digital audio tape (DAT), 2:1329, 
1330, 4:2598 
Digital Auto Pilot (DAP), 1:419 
Digital cameras, 2:1330, 4:3313-3315 
Digital Collection System 1000 
(DCS1000), 3:2337 
Digital compositing, 4:2866 
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Digital computers, 1:641, 2:1054, 
1055-1057, 1056 
See also Computers 
Digital imaging, 4:3307, 3313-3315 
Digital integrated circuits, 3:2314 
Digital light processing (DLP), 6:4322 
Digital maps, 1:797, 802 
Digital recordings, 2:1329-1331, 
6:4272, 4570 
Digital scanners, 5:3805-3807 
Digital signals, 1:200—201 
electronics, 2:1519 
radio, 5:3600-3601 
telephones, 6:4311 
transistors, 6:4417 
Digital signatures, 2:1068 
Digital Subscriber Line (DSL), 3:2341 
Digital television. See ATV 
(advanced) television 
Digital thermostats, 6:4359 
Digital Video Broadcasting (DVB), 
6:4567 
Digital video disc (DVD), 2:1330, 
1395-1396, 4:3291, 6:4570-4571 
data storage, 4:3099-3100 
high-definition, 2:1395—1396, 
6:4570, 4571 
personal music players, 4:3270 
Digitalis, 2:1331-1333, 3:2114, 5:3972 
Digitalis lanata. See Woolly foxglove 
Digitalis purpurea. See Purple 
foxglove 
Digitaria spp. See Crabgrasses 
Digoxin, 2:1456 
Dihydroergotamine, 4:2764 
Dihydrogen phosphate, 1:685 
Dik-diks, 2:7333, 1333-1334, 
1396-1397 
Dikes, 3:2449 
Dilantin. See Phenytoin 
Dilaridae. See Pleasing lacewings 
Dilger, Anton, 6:4665 
Dill, 1:792, 3:2113 
Dimensions, Hausdorf, 3:1810—-1811 
Dimethyl benzene. See Xylenes 
Dimethyl ketone. See Acetone 
Dimethyl phthalate, 2:1628 
Dimetrodon spp., 2:1338 
Dimorphism, sexual, 1:590, 2:1434, 
5:3861, 3893-3894 
Dingoes, 1:752, 752, 753 
Dinitroanalines, 3:2116 
Dinitrogen, 2:1272—1273 
nitrogen cycle, 4:2998—2999 
nitrogen fixation, 4:2994, 3000, 
3001-3003 
Dinoflagellates, 5:3525 
bioluminescent, 1:560 
red tides, 1:125, 128, 5:3655-3656, 
6:4649 
saxitoxin in, 2:1102 
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Dinophyceae, 5:3655 
Dinophysis spp., 1:128, 5:3655 
Dinornis spp. See Moas 
Dinosauria. See Dinosaurs 
Dinosaurs, 2:1334-1341, 1335, 1336 
biology of, 2:1336 
bird evolution from, 1:586 
carnivorous, 2:1338, 4:3182-3183 
classification, 5:3687 
evidence of, 2:1335, 1336-1337 
evolution, 2:1338, 4:3182-3184, 
3183 
extinction of, 1:544, 810, 
2:1335—-1336, 1340-1341, 
3:2399-2400 
herbivorous, 2:1339-1340, 4:3184 
mass extinction, 4:3184 
nests, 2:1337, 4:3175 
Diode lasers, 3:2458, 2459, 
4:3100-3101 
Diodes, 2:1341 
base-emitter, 6:4419 
collector-base, 6:4419 
development, 2:1515 
Gunn, 4:2761 
Hall effect, 3:2045 
light-emitting, 2:1518, 3:248/, 
2481-2483, 2482 
tunnel, 6:4481 
vacuum tubes, 6:4541—-4542 
Diodora cayenesis, 4:2523 
Dioecy, 5:3891, 3894 
Diomedea amsterdamensis. See 
Amsterdam albatross 
Diomedea dabbenena. See Tristan 
albatross 
Diomedea exulans. See Wandering 
albatross 
Diomedea immutabilis. See Laysan 
albatross 
Diomedea sanfordi. See Northern 
royal albatross 
Diomedeidae, 1:111 
Dionacea muscipula. See Venus 
flytrap 
Dione, 5:3793-3794 
Diophantine equations, 2:1439 
Diorite, 3:2243 
Dioscorea spp. See Yams 
Dioscorea alata. See Asiatic yams 
Dioscorea batatas. See True yams 
Dioscorea bulbifera, 6:4736 
Dioscorea cayenensis. See Yellow 
yams 
Dioscorea rotundata. See White yams 
Dioscorea trifida. See Cush-cush yams 
Dioscoriaceae, 6:4736 
Dioscorides, 1:642, 2:1116, 3:1754 
Diospyros spp. See Ebony 
Diospyrus crassiflora, 2:1432 
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Diospyrus macassar. See Macassar 
ebony 
Diospyrus mespiliformis. See 
Jakkalsbessie ebony 
Diospyrus virginiana. See Persimmons 
Dioxins, 2:1341-1343 
Agent Orange, 3:2117 
biomagnification, 1:563—564 
incineration emissions, 3:2268 
TCDD, 1:74, 76, 2:1342-1343, 
3:2117 
Dip-pen nanolithography (DPN), 
4:2920 
Dip-slip faults, 3:1695 
Dipeptides, 1:177 
Diphastastrum spp. See Club mosses 
Diphllobothrium latum, 4:3206 
Diphtheria, 2:897, 1343-1345, 3:2247 
Diphyllobothrium spp., 4:3208 
Diphyllobothrium latum. See Broad 
fish tapeworms 
Dipleurula theory, 4:3180 
Diplodactylinae, 3:1868 
Diplodactylus williamsi. See Spiny- 
tailed geckos 
Diplodocus spp., 2:1339 
Diplopoda, 4:2773-2774 
Diploxylon spp., 4:3342 
Dipnoi. See Lungfish 
Dipodidae. See Jerboas 
Dipodomys spp. See Kangaroo rats 
Dipole, 2:/345, 1345-1346, 1346, 
1501, 6:4547 
Dipropyl isocinchomeronate, 5:3510 
Diprotic acids, 1:25 
Diprotodontia, 4:2644, 6:4711 
Dipsosaurus spp. See Desert iguanas 
Diptera spp., 2:1242 
Diptera flies, 3:1744, 4:2851, 
6:4464-4465 
Dipterus spp., 4:2559 
Dipus sagitta. See Hairy-footed jerboas 
Dirac, Paul 
antimatter, 1:258 
antiparticles, 1:262 
atomic model, 1:387 
grand unified theory, 3:1985 
physics history, 4:3329 
positrons, 2:1514, 6:4197 
quantum electrodynamics, 5:3563 
quantum mechanics, 5:3566 
Direct current (DC), 2:1471, 
1488-1489 
capacitance, 1:755 
conversion, 6:4541-4542 
electric motors, 2:1472, 1473 
electrical power supply, 
2:1482-1483 
electronics, 2:1517 
generators, 3:1888, 1889 
photovoltaic cells, 4:3322 


Direct gap materials, 3:2458 
Direct methanol fuel cells (DMFC), 
3:1832 
Direct proof, 5:3508 
Direct variation, 2:1346 
Directional selection, 5:3861 
Directrix. See Conic sections 
Dirigibles, 1:102, 107-111, 108, 3:2204 
Dirofilaria immitus, 4:3206 
Disability rehabilitation, 5:3662-3664 
Disaccharides, 1:765—766 
Disassociation, 4:2879 
Disassociative identity disorder. See 
Multiple personality disorder 
Disc herniation, 3:2122, 4:2965 
Dischidia rafflesiana, 3:2476-2477 
Discoglossidae, 3:1824 
Discontinuous capillaries, 1:757—758 
Discours de la methode (Descartes), 
1:201 
Discovery (space shuttle), 3:2171, 
2333, 2334, 5:4034, 4034-4040 
Discovery program (space probe), 
5:4032 
Discrete amplifiers, 1:192 
Discrete variables, 5:4122 
Discula spp., 2:1365 
Disease outbreaks. See Epidemics 
Disease prevention, 2:1347—1348 
Disease-resistant crops, 3:2316 
Disease transmission, 4:3229-3230 
AIDS, 1:93, 5:3899 
airborne, 2:1608 
bubonic plague, 1:679 
childhood diseases, 2:895 
common cold, 2:997, 998 
contact, 2:1608 
Diptera, 4:2851 
droplet, 2:1608 
Ebola virus, 2:1431, 6:4749 
epidemics, 2:1608—1609 
foot and mouth disease, 
3:1783-1784 
hemorrhagic fevers, 3:2105—2106 
hepatitis, 3:2110, 2111, 2112 
HIV, 1:93, 95 
by insects, 2:911 
malaria, 3:1746, 4:2853, 3209, 
5:3530, 6:4455 
maternal-fetal, 2:899 
mosquitoes, 4:2851, 2853, 3207 
plant diseases, 4:3376, 3378 
prevention, 2:1347—1348 
protista, 5:3526-3527 
rabies, 5:3577 
rats, 5:3642 
rickettsia, 5:3727—3728 
West Nile virus, 6:4685—-4688, 4749 
yellow fever, 6:4738, 4749 
zoonoses, 6:4749-4751 
See also Sexually transmitted dis- 
eases; Vectors (carrier) 
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Diseases, 2:1346-1348 
of aging, 1:78 
etiology, 2:1347, 1634-1635 
genes for, 1:580 
germ theory, 1:250, 444, 559, 
3:1940-1942, 2246 
livestock, 1:88 
polygenic, 3:2299 
stress-related, 5:4186, 4187 
tropical, 6:4454-4459, 4456 
See also specific diseases 
Disequalibrium, linkage, 3:1661 
Disinfectants, 3:1784, 2207, 5:3986, 
6:4652 
Disjunctions, 6:4266 
Disk Operating System (DOS), 2:1066 
Dislunisal, 3:2043 
Disogenin, 6:4736 
Disorganized schizophrenia, 5:3812 
Dispersion 
fiber optic, 3:1720 
seed, 5:3855-3856, 6:4472 
ultrasonic, 6:4505 
variance measurement, 6:4553 
Displacement 
atmospheric, 1:375 
competitive, 2:1033-1034 
engine, 1:425 
ships, 1:694 
Displays 
head-mounted, 6:4582-4584 
visual, 6:4337 
Disruptive selection, 5:3861 
Dissection, 6:4243, 4605-4607 
Dissociation, 2:1348-1349, 1349, 
4:3299-3300 
Distal end, 1:207 
Distance, 1:201—202, 2:1350, 6:4719 
Distillation, 2:1350-1352, 1351 
alcoholic beverages, 1:117 
desalination, 2:1292-1293, 6:4645 
flash, 2:1293 
fractional, 2:1199, 3:2197-2198 
vinegar, 1:15 
Distributary mouth bars, 2:1263, 1264 
Distribution curves, 5:4123 
Distributive property, 2:1352 
Disturbances, archaeological, 1:292 
Disturbances, ecological, 
2:1352-1353, 1353, 6:4210-4214 
See also Environmental impact; 
Habitat degradation 
Dithiocarbamate, 5:3840 
Diuretics, 2:1456 
for hypertension, 3:2224—2225 
juniper berries, 3:2392 
reproductive toxins in, 5:3686 
thiazide, 3:2221—2222 
urea, 6:4537 
Diurnal cycles, 2:1353-1354, 6:4371 
Divergent evolution, 3:1655—1656 


Divergent plate boundaries, 4:2725, 
5:3392-3393 
Diversion dams, 2:1231 
Diversity. See Biodiversity 
Diving 
cetaceans, 2:864-865 
history, 6:4512, 4514 
scuba, 1:694, 6:4514 
sea lions, 5:3828 
seals, 5:3834—3835 
underwater exploration, 6:4514 


Diving ducks, 1:23 
Diving petrels, 4:3273 
Diving response, 5:3661 
Divinylbenzene, 3:2354 


Division, 1:303, 2:1354-1355 
algebra, 1:129 
common fractions, 3:1813-1814 
complex numbers, 2:1037 
congruence, 4:2808 
integers, 3:2310 


DLP (Digital light processing), 6:4322 


DMFC (Direct methanol fuel cells), 
3:1832 


DMPA (Depo-medroxyprogesterone 
acetate), 2:1119 


DNA (Deoxyribonucleic acid), 
2:1279-1285, 1280, 1281, 
4:3044-3045 

aging and, 1:77—78 

Ames test, 1:173 

archaebacteria, 1:284, 285 

archaeogenetics, 1:288—290 

bacteria, 1:439, 444 

bacteriophage, 1:448 

base pairs, 1:444, 2:1357-1358, 
1360-1361, 1375-1376 

bloodstain evidence, 1:624 

blotting analysis, 1:625—-627 

in cancer causation, 1:743-744, 
2:1280, 1302 

cellular nucleus, 4:3045—3046 

chromatin, 2:925 

in chromosomes, 2:928-929, 936 

codons, 2:988—989 

complementary, 2:1034-1035 

composition, 2:909 

conjugation, 4:2747 

discovery, 1:579 

double helix, 2:1375-1376, 1376, 
3:1905—1906 

electrophoresis, 2:1520—-1521 

episomes, 2:1613—1614 

evidence, 3:1786 

evolutionary rate of change, 
3:1659 

fossil, 3:1807, 1808 

function, 2:1282 

fungi, 3:1837 

in gene expression, 2:1283—1284, 
1302, 5:3724, 3735 

gene splicing, 3:1879-1882 
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human artificial chromosomes, 
3:2173-2174 

human evolution, 3:2178 

microbial genetics, 4:2746-2747 

microorganisms, 4:2750 

mitochondrial, 1:289, 4:2800, 
2800-2802, 2801, 3228-3229 

molecular biology, 4:2813-2815 

molecule denoted, 4:3115-3116 

origin of life, 4:3126 

palindrome, 4:3187 

PCR analysis, 3:1790 

plants, 4:3368, 3369 

protein synthesis, 2:934, 5:3518 

proteins and, 2:936-937 

retroviruses, 1:93, 5:3712—3713 

in selective breeding, 1:221 

selfish, 3:1913 

structure, 2:1279, 1280, 1281, 
1281-1282, 1360, 1375-1376, 
1376, 3:1906 

transduction, 1:285, 4:2747 

transfection, 4:2747, 6:4415 

transformation, 1:285, 3:1902, 
4:2747, 6:4415 

viral, 6:4577-4578, 4586-4587, 
4589-4590 

x ray diffraction, 2:1204 

See also Genetic engineering; 
Recombinant DNA technology 


DNA analysis. See Genetic testing; 
Polymerase chain reactions 
DNA chip. See Microarrays 
DNA databases, 1:550-551, 55/, 
2:1354-1357, 1356 
Human Genome Project, 1:550, 
3:2183 
missing persons, 4:2802 
DNA fingerprinting, 2:1279, 1281, 
1357-1359, 1361-1362, 
3:1787-1788, 1908 
DNA hybridization, 3:1908 


DNA Identification Act (1994), 
2:1357 


DNA microarrays. See Microarrays 


DNA mutation. See Mutagenesis; 
Mutations 
DNA polymerase, 2:1283, 3:1906, 
5:3724 
DNA probes 
biological weapons detection, 
6:4666-4667 
blotting analysis, 1:626 
diagnostic, 1:540 
FISH analysis, 3:1761 
genetic idenification of microor- 
ganisms, 3:1897 
polymorphisms, 3:1899 
single locus, 4:3228 
DNA recognition instruments, 
2:1359-1360 


DNA replication, 2:1282—1283, 1360 
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DNA sequence maps. See 
Chromosome mapping 
DNA sequencing, 5:3865—3866 
base pairs, 4:2814 
biometric use, 1:570 
chromosome mapping, 2:938—939 
comparative genomics, 
3:1912-1913 
databases, 3:2184 
defined, 2:1279, 1283 
discovery, 3:1894, 1903 
DNA databases, 2:1357 
DNA fingerprinting, 2:1357-1358 
enzymatic engineering, 2:1603, 
1604 
evolution, 3:1654 
FISH technique, 3:1761—1762 
gene splicing, 3:1879-1880 
genomes, 3:1908 
Human Genome Project, 3:2183 
palindrome, 4:3187 
shotgun cloning, 5:3915 
taxonomy, 6:4294-4295 
x-ray diffraction, 1:571 
DNA synthesis, 2:1282—1283, 
1360-1361 
DNA technology, 2:1361-1362 
DNA tests. See Genetic testing 
DNA transfer, 6:4415 
DNA vaccines, 2:1362—1363, 6:4540 
Dobelle, William H., 1:330—331 
Dobelle implants, 1:330—331 
Dobereiner, Johann, 1:807, 2:1529 
Dobsonflies, 2:1363—1364 
Dobzhandksy, Theodosius, 3:1651, 
1652 
Dochez, Alphonse, 5:3809 
Doctrine of Signatures, 2:1041, 6:4630 
Document delivery, on-line, 5:3495 
Documents 
alternate light source analysis, 1:153 
forensic analysis, 3:1790 
optical character recognition, 5:3806 
DOD. See Department of Defense 
Dodds, Edward, 2:1317 
Dodos, 2:1182, 5:3943 
DOE. See Department of Energy 
Dog-biting lice, 4:2506 
Dog-day cicadas. See Annual cicadas 
Dog fleas, 3:1743 
Dog roses, 5:3760 
Dogfish sharks, 5:3903, 3907 
Dogs 
classical conditioning, 1:517, 
2:1074-1075, 5:3664-3665 
domestic, 1:753—754, 6:4263 
geochemical analysis, 3:1918 
rabies, 5:3579 
robotic, 5:3743 
selective breeding, 1:222 
sense of smell, 5:3963 
wild, 1:752, 753, 754 


4818 


Dogwood trees, 2:/364, 1364-1365 
Doi, Y., 4:3376 
Doldrums (wind), 1:373 
Dolichonyx oryzivorus. See Bobolinks 
Doline karst, 3:2406 
Dollarbirds, 5:3755 
Dolls, robotic, 5:3740, 3742 
Dolly (cloned sheep), 2:960, 962, 
3:2127 
Dolomite, 1:87, 136, 720 
Dolphins, 2:863-868, 864 
biomagnification, 3:1772 
by-catch, 2:1380, 6:4476 
echolocation, 2:865, 1434-1435 
Domain, 2:1365-1366 
Domes (architecture) 
geodesic, 3:1920-1921, 192] 
hemispherical, 1:688 
pendentive, 1:688 
Domes (geology), 2:1103, 3:1771 
Domestic animals, 2:1191—1192, 
4:2536-2541 
agricultural labor from, 1:81, 83 
breeding, 1:220-225 
cloning, 2:960, 962, 3:2175—2176 
gametogenesis, 3:1853 
genetically modified, 3:1908 
human carrying capacity, 1:794 
introduced species, 3:2348 
population growth, 5:3444, 3445 
selective inbreeding, 1:90 
symbiotic relationship, 6:4263 
See also Livestock; specific 
animals 
Dominant inheritance, 2:1245—1246, 
3:1890-1891, 1906-1907, 4:2685 
Domoic acid, 5:3655 
Donati, Giovanni, 2:1024 
Donepezil, 1:167 
Donkeys, 1:346—347, 2:1366-1367, 
4:2539 
Donne, John, 5:3898 
Donor organs, 6:4429 
Donors, blood, 1:623 
Doodlebugs. See Antlions 
Dopamine, 2:1367-1370, 1368, 1369, 
4:2968 
amphetamine effects, 1:188 
antipsychotic drugs, 1:263 
cocaine, 2:982 
memory and, 4:2969 
Parkinson disease, 4:3211 
production, 1:57 
in schizophrenia, 4:2968 
synapse, 6:4269-4270 
Dopamine receptor antagonists, 
5:3814-3816 
Dopamine receptors, 1:121 
Doping 
blood, 4:3255 
crystals, 2:1208, 3:2481 
silicon crystals, 6:4418-4419 


Doppler, Johann Christian, 2:1370 
Doppler effect, 2:1370-1372, 1371 
age of the universe, 1:73—74 

bats, 1:489 
cosmic background radiation, 
2:1148 
extrasolar planets, 3:1681 
Mossbauer effect, 4:2857, 2858 
radar, 2:1372, 5:3584, 6:4390, 4708 
redshift, 2:1152, 5:3656-3657 
sound waves, 2:1370—1371, 137/, 
5:4019-4020 
spectral lines, 5:4057 
stars, 1:363, 525 
ultrasonics, 6:4506-4507 
Doradidae, 1:812 
Dorcas gazelles, 1:239, 3:1866—1867 
Dorcopsis spp., 3:2403 
Dorer, Albrecht, 2:1591 
Doric style, 1:687 
Dories (fish), 2:1372-1373 
Dormice, 2:1372, 4:2741 
Dorn, Friedrich, 5:3623 
Dorsal surface, 1:206 
DOS (Disk Operating System), 
2:1066 
Dosimetry, 2:1373-1374, 1374 
Dot-matrix printers, 5:3496 
Double-banded coursers, 2:1163 
Double-blind studies, 2:1375 
Double-crested cormorants, 2:1140, 
1140, 1141 
Double-eyed fig-parrots, 4:3216 
Double helix, 2:1375-1376, 1376, 
3:1905-1906 
See also DNA 
The Double Helix (Watson), 
2:1376 
Double-housing planers, 4:2578 
Double stars. See Binary stars 
Double yellow Amazon parrots, 
4:3215 
Douglas, Andrew Ellicott, 1:300 
Douglas, J. Sholto, 3:2213 
Douglas firs, 3:1732, 1733 
Douglas squirrels, 5:4097 
Douroucoulis, 4:2835 
Dovekie, 1:404 
Dover sole, 3:1739 
Doves, 4:3333-3335 
Dow Chemicals, 3:1937 
Dowitchers, 5:3784 
Down, J. Langdon, 5:3799 
Down syndrome, 1:601, 2:929—930, 
1376-1379, 1377, 3:1893 
amniocentesis, 1:185 
chromosomal abnormalities, 
2:928, 932 
cytogenetics, 4:2672—2673 
meiosis mutations, 4:2674-2675 
prenatal testing, 2:932, 934 
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Down syndrome mosaics, 2:928 

Downdrafts, 2:1123, 6:4367 

Downloading music, 4:3270 

Downs, J. Cloyd, 5:3977 

Downs cell, 5:3977 

Downy bromegrass, 3:1996 

Downy mildew, 4:2767, 5:3526 

Downy phlox, 4:3289 

Downy woodpeckers, 6:4716, 4717 

Doxycycline, 4:2563, 2610 

Doyle, Arthur Conan, 3:1786 

DPN (Dip-pen nanolithography), 
4:2920 

DPT vaccine, 2:1344 

Dracaena spp. See Dragon trees 


Dracunculus medinensis. See Guinea 
worms 


Draft horses, 4:2539 

Draft lottery, 5:3631 

Drag, 1:60, 61, 103-104, 3:1758 

Drag coefficient, 1:60 

Dragon trees, 4:2519 

Dragonflies, 2:/379, 1379-1380, 
4:3180, 6:4465 

Dragon’s blood, 4:2519 

Dragon’s-mouth orchids, 4:3110 

Drain cleaners, 5:3984 

Drainage basins, 1:480-481 

Drake, Edwin L., 4:3086, 3276 

Drake, Frank, 5:3876 

Drake equation, 5:3876-3877 

Draper, Charles Stark, 1:418 

Draper, John, 4:3299 

Draught horses, 3:2161 

Dreams, 5:3532, 3947 

Drebbel, Cornelius, 6:4202 

Dredging, 5:3914 

Drepanididae. See Honeycreepers 

Drepanis pacifica. See Mamos 

Dresen Codex, 1:287 

Dressing apraxia, 1:277 

Drexler, Eric. See Drexler, K. Eric 

Drexler, K. Eric, 4:2704, 2917 

Drian cleaners, 1:165 

Driesch, Hans, 2:1557 

Drift nets, 2:868, 1380-1381 

Drills (baboons), 1:436, 438-439 

Drills (tool), 3:2058, 4:2578—2579, 
6:4506 

Drinker, Philip, 5:3422 

Drinking water. See Water supply 

Drip irrigation, 3:2366, 2367-2368, 
6:4644 

Drive-reduction theory, 3:2477 

Drive wheels, 6:4403 

Driving while impaired (DWI), 1:657 

Dromaiidae, 3:1746 

Dromaius novaehollandiae. See Emus 


Dromedary camels, 1:736—737, 737, 
2:1191, 4:2539 
Drones (bees), 1:507 
Drongos, 2:1381, 4:3128 
Droplet transmission, 2:1608 
Drosera spp. See Sundews 
Drosera linearis. See Slender-leaved 
sundews 
Drosophila melanogaster, 
2:1381-1382, 1382, 6:4466 
sex determination, 5:3891 
sexual dimorphism, 5:3894 
wild type genes, 6:4697 
Drosophilidae, 6:4466 
Drought, 2:1382-1385, 1383 
corn, 2:1142 
desertification, 2:1295, 1296, 1297 
savannas, 5:3796—-3798 
wildfires, 6:4697-4698 
Drowning, 1:498 
Drug Enforcement Administration 
(DEA), 3:2109, 4:2922 
Drugs 
adverse reactions to, 4:3281—3282 
alkaloids, 1:137—139 
antianxiety, 1:269 
antimetabolites, 1:259-260 
antipsychotic, 1:263—264 
biological rhythms and, 1:556—557 
birth defects from, 1:597—598 
chromatography, 2:928 
coral-derived, 3:2007 
dementia from, 2:1266—1267 
designer, 3:2051 
double-blind studies, 2:1375 
emulsions, 2:1561 
esters, 2:1627 
fermentation of, 3:1702 
half-life, 3:2042 
metabolism, 4:3281—3282 
molecular formula, 4:2824 
mushroom-derived, 4:2893—2894 
neurotransmitters and, 
4:2968-2969 
nightshades, 6:4382 
osteoporosis from, 4:3141 
performance-enhancing, 
4:3253-3256, 3254 
plant sources, 1:543, 2:1191, 
1631-1632, 3:2114 
recreational, 1:137—138, 187-188 
reproductive toxins, 5:3686 
sleep disorders from, 5:3953 
taste disorders from, 6:4291—4292 
See also specific drugs 
Drummond, Jack Cecil, 4:3055 
Drupelets, 5:3759 
Dry cell batteries, 1:491, 4:3155 
Dry-cleaning, 1:775 
Dry deposition, 1:19, 20 
Dry ice, 6:4201, 4202, 4326, 
4676-4677 
Dry-press process, 1:662 
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Dry spinning, 1:321 
Drying. See Dehydration 
Drymophilacris bimaculata, 3:1999 
Dryocopus pileatus. See Pileated 
woodpeckers 
Dryomys nitedula. See Forest dormice 
Drypoint, 2:1591 
Dryvax, 5:3961 
DSL (Digital Subscriber Line), 3:2341 
DSM-4. See Diagnostic and Statistical 
Manual of Mental Disorders 
DSM-IV-TR. See Diagnostic and 
Statistical Manual of Mental 
Disorders 
DTP vaccine, 6:4338 
DTs (Delirium tremens), 1:120, 121 
Du Bois-Reymond, Emil, 1:561 
Du Fay, Charles Francois de 
Cisternay, 2:1522 
Du Pont Company, 5:3438, 
3440-3441 
Du Toit, Alexander, 2:1105, 5:3392 
Dual-chamber pacemakers, 4:3167 
Dual ion beam sputtering (DIBS), 
6:4236 
Dual-Use Analyzer, 6:4665 
Dubnium, 2:1535, 4:3266 
Duchenne’s muscular dystrophy, 
2:1403-1404, 4:2890, 2958 
Duchesnea spp. See Indian 
strawberries 
Duck-billed dinosaurs, 2:1339-1340 
Ducks, 1:23, 2:1385-1390, 1386, 
4:2540, 5:3709 
Ducks Unlimited, 2:1388 
Duckweeds, 2:1390, 3:2271, 2473 
Ductility, 5:4145 
Dudley, Homer, 6:4273 
Duffy, Frank, 2:1494 
Duikers, 1:238, 2:1390-1391 
Dukoral, 2:921 
Dulong, Pierre Louis, 4:2819 
Dulse, 1:128 
Dumas, Frédéric, 4:2933 
Dumas, J. B., 3:1853 
Dumetella carolinensis. See Catbirds 
Dummer, Geoffrey W. A., 2:1516, 
3:2312 
Dumps, 6:4638 
Dunes, 2:1391-1393, 1392, 1393 
barrier islands, 1:479 
ecological succession, 6:4212 
formation, 5:3782 
mass wasting, 4:2658 
Dung. See Manure 
Dung mushrooms, 4:2892 
Duodenal atresia, 2:1378 
Duodenal ulcers, 6:4501—4502, 4502 
Duodenum, 2:1326 
Duplication of the cube, 2:1394 
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Duplications, genetic, 3:1878 
Dura, 4:2685—2686 
Duraluminum, 1:147 
Durians, 5:3929-3930 
Durio zibethinus. See Durians 
Durum wheat, 6:4691, 4692 
Dusky seaside sparrows, 5:4051—4052 
Dusky thrushes, 6:4364 
Dusky titis, 4:2983 
Dusset, Jean, 3:2249 
Dust 
aerosol, 1:62 
allergy, 1:143 
explosions, 3:1676 
indoor air quality, 3:2272 
interstellar, 3:2345—2346, 6:4748 
Dust Bowl, 2:1383-1384 
Dust devils, 2:1394, 1394-1395 
Dust mites, 1:143, 281, 4:2800 
Dust storms, 2:1114, 1297, 5:3991 
Dutch elm disease, 1:510, 2:1243, 
1549-1550, 3:1838, 2350, 2352 
Dutch mordants, 2:1592 
Dutton, Charles Edward, 3:2376 
DVB (Digital Video Broadcasting), 
6:4567 
DVD (Digital video disc), 2:1330, 
1395-1396, 4:3099-3100, 3270, 3291 
DVD Consortium, 2:1396 
DVD-RWS, 2:1032, 1331 
Dwarf African otter shrews, 4:3143 
Dwarf antelopes, 1:238, 2:1333-1334, 
1396-1397 
Dwarf cornels, 2:1364 
Dwarf crocodiles, 2:1185 
Dwarf fan-palms, 4:3188 
Dwarf galagos. See Demifoff’s galagos 
Dwarf ginseng, 3:1952 
Dwarf guenons, 3:2027 
Dwarf hamsters, 3:2057 
Dwarf lemurs, 3:2132, 2490, 2491-2492 
Dwarf mongooses, 4:2831, 2832 
Dwarf olive ibises, 3:2232 
Dwarf planets 
binary, 5:3788 
defined, 3:1680, 4:2788, 
3349-3350, 3352 
discovery, 4:3351—3352 
Dwarf scouring rushes, 3:2164 
Dwarf weasels. See Least weasels 
Dwarfism, 3:2024 
DWI (Driving while impaired), 1:657 
Dye-bleach photography, 4:3312 
Dye pattern printing, 6:4340 
Dye-sublimation printers, 6:4201 
Dye tracing, 5:3932 
Dyes, 2:1006—1007, 1397-1399 
buckthorn, 1:682 
chemical weapons detection, 
6:4666 
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fluorescent, 4:2557 
indigo, 2:1397—1398, 3:2488, 
4:3286 
legumes, 3:2488 
lichens, 4:2508 
sap green, 1:682 
textile, 6:4338, 4340 
yellow, 1:804 
Dynamic load, 1:663—-664 
Dynamic metamorphism, 4:2727, 
2728 
Dynamic systems, 2:871—874 
Dynamite, 2:1136, 3:1674-1675, 1676, 
1677, 4:2997 
Dynamo effect (magnetic), 2:1420, 
5:4152 
Dynamos (electricity), 1:283 
Dyne, 6:4719 
Dysarthria, 5:4068 
Dysentery, 2:1399-1400, 4:3205, 
5:3527, 3530 
Dyslexia, 2:1400-1402, /40/ 
Dysmicohermes spp., 2:1364 
Dysphonia, 5:4068 
Dysphotic zone, 4:3077 
Dysplasia, 2:1402-1403 
Dysprosium, 3:2453—2455 
Dyssomnias, 5:3952—3953 
Dysthymia, 2:1285 
Dystrophinopathies, 2:1403-1404 
DZero, 4:3224 
Dziggetai, 1:346 


FE 


E. coli. See Escherchia coli 
e (number), 2:1405 
E horizon. See Eluvial horizon 
E layer, 5:3605 
E-mail, 2:1067, 3:2336, 2338 
Ea (Activation energy), 2:1605, 
1606 
Eagle owls, 4:3151 
Eagles, 2:1405-1407, 1406, 
5:3633-3634 
bald, 1:592, 2:1243, 1406-1407, 
3:2302, 4:3086, 5:3633-3634 
DDT bioaccumulation, 2:1243, 
5:3635 
monkey-eating, 2:1011, 
1406, 1407 
size, 3:2063 
white-tailed, 2:1243, 1406 
EAN (European Article Number), 
1:462 
Ear wax, 3:1673 
Eardrum, 1:33, 2:1409 
Eared grebes, 3:2010, 2011 
Earle, Sylvia A., 6:4516, 4520 


Earless seals, 5:3835 
Early Bronze Age, 3:2241 
Ears, 2:1407-1410, 1408 
anatomy, 1:33, 2:1407-1410, 1408, 
3:2074, 2075-2076 
sharks, 5:3906 
Earth, 2:1410-1415, /4// 
age of, 3:1923-1926 
albedo of, 1:113 
analemma, 1:197 
balance, 3:2375—2377, 2376 
biosphere, 1:574-576 
celestial sphere, 1:836-839 
circumference, 6:4440 
composition, 5:4002—4003 
diatomaceous, 1:128 
distance to sun, 1:358—359 
energy budgets, 2:1583—-1584 
evolution of life on, 1:352—354, 
2:879-88 1 
formation, 2:1411-1412 
historical geology, 3:2138 
human carrying capacity, 1:794 
magnetosphere, 4:2605, 2605-2606 
mass of, 3:2412 
origins of life, 2:879-881, 1414 
precession, 1:834 
radius of, 2:1416 
surface, 2:1412-1413 
tilt, 1:231 
See also Origin of life 
Earth Day, 2:1597 
Earth hares, 3:2387 
Earth metals, alkaline, 1:134-136, 
2:1530 
Earth Resources Technology 
Satellite-1 (ERTS-1), 5:3678 
Earth science, 2:1415-1416 
Earth Summit, 2:1090, 1259, 1600 
Earthen mounds, 4:2868-2870 
Earthquakes, 2:1421-1422, 1422 
Alaska Good Friday, 6:4206 
Australia, 1:405, 407 
California, 2:1422, 1423, 1426, 
3:1695, 1697, 4:3015—3016 
causes, 2:1423-1424, 3:1693-1699, 
1695, 1696 
continental formation, 2:1103 
dynamic load, 1:663-664 
Himalayas, 3:2134-2135 
history, 2:1426—-1427 
landform formation, 3:2449-2450 
mapping, 5:3395 
Mino-Iwari, 3:1694-1695 
New Madrid, 3:1697 
San Francisco, 2:1422, 1426, 
3:1695, 1697 
seismic transition zones, 
2:1416-1417, 1419 
seismic waves, 2:1416-1417, 1418, 
1419, 1424 
subsidence and, 2:1425, 
6:4204—4207 
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tidal effects, 6:4372 
tsunamis from, 2:1422, 1425-1426, 
3:1750, 1751, 6:4467-4468 
underwater, 6:4467 
See also Seismology 
Earth’s core, 2:1412, 1417, 1418-1420 
Gutenberg discontinuity, 
3:2033-2034 
mantle boundary, 2:1418-1419 
rotation, 2:1421 
Earth’s crust, 1:348, 2:/417, 
1417-1418 
age correlations, 2:1144-1146 
biosphere interactions, 1:574, 576 
composition, 2:1103—1104, 1525 
continental, 2:1102 
formation, 2:1412 
ice ages, 3:1957 
isostasy, 3:2375—2377, 2376 
landform formation, 3:2450 
lithosphere, 2:1412, 4:2532—2533, 
3158, 5:3392-3393, 
6:4300-4301 
metamorphic rocks, 4:2726—2727 
mineral in, 4:2778, 2778t 
mountain formation, 4:2871—2872 
oceanic, 2:1102, 1417-1418 
paleomagnetism, 4:3177—3178 
plate tectonics, 1:349, 5:3392—3393 
radioactive dating, 5:3606 
rotation, 2:1421 
silicon content, 2:1525, 3:1919, 
4:2778, 2778t 
sodium content, 2:1525, 5:3976 
uplift, 6:4525—4527, 4526 
water compartments, 3:2209 
Earth’s interior, 2:1416-1420, 1417 
Earth’s magnetic field, 2:1414, 1420, 
4:2602 
archaeologic site location, 1:293 
coronal mass ejections, 2:1143 
cosmic rays, 2:1150 
electromagnetic pulse, 2:1506 
paleomagnetism, 4:3175-3178 
reversals, 2:1420 
shifts, 3:1922 
solar activity cycle, 5:3994—-3995 
Earth’s mantle, 2:1104, 1418 
convection cells, 2:1123, 
5:3397-3398 
Gutenberg discontinuity, 
3:2033-2034 
lithosphere, 4:2532-2533 
magma, 4:2590 
paleomagnetism, 4:3177—3178 
Earth’s orbit, 4:3106—-3108 
companion orbits, 1:347 
global climate, 3:1963 
heliocentric theory, 3:2096-2097 
ice ages, 3:2237 
precession of the equinoxes, 
5:3469-3470 
seasons, 5:3838 
solar illumination patterns, 5:4000 


solstices, 5:4009 
weather patterns, 6:4672 
Earth’s rotation, 2:1421 
diurnal cycles, 2:1353-1354 
equinox, 2:1618-1619 
global climate, 3:1963 
inertial guidance systems, 3:2282 
Michelson-Morley experiment, 
4:2744-2746 
precession of the equinoxes, 
5:3469-3470 
sea level, 5:3825 
seasons, 5:3838 
solar illumination patterns, 5:3998 
solstices, 5:4009 
weather patterns, 6:4672 
See also Coriolis effect 
Earthworms, 5:3858 
anatomy, 3:2259 
brain, 1:652 
chlordane poisoning, 2:907 
Decomposition, 2:1247 
hermaphrodites, 3:2119—2120 
introduced species, 3:2348 
respiratory system, 5:3701 
role, 5:3859, 3990-3991 
scavengers, 5:3811 
Earwigs, 2:1427-1428 
East African oryx. See Beisa oryx 
East African rift system, 1:67—70, 
2:1109 
East Indian woodcocks, 5:3785 
Easter Island, 3:2372 
Easter lilies. See Trumpet lilies 
Eastern bluebirds, 1:629, 5:4117, 
6:4365 
Eastern box turtles, 5:3761, 6:4492 
Eastern chipmunks, 2:906, 5:4098 
Eastern coral snakes, 2:1463 
Eastern cottontails, 3:2432 
Eastern encephalitis, 2:1268 
Eastern fox squirrels, 5:4097 
Eastern gorillas, 1:270 
Eastern gray kangaroos, 3:2401, 2403 
Eastern gray squirrels, 5:4096—4097 
Eastern hemlock, 5:3427 
Eastern hop hornbeams, 1:585—586 
Eastern kingbirds, 6:4499 
Eastern moles. See Common moles 
Eastern narrow-mouthed toads, 
6:4380 
Eastern newts, 5:3772 
Eastern phoebes, 6:4499 
Eastern pocket gophers, 3:1978 
Eastern red cedar, 3:2392 
Eastern Russia, 1:341 
Eastern screech owls, 1:592, 4:3151 
Eastern spadefoot toads, 6:4380 
Eastern white pelicans, 4:3239 
Eastern white pines, 4:3342-3343 
Eastman, George, 5:3438 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Eating disorders, 1:47—-48, 
2:1428-1430 
Eavesdropping, ultrasonic, 6:4507 
Ebbinghaus, Hermann, 2:1074, 
4:2677 
Ebenacea, 2:1432 
Ebers Papyrus, 2:1116, 1274 
EBIT (Electron beam ion trap), 
4:2918 
Ebola virus, 2:1430-1432, 1431, 
3:2106-2107, 2108, 6:4590, 4749 
Ebony, 2:1432-1433 
Ebony leaf-monkeys, 3:2450 
ECC (Error Correction Code), 2:1031 
Eccles, John Carew, 1:16-17 
Ecdysone, 4:2730 
ECG. See Electrocardiogram 
Echidna zebra. See Zebra morays 
Echidnas. See Spiny anteaters 
Echinacea, 3:2456 
Echinocactus spp. See Barrel cactus 
Echinocactus asterias. See Star cactus 
Echinocactus polycephalus, 1:711 
Echinocactus texensis. See Horse 
crippler cactus 
Echinocereus spp. See Hedgehog 
cactus 
Echinocereus triglochidiatus. See Red- 
flowered hedgehog cactus 
Echinochloa crus-galli. See Barnyard 
grass 
Echinocystis lobata. See Squirting 
cucumbers 
Echinodermata 
classification, 1:307, 5:3783, 3824, 
3825, 3830, 4115 
evolution, 4:3180 
starfish, 1:667, 3:1700 
Echinoidea, 5:3783, 3830 
Echinops spp., 6:4359, 4360 
Echinosorex gymnurus. See Moonrats 
Echiura, 2:1433, 5:3857 
Echiuroid worms, 2:1433-1434, 
5:3857 
Echiurus spp., 2:1433 
Echo-sounding techniques, 6:4513 
Echolocation, 2:1434—-1435 
bats, 1:487-489, 2:1434-1435 
cetaceans, 2:865, 1434-1435 
seals, 5:3834 
SONAR, 5:4015-4017 
Eciton spp., 1:267 
Eciton burchelli. See Costa Rican 
army ants 
Eckert, J. Presper, 2:1057 
Eclampsia, 4:2592 
Eclipses, 2:1435-1439, 14361, 1437 
binary stars, 1:531 
moon, 2:1436-1439, 1436¢, 4:2845 
Ecliptic coordinate systems, 
1:829-830 
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ECMA Script, 3:2342 
Ecocentric worldview, 1:242 
Ecological communities, 2:1450 
See also Biological communities 
Ecological economics, 2:1439-1441, 
6:4251 
Ecological impact. See 
Environmental impact 
Ecological indicators, 2:1445—1446 
Ecological integrity, 2:1441-1444 
Ecological monitoring, 2:1444-1447, 
1602-1603 
Ecological physiology, 4:3331 
Ecological productivity, 2:1447, 1450 
Ecological psychology, 4:3250 
Ecological pyramids, 2:1447-1449, 
1448 
Ecological reserves, 5:3515—3517 
Ecological stress, 2:1441—-1444, 5:4188 
ecological monitoring, 2:1445, 1446 
evolutionary rate of change, 3:1660 
Ecological succession. See Succession 
Ecologite facies, 4:2724, 2725 
Ecology, 2:1449-1451 
community, 2:1027—1028 
human, 3:2177 
restoration, 5:3707-3710 
Economic geology, 3:1927 
Economic indicators, 2:1444, 1446 
Economic productivity, 5:3448 
Economics 
animal breeding, 1:222 
composting, 5:3651 
ecological, 2:1439-1441, 6:4251 
environmental ethics, 2:1600 
fruit production, 3:1830 
genetic testing, 3:1899 
industrial vs. organic agriculture, 
4:3120 
introduced species, 3:2348 
invasive species, 3:2352 
islands, 3:2372-2373 
killifish, 3:2415-2416 
obesity, 4:3068 
oil-based, 1:422 
pines, 4:3342—3343 
sequoias, 5:3868 
silk cotton family, 5:3929-3930 
spruces, 5:4090—4091 
spurges, 5:4092 
sustainable development, 
6:4250-4253 
transplantation, 6:4431 
trees, 6:4434—-4435 
water conservation, 6:4645—-4646 
willows, 6:4704-4705 
Economies, token, 5:3666 
Ecosystems, 2:1451-1452, /452, 
3:1771 
ancient, 4:3175 
anthropocentric world view, 
1:242-243 
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ants in, 1:268 

arthropods in, 1:315 

bats in, 1:489-490 

beach, 1:494 

biodiversity, 1:542—545 

biological communities, 
1:552-554 

biomagnification, 1:562—564 

biomass, 1:565 

biomes, 1:565—570 

carbon cycle, 1:769-770 

carrying capacity, 1:793-794 

cave, 1:827—828 

chemical warfare damage, 
2:885-886 

climate zones, 3:1962 

climax community, 2:958-959, 
4:3088, 6:4214, 4697, 4698, 
4699 

closed vs. open, 3:2371—2372 

competition in, 2:1033—-1034 

DDT effects, 2:1243 

degradation, 2:1440, 1441-1444 

disturbances, 2:1352-1353, 1353, 
6:4210-4214 

energy budgets, 2:1581—1582, 
1584-1585 

energy efficiency, 2:1590 

energy transfer, 2:1588-1590, 
3:2119 

environmental stress, 2:1441—1444 

equilibrium, 3:2371—2372 

food web, 3:1771-1773 

global warming effect, 3:1967 

herbivores in, 3:2119 

human carrying capacity, 
5:3446 

human ecology, 3:2177 

hydrothermal vents, 3:2214 

indicator species, 3:2270—2271 

insecticides in, 3:2301—2303 

intertidal, 3:2412—2413 

islands, 3:2371—2373 

limiting factors, 4:2521—2522 

mangrove, 1:75—76, 652, 
2:885-886, 3:1796, 4:2614, 
2615-2616 

mosses in, 1:678 

niches, 3:2371—2372, 4:2986—2987 

nitrogen cycle, 1:181 

oaks in, 4:3065-3066 

phosphorus cycle, 4:3294-3295 

protected areas, 5:3516-3517 

protection, 1:544-545 

reserves, 2:1441 

resiliency and resistance, 2:1443 

restoration of, 5:3707—3710 

role of species i n, 2:1565 

sedimentary environment, 
5:3850-3852 

species role in, 6:4700 

terrestrial, 3:2470, 4:2854, 
2998-3001 

transpiration, 6:4424-4425 


tropical, 1:542, 544 
working, 2:1441 
See also Aquatic ecosystems; 
Freshwater ecosystems; Marine 
ecosystems 
Ecotones, 2:1452-1453 
Ecotourism, 2:1453-1455, 4:2616 
Ecstasy (drug), 3:2051 
ECT (Electroconvulsive therapy), 
2:1212, 4:2530, 2617 
Ectocarpus spp., 5:3895 
Ectomycorrhizae, 4:2906 
Ectoparasites, 1:281, 4:3204 
Ectopic ACTH syndrome, 2:1216 
Ectopic pregnancy, 2:1318, 3:2286 
Ectopistes migratorius. See Passenger 
pigeons 
Ectoprocts, 4:2856 
Ectotherms, 6:4327 
Ectotoxicology, 6:4400 
Ecuador, 5:4023 
Edaphosaurusi spp., 2:1338 
Eddies, 6:4485-4486 
Eddy current inspection, 
5:4145-4146, 6:4665 
Edeleanu, Lazar, 1:187 
Edema, 1:241, 2:1455-1456, 1456, 
5:3700 
Edentata, 5:3957 
EDFAs (Erbium-doped fiber ampli- 
fiers), 3:1720 
Edge species, 2:1453 
Edgerton, Harold, 6:4518 
Edgeworth, Kenneth E., 3:2424 
Edible nut-sedges, 5:3843 
Edison, Thomas Alva 
Edison effect, 2:1515 
incandescent light, 3:2264 
motion pictures, 4:2862 
phonograph, 4:2598, 3289 
telegraph, 6:4303 
vacuum tubes, 6:4541 
Edison Cell, 2:1474 
Edison effect, 2:1515 
Edmi gazelles, 3:1866 
Edmontosaurus spp., 2:1339-1340 
EDSAC (English Electronic Delay 
Storage Automatic Calculator), 
1:724 
EDTA (Ethylenediaminetetra-acetic 
acid), 2:876, 1126, 1/26, 1634, 
4:2510-2511, 2512 
Education, 1:414, 596 
Educational psychology, 5:3535 
Edwards, Robert Geoffrey, 2:1554 
Edwards, Tommie Lee, 2:1359 
Edwards syndrome, 2:929—930, 
3:1893 
EEG. See Electroencephalogram 
Eel grass limpets, 2:1457 
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Eel grasses, 2:1456-1457 
Eels 
in brackish water, 1:652 
spiny, 5:4077-4078 
swamp, 6:4256—4257 
true, 6:4462-4464, 4463 
wolf, 1:614 
EES (Escrowed Encryption 
Standard), 2:959 
Effervescence, 5:3982 
Effigy mounds, 4:2868 
Effluent, sewage, 5:3883, 3884, 3885 
Effort force, 4:2585 
Eflornithine, 5:3955—3956 
Efremov, Ivan Antonovich, 6:4280 
Eggplant, 4:2990, 2991, 6:4382, 4556 
Eggs 
chicken, 4:3283 
dinosaur, 2:1337 
DNA in, 2:1282 
fertilization, 3:1709, 1709 
frozen, 2:1198 
human, 5:3682 
oviparous, 4:3149 
ovoviviparous, 4:3149-3150 
sexual reproduction, 5:3896 
Ego, 5:3531—3532 
Egrets, 3:2123—2125, 5:4175 
Egretta caerulea. See Little blue 
herons 


Egretta rufescens. See Reddish egrets 


Egretta tricolor. See Tricolored 
herons 
Egyptian cotton, 2:1156 
Egyptian geese, 3:1874 
Egyptian plovers, 2:1163 
Egyptian vultures, 6:4624 
Egyptians 
alchemy, 1:116 
alcoholic beverages, 1:117 
ammonia, 1:178 
antiseptics, 1:265 
architecture, 1:686—-687 
arithmetic, 1:303 
baboons, 1:436 
bees, 1:508 
bricks, 1:661 
cartography, 1:797 
cats, 1:818 
chemistry, 2:887 
contraception, 2:1115, 1117 
cosmology, 2:1151 
cranes, 2:1169 
dentistry, 2:1274 
diabetes mellitus, 2:1303 
endocrinology, 2:1572 
glass, 3:1960 
hydroponics, 3:2213 
hypothermia, 3:2226 
ibises, 3:2232 
insecticides, 3:2299 
lampblack, 1:766 


lead, 3:2471 
lock and keys, 4:2545 
mirrors, 4:2797 
mummies, 4:3186, 6:4470 
natron, 5:3981 
natural numbers, 4:2931 
numeration systems, 4:3050 
pyramids, 5:3552, 3553, 4170, 
6:4248 
rational numbers, 5:3640 
scarab beetles, 1:510 
steel, 5:4140 
sun, 6:4224 
surgery, 6:4243 
tuberculosis, 6:4470 
vegetable fibers, 4:2926 
Ehman, Jerry, 5:3877 
Ehrlich, Paul 
antibodies, 3:2254 
bacterial infections, 1:445 
germ theory, 3:2249 
leukemia, 4:2501 
salvarsan, 5:3899 
Eiders, 2:1386—-1387, 1389 
Eiffel, Gustav, 1:691 
Eiffel Tower, 1:691 
Eijkman, Christian, 4:3055—3056 
Eimeria spp., 5:3530 
Einkorn wheat, 6:4691 
Einstein, Albert 
astronomy, 1:361 
atomic clocks, 1:382—383 
binding energy, 4:2649 
black holes, 1:608 
Bose-Einstein condensates, 1:6, 
2:1201 
Brownian motion, 1:673 
cosmological constant, 1:526—527, 
5:3672 
duality of light, 1:386 
dyslexia, 2:1402 
einsteinium, 2:1534 
electromagnetic spectrum, 2:1508 
energy transformation, 2:1579 
expanding universe, 2:1153 
general relativity, 5:3668-3673, 
3820 
grand unified theory, 3:1985 
gravitational lens, 3:2001 
gravity, 3:2005 
heat, 3:2089 
light, 4:3102 
mass and energy, 4:2647, 5:4148 
matter and energy, 4:2664 
Michelson-Morley experiment, 
4:2744, 2745 
nuclear fission, 4:3018 
photochemistry, 4:3299 
photoelectric cells, 4:3304 
photoelectric effect, 1:633, 2:1052, 
4:2515, 3304-3305, 5:3565 
photons, 4:3316, 5:3562—3563, 
6:4196 
physics history, 4:3328 
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principle of equivalence, 
5:3670-3671 
scientific method, 5:3819, 3820 
space-time, 2:1151 
special relativity, 2:1511-1512, 
4:3039, 5:3673-3677, 4027 
spectrum, 5:4063 
time, 6:4374 
Einsteinium, 1:35—36, 2:1534, 4:3266 
Einthoven, Willem, 2:1494 
Einthoven triangle, 2:1491 
Ejaculation, 2:1116, 5:3545 
Ekeberg, Anders Gustaf, 6:4742 
Ekofisk (oil well), 4:3083 
El Nino, 1:209, 639, 2:1231, 1384, 
1457-1459 
El Niio Southern Oscillation, 
2:1457-1459 
Elaeis guineensis. See African oil 
palms 
Elaeis oleifera. See American oil 
palms 
Elagatis bipinnulatus. See Rainbow 
runners 
Elands, 1:238, 2:1459-1461, 1460 
Elanoides forficatus. See American 
swallow-tailed kites 
Elanus caeruleus. See Black-shoul- 
dered kites 
Elanus leucurus. See White-tailed kites 
Elapid snakes, 2:1461-1464, 1462, 
5:3969-3970 
Elapidae. See Elapid snakes 
Elapinae, 2:1461 
Elasmobranchs, 1:796 
Elasticity, 2:1464-1466 
Elastomers, 2:1465—-1466, 6:4620 
Elateridae. See Click beetles 
Elbow, 5:3939 
ELC (Emitter-couple logic), 2:1519 
Elder, box, 4:2621, 5:3462 
Elderly 
gerontology, 3:1943-1944 
hypothermia, 3:2226, 2227 
malnutrition, 4:2611 
Parkinson disease, 4:3211—3212 
pneumonia, 5:3410 
Eldredge, Niles, 5:3550—3551 
Electric arc, 2:1466-1468 
Electric arc furnaces, 5:4141, 
4142-4143 
Electric brain stimulation, 1:655-656 
Electric candles, 1:283 
Electric catfish, 1:812 
Electric charge, 2:1468-1469, 
1486-1487 
conservation of, 2:1093—-1094 
coulombs, 2:1159-1160, 1487 
current and, 2:1470 
electromagnetic induction, 
2:1502-1503 
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electromotive force, 2:1512 
Electric circuits, 2:1469 
electromagnetic induction, 
2:1503-1505 
electromotive force, 2:1512 
in electronics, 2:1517 
oscilloscopes, 4:3136 
voltage-regulation, 2:1484 
See also Integrated circuits 
Electric conductors, 1:490, 
2:1469-1470 
See also Electrical conductivity 
Electric constant, 2:1314 
Electric current, 2:1470-1472, 1487, 
1488-1489 
electrical conductivity, 2:1478, 
4:3082 
electromagnetic induction, 
2:1503-1505 
Hall effect, 3:2044-2046 
superconductors, 6:4234-4239 
telegraph, 6:4302 
See also Alternating current; 
Direct current 
Electric fields, 2:1487, 1501, 6:4209 
See also Electromagnetic fields 
Electric lights. See Lighting 
Electric motors, 2:/472, 1472-1474 
audiocassettes, 4:2597—2598 
hybrid vehicles, 3:2192-2193 
microtechnology, 4:2759 
trains, 6:4405-4406 
Electric power generation 
aerosol combustion in, 1:63—-64 
alternative energy sources, 
1:153-157 
coal, 1:64, 2:971, 3:1809 
cogeneration, 1:546, 2:993—-995, 
1587 
electromagnetic induction, 2:1505 
fossil fuels, 3:1809 
fusion, 1:395 
generators, 3:1888—1889 
green, 2:1587 
hydroelectric, 2:1489, 
3:1888-1889, 2210, 6:4483, 
4484, 4656 
methane, 1:156 
steam, 2:994, 3:1889, 6:4483-4484 
tidal, 6:4372 
waste-to-energy, 3:2267, 2269, 2446 
See also Nuclear power; 
Photovoltaic cells 
Electric rays (Narcinidae), 5:3645 
Electric round rays (Urolophidae), 
5:3645 
Electric vehicles, 2:1473, 1474-1477, 
3:2192 
Electrical conductivity, 2:1477-1482 
in gases, 2:1466-1467 
materials for, 2:1469-1470 
Ohm’s law, 2:1477, 1478, 1479, 
1488, 4:3082 
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Electrical engineering, 2:1590 
Electrical insulators, 2:1314 
Electrical power supply, 2:1482-1486, 
1488 
amplifiers, 1:191—192 
energy efficiency, 2:1585—1587 
transformers, 6:4413-4414 
Electrical resistance, 2:1486, 1488 
metals, 2:1478, 1480 
Ohm’s law, 4:3082 
soil, 1:292—293 
Electrical stimulation 
brain, 5:3542 
physical therapy, 4:3326 
Electrical systems, automobile, 1:424, 
426 
Electrical wiring, 2:1130, 1470, 1486 
Electricity, 2:1486-1489, 1487 
electrochemical cells, 1:847-848 
energy of, 2:1580 
history, 1:392, 2:1486—-1487 
muscle contraction, 1:571 
physics of, 4:3329 
resistance, 2:1470 
static, 2:1487, 1510, 1521-1523 
units of measure, 6:4525 
Electro-oculogram (EOG), 5:3949 
Electroacoustic transducers, 6:4412 
Electrocardiogram (ECG), 
2:1489-1493, 1493 
cardiac cycle, 1:782, 2:1490-1491, 
3:2081 
diagnostic, 2:1307 
heartbeat, 2:948 
hypertension, 3:2224 
Electrocardiography (ECG), 2:/490, 
1491 
Electrochemical cells, 1:227, 812-813, 
847-849, 4:3155 
Electrochemical communication, 
6:4594 
Electroconvulsive therapy (ECT), 
2:1212, 4:2530, 2617 
Electrodeposition, 2:1592 
Electrodes, 1:226—227, 490, 4:2966, 
6:4238 
Electrodialysis, 2:1292, 1293 
Electrodynamics. See Quantum 
electrodynamics 
Electroencephalogram (EEG), 
2:1493-1496 
autism, 1:413-414 
brain research, 1:656 
epilepsy, 2:1612 
sleep, 5:3949 
Electroluminescence, 3:2481, 4:2557 
Electrolysis, 2:1129—1130, 
1496-1500 
Electrolytes, 1:617, 2:1500 
cholera, 2:920, 921 
in electrolysis, 2:1496-1497 
sports beverages, 2:1500 


Electrolytic capacitors, 1:756 


Electrolytic cells, 2:1496—-1500 
cathodes, 1:813 
coulombs, 2:1160 
electric conductors in, 2:1469 
process, 1:847, 849 


Electrolytic refining, 4:2719 


Electromagnetic fields, 2:1500—1502, 
1501, 4:2715-2716 


Electromagnetic induction, 
2:1502-1505, 1503, 1504, 1505, 
4:2597 


Electromagnetic pulse, 2:1505-1507, 
1506, 4:3041 


Electromagnetic radiation, 
2:1510-1512, 5:3587 
albedo, 1:113 
astronomy, 1:361—362 
astrophysics, 1:364—-365 
discovery, 5:3565 
emissions, 2:1558 
energy budgets, 2:1581—1582, 
1583-1584 
exposure, 5:3591 
Faraday effect, 3:1692 
fluorescence, 3:1759-1761 
greenhouse effect, 3:2012—2013 
heat transfer, 3:2091 
high-energy, 5:3591 
hydrologic cycle, 3:2209 
ice ages, 3:2237 
interference, 3:2320 
light-years, 4:2516 
Maunder minimum, 4:2665—2667 
from nuclear weapons, 4:3041 
pacemakers, 4:3169 
photoionization, 3:2359 
properties, 5:3591 
radio, 5:3596-3600 
remote sensing, 5:3677—3679 
spectrum, 2:1507—1510, 
5:4063-4064 
water softeners, 3:2061 
See also Light 


Electromagnetic spectrum, 
2:1507-1510, 15087 
optics, 4:3102—3104 
redshift, 5:3656—-3658 
Electromagnetic waves. See 
Electromagnetic radiation; 
Electromagnetic spectrum 


Electromagnetism, 2:1510-1512 

discovery, 1:571, 2:1511, 
4:2595-2596 

energy from, 2:1580—-1581 

magnetic levitation, 4:2593-2594 

quantum electrodynamics, 
5:3563-3564 

superconductors, 6:4236 

tape recordings with, 4:2596-2597 

transducers, 6:4412 

uses, 2:1512, 4:2603-2604 
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Electromechanical devices, 
2:1056-1057 
Electromotive force (EMF), 2:1473, 
1503-1505, 1512 
Electromyography (EMG), 4:2960, 
5:3949 
Electron beam ion trap (EBIT), 
4:2918 
Electron beams 
CT scans, 2:1071 
food irradiation, 3:1774 
scanning electron microscopes, 
5:3807-3808 
Electron clouds, 2:1513, 15/3, 
1514-1515 
Electron-dot structure. See Lewis 
structure 


Electron guns, 1:813, 3:2358 


Electron microscopes. See Scanning 
electron microscopes 


Electron paramagnetic resonance, 
5:4061 


Electron paramagnetic resonance 
spectroscopy, 5:3594 


Electron Spectroscopy for Chemical 
Analysis (ESCA), 5:4061 


Electron tubes. See Photoelectric 
cells; Vacuum tubes 


Electron volts (ev), 1:11, 2:1149-1150 
Electronic mail. See E-mail 


Electronic Numerical Integrator 
and Computer (ENIAC), 1:724, 
2:1057 


Electronic photography, 4:3313-3315 


Electronics, 2:1515-1519, 4:2546 

electromagnetic pulse, 
2:1505—1507 

optical, 2:1518-1579 

superconductors, 6:4236 

Electrons, 2:1512-1514, 1513 

accelerators and, 1:9-10, 11-12 

atomic models, 1:386, 387, 393, 
394-395 

atomic number, 1:389 

atomic spectroscopy, 1:389-390 

Bohr model, 1:633-634 

cellular respiration, 5:3693, 
3694-3695 

Compton effect, 2:1052 

discovery, 1:384, 392, 2:877, 1512, 
6:4196 

energy states, 1:262 

ionization energy, 3:2356—2358 

mass of, 1:397 

molecular shape, 4:2817—2818 

octet rule, 4:2504, 3079-3080 

periodic table, 4:3262—3263 

states of, 5:3566—3567 

valence shell, 4:2502—2505, 2714, 
3262-3263, 6:4543 

wave motion, 1:387 


Electrophoresis, 2:1519-1521, 1520, 
1521 
biological weapons detection, 
6:4667 
blood typing, 5:3870 
blotting analysis, 1:626 
gel, 2:1520-1521, 5:3922 
polyacrylamide gel, 5:3521 
Electroplating, 2:1499-1500, 
4:2722-2723 
Electroporation, 4:3375, 
6:4415 
Electroscopes, 2:1149, 1522 
Electrostatic devices, 2:1521-1523, 
1522, 1523, 4:3302, 6:4412 
Electrostatic precipitators, 1:65, 
3:2267, 5:3432 
Electrostatics. See Static electricity 
Electroweak interactions. See 
Subatomic particles 
Elegant trogons, 6:4445 
Elektro (robot), 5:3740 
Elementary algebra, 1:129-130 
Elementary particles, 6:4196, 4199, 
4199t, 4200t 
Elements 
artificial, 1:400 
atomic number, 1:388—389 
chemical, 2:1523—-1529, 1524t 
discovery, 4:2821, 3259 
families of, 2:1526, 1529-1531 
formation, 2:1535—1537 
heavy, 2:1535, 1536-1537 
matter transformation, 4:2665 
naming, 2:1532-1533, 
4:3265-3265, 6:4264 
native, 4:2780 
nonmetal, 4:3009, 3260-3261 
superheavy, 4:3265 
symbols for, 2:1525, 1526, 6:4264 
synthetic, 2:1525 
trace, 1:260, 4:3060—3061, 
6:4401-4402 
transmutation, 1:151, 4:2821 
transuranium, 2:1525, 1531-1535, 
4:3264-3265, 5:3617, 6:4264 
See also Periodic table 
Elements (Euclid), 2:1095—1096, 
3:1927-1928, 5:3453, 3490, 3552, 
6:4344 
Eleocharis tuberosa. See Water 
chestnuts 
Eleodes spp., 1:512 
Elephant birds, 3:1746 
Elephant fish. See Chimaeras 
Elephant seals, 1:233, 5:3832, 3835 
Elephant shrews, 2:1542-1543, 1543, 
6:4435 
Elephant snout fish, 2:1543-1544 
Elephantiasis, 2:1544, 1544-1546, 
4:3205—3206 
Elephantoidea. See Elephants 
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Elephants, 2:1537-1542, 1538, 1539 
evolution, 6:4718 
gestation period, 1:593 
illegal wildlife trade, 6:4702 
keystone species, 3:2413 
Elephantulus rozeti, 2:1543 
Elephantulusi spp., 2:1543 
Elephas maximus. See Asian elephants 
Eleutherodactylus planirostris. See 
Greenhouse toads 
Elevation, perception of, 2:1287 
Elevational migration, 4:2766 
Elevators, 1:343, 2:1546 
Elf owls, 1:592, 4:3151 
Eliava Institute, 1:449 
Eliomys melanrus. See Tree dormice 
Eliomys quercinus. See Orchard 
dormice 
ELISA (Enzyme-linked immunosor- 
bent assay), 1:93-94 
Elk, 2:1190, 1252, 1254, 4:2539 
See also Moose 
Elliot, James, 4:3363, 6:4531 
Elliott, Thomas R., 1:16 
Ellipses, 2:1547-1549, 1548 
algebraic equations, 1:202 
conic sections, 2:1082, 1083-1084 
orbits, 2:1022, 1549, 3:1917, 2046, 
4:3107, 3349-3350, 5:3407 
projective, 5:3505 
Elliptic geometry, 4:3006, 3007-3008 
Elliptical galaxies, 3:1846, 1848 
Elm bark beetles, 1:510, 2:1550, 3:2350 
Elmo’s fire, 4:2516 
Elms, 2:1549-1550 
Dutch elm disease, 1:510, 2:1243, 
1549-1550, 3:1838, 2350 
palynological investigations, 5:3427 
Elodea, 3:1826-1827 
Elodea canadensis. See Canadian 
waterweeds 
Elodea densa. See Argentinean water- 
weeds 
Elopiformes, 6:4283 
Elster, Julius, 4:3304 
Elster-Geitel photoelectric cell, 4:3304 
Elton, Charles Sutherland, 2:1588, 
3:1771 
Eltonian pyramid, 2:1588, 3:1771 
Elugelab Island, 6:4663 
Eluvial horizon, 3:2151, 5:3988 
ELVs (Expendable launch vehicles), 
5:4029-4030 
EMAP (Environmental Monitoring 
and Assessment Program), 2:1446 
Embankment dams, 2:1232 
Embden, Gustav, 3:1701—1702 
Emberiza spp., 5:4051 
Emberiza citrinella. See Yellow- 
hammers 
Emberiza schoeniclus, 5:4051 
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Emberizidae, 5:4048, 6:4279 
Embiids, 2:1550-1551 
Embioptera. See Embiids 
EMBL (European Molecular Biology 
DNA Sequence Database), 1:551 
Embolism, 1:251, 2:1551-1552 
Embroidery, 6:4340 
Embryo manipulation, 1:223—224 
Embryo transfer, 2:1554—-1555 
Embryology, 2:1555—1557, 1556, 
3:1657 
Embryonic development, 2:1301, 
1552-1554, 1553, 5:3684 
brain, 1:654 
germ cells, 3:1940 
heart, 3:2083—2085 
organogenesis, 4:3121—3122 
ossification, 4:3140 
Embryonic stem cells, 3:2176, 
5:4162-4164 
Embryos, 2:1552-1554, 1553, 
1555-1556, 1556 
frozen, 2:1197—1198 
uniparental, 1:223 
E=mce2, 4:2664, 5:3676, 3677, 4148 
Emerald tree boas, 1:632 
Emerson, Ralph Waldo, 2:1088 
Emery, 1:164 
EMF. See Electromotive force 
EMG (Electromyography), 4:2960, 
5:3949 
Emission-computed tomography, 
5:3615 
Emission spectroscopy, 5:4058, 4060, 
4064, 4064-4065 
Emissions, 2:1557-1559, 1/558, 1629 
incineration, 3:2267—2268 
indoor air quality, 3:2272 
nitrous oxide, 4:2994 
non-point source pollution, 4:3009 
PCBs, 5:3435—-3436 
pollution control strategies, 
5:3431-3433 
stimulated, 3:2457-2458 
See also Air pollution; Carbon 
dioxide emissions; Vehicle 
emissions 
Emissions spectroscopy, 3:1735—-1736 
Emissions trading, 1:24 
EMIT (Homogeneous enzyme immu- 
noassay), 5:3870 
Emitter-couple logic (ELC), 2:1519 
Emmer wheat, 3:1993, 6:4691 
Emotions 
brain function, 1:655 
perception and, 4:3250 
psychological studies, 5:3534 
split-brain functioning, 
5:4084—4085 
EMP. See Electromagnetic pulse 
Empedocles, 2:1526, 4:3102 
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Emperor geese, 3:1870, 1874 
Emperor penguins, 1:233—234, 
4:3241-3242 
Emperor tamarins, 4:2629 
Emphysema, 1:670, 2:1559-1560, 
5:3695 
Empididae, 2:1164 
Empidonax alnorum. See Alder 
flycatchers 
Empidonax minimus. See Least 
flycatchers 
Empidonax traillii. See Traill’s 
flycatchers 
Empidonax virescens. See Acadian 
flycatchers 
Empirical formulas, 3:1798-1799, 
4:2815-2816 
Empirical probability, 5:3502 
Employment 
assembly lines, 1:344-345 
automation, 1:421—422 
shift work, 1:556 
work addictions, 1:48 
Empoasca fabae. See Potato 
leafhoppers 
Empty calories, 1:120 
Emulsions, 2:1560-1562 
Emus, 3:1746, 1748-1749 
Emydidae. See Pond turtles 
Enamellibranchia, 1:605—607 
Enantiomers, 5:4165, 4166 
Enantiotropic allotropy, 1:146 
Enceladus (moon), 1:113, 833 
Encephalitis, 2:1562-1564 
dementia from, 2:1268 
granulomatous amoebic, 4:3208 
Toxoplasma gondii, 4:3210 
West Nile virus, 6:4685 
Encephalopathy. See Spongiform 
encephalopathy 
Encke, Johann F., 5:3792 
Encke Division, 5:3792, 3794 
Encryption, 2:1202-1203 
clipper chip, 2:959 
decryption, 2:1203, 1250-1252, 
1251 
matrices, 4:2663—-2664 
software, 2:1068 
End-quench hardness test, 5:4144 
Endangered species, 2:1564-1569, 
1565 
albatross, 1:112 
antbirds, 1:237 
anteaters, 1:238 
black-footed ferrets, 3:1707—1708 
California condors, 2:1077—1078, 
5:3635, 6:4623, 4624 
captive breeding, 1:760—762 
cattle, 1:823-824 
chimeras, 1:223 
critical habitat, 2:1181—-1182 


current number of, 3:1680 

ecological integrity indicators, 
2:1444 

endemic, 2:1569-1570 

environmental ethics, 2:1597—1598 

forest habitat, 3:1797-1798 

forestry managment, 3:1793 

ginseng, 3:1952 

gophers, 3:1978 

gorillas, 3:1979 

honeycreepers, 3:2149 

hornbills, 3:2157 

howler monkeys, 4:2985 

hummingbirds, 3:2188 

ibises, 3:2232 

iguanas, 3:2245 

kangaroo rats, 3:2400 

kangaroos, 3:2404 

killifish, 3:2416 

koalas, 3:2419 

komodo dragons, 4:2834 

laws and regulations, 1:760, 
2:1564, 1565-1566, 1568-1570 

lemurs, 3:2493, 2494 

macaques, 4:2573 

marmosets and tamarins, 
4:2627-2628, 2629 

marsupials, 4:2644 

monkeys, 4:2836 

montremes, 4:2842 

moundbuilders, 4:2867—2868 

mynahs, 4:2910 

New World monkeys, 4:2986 

old-growth forests, 4:3089-3090 

orangutans, 4:3105 

orchids, 4:3111 

oryx, 4:3132 

otter shrews, 4:3143 

pandas, 4:3193, 3194 

parrots, 4:3217 

peccaries, 4:3236 

penguins, 4:3242 

peregrine falcons, 3:2302, 4:3252 

petrels, 4:3274 

phalangers, 4:3281 

pheasants, 4:3284 

pigs, 4:3337 

pines, 4:3343-3345 

plants, 1:761—-762 

platypus, 5:3400 

prairie chickens, 5:3464 

proboscis monkeys, 5:3503 

protection, 1:544-545 

Puerto Rican nightjars, 3:1975 

pygmy hippopotamus, 3:2137 

quails, 5:3559 

rails, 5:3625 

raptors, 5:3635 

reintroduction, 1:760—762 

removal from list, 3:2302 

reptiles, 5:3687 

restoration ecology for, 5:3707, 
3709 

rhinoceros, 5:3721 
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saiga antelopes, 5:3769 
salamanders, 5:3773 
sandpipers, 5:3785 
seahorses, 5:3832 
seals, 5:3835 
sharks, 5:3908 
shore birds, 5:3912 
sloths, 5:3958 
snapdragon family, 5:3973 
sparrows and buntings, 
5:4051-4052 
spotted owls, 4:3151—-3152 
starlings and mynahs, 5:4116-4117 
stilts, 5:4169 
swamp cypress, 6:4256 
swans, 6:4258 
tapirs, 6:4282 
tarsiers, 6:4285 
terns, 6:4334 
tinamous, 6:4376 
toads, 6:4381 
toucans, 6:4396 
tree shrews, 6:4436 
trogons, 6:4446 
tunas, 6:4476 
turacos, 6:4482 
turtles, 6:4491, 4493 
ungulates, 6:4521 
vultures, 6:4624 
warblers, 6:4634 
white-eyes, 6:4694 
wolvervines, 6:4711 
woodpeckers, 6:4716—4718 
wrens, 6:4721 
yaks, 6:4736 
zebras, 6:4746 
See also Conservation; 
Convention on International 
Trade in Endangered Species of 
Wild Fauna and Flora; World 
Conservation Union 
Endangered Species Act (U.S.), 
2:1564, 1565-1566 
bass, 1:483 
illegal wildlife trade, 6:4703 
reintroduction programs, 1:760 
shore birds, 5:3912 
spotted owls, 2:1568 
Endarterectomy, 4:2965 


Endeavor (space shuttle), 
3:2170-2171, 5:40344040 


Endemic species, 2:1569-1570 
horticultural use, 3:2165—2166 
islands, 2:1569—1570, 3:2368—2369, 

2371, 2372 
protected areas, 5:3516-3517 

Endemic typhus, 6:4496 

Endive, 2:1040, 6:4556 

Endochondral ossification, 4:3140 

Endoconidiphora fagacearum, 4:3064 


Endocrine disorders, 2:1575—1576, 
4:2707-2708, 3069 


Endocrine hormones, 2:1570, 
1572-1576 
Endocrine system, 1:206, 416, 
2:1570-1576, 1571, 3:1959, 
4:3122-3123 
See also Hormones 
Endocrinology, 2:1572 
Endocytosis, 1:850 
Endohedral metallofullerenes, 1:681 
Endometrial cancer, 4:2689 
Endometriosis, 3:2285 
Endomycorrhizae, 4:2906, 2907 
Endomysium, 4:2888 
Endonucleases, restriction, 
2:1361-1362 
Endoparasites, 1:281, 4:3204 
Endoplasmic reticulum, 1:842, 4:3369 
Endoprocta, 2:1575 
Endoribonuclease, 5:3723 
Endorphins 
addiction to, 1:48 
morphine addiction, 1:198, 
4:2968-2969 
narcotics, 4:2922 
for pain, 4:3172 
Endoscopy, 2:1575-1578 
Endoskeleton, 5:3933 
Endospores, 1:440 
Endosymbiosis, 2:920, 4:3116 
Endothelium, fenestrated, 1:757 
Endothermic, 2:1578 
animals, 6:4327-4328 
chemical reactions, 2:882, 883, 
1578 
fish, 6:4327, 4474 
Endotherms. See Endothermic 
Endothia parasitica, 1:505, 2:891, 
1033, 3:1838, 2350 
Endotoxins, 1:445 
Endrin, 4:3239 
Enema, barium, 1:469, 470 
Energy, 2:1578-1581 
alternative (renewable), 1:153—-157, 
154, 545 
binding, 4:2649 
bond, 1:635-636, 635t 
chemical reactions, 6:4348-4349 
conservation of, 1:156—-157, 
2:1092-1093, 1579, 
6:4352-4353 
dark, 1:528, 3:2346-2347 
defined, 2:1582 
ecological integrity, 2:1443 
ecological pyramids, 2:1447—1449 
in ecosystems, 2:1451—1452 
Gibbs’ free, 6:4350 
ionization, 3:2356—2358, 23571, 
2358t 
kinetic, 2:883, 1471, 1481, 1579, 
1580, 1582 
mass and, 4:2647 
matter and, 4:2664, 5:3676, 3677 
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Planck’s constant, 4:3346—3347 
potential, 2:1579, 1580, 1582, 
6:4480 
thermal, 2:1579-1580, 1584, 
3:2090, 6:4348-4349 
transformation, 2:1582—-1583 
types, 2:1582 
See also Solar energy 
Energy budgets, 2:1581-1585, 3:1648 
Energy Conservation and Production 
Act (1976), 2:1587 
Energy consumption, per-capita, 
5:3448 
Energy efficiency, 2:1585-1588, 1590 
Energy harvesting, 5:3739 
Energy metabolism. See Metabolism 
Energy Policy Act, 4:3023 
Energy Policy and Conservation Act, 
2:1587 
Energy Star program, 2:1587 
Energy transfer, 2:1588-1590 
heat transfer, 3:2091, 6:4348-4349, 
4355, 4474 
herbivores, 3:2119 
photochemistry, 4:3300 
stars, 5:4104-4105, 4107 
Enflurane, 1:212 
Engelmann spruces, 5:4090 
Engels, Friedrich, 3:2277 
Engine lathes, 4:2576 
Engineering, 2:1590-1591 
computer-aided, 1:712 
electrical, 2:1590 
enzymatic, 2:1603—1604 
mechanical, 2:1590 
See also Genetic engineering 
Engineering plastics, 5:3390 
Engines 
air-cooled, 3:2330 
diesel, 2:1315-1317, 1316, 1317, 
3:2328, 2329, 6:4204, 
4405-4406, 4483-4485 
displacement, 1:425 
heat, 6:4355, 4357 
jet, 1:104-105, 3:2387-2390, 2388, 
6:4484 
knock, 3:2472, 5:3977 
knocking, 3:2198 
liquid-cooled, 3:2330 
rocket, 3:2387—2390 
turboprop, 3:2389—2390 
See also Internal combustion 
engines; Steam engines 
England 
Antarctic exploration, 1:234 
canals, 1:740 
cholera, 2:1610 
Gulf Stream, 4:3073 
rehabilitation, 5:3662 
Roman Wall, 5:4170 
smog, 5:3965 
storm surge, 5:4178 
White Cliffs of Dover, 1:720 
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See also Great Britain 
Englehardt, Wolf von, 1:354 
Englemann oaks, 4:3064 
English Electronic Delay Storage 
Automatic Calculator (EDSAC), 
1:724 

English holly, 3:2143 

English oaks, 4:3065 

English sparrows, 3:2352 

English units of measure. See British 
Imperial System of Units 

English violets, 6:4574 

English walnuts, 6:4629, 4630 

English yews. See European yews 

Engraulidae, 1:208 

Engraulis spp., 1:208 

Engraulis ringens. See Anchovetta 

Engraving, 2:1591-1593, 1592 

Enhanced Thematic Mapper Plus 
(ETM + ), 5:3678-3679 

Enhydra lutris. See Sea otters 

ENIAC (Electronic Numerical 
Integrator and Computer), 1:724, 
2:1057 

Eniwetok Atoll, 4:3025, 6:4663 

Enkephalins, 4:2922 

Enlightenment era, 6:4522 

Enola Gay (airplane), 4:3039 

Enoplometopoidea. See Reef lobsters 

Ensatina eschscholtzi. See Ensatina 
salamanders 

Ensatina salamanders, 5:3772 

Ensete spp., 1:458 

Ensifera ensifera. See Swordbill 
hummingbirds 

Entamoeba histolytica, 1:186, 2:1400, 
4:3205, 3208, 5:3527, 3530 

Entamoebidae, 1:186 

Entandrophragma spp., 4:2608 

Enteral nutrition, 4:2612 

Enterobacter agglomerans, 4:3002 

Enterobacteria, 2:1593, 1593-1594 

Enterobactericeae. See 
Enterobacteria 

Enterobias vermicularis. See 
Pinworms 

Enterocci, 6:4502 

Enteropneusta, 1:29 

Enterotoxins, 2:1593 

Enteroviruses, 5:3423 

Enterprise (space shuttle), 5:4034, 
4044 

Enthalpy, 6:4349 

Entomopters, 4:2759-2760 

Entoprocta. See Entoprocts 

Entoprocts, 4:2857 

Entropy, 2:1594-1597, 1595, 4:2709 

absolute zero, 1:5-6 

cryogenics, 2:1200 

energy budgets, 2:1583 
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thermochemistry, 6:4349 
Enumeration, 2:1016 
Environmental assessment, 

2:1601-1602 
Environmental cigarette smoke, 2:941 
Environmental control systems, 
spacecraft, 5:4031, 4046 
Environmental ethics, 2:1597-1600 
Environmental formation, artifacts, 
1:292 
Environmental geochemistry, 3:1919 
Environmental geology, 3:1927 
Environmental impact 

aerosols, 1:64—65 

agrochemicals, 1:88—89 

algae, 1:128—129 

aquaculture, 1:629 

asthma, 1:350 

autoimmune disorders, 1:415 

biodiversity, 1:542—545 

cancer, 1:742-743, 746 

carrying capacity, 1:794 

coal, 2:970 

combustion, 2:1020—1021 

congenital disorders, 2:1078 

dams, 2:1232—1233 

DDT, 2:1242-1244 

deforestation, 2:1256 

disease prevention, 2:1347 

ecological economics, 2:1439-1441 

enzyme reactions, 2:1605 

erosion, 2:1621—1622 

evolution, 3:1658-1659, 1661 

fertilizer overuse, 4:3117-3118 

forestry, 3:1793, 1795 

fossil fuels, 3:1809 

genetically modified organisms, 

3:1901 

genotype and phenotype, 3:1914 

hearing loss, 2:1245 

human ecology, 3:2177 

human population, 5:3447—-3448 

incineration, 3:2269 

indicator species, 3:2270—2271 

industrial agriculture, 4:2540, 

3120-3121 
insecticides, 3:2299, 2301-2303 
introduced species, 3:2349-2350, 
2351-2352 

life history, 4:2508-2509 

limiting factors, 4:2521—2522 

mass transportation, 4:2654 

mining, 4:3114 

nitrogen, 4:2997-2998 

noise pollution, 4:3004, 3005 

non-point source pollution, 4:3009 

nuclear power, 4:3034—3035 

oil spills, 4:3085—3086 

organic agriculture, 4:3120-3121 

per-capita, 5:3445, 3448, 3691 

pesticides, 1:88—89, 3:2314-2315 

pig husbandry, 4:3338 

population growth, 5:3445 

sedimentation, 5:3849—3850 


sustainable development, 6:4251 
Environmental impact statements, 
2:1600-1603 
Environmental monitoring. See 
Ecological monitoring 


Environmental Monitoring and 
Assessment Program (EMAP), 
2:1446 

Environmental policy, 2:1087—1090 

Environmental Protection Agency 
(EPA) 

acid rain, 1:21 

agricultural runoff, 2:1191 

air pollution, 5:3431 

chromatography uses, 2:928 

contaminated soil sites, 2:1099, 
1100 

DDT, 3:2043 

dioxin, 2:1342 

energy efficiency, 2:1587 

environmental cigarette smoke, 
2:941 

environmental impact statements, 
2:1600-1601 

Environmental Monitoring and 
Assessment Program, 2:1446 

establishment, 2:1597, 1598 

geospatial imagery, 3:1937 

hazardous waste, 3:2068—2073 

landfills, 3:2443, 2446, 5:3652 

noise pollution, 4:3004 

ozone, 4:3162 

pesticides, 4:3271 

radioactive waste, 5:3618-3619 

radon, 5:3623, 3624 

recycling, 5:3648 

sewage treatment, 5:3886 

urban air quality, 1:100 

water pollution, 6:4650, 4651 

Environmental stress. See Ecological 
stress 

Environmental Working Group, 
5:3886 

Environments 

isolated, confined, 1:578-579 
low-temperature, 2:1198—1202 

Enzootic state, 1:678 

Enzymatic engineering, 2:1603-1604 

Enzymatic hydrolysis, 2:1629 

Enzyme inhibitors, 2:1607 

Enzyme-linked immunosorbent assay 
(ELISA), 1:93-94 

Enzyme replacement therapy, 2:1560, 
6:4299 

Enzymes, 2:1604—1607, 1605, 1606 

allosteric, 1:196, 2:1607, 
4:2710-2712 
catalysts, 1:808 
induction, 4:2711 
metabolism, 4:2709 
origin of life, 4:3124 
pancreatic, 2:1226, 1227 
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restriction, 1:440, 2:1281, 
1361-1362, 3:1881, 1908, 
5:3647 

structure, 1:540 

substrate relationships, 
2:1605-1606 

Eoanthropus dawsoni, 4:3340 

Eocytes, 6:4298 

EOG (Electro-oculogram), 5:3949 

Eohippus spp., 3:2159 

Eoliths, 3:2057 

Eosinophils, 1:619-620 

EPA. See Environmental Protection 
Agency 

Epeirogenesis, 6:4300-4301 

Ephedra, 3:2114 

Ephedra spp., 4:3367 

Ephedra sinica. See Ephedra 

Ephedrine, 3:2114 

Ephemeroptera, 4:2669, 2670, 6:4465 

Ephippiorhynchus senegalensis. See 
Saddlebill storks 

Epi-pen, 1:145 

Epicenter, 2:1421 

Epiceratodus spp., 4:2559 

Epiclastic sand, 5:3782-3783 

Epicrates spp. See West Indian boas 

Epicrates fordi, 1:631 

Epicrates striatus, 1:631 

Epicurus, 4:3328 

Epidemics, 2:1608-1609 

AIDS, 1:93 

Australian Aborigines, 1:412 

bubonic plague, 1:678-679 

cholera, 2:921, 1610, 3:1941 

dengue fever, 2:1271 

earthquake-triggered, 2:1426 

Ebola virus, 2:1431, 3:2106-2107 

hantavirus infections, 3:2059 

influenza, 3:2291, 5:3697 

Legionnaire’s disease, 3:2483—2484 

mass extinction, 4:2648 

paleopathology, 4:3186—3187 

SARS, 2:1611, 5:3878-3882 

typhus, 6:4496 

yellow fever, 6:4738 

See also Pandemics 

Epidemiology, 2:1609-1612 
Epidendrum spp., 4:3110 
Epidermis 

human anatomy, 3:2317—2318 

leaves, 3:2474 

root, 5:3755 

touch, 6:4397 

Epidural anesthesia, 1:213 
Epifluorescence microscopes, 3:1761 
Epigaea repens. See Trailing arbutus 
Epigeal germination, 3:1942 
Epigenesis, 2:1301, 1556-1557 
Epiglottis, 5:3409, 3703 

Epilachna spp., 1:509 


Epilepsy, 2:1612-1613 
acetone, 1:16 
anticonvulsants for, 1:253—254, 
2:1613 
autism, 1:413 
electroencephalography, 2:1496 
Epilimnion, 3:2436-2437 
Epilobium augustifolium. See 
Fireweed 
Epimysium, 4:2888 
Epinephelus spp. See Groupers 
Epinephelus itajara. See Giant jewfish 
Epinephelus lanceolatus. See 
Queensland groupers 
Epinephelus mario. See Nassau 
groupers 
Epinephrine 
anaphylaxis, 1:145, 204 
asthma, 1:351 
cardiac cycle, 3:2081 
function, 2:1575, 3:2154 
hypertension, 3:2222 
metabolism, 4:2710-2711 
production, 1:57-58 
stress-related, 5:4186 
Epipactus helleborine. See 
Helleborines 
Epipelagic zone, 4:3077 
Epiphytes, 1:670, 676, 3:1704, 4:3109 
commensalism, 2:1027 
tropical rainforest, 5:3628 
Epiretinal implants, 1:331 
Episodic memory, 4:2679, 2680 
Episomes, 2:1613-1614 
Epitestosterone, 4:3255—3256 
Epithelial cells, 1:839 
Epithelium, 6:4377 
Epoxy resins, 1:54, 2:1044 
Epsom salts. See Magnesium sulfate 
Epstein-Barr virus, 2:1614-1615, 
3:2141, 6:4383 
Equality (mathematics), 5:4014, 
6:4267 
Equanil, 6:4410 
Equations 
algebra, 1:130—131 
chemical, 2:882, 1615-1617 
cubic, 2:1209 
Diophantine, 2:1439 
line, 4:2523, 2663 
linear, 4:2524, 6:4274-4275 
Maxwell’s, 2:1502 
multivariable, 5:4014 
polynomial, 3:1687, 6:4412 
quadratic, 5:4015 
root of, 3:2380-2381 
second-degree, 5:4014-4015 
solution of, 5:4013-4015 
of state, 6:4354 
symmetry, 6:4268 
systems of, 6:4274—4276 
Equator, 1:372-373, 5:3468-3469 
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Equatorial coordinate systems, 1:829 
Equidae, 1:346, 2:1367, 3:2159, 6:4745 
Equilateral triangles, 1:218, 2:1096, 
1096, 6:4440 
Equilibrium 
chemical, 2:1617-1618 
ecosystems, 3:2371—2372 
hydrostatic, 5:4104-4105, 4105, 
4106, 4158 
punctuated, 3:1659, 1907-1908, 
5:3550-3552 
stable, 4:3134-3135 
thermal, 6:4354 
vapor pressure, 6:4548, 4549 
wave motion, 6:4656—-4657 
Equinoxes, 2:1618-1619, 5:3838, 
3839, 3839 
celestial sphere, 1:838 
precession of, 5:3468—3471, 3470, 
3649 
solar illumination patterns, 
5:3999-4000 
Equipotential surface, 2:1501 
Equisetaceae, 3:2163 
Equisetum spp. See Horsetails 
Equisetum arvense. See Common 
horsetails 
Equisetum fluviatile. See Water 
horsetails 
Equisetum hyemale. See Scouring 
rushes 
Equisetum scirpoides. See Dwarf 
scouring rushes 
Equisetum sylvaticum. See Woodland 
horsetails 
Equivalence, principle of (physics), 
5:3670-3671 
Equivalence relations (mathematics), 
2:1017 
Equus spp., 2:1367 
Equus africanus. See African wild 
asses 
Equus asinus. See Donkeys 
Equus burchelli. See Common zebras 


Equus burchelli granti. See Grant’s 
zebras 


Equus caballus, 2:1191, 3:2160, 4:2539 
Equus grevyi. See Grevy’s zebras 
Equus hemionus. See Asiatic wild asses 
Equus kiang. See Kiangs 

Equus quagga. See Quaggas 

Equus zebra. See Mountain zebras 


Equuus przewalskii. See Przewalski’s 
horses 

Eragrostis spp. See Love grasses 

Erasthene’s Seive, 5:3491 

Eratosthenes of Cyrene, 4:3328, 
5:3925, 6:4440 

Erb, Wilhelm, 4:2957-2958 

Erbium, 3:2453-2455 
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Erbium-doped fiber amplifiers 
(EDFAs), 3:1720 
Erbium lasers, 3:2459-2460 
Erdmann, Mark, 2:991 
Erect-crested penguins, 4:3242 
Erection, penile, 5:368 1—3682 
Ereky, Karl, 1:579 
Eremitalpa granti. See Grant’s desert 
golden moles 
Eremophila alpestris. See Horned 
larks 
Erethizontidae. See New World 
porcupines 
Eretmochelys imbricata. See 
Hawksbill turtles 
Ergonomics, 6:4585 
Ergot, 1:16, 3:1838, 4:2893 
Ergotamine, 4:2764, 5:3686 
Erica spp. See True heaths 
Erica arborea. See Briar wood 
Ericaceaa. See Heath family 
Ericerus pela. See Chinese wax scale 
Erie Canal, 1:740-741 
Erimyzon sucetta. See Lake 
chubsuckers 
Erinaceidae. See Hedgehogs 
Erinaceus europaeus. See European 
hedgehogs 
Eriophorum augustifolium, 6:4477 
Eriophorum vaginatum. See Cotton 
grass 
Eris (2003UB313), 4:3349, 3351, 3352 
Erithacus akahinge. See Japanese 
robins 
Erithacus rubecula, See European 
robins 
Eritrea, 2:1384 
Erlanger program, 4:3008 
Ermines, 6:4668-4669 
Erosion, 1:91—92, 2:1619-1625, 1620, 
1621, 5:3992 
barrier islands, 1:478, 480 
beach nourishment, 1:494—495 
beaches, 1:494-495, 2:973-974 
contour plowing, 2:1114-1115 
deforestation, 3:1797 
desertification, 2:1296—1297 
epeirogenesis, 6:4300—-4301 
landforms from, 3:2448 
mangrove ecosystems, 4:2616 
Mars, 4:2634-2635 
mass wasting, 4:2656-2657 
monoculture, 2:1191 
rocks, 5:3752 
root systems, 5:3757 
sediment, 5:3844-3845, 3847 
shoreline protection, 5:3913—3915 
soil conservation, 5:3991—3993 
unconformities, 6:4511 
Error, 2:1623-1625, 5:3536 
Error Correction Code (ECC), 2:1031 
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Error feedback, 5:3872 
Erthizon dorsatum. See North 
American porcupines 
ERTS-1 (Earth Resources 
Technology Satellite-1), 5:3678 
Erwineae, 2:1593 
Erycinae spp. See Sandboas 
Erysiphaceae, 4:2767 
Erysiphe graminis, 4:2767 
Erythema migrans, 4:2562, 2563 
Erythema modosum leprosum, 4:2499 
Erythrobalanus spp. See Red oaks 
Erythrocebus spp., 3:2027 
Erythrocytes. See Red blood cells 
Erythroleukemia, 4:2501 
Erythromycin, 2:1627, 3:2484, 2485, 
5:3411, 6:4696 
Erythropoietin, 4:2502, 3255 
Erythrosin, 3:2044 
Erythroxylaceae, 2:977 
Erythroxylum spp. See Coca 
Erythroxylum coca, 2:977, 979 
Erythroxylum novogranatense, 2:977 
Erythrura cyaneovirens. See Red- 
headed parrot finches 
ESA. See European Space Agency 
Esatern spadefoot toads, 1:191 
ESCA (Electron spectroscopy for 
chemical analysis), 5:4061 
Escape velocity, 3:2411—2412 
Escherchia coli, 2:1625, 1625-1626 
asexual reproduction, 1:336 
bacterial resistance, 1:266 
bacteriophages, 1:448, 
6:4588-4589 
food poisoning, 3:1775, 1776 
genome, 5:3506 
heat shock proteins, 1:446 
infections, 2:1594, 3:2283 
meningitis, 4:2686 
microbial genetics, 4:2746, 2747 
mutations, 3:1876 
O157:H7, 2:1625-1626, 3:1776, 
4:3229, 6:4648 
proteomics research, 5:3521 
qualitative analysis, 5:3560 
recombinant DNA, 5:3647 
sex determination, 5:3892 
temperature for growth, 1:441 
tests, 2:1593 
water contamination, 6:4648, 4649 
Escherichiae, 2:1593 
Eschscholtzia spp., 5:3443 
Eschscholtzia californica. See 
California poppies 
Escrowed Encryption Standard 
(EES), 2:959 
eSensor, 2:1359-—1360 
Eskimo curlews, 2:1213, 1566, 5:3785, 
3912 
Eskola, Pentii, 4:2727 


Esocidae, 4:3339 
Esophageal cancer, 2:1328 
Esophageal disorders, 2:1328 
Esophagitis, 2:1328 
Esophagus, 2:1324 
Esox spp. See Pike 
Esox americanus. See Pickerel 
Esox lucius. See Northern pike 
Esox masquinongy. See Muskellunges 
Esox niger. See Chain pickerel 
Esox reicherti. See Amur pike 
Esox verniculatus. See Grass pickerel 
Essential amino acids, 1:177—178, 
4:3060 
Essential oils, 2:1626, 4:2793-2794, 
5:3688 
Esterification, 2:1627—1628 
Esters, 2:1626—-1627 
Esthioterum crassicorne, 4:2506 
Estivation, 3:2131 
Estrildidae, 3:1729, 6:4658 
Estriol, 4:3147 
Estrogen replacement therapy 
menopause, 4:2689—2690, 2691-2692 
osteoporosis, 4:3132, 3142 
Estrogens 
acne, 1:27 
bone mass, 4:3141 
contraceptives, 2:1119 
function, 3:2155 
menopause, 4:2689, 2690-2691 
menstrual cycle, 4:2693—2694 
ovarian cycle, 4:3147—-3148 
ovulation, 2:1575 
positive feedback loops, 3:2152 
puberty, 5:3545 
secretion, 3:2155 
synthetic, 2:1317-1318 
Estrone, 4:3147 
Estuaries, 1:569, 652, 2:1447 
ESWL (Extracorporeal shock wave 
lithotripsy), 4:2533-2534, 2534 
Eta Aquiarid meteor shower, 4:2735 
Etching, 2:1591-1593, 1592 
Ethane, 1:140, 2:1632-1633, 4:2928, 
2929t 
Ethanedioic acid. See Oxalic acid 
Ethanol, 2:1628-1629 
aldehydes from, 1:122 
bioenergy, 1:545—546 
production, 1:119 
structure and properties, 1:118, 
118, 3:1800 
See also Alcohol 
Ethene, 3:2196 
Ether, 2:1629-1630 
dental anesthesia, 2:1276 
discovery, 1:197, 211, 2:1629, 
5:3673-3674 
luminiferous, 4:2744 
miscibility, 4:2798 
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Ethernet, 3:2341 
Ethics 
anthropocentrism, 1:242 
assisted reproductive technologies, 
3:2288 
biodiversity, 1:543 
cloning, 2:962 
coma, 2:1014-1015 
DNA databases, 2:1356 
environmental, 2:1597—1600 
ethnobotany, 2:1632 
gene therapy, 3:1886—1887 
genetic testing, 3:1898—1899, 2191 
genetics, 3:1909-1910 
industrial agriculture, 4:2540 
pig husbandry, 4:3338 
prenatal surgery, 5:3483-3484 
transplantation, 6:4430—4431 
vivisection, 6:4605—4607 
weather modification, 6:4678 
Ethiopia, 2:1384 
Ethnoarchaeology, 2:1630 
Ethnobotany, 2:1630-1632 
See also Paleoethnobotany 
Ethology. See Animal behavior 
Ethyl alcohol, 4:2797-2798, 2824 
Ethyl benzoate, 2:1633 
Ethyl butrate, 2:1633 
Ethyl chloride, 2:1633 
Ethyl group, 1:140, 2:1632-1633 
Ethylene 
plant growth, 4:3368 
polymer derivatives, 5:3439-3440 
production, 5:3509-3510 
structure, 4:2838—2839 
Ethylene cellulose cement, 1:54 
Ethylene dibromide, 3:2053 
Ethylene glycol, 1:118, 2:1634, 
3:1970-1971 
Ethylene thiourea, 5:3840 
Ethylenediaminetetra-acetic acid 
(EDTA), 2:1634 
chelation therapy, 2:876, 1126, 
1126, 1634 
ligands, 4:2510—-2511, 25/2 
Ethylenzene, 1:520 
Ethylmethylphenylglycinate, 2:1626 
Ethyne. See Acetylene 
Etiology, 2:1347, 1634-1635 
ETM + (Enhanced Thematic Mapper 
Plus), 5:3678-3679 
Etruscan shrews, 5:3915 
Etruscans, 2:1274, 1367 
Eubacteria, 1:439, 2:1635, 
5:3505-3506, 6:4297-4298 
Eublepharinae, 3:1868 
Euborellia annulipes. See Red-legged 
earwigs 
Eucalyptol, 4:2911 
Eucalyptus spp., 4:2911, 2911, 
2912-2913 


Eucalyptus apodophyolla, 4:2912 
Eucalyptus grandis, 4:2911 
Eucalyptus melanophloia. See 
Ironbarks 
Eucalyptus moluccana, 4:2912-2913 
Eucalyptus oil, 4:2911 
Eucalyptus reducta, 4:2913 
Eucalyptus regnans, 6:4434 
Eucalyptus risdoni, 4:2911 
Eucalyptus tesselaris, 4:2912 
Euchromatin, 2:936 
Euclid of Alexander 
Elements, 2:1095—1096, 
1297-1298, 5:3453, 3490, 3552, 
6:4344 
Euclidean geometry, 4:3006 
fractals, 3:1810 
light, 4:2512 
parallel postulate, 4:3204 
perfect numbers, 4:3252—3253 
postulates of, 5:3453 
prime numbers, 5:3490 
pyramids, 5:3552-3553 
theorems, 6:4344 
transitive, 6:4421 
Euclidean geometry, 1:282, 
2:1095-1097, 1096, 3:1927-1933 
Eudocimus albus. See White ibises 
Eudocimus rubra. See Scarlet 
ibises 
Eudoxus, 1:726 
Eudromia elegans. See Martinetas 
Eudyptes schlegeli. See Royal 
penguins 
Eudyptes sclateri. See Erect-crested 
penguins 
Eugenics, 2:1635-1636, 3:1910 
Euglena spp., 5:3524, 3529 
Euglenoids. See Euglenophytes 
Euglenophytes, 1:125, 5:3524 
Eukaryotae, 2:1636-1637 
cell division, 1:845—-847, 2:937 
cell membranes, 4:2675 
cell structure and function, 
1:839-840, 841-842, 
4:3045-3046 
cellular respiration, 5:3694 
chromosomes, 2:934 
DNA, 2:1283, 1361 
evolution, 5:3505 
flagella, 3:1734-1735 
gametogenesis, 3:1853-1854 
metabolism, 4:2713 
microbial genetics, 4:2746 
mitochondrial genome, 
4:3115-3116 
plant cells, 4:3368 
sexual reproduction, 5:3895 
structure, 4:2750, 3121 
taxonomy, 6:4297-4298 
Eukaryotes. See Eukaryotae 
Eukaryotic cells. See Eukaryotae 
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Euler, Leonhard 
amicable numbers, 1:174 
Bernoulli’s principle, 1:521 
buckminsterfullerenes, 1:680 
combinatorics, 2:1015 
e (number), 2:1405 
functions, 3:1833 
negative numbers, 4:2938 
numbers, 4:2660 
perfect numbers, 4:3253 
planetary orbits, 1:360-361 
transcendental numbers, 6:4412 
trigonometry, 6:4440 
Euler polyhedrons, 5:3437 
Eulerian measurements, 2:1214 
Euler’s number. See E (number) 
Eulipoa wallacei. See Molucan 
megapodes 
Eumeces spp., 5:3942 
Eumeces fasciatus. See Five-lined 
skinks 
Eumeces laticeps. See Broad-headed 
skinks 
Eumeces obsoletus. See Great Plains 
skinks 
Eumeces tetragrammus. See Four- 
lined skinks 
Eumenes fraterna. See Mud-dauber 
wasps 
Eumetopias jubatus. See Steller sea 
lions 
Eunectes murinus. See Green anacondas 
Euoticus elegantulus, 4:2556 
Euoticus pallidus, 4:2556 
Eupatorium spp., 2:1038 
Eupatorium perfoliatum. See Boneset 
Euphagus carolinus. See Resty 
blackbirds 
Euphonia musica. See Blue-hooded 
euphonia 
Euphorbia spp., 5:4091 
Euphorbia cyparissa. See Cypress 
Euphorbia esula. See Leafy spurges 
Euphorbia ingens. See Naboom 
Euphorbia maculata. See Spotted 
spurges 
Euphorbia pulcherrima, 5:4092 
Euphorbia splendens. See Crown-of- 
thorns 
Euphorbia tirucalli. See Pencil cactus 
Euphorbs. See Spurge family 
Euphotic zone. See Photic zone 
Euplectella spp. See Venus flower 
baskets 
Euproctus spp., 4:2980 
Eurasian badgers, 1:450-451 
Eurasian beavers, 1:499, 502 
Eurasian bitterns, 1:605 
Eurasian brown bears, 1:496, 497, 499 
Eurasian cuckoos, 2:1210 
Eurasian deer, 2:1252 
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Eurasian minks, 4:2785, 6:4669 
Eurasian moles, 4:2827—2828 
Eurasian pitcher plants, 1:788 
Eurasian river otters, 4:3145 
Eurasian wild cats, 1:817 
EURATOM (European Atomic 
Energy Community), 6:4659-4662 
Europa, 3:2396—2397 
atmosphere, 4:3355 
celestial mechanics, 1:833 
Galileo project, 3:1850 
ice on, 3:2234 
life on, 2:1414 
Europe, 2:1637-1645, 1638, 1639 
aquaculture, 1:627 
archaeogenetics, 1:288—289 
Chernobyl accident, 5:3612 
contraception, 2:1121 
energy efficiency, 2:1588 
high-speed trains, 6:4407 
Little Ice Age, 5:3420 
natural gas, 4:2930 
printing, 5:3493 
rabies, 5:3579-3580 
See also European Union 
European Article Number (EAN), 
1:462 
European Atomic Energy 
Community (EURATOM), 
6:4659-4662 
European bee-eaters, 1:503 
European bison, 1:602, 823 
European black vultures, 6:4624 
European blackbirds, 1:612, 6:4364 
European buckthorns, 1:682 
European chameleons, 2:870 
European Community. See European 
Union 
European corn borers, 3:1902, 
4:2859-2860, 3288 
European cowslips, 5:3492 
European eels, 6:4463 
European goldfinches, 3:1731 
European goosefish, 1:220 
European hares, 3:2431 
European hedgehogs, 3:2094—2095 
European limpets, 4:2522 
European lindens, 1:484 
European lobsters, 1:629, 4:2542 
European marsh harriers, 3:2066 
European Molecular Biology DNA 
Sequence Database (EMBL), 1:551 
European moles, 4:2827, 2827-2828 
European mouflons, 5:3908 
European Organization for Nuclear 
Research. See CERN 
European pansies, 6:4574 
European partridges. See Gray 
partridges 
European perch, 4:3251 
European plaice, 3:1738—1739 
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European polecats, 3:1707, 6:4669 
European rabbits, 3:2431, 2433-2434, 
4:2539, 5:3862 
European ragwort, 3:2316 
European robins, 5:3736, 
6:4363-4364 
European rollers, 5:3755 
European salamanders, 5:3771 
European skates, 5:3933 
European song thrushes, 6:4364 
European Southern Observatory, 
3:2168, 6:4317 
European Space Agency (ESA) 
Beagle lander, 4:2637 
Cassini spacecraft, 1:805 
Giotto spacecraft, 2:1025 
Herschel Space Observatory, 
3:2295 
Hipparcos Space Astrometry 
Mission, 1:358, 4:3203 
Infrared Space Observatory, 
3:2294 
International Space Station, 
3:2331, 2333 
International Ultraviolet 
Explorer, 3:2334, 6:4508 
manned spacecraft, 5:4042 
Mars Express orbiter, 4:2635 
Mercury mission, 4:2703 
Rosetta mission, 2:1026, 
4:3107-3108 
SMART-1, 4:2847 
SOHO project, 6:4229, 4232 
Solar Orbiter, 6:4392 
space probes, 5:4033 
Venus missions, 6:4564 
European stage beetles, 1:512 
European starlings. See Common 
starlings 
European swallows. See Barn 
swallows 
European Union 
alternative energy sources, 1:154 
by-catch, 2:1380 
cogeneration, 2:994 
genetically modified crops, 3:1900, 
1901 
European vipers. See Adders 
European white firs, 3:1733 
European white pelicans, 4:3238, 3239 
European wine grapes, 3:1984, 
1988-1989 
European wrynecks, 6:4722 
European yews, 6:4741 
Europium, 3:2453—2455 
Euros. See Wallaroos 
Eurycea nana. See San Marcos 
salamanders 
Eurycea sosorum. See Barton Springs 
salamanders 
Eurypterida, 3:2162, 4:3180, 3/80 


Eurystomus orientalis. See 
Dollarbirds 
Eusociality, 4:2812—2813 
Eusporangiates, 3:1705 
Eustachian tubes, 2:1409 
Eutamias spp., 2:906 
Eutoxeres aquila. See White-tipple 
sicklebirds 
Eutrophication, 2:1645-1646, 1646, 
3:2436, 2437 
duck habitat, 2:1388 
fertilizer runoff, 1:88, 3:1711 
freshwater ecosystems, 1:129 
phosphorus cycle, 4:3294—3295 
photic zone, 4:3298 
phytoplankton biomass, 4:3333 
EUVE (Extreme Ultraviolet 
Explorer), 6:4508—4509 
ev (Electrons volt), 1:11, 2:1149-1150 
EVA (Extravehicular activity), 
5:4042, 4047 
Evans BCG, 6:4470 
Evaporation, 3:1647 
hydrologic cycle, 3:2209-2210 
hypothermia, 3:2227 
oil spills, 4:3084 
sedimentation, 5:3847 
sodium chloride from, 5:3983 
temperature regulation, 6:4327 
transpiration, 3:1647, 2209-2210, 
6:4424 
vapor pressure, 6:4548 
Evaporation fog, 3:1768 
Evaporite rocks, 5:3931 
Evapotranspiration, 3:1647—1649, 
1648, 6:4424-4425 
forest ecosystems, 3:1648, 
1648-1649, 1797 
hydrologic cycle, 3:2209-2210, 
2211 
Even numbers, 3:1649 
Evening grosbeaks, 1:782, 3:1731 
Event horizon, 1:608—609, 
3:1649-1650 
Everglade snail kites, 3:2065, 2066 
Everglades, 5:3843 
Evergreen forests, 1:568, 3:1796, 1797 
Eversion, 1:207 
Eves, Howard Whitley, 2:1097, 5:3504 
Evidence 
ballistics, 3:1789 (See also Forensic 
science) 
blood, 3:1788, 5:3869 
bloodstain, 1:624-625, 2:1180 
collection, 2:1177—1178, 
1180-1181, 3:1785 
DNA, 3:1786 
fibers, 3:1790 
footprints, 2:1180—-1181, 3:1787 
forensic analysis, 3:1785—1791 
physical, 3:1786 
trace, 1:532—533, 2:1180, 3:1786 
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Evolution, 3:/650, 1650-1654 


African rift system, 1:70 

altruism and, 1:162 

anthropocentric world view of, 
1:242-243 

archaebacteria, 1:285 

arthropods, 1:509, 4:3179-3180 

biosphere, 1:575—576 

birds, 1:586, 4:3128, 3184, 
3184-3185 

butterflies, 1:699 

cats, 1:818 

chemical, 2:879-88 1 

cladistics, 6:4295—4296 

comparative anatomy, 1:208 

comparative physiology, 
4:3331-3332 

competition in, 2:1033—1034 

convergent, 3:1654-1655, 1913, 
4:2836 

dinosaur, 2:1338, 4:3182-3184, 
3183 

divergent, 3:1655-1656 

elephants, 6:4718 

eukaryotae, 5:3505 

evidence of, 3:1652, 1656-1658 

ferns, 3:1705 

flowers, 3:1755 

fungi, 3:1837 

honeycreepers, 3:2148, 2372 

horses, 3:2159 

horseshoe crabs, 3:2162 

human, 3:2178-2182 

invertebrates, 4:3178—3180 

islands, 3:2369 

leaves, 3:2475—2476 

lemurs, 3:2490 

of life, 1:352-354, 2:879-881 

liverworts, 4:2536 

mammals, 2:1414, 4:3185, 3/85 

marsupials, 4:2644 

mass extinction, 4:2648 

mechanisms of, 3:1660—1662 

metamorphosis, 4:2729 

mollusks, 4:2829, 3179, 5:4094 

monkeys, 4:2836 

mosses, 4:2855 

mountains and, 4:2874 

mutations in, 3:1652—1653, 
1659-1660, 1661 

oaks, 4:3063 

organelle, 4:3116 

paleobotany, 4:3172-3173 

paleontology, 4:3178-3185 

pandas, 4:3192 

parallel, 3:1658-1659 

pesticide resistance, 5:3861 

phylogeny, 4:3323—3325 

Piltdown hoax, 3:2179, 4:3340, 
5:4182 

pines, 4:3341—3342 

plants, 4:3365—3366 

pollination, 5:3428 


population genetics, 3:1907—1908 


predator-prey relationships, 
5:3489 
prokaryotes, 2:879-880, 5:3505, 
6:4263 
punctuated equilibrium, 3:1659, 
1907-1908, 5:3550-3552 
rare genotype advantage, 
5:3637-3638 
rate of change, 3:1659-1660 
reptiles, 4:3181—3182, 3182, 3183, 
5:3687 
sexual dimorphism, 5:3861 
sharks, 5:3903 
snails, 4:2829, 5:3967-3968 
snakes, 5:3970 
social behavior, 5:3974-3975 
speech, 5:4066 
stars, 1:361, 3:2130-2131, 
5:4147-4151, 4161, 6:4239 
sticklebacks, 5:4168 
successful, 1:242—243 
symbiosis, 6:4263 
taxonomy, 6:4296 
trees, 6:4433 
vertebrates, 4:3180-3185, 6:4566 
See also Adaptation; Natural 
selection 
Evolutionary radiation, 2:1570 
Ewing, Maurice, 6:4516 
Ex situ conservation. See Captive 
breeding 
Excavation methods, 3:1662-1665, 
1663 
archaeological mapping, 
1:290-291 
earthen mounds, 4:2869-—2870 
salvage, 1:297 
shell middens, 5:3911 
stratigraphy, 1:290-291, 294, 
5:4180, 4181-4182 
test, 1:297 
underwater, 4:2932—2935 
See also Archaeology; Artifacts 
Exchange of photons (QED) theory. 
See Quantum electrodynamics 
Excitatory neurotransmitters, 
4:2950-2951 
Exclusion principle. See Pauli’s 
exclusion principle 
Excretory system, 3:1666—1670 
See also Urinary system 
Executive Order 13148, 2:1476 
Exercise, 3:1670-1672 
addiction, 1:48 
biochemical oxygen demand, 1:538 
for bone mass, 4:3132 
heart disease connection, 3:2082 
for obesity, 4:3070, 3071 
for pain, 4:3172 
for post-polio syndrome, 5:3424 
Exfoliation, 6:4679 
Exhaust. See Vehicle emissions 
Exit pupil, 1:533 
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Exmoor ponies, 3:2161 
Exocoetidae, 3:1766 
Exocoetus spp., 3:1766 
Exocrine glands, 2:1572, 3:1672-1673, 
1959 
Exoribonuclease, 5:3723 
EXOSAT, 6:4724 
Exoskeleton, 1:315, 3:2317 
Exothermic reactions, 2:882, 4:3160 
Exotic terrains, 4:3014 
Exotoxins, 1:445 
Expanding universe 
acceleration of, 2:1154 
age of the universe and, 1:73—74 
cosmic background radiation, 
2:1148 
dark matter in, 2:1236, 
3:2346-2347 
discovery, 1:527—528, 2:1151 
Doppler effect, 2:1372 
“flatness problem,” 2:1154-1155 
general relativity, 5:3672 
Hubble’s constant, 2:1152—1153 
Hubble’s law, 5:3657 
steady state theory, 5:4126, 4127 
Expansion 
coefficients, 6:4352 
thermal, 6:4344-4347, 4345, 4346 
Expansion joints, 6:4345 
Expendable launch vehicles (ELVs), 
5:4029-4030 
Experiment (locomotive), 
6:4404—4405 
Expert systems, 1:328 
Exploration geochemistry. See 
Geochemical prospecting 
Explorer (spacecraft), 4:2606, 
6:4544-4545 
Explosives, 1:180, 3:1673-1677, 1674 
ballistic missiles, 1:453 
earthquakes from, 2:1423 
oxidation-reduction reaction, 
4:3153 
robotic disposal, 5:3743 
See also specific explosives 
Exponential functions, 3:1834, 
4:2548-2550, 2549t 
Exponents, 3:1677-1678, 
4:2548-2550 
Exposure indicators, 2:1445 
Exposure therapy, 4:3289 
Expressways. See Freeways 
Extatosoma tiaratum, 3:1999 
Extended ASCII, 1:173 
Extended radio galaxies, 3:1847 
Extensible Markup Language 
(XML), 3:2342 
Extension (anatomy), 1:207 
Extensor muscles, 4:2888 
External molds, 3:1806 
External respiration. See Breathing 
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Extinction, 2:1564, 3:1678-1679 
amphibians, 1:191 
bears, 1:495-496 
biodiversity and, 1:543—544 
birds, 1:588-589 
Carolina parakeets, 4:3216—3217 
dinosaurs, 1:810, 2:1335—-1336, 
1340-1341, 3:2399-2400 
donkeys and horses, 2:1367 
honeycreepers, 3:2148 
lemurs, 3:2494 
overhunting, 6:4701 
parrots, 4:3217 
passenger pigeons, 4:3334 
pigeons, 4:3335 
rate of, 2:1564, 1565 
recent, 1:544 
reptiles, 5:3687 
sea mink, 4:2785 
ungulates, 6:4521 
warblers, 6:4634 
wrens, 6:4721 
See also Mass extinction 
Extirpated species, 2:1564 
Extracorporeal shock wave litho- 
tripsy (ESWL), 4:2533-2534, 2534 
Extractive metallurgy, 4:2719-2720 
Extragalactic astronomy, 3:1845 
Extrameridans, 1:41 
Extranuclear (cytoplasmic) heredity, 
4:3116 
Extrapyramidal side effects, 
5:3815-3816 
Extrasolar planets, 3:1680-1683, 
4:3350-3351 
Extrasolar Planets Encyclopedia, 
1:835 
Extraterrestrial geology, 3:1927 
Extraterrestrial life 
location of, 1:352—354 
Murchison meteorite, 4:2883 
planetary geology, 4:3357-3358 
SETI, 5:3876-3878 
Extratropical cyclones, 6:4449-4450, 
4451 
Extravehicular activity (EVA), 
5:4042, 4047 
Extreme thermophiles, 1:284—285 
Extreme Ultraviolet Explorer 
(EUVE), 6:4508-4509 
Extremophiles, 3:1933 
Extrinsic sleep disorders, 
5:3952-3953 
Extrusion, 4:2722 
Extrusive igneous rocks, 3:2242, 
5:3750 
Exxon Corporation, 3:2072 
Exxon Valdez, 1:573, 2:1598, 4:3083, 
3086-3087 
Eye Bank Association of America, 
3:1686 
Eyebrowed thrushes, 6:4364 
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Eyes, 3:1683-1686, 1684 

anatomy, 3:1684—1685, 
5:3936-3937, 6:4594 

burns, 1:695 

butterflies, 1:701 

lens, 3:1685, 4:2622—2623 

shark, 5:3905—3906 

See also Vision 


_———— 


F-117 fighter, 5:4132, 4133, 4134 
F factor, 2:1613 
F layer, 5:3599, 3605 
f-number, 4:2497 
FAA (Federal Aviation Agency), 6:4708 
Fabaceae. See Legumes 
Faber, Joseph, 6:4273 
Fabric. See Cloth 
Fabrici, Girolamo, 2:1556 
Fabry, Charles, 3:2323 
Fabry-Perot Interferometers, 3:2323, 
2323 
Face flies, 6:4465 
Face Recognition Vendor Test 
(FRVT), 1:571 
Facelifts, 5:3384 
Facial bones, 5:3936—3937 
Facial expressions, 1:438, 656 
Facial hair, 4:2691 
Facial reconstruction, 3:1791, 5:3935 
Facies 
geologic age correlation, 2:1145 
metamorphic, 4:2724, 2726 
sedimentary environment, 5:3852 
Facilitated communication, 1:414 
Facilitated diffusion, 1:849-850 
Facilitation model, 6:4213-4214 
Facioscalpulohumeral muscular dys- 
trophy, 4:2958 
Factor (mathematics), 3:1687-1688 
Factor IX deficiency, 3:2103 
Factor [X transfusions, 3:2104-2105 
Factor VIII deficiency, 3:2103 
Factor VIII transfusions, 1:624, 
3:2104-2105 
Factorials, 3:1688 
Factories, 1:690—-691 
Factory farms. See Industrial agriculture 
Faculae, 6:4393 
Faculative parthenogenesis, 4:3218 
Facultative bacteria, 1:442, 539 
FADH. See Flavin adenine dinucleo- 
tide (FADH2) 
Fagaceae. See Beech family 
Fagopyrum cymosum, 1:682 
Fagopyrum esculentum. See 
Buckwheat 
Fagus spp. See Beeches 


Fagus grandifolia. See American 
beech 

Fahrenheit, 4:2740, 2937, 
6:4324-4325, 4352, 4358 

Fahrenheit, Gabriel Daniel, 4:2697, 
6:4324, 4357 

Faint Object Camera (FOC), 
3:2169-2170, 2171 

Fairchild, Thomas, 4:3371 

Fairchild, Xiana, 3:1937 

Fairy-bluebirds, 4:3128 

Fairy-slippers, 4:3110 

Fairy-wrerns, 6:4722 

Falciparum malaria, 4:2609, 2610 

Falco spp. See Falcons 

Falco columbarius. See Merlins 


Falco femoralis. See Aplomado 
falcons 


Falco mexicanus. See Prairie falcons 

Falco peregrinus. See Peregrine 
falcons 

Falco puctatus. See Mauritius kestrels 

Falco rusticolus. See Gyrfalcons 


Falco sparverius. See American 
kestrels 
Falconidae. See Falcons 
Falconiformes, 1:592, 706, 2:1405, 
3:2063, 5:3633, 3840, 6:4621 
Falconry, 3:1690-1691 
Falcons, 3:1688-1691, 1689, 1690, 
5:3634 
classification, 1:592, 3:1688 
peregrine, 1:564, 592, 2:1244, 
3:1688-1691, 1689, 2302, 
4:3252 
prairie, 3:1690, 1691, 4:2766, 
5:3466-3467 
Falkland Islands, 1:231, 5:4025 
Fall. See Autumn 
Fall crocuses, 4:2518 
Falling-bodies, law of, 3:2003—2004 
Fallopian tube obstruction, 3:2286 
Fallopian tubes, 5:3684 
Fallopio, Gabriele, 2:1117 
Fallout, radioactive, 5:3591, 3607, 
3608-3610, 3611 
Fallow deer, 2:1253—1254 
Fallow land, 5:3993 
Falls (physics), 4:2656 
Fallugia paradoxa. See Apache plume 
False bok choy, 4:2899 
False gavials, 2:1184 
False killer whales, 2:866 
False morels, 4:2893 
False teeth, 2:1276, 1277-1278 
Familial hypercholesterolemia, 
3:1886 
Family linkage studies. See Pedigree 
analysis 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Family medical history, 3:1898, 1900, 
4:3236-3238, 3237 
Family planning, 2:1118 
Family studies, chromosome, 2:938 
Family therapy, 1:402, 5:3816 
Famine 
earthquake-triggered, 2:1426 
human carrying capacity, 1:794 
potato, 1:643, 4:2991, 3376, 
5:3458, 6:4469 
FAMOUS Project, 6:4518 
Fan-palms, dwarf, 4:3188 
Fans 
alluvial, 1:148—150 
centrifugal lift, 3:2168 
Fantails, 4:2830, 2831 
Fanworms, 5:3858 
Fanwort, 6:4647 
Fanya chini, 6:4335 
Fanya juu, 6:4335 
FAPs (Fixed-action patterns). See 
Instinct 
Far East geography, 1:340-341 
Far Ultraviolet Spectroscopic 
Explorer (FUSE), 6:4509 
Faraday, Michael, 1:392 
batteries, 1:491 
benzene, 1:519, 4:3284 
bunsen burners, 1:693 
coulombs, 2:1160 
electric motors, 2:1472 
electromagnetic induction, 2:1502, 
1503, 4:2597 
faraday (unit of measure), 2:1497 
Faraday effect, 3:1692 
farads, 1:755 
gas liquefaction, 2:1199, 3:1862 
generators, 3:1888 
magnesium, 4:2591 
magnetism, 4:2601 
plasma, 5:3382 
platinum catalysis, 1:807 
protons, 5:3527 
Faraday (unit of measure), 2:1497 
Faraday effect, 3:1692 
Faraday’s law 
electric motors, 2:1472, 1473, 1474 
vs. Faraday effect, 3:1692 
Farads, 1:755 
Farmer, Moses, 1:283 
Farming. See Agriculture 
Farnsworth, Philo Traylor, 6:4320 
Fasciolaridae, 5:3967 
FASEB (Federation of American 
Societies for Experimental Biology), 
4:2840-2841 
Fast twitch muscles, 4:2888 
Fasting plasma glucose test, 2:1304 
Fat dormice, 2:1372 
Fat-skulled marsupial mice, 4:2643 


Fat-tailed dwarf lemurs, 3:2132, 
2491-2492 


Fatal familial insomnia, 3:2427 
Fatigue, metal, 4:2716—-2717, 5:4145 


Fats, 3:1692-1693 
adipose tissue, 2:1086, 
3:2132-2133, 4:3066 
bioaccumulation in, 1:536, 
2:1101-1102, 3:1772 
biomagnification in, 1:562, 
563-564 
calories, 1:734, 4:3068 
carapa, 4:2608 
cellular respiration, 5:3695 
DDT in, 2:1243 
decomposition of, 1:55—56 
dietary, 4:3060, 3068, 6:4439 
food pyramid, 3:1781 
hibernation, 3:2132—2133 
mono-unsaturated, 6:4439 
obesity, 4:3066 
polyunsaturated, 6:4439 
stearic acid production, 
5:4138-4139 


Fatty acids, 3:1692, 1693 
hydrogenation, 3:1693, 2205, 2208 
Krebs cycle, 3:2422—2424 
in lecithin, 3:2478-2481 
omega-3, 3:2083, 6:4439 
omega-6, 6:4439 
saturated, 3:1692—1693, 2204 
stearic acid production, 

5:4138-4139 
synthesis, 4:2713 
trans, 1:780, 3:1693, 2208, 6:4439 
unsaturated, 3:1692-1693 
uses, 1:777—778 
See also Triglycerides 


Fatty aldehydes, 1:123 
Fatty tissues. See Fats 
Fauchard, Pierre, 2:1275—1276 


Fault-block mountains, 2:1638-1639, 
4:2872, 3011, 3014 


Faults (geology), 2:1423, 
3:1693-1699, 1694, 1695, 1696 

California, 4:3015—3016 

Hayward, 2:1423 

landform formation, 3:2449-2450 

Lewis thrust, 4:3011 

Main Detachment, 3:2134-2135 

New Madrid, 3:1697, 4:3013 

Nojima, 3:1697 

ocean basins, 4:3075 

San Andreas, 2:1423, 3:1694, 1697, 
5:3392, 6:4205 

See also Earthquakes; Plate 
tectonics 


Fauna, 3:1699 
Faunal dating techniques, 2:1237 
Faunal regions, 3:1699 


Fax machines, 3:1699-1700, /700, 
6:4302 
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FBI. See Federal Bureau of 
Investigation 
FCC. See Federal Communications 
Commission 
FDA. See Food and Drug 
Administration 
Feast of Saturnalia, 5:3839 
Feather moss, 1:22 
Feather stars, 3:1700-1701 
Featherbacks, 4:2848 
Feathers 
bird, 1:587, 2:1387 
dinosaur, 2:1337, 1341 
flightless birds, 3:1746 
February, 1:731 
Fechner, Gustav Theodor, 5:3534 
Federal Aviation Agency (FAA), 
6:4708 
Federal Bureau of Investigation (FBI) 
computer keystroke recorders, 
2:1059-1060 
computer viruses, 2:1070 
crime labs, 3:1786 
DNA databases, 2:1357 
fingerprint databases, 3:1787 
Internet tracking, 3:2337 
mitochondrial DNA analysis, 
4:2802 
Federal Communications 
Commission (FCC) 
cellular telephones, 1:852, 853 
radio, 5:3600, 3605-3606 
video recordings, 6:4570 
Federal Interstate Highway System 
(FIHS), 3:1816 
Federal Quarantine Legislation, 
5:3881 
Federal Water Pollution Control Act, 
6:4651 
Federation Cynologique 
International, 1:753 
Federation of American Societies for 
Experimental Biology (FASEB), 
4:2840-2841 
Feedback. See Biofeedback 
Feedback loops 
negative, 3:2146—2147, 2147, 2152 
positive, 3:2152 
servomechanisms, 5:3871—3872 
Feedforward mechanisms, 1:420 
Feigenbaum, Mitchell Jay, 2:872 
Feijoa spp., 4:2913 
Feldspar 
in ceramics, 2:859-860 
composition, 5:3750 
formation, 1:645-646, 5:4170 
industrial uses, 3:2276 
sands, 5:3782 
weathering, 6:4680 
Felidae. See Cats 
Felinae, 1:817 
Feline leukemia virus (FELV), 5:3713 
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Felis cattus. See Cats, domestic 
Felis concolor. See Cougars 
Felis lybica. See African wild cats 
Felis margarita. See Sand cats 
Felis silvestris. See Eurasian wild cats 
Felons, 2:1356—-1357 
Felsic rocks, 3:2242, 5:3750, 6:4610 
Felt, 6:4341 
Feltleaf willows, 6:4703 
FELV (Feline leukemia virus), 5:3713 
Female factor infertility, 3:2284, 
2285-2288 
Femtosecond lasers, 4:3298 
Femur, 5:3939 
Fen/Phen. See Fenfluramine- 
phentermine 
Fences, barbed-wire, 5:3462 
Fendler roses, 5:3761 
Fenestrated endothelium, 1:757 
Fenfluramine, 1:469, 4:3071 
Fenfluramine-phentermine, 1:469, 
4:3071 
Fennec foxes, 1:751 
Fennel, 1:792, 792 
Fens, 1:568 
Fer-de-lance vipers, 6:4576 
Feral pigeons. See Rock doves 
Fermat, Pierre de, 1:174, 201, 
795-796, 4:3047-3049 
Fermat’s theorem, 4:3047—3048 
Fermentation, 3:1701—-1703 
alcoholic, 1:117, 196-197, 2:1604, 
3:1701-1702 
bacteria in, 1:443 
carcinogens in, 1:780 
food preservation, 3:1779 
lactate, 1:196-197 
process, 1:196-197 
vinegar from, 1:15 
yeast in, 1:540, 3:1702 
Fermi, Enrico 
beta decay, 4:2972 
fermium, 2:1534 
neutrinos, 6:4197 
neutrons, 4:2973 
nuclear fission, 4:3019-3020, 3034 
Fermi-Dirac statistics, 5:4073 
Fermilab, 4:3223—3224 
Fermions, 5:4101—4102, 41017, 4102r, 
6:4199, 4200 
Fermium, 1:35—36, 2:1534 
Fernel, Jean Francois, 4:3230 
Ferns, 3:1703, 1703-1707, 4:3366 
leaves, 3:2475 
maidenhair, 4:2608 
ostrich, 6:4556 
rainforest, 5:3628 
seed, 1:519, 5:3853-3854 
sexual reproduction, 5:3895 
spores, 3:1703, 1705, 5:4089 
whisk, 3:1706, 6:4692-4693 
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Ferocactus spp. See Barrel cactus 
Ferraro, V. C. A., 4:2606 
Ferrell cell, 1:373, 2:1413 
Ferret badgers, 1:451 
Ferrets, 2:1567, 3:1707-1708, 1708, 
6:4669 
Ferric chloride. See Iron chloride 
Ferrimagnetism, 4:2602 
Ferromagnetism, 4:2602, 2716 
Ferruginous hawks, 1:707, 3:2063, 
2065 
Fertility Awareness Methods, 2:1118 
Fertility drugs, 3:2261, 2286 
Fertilization, 3:1708-1710, 1709, 
5:3896 
delayed, 1:489 
internal, 1:715, 797, 5:3907, 6:4566 
in vitro, 2:1201—1202, 3:1710, 2036, 
2260-2262, 2287-2288, 5:4163 
menstrual cycle, 5:3684 
Fertilizers, 1:86—-87, 3:1710-1711 
agronomy research, 1:91 
aircraft spraying, 1:85 
ammonia, 1:180, 3:1711, 2204 
ammonium nitrate, 1:182, 4:2993 
in bioremediation, 1:573 
biosphere interactions, 1:576 
burns from, 1:696 
vs. composting, 2:1046 
guano, 1:490 
monoculture, 2:1188 
organic farming, 4:3117-3118, 
3117-3119 
overuse, 1:88, 100, 4:3117-3118 
phosphorus, 1:86—87, 3:1711, 
4:3293 
potassium, 1:86—87, 134, 5:3457 
runoff, 3:1711 
sulfur, 6:4222-4223 
urea, 1:180, 181-182, 6:4537 
water pollution, 1:182, 
4:2994-2995, 3001 
See also Composting; Nitrogen 
fertilizers 
FET (Field-effect transistors), 2:1516, 
6:4419-4420 
Fetal alcohol syndrome, 1:597—598, 
2:899, 3:1711-1713, 5:3686 
Fetal blood transfusions, 5:3482 
Fetal growth restriction (FGR), 1:597 
Fetal hormones, 1:594 
Fetal reduction, 5:3482, 3483-3484 
Fetal surgery. See Prenatal surgery 
Fetus 
birth defects, 1:597-598 
circulatory system, 3:2084 
death of, 6:4330 
evolution, 3:1657 
heart development, 3:2083—2085 
karyotyping, 2:924-925 
whale, 2:863 
See also Embryonic development 


Fever, 1:17 
Fexofenadine, 1:257 
Feynman, Richard, 3:1713, 5:3562, 
3563 
Feynman diagrams, 3:1713-1715, 
1714 
FGR (Fetal growth restriction), 1:597 
FIB (Focused ion beam), 3:1767, 1768 
Fibaloy, 5:4132 
Fiber (dietary), 1:855 
Fiber optics, 2:1518—1519, 3:1715, 
1715-1721, 1716, 1717, 1719 
bandwidth, 3:1719-1720, 6:4322 
endoscopy, 2:1577 
reflection and, 4:3103 
telephones, 6:4311 
Fiber-reinforced composites, 2:1043, 
1044 
Fibers 
animal, 4:2922-2926 
artificial, 1:318—323, 319-3211, 
322t, 323 
bast, 4:29241, 2927 
evidence, 3:1790 
fast or slow twitch, 4:2888 
leaf, 4:2924t, 2927 
mineral, 4:2927—2928 
natural, 4:2922—2928, 29231, 29241, 
2926 
palm, 4:3190 
paper, 4:3196 
recycled, 5:3649 
seed-hair, 4:29231, 2926-2927 
vegetable, 4:2926-2927 
Fibonacci angle, 3:2475 
Fibonacci sequence, 3:1721-1723, 
17221, 2023, 5:3863 
Fibrillation, 4:3168-3169 
Fibrillin, 4:2622—2623 
Fibrin, 1:251, 620 
Fibrinogen, 1:251, 617, 5:3381 
Fibrocartilage, 2:1087 
Fibromyalgia, 4:2884 
Fibrous begonias, 1:514 
Fibula, 5:3939 
Ficedula hypoleuca. See Pied 
flycatchers 
Ficus spp., 4:2876-2877 
Ficus benjamina. See Weeping figs 
Ficus carica. See Common figs 
Ficus elastica. See Rubber plants 
Ficus lyrata. See Fiddleleaf figs 
Ficus pumila. See Creeping figs 
Ficus relgiosa. See Bo trees 
Fiddleleaf figs, 4:2877 
Fiddler crabs, 2:1167 
Field, Cyrus West, 6:4303 
Field (mathematics), 3:1723-1724, 
4:2808 
Field-effect transistors (FET), 2:1516, 
6:4419-4420 
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Field emissions, 2:1467 
Field ionization, 3:2358-2359 
Field programmable gate array 
(FPGA), 1:420 
Field reports, archaeological, 3:1664 
Field surveys, archaeological, 
1:296-297 
Fieldfares, 6:4364 
Fifteen-spine sticklebacks, 5:4168 
Fig-parrots, 4:3216 
Figbirds, 4:3128 
Fight-or-flight response, 5:4186 
Figs, strangler, 5:3628 
Figurative numbers, 3:/724, 
1724-1727, 1725, 1726 
FIHS (Federal Interstate Highway 
System), 3:1816 
Filaments, 2:1044, 3:2264-2265 
Filariasis, lymphatic, 2:1544—-1545 
File Transfer Protocol (FTP), 
3:2336 
Files (electronic), 2:1067, 3:2336—2339 
Filibranchia, 1:605—607 
Filicinophyta, 4:3366 
Filipendula spp., 5:3760 
Fillings, dental, 2:1274-1275, 
1276-1277, 6:4345 
Film 
photographic, 4:3309, 3312, 
5:3494-3495 
radiation detectors, 2:1373, 
5:3588-3589 
Films. See Motion pictures 
Filoviridae. See Filoviruses 
Filoviruses, 2:1430, 1431, 3:2105, 
6:4590 
Filters 
biological weapons detection, 
6:4667 
clarifying, 3:1728 
cyclone, 3:2267 
gravity, 3:1727 
pressure, 3:1727 
vacuum, 3:1728 
Filtration, 3:1727-1728, 5:3432, 3883 
Fimbriae, 1:440 
Finches, 3:1729-1732, 1730 
Darwin’s, 2:1033—1034, 3:1658, 
1660 
grosbeak, 3:2149 
Finger reckoning systems, 1:722 
Finger scanners, 4:2583—2584 
Fingerprints 
alternate light source analysis, 
1:152, 153 
databases, 3:1787 
DNA, 2:1279, 1281, 1357-1359, 
1361-1362, 3:1787—1788, 1908 
forensic analysis, 3:1787 
uniqueness, 3:1786 


Fingers, 1:600, 5:3939 
Finite sets, 5:3874 
Fiorelli, Giuseppe, 5:4181 
Fir club mosses, 2:968 
Fir trees. See Firs 
Fire algae, 1:125 
Fire ants, 1:267, 3:2353 
Fire extinguishers, 1:772 
Fire prevention, 4:2996 
Fireblight, 4:3377 
Firebrats, 1:667 
Firebricks, 1:662 
Firecrests, 3:2418 
Fireflies. See Lightning bugs 
Firemaster BP-6, 5:3434 
Fireproofing materials, 1:334-336 
Fires 
arson investigation, 3:1790 
prescribed burns, 5:3484-3486, 
3485, 3868, 6:4697 
sodium bicarbonate for, 5:3980 
See also Wildfires 
Firewall (software), 2:1068, 3:2338 
Fireweed, 5:3855 
Fireworks, 5:3744, 3745 
Firgate mackerels, 4:2588 
Firs, 2:1085, 3:1732-1733, 4:3197 
First-degree burns, 1:695 
First-generation languages, 2:1060 
Fischer, Emil, 1:177, 716, 766, 2:1604, 
1605 
Fischer projection, 2:1604 
Fischer-Tropsch process, 1:774-775 
Fischer’s chameleons, 2:870 
Fischer’s turacos, 6:4482 
Fish, 3:1733-1734 
acid rain effects, 1:23 
Agent Orange and, 1:76 
bait, 3:2415 
bony, 1:636—637, 3:1733-1734, 
4:3180-3181, 6:4566 
brain, 4:2952 
buoyancy, 1:694 
cartilaginous, 1:796—797, 3:1733, 
5:3644, 3932, 6:4566 
cave, 1:828-829 
coral reef, 2:1135 
courtship, 2:1164 
El Nino, La Nina and, 2:1458 
elephant snout, 2:1543—1544 
endothermic, 6:4327, 4474 
eutrophication and, 1:129 
evolution, 4:3180—-3181, 3/81 
flying, 3:1766—-1767 
heart anatomy, 3:2077 
hermaphrodites, 3:2120 
introduced species of, 3:2348 
jawless, 4:3180-3181, 3781 
labyrinthic, 1:811—812 
lantern, 3:2452 
learning in, 3:2415 
marine, 3:1667 
mayflies, 4:2671 


GALE ENCYCLOPEDIA OF SCIENCE 4 


mercury bioaccumulation, 1:536, 
563 
nervous system, 4:2952 
pinecone, 4:3340-3341 
red tide poisonings, 5:3655—3656 
respiration, 5:3692 
respiratory system, 5:3702 
sex determination, 5:3891—3892 
squirrel, 5:4095—4096, 4096 
FISH (Fluorescence in situ hybridiza- 
tion), 1:184-185, 3:1761-1762, 
4:2673 
Fish and Wildlife Service, U.S. See 
U.S. Fish and Wildlife Service 
Fish oils, 6:4439 
Fish-owls, 4:3151 
Fisher, E. G., 2:1054-1055 
Fisher, Ronald A., 3:1651, 6:4553 
Fisherman bats, 1:487 
Fishers, 4:2645 
Fishing 
Atlandic cod, 2:987—-988, 1452 
by-catch, 1:112, 2:868, 1380-1381, 
5:3907, 6:4476 
codfish, 2:986-988, 1452 
coral reefs, 2:1136 
cormorants for, 2:1141 
drift nets, 2:1380—-1381 
global warming effect, 3:1967 
Great Barrier Reef, 3:2008 
long-lining, 1:112 
Northwest Atlantic, 1:639 
overfishing, 1:639, 2:987-988, 
1440, 1452, 1564, 1566 
sharks, 5:3907 
tarpons, 6:4283—-4284 
tunas, 6:4475—4476 
upwellings, 6:4527 
See also Aquaculture; By-catch 
Fission. See Nuclear fission 
Fission bombs. See Atomic bombs 
Fission-fusion-fission bombs, 4:3040 
Fission-track dating, 1:302, 2:1240 
Fissure eruptions, 6:4611 
Fitch, V. L., 4:3210 
Fitness, inclusive, 4:2813 
FitzGerald, George Francis, 5:3674 
FitzGerald-Lorentz contraction, 
5:3674 
Five-lined skinks, 5:3942, 3942 
Fixed-action patterns (FAPs). See 
Instinct 
Fixed automation, 1:421 
Fixed-end beams. See Cantilever 
Fixed energy budgets, 2:1585 
Fixed film system, 6:4652 
Fixing agents, 2:1398 
Fizeau, Armand, 3:2323—2324, 4:2514 
Flagella, 1:83, 440, 841, 2:1637, 
3:1734-1735 
Flagellates, 5:3523—3524 
Flagellum. See Flagella 
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Flame analysis, 3:1735-1736 
Flame arcs, 2:1468 
Flame ionization, 3:2359 
Flame retardants, 3:2053 
Flame robins, 4:2831 
Flame test, 1:133 
Flames, stationary vs. explosive, 2:1020 
Flamingos, 3:1736-1738, 1737 
Flapper skates, 1:797 
Flaps (surgical), 5:3383-3384 
Flaring (pollution control), 5:3433 
Flash distillation, 2:1293 
Flash locks, 1:740, 4:2543 
Flash media players, 4:3270 
Flat bones, 5:3940 
Flatbed scanners, 5:3805 
Flatfish, 3:1738-1739, 1739 
Flathead catfish, 1:811 
“Flatness problem,” 2:1154—1155 
Flattened goosefish, 1:219 
Flatwoods salamanders, 5:3773 
Flatworms, 3:1739-1741 
evolution, 4:3178-3179 
excretory system, 3:1666—-1667 
nervous system, 4:2952 
parasitic, 4:3208 
from suchi, 4:3208 
Flavin adenine dinucleotide 
(FADH2), 3:2422—2424, 4:2711, 
2712-2713 
Flavin mononucleotide, 3:2422—2424 
Flavins, 4:3320, 5:3381 
Flavirviruses, 3:2105, 6:4590, 4685 
Flaviviridae. See Flavirviruses 
Flavones, 5:3380 
Flavonoids, 1:169, 5:3380, 3429 
Flavonols, 5:3380 
Flavor additives, 2:1626 
Flaw detectors, 6:4506 
Flax, 3:1740, 1741-1743, 6:4338 
Fleahoppers, 6:4461 
Fleas, 3:1743-1744 
bubonic plague, 1:678-680 
oriental rat, 6:4496 
parasitic, 4:3207 
snow, 5:4089 
spiny water, 3:2349 
Fleishmann, Martin, 4:3026—3027 
Fleming, Alexander, 1:445, 4:2810, 
5:3899 
Fleming, John, 2:1515, 6:4541 
Flemming, Walter, 2:925 
Fletcher, Charles J., 3:2167 
Flexeril. See Cyclobenzaprine 
Flexible automation, 1:421 
Flexion, 1:207 
Flexor muscles, 4:2888 
Flies, 3:1744-1746, 1745 
balloon, 2:1164 
DDT resistant, 2:1242 
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disease transmission, 4:3207 
fruit, 2:1381-1382, 1382, 5:3891, 
6:4466 
scorpion, 5:3820 
syrphid, 1:275, 3:1744, 
6:4465-4466 
true, 6:4464-4467 
tsetse, 5:3526, 3530, 3955, 3956, 
6:4465 
Flies (lures), 4:2671 
Flight 
across Antarctica, 1:234 
bird anatomy, 4:3129 
evolution, 3:1655 
Greek myths on, 1:101 
human-powered, 1:101 
parabolas, 1:456 
Flight-control systems, 5:3871 
Flight simulators, 6:4582—4583 
Flightless birds, 3:1746-1750, 1747 
Flightskin, 2:1011 
Flinders Range, 1:410 
Flints, 3:2057, 2454, 5:3749, 
3927 
Float glass, 3:1961 
Floating caissons, 1:718 
Flooding, 3:1750-1753, 1751 
biblical account, 5:4181 
dams, 2:1231, 3:1752-1753 
deforestation, 3:1797 
delta destruction, 2:1264 
hydrologic cycle, 3:2211 
irrigation, 3:2365, 2367 
sediment and sedimentation, 
5:3846, 3849 
wetlands, 6:4689 
Floodplains, 1:149, 3:1750-1753, 
5:4183-4184 
Flora, 3:1753-1754 
Florey, Howard, 1:445, 5:3899 
Floricans, 1:698 
Florida, 6:4645 
Florida basswoods, 1:484 
Florida gopher tortoises, 6:4493 
Florida horse conch, 5:3967 
Florida Peninsula, 4:3242 
Florida pompanos, 3:2384 
Florida yews, 6:4740 
Flotation, 3:1664, 4:2718, 2719 
Flotation dating, 1:301-302 
Flounder, 3:1738, 1739, 1739 
Flourescein, 2:1180 
Flourine dating techniques, 
2:1237-1238 
Flow (mass wasting), 4:2656 
FLOW-MATIC, 2:1060 
Flower buds. See Buds and 
budding 
Flower-dwelling natis, 5:3467 
Flower flies. See Syrphid flies 
Flowering dogwood, 2:1364, 1365 


Flowering plants 
alteration of generations, 
5:3895—3896 
angiosperms, 1:217 
color in, 2:1008 
sex determination, 5:3891 
sexual dimorphism, 5:3894 
See also specific plants 
Flowering quince, 5:3758 
Flowering tobacco, 6:4382 
Flowers, 3:1722, 1754-1756 
Flu. See Influenza 
Flue-gas desulfurization, 3:2268 
Flufiokarst, 3:2405 
Flugge-Lotz, Irmgard, 1:418 
Fluid balance, 1:111 
Fluid dynamics, 3:1756-1758 
aerodynamics and, 1:59-60 
computer modeling, 2:1064 
convection, 2:1123 
turbulence, 6:4485—4486 
Fluid mechanics, 3:1758-1759, 1759, 
4:2573-2575, 2574 
Fluid-mosaic model, 1:842 
Fluid therapy, 2:921 
Fluids. See Liquids 
Flukes. See Trematoda 
Fluorapatite, 4:3292, 3293 
Fluorazepam, 6:4410 
Fluorescence, 3:1759-1761, 1760 
Bowen’s mechanism, 4:3361 
optical brighteners, 4:3301 
pigments, 2:1398 
x ray, 5:4061, 6:4728 
Fluorescence in situ hybridization 
(FISH), 1:184-185, 3:1761-1762, 
4:2673 
Fluorescence microscopes, 2:1230 
Fluorescent light, 3:1760, 1762-1764, 
4:2557 
arc lamps, 1:282, 283 
forensic use, 2:1180 
for jaundice, 3:2385 
minerals, 4:2781 
Fluorescent light bulbs, compact, 
3:2264 
Fluorescent spectroscopy, 4:2557 
Fluoridation, 2:1277, 3:1764-1766, 
2054 
Fluorine, 3:2052—2055 
from CFCs, 2:916 
dietary, 6:4401 
halides, 3:2043-2044 
hydrochlorfluorocarbons, 3:2200 
lanthanide compounds, 3:2453 
Fluorite geodes, 3:1920 
Fluorocarbon, 1:321f 
Fluorspar, 3:2276 
Fluosol-DA, 3:2043 
Fluoxetine, 2:1286, 4:2968 
Fluphenazine, 5:3815 
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Flutriafol, 3:2043 
Flux density, 4:2603 
Fly agaric, 3:/836, 1839, 4:2893 
Fly-by-wire systems, 5:3871 
Flycatchers 
monarch, 4:2830—2831 
tyrant, 6:4498, 4498-4500 
Flying buttress, 1:689 
Flying fish, 3:1766-1767 
Flying foxes, 1:488 
Flying lemurs. See Colugos 
Flying squirrels, 5:4096, 4098-4099 
Flyways, migration, 4:2766 
Flywheels 
gyroscope, 3:2036—2037 
internal combustion engines, 3:2329 
FM. See Frequency modulation (FM) 
fMRI (Functional magnetic reso- 
nance imaging), 2:1401 
Foam, plastic, 5:3390 
Foam-flowers, 5:3802 
FOC (Faint Object Camera), 
3:2169-2170, 2171 
Focused ion beam (FIB), 3:1767, 1768 
Foehn, 5:3837 
Foeniculum vulgare. See Fennel 
Fog, 3:1768, 1768-1770, 2442 
Folate deficiency, 6:4602 
Folded mountains, 1:70 
Folds (geology), 3:1770, 1770-1771 
Folic acid, 1:259-260, 5:4075, 
6:4602-4604, 4603¢ 
Foliose lichens, 4:2507 
Folk, Robert, 4:2883 
Follicle stimulating hormone (FSH) 
function, 2:1573, 1575, 
3:2155-2156 
menopause, 4:2691 
menstrual cycle, 4:2693, 2694, 
5:3684 
oogenesis, 5:3684 
ovarian cycle, 4:3147—-3148 
puberty, 5:3545, 3546 
secretion, 3:2153 
spermatogenesis, 5:3681 
Follicle stimulating hormone releas- 
ing hormone (FSHRH), 3:2152 
Folling, Ivar Asbjorn, 4:3286 
Folling’s disease. See 
Phenylketonuria 
Folsome, Clair, 1:577 
Fontana, Felix, 2:1211 
Food 
addiction, 1:47 
automobile transportation, 
1:422-423 
carcinogenic, 1:780 
chromatography, 2:928 
digestion, 2:1322—1326 
emulsions, 2:1561 
genetically engineered, 1:580 


lactic acid in, 3:2429—2430 
mushrooms, 4:2893—2894 
nightshades, 4:2990-2991 
organic, 4:3120 
oxidation-reduction reaction, 
4:3156 
plant-based, 2:1631, 4:3369-3370 
refrigerated transport of, 
5:3661—3662, 3662 
seaweed, 1:128 
seeds as, 5:3856-3857 
See also Genetically modified food 
and organisms 
Food, feed and fallow system, 2:1187 
Food additives 
esters, 2:1626 
flavoring, 2:1626 
kelp, 3:2409 
lecithin, 3:2480 
MSG, 4:2840-2841 
sodium chloride, 5:3993 
See also Food preservation 
Food allergies, 1:141, 145, 204, 401 
Food and Agriculture Organization 
(FAO), 2:1089-1090 
crops, 2:1191 
deforestation, 2:1257-1258 
plant breeding, 4:3372-3373 


Food and Drug Administration 
(FDA) 
aflatoxins, 1:66 
AIDS drugs, 1:95 
amphetamines, 1:187 
antihistamines, 1:257 
artificial heart, 1:325 
breast implants, 5:3514 
bupropion, 2:944 
butylated hydroxyanisole, 1:705 
butylated hydroxytoluene, 1:705 
calcium propionate, 1:721 
chloroform, 2:918 
cyclamate, 2:1222 
DES, 2:1318 
DHEA, 2:1263 
double-blind studies, 2:1375 
esters, 2:1626 
Fluosol-DA, 3:2043 
food irradiation, 3:1774 
genetic engineering, 3:1895 
herbal medicine, 3:2115 
hormone replacement therapy, 
4:2689 
human papillomavirus, 5:3902 
Implanon, 2:1122 
interferons, 3:2326 
lasers, 3:2462 
LASIK, 5:3586-3587 
lithium, 4:2530 
marijuana, 4:2625 
morning after pill, 2:1119 
MSG, 4:2841 
nicotine drugs, 4:2987 
pacemakers, 4:3168 
parasites, 4:3208 
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Parkinson disease, 4:3213 

recommended daily allowances, 
4:3058 

shingles, 5:3912 

sibutramine, 4:3071 

taxol, 6:4271 

thalidomide, 6:4342 

tranquilizers, 6:4408 

vaginal sponges, 2:1120 

varicella-zoster vaccine, 2:895 


Food chain/web, 3:1771-1773 
algae in, 1:126-127 
Antarctic marine, 1:232-233 
arthropods’ role, 1:315 
autotrophs, 1:431 
bioaccumulation, 1:536 
biological community, 1:553 
biomagnification, 1:562, 564, 

2:1243, 3:1772 
carnivores in, 1:785 
components, 2:1590 
copepods, 2:1127—1128 
coral reefs, 2:1135 
DDT effects, 1:564, 2:1243, 
3:2301—2302 
ecological pyramids, 2:1447-1449, 
1448 
energy transfer, 2:1588-1590 
herbivores in, 3:2119 
invertebrates, 3:2259 
laws of thermodynamics, 2:1590 
microbial, 2:1589 
oceans, 4:3332—3333 
omnivores, 4:3094 
open-water, 1:126, 127 
pelagic, 4:3077 
photic zone, 4:3298 
phytoplankton, 4:3332-3333 
pollution, 3:1772 
productivity, 2:1447 
scavengers, 5:3810—3811 
segmented worms, 5:3859 
trophic levels, 1:553, 3:1773, 
6:4446-4447 
zooplankton, 6:4750, 4751 


Food irradiation, 3:1773-1775, 1774 
Food plants. See Crops 


Food poisoning, 3:1775-1777 

bivalves, 1:607 

botulism, 1:643-644 

epidemics, 2:1608 

Escherchia coli, 3:1775 

food irradiation prevention, 
3:1775 

parasitic, 4:3208 

pathogens, 4:3229, 3230 

Salmonella, 3:1775, 1776, 
5:3777-3779 

shellfish, 1:128 


Food preservation, 3:1777-1781 
benzoic acid, 1:521, 2:1633 
botulism, 1:643, 644 
butylated hydroxyanisole, 1:705 
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butylated hydroxytoluene, 
1:705—706 
calcium propionate, 1:721 
cancer from, 1:780 
canning, 1:445, 643, 644, 
3:1780 
citric acid, 2:952 
EDTA, 4:2511 
history, 1:445 
liquid nitrogen, 4:2997 
nitrogen compounds, 4:2997 
salts, 5:3780 
sodium benzoate, 5:3979 
sodium chloride, 5:3993 
sulfur dioxide, 6:4223 
Food pyramid, 3:/78/, 1781-1782, 
4:3060 
Food Security Act, 5:3992 
Food storage, 2:1196, 5:3458 
Food Webs (Pimm), 3:1771 
Fool’s gold, 3:2363 
Foot (unit of measure), 
4:2738 
Foot and mouth disease, 
3:1782-1784, 1783 
Foot disorders, 5:3414 
Foot-pounds, 6:4719 
Footprints 
dinosaur, 2:/336, 1336-1337 
forensic evidence, 2:1180—1181, 
3:1787 
fossil, 4:3175 
human fossil, 3:2179 
Forage sorghum, 5:4019 
Foramen ovale, 1:599 
Foraminiferans, 3:1804, 5:3523 
Forbidden spectral lines, 4:3361 
Forbs, 5:3461, 3632 
Force (physics), 3:1784—-1785 
effort, 4:2585 
laws of motion, 3:2467—2468, 
4:2977-2979 
mass and, 4:2646 
momentum, 4:2830 
positive numbers, 5:3451 
resistance, 4:2585 
string theory, 6:4189-4190 
work, 6:4719 
Forcipmyia spp., 6:4465 
Ford, E. B., 3:1651 
Ford, Henry, 1:344, 423, 4:2649, 
2650-2651 
Ford, James, 2:1237 
Ford Motor Company, 4:2649, 
2650-2651 
Fore highlanders, 3:2427—2428 
Forebrain, 1:653-654, 
4:2952-2954 
Forelimb, 1:208 
Forensic anthropology, 2:1178-1179, 
3:1789, 5:3933-3934 
Forensic chemistry, 3:1789-1790 
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Forensic science, 3:1785-1791, 1788t 
adipocere, 1:55-56 
alternate light source analysis, 
1:152-153 
anthropometric measurement, 
1:243-244 
bindle paper, 1:532—533 
biometrics, 1:570-571 
bloodstain evidence, 1:624—-625 
computer modeling, 2:1064 
crime scene investigation, 
2:1177-1179, 1178, 1179 
crime scene reconstruction, 2:/178, 
1179-1181 
DNA databases, 2:1356-1357 
DNA fingerprinting, 2:1358-1359 
DNA recognition instruments, 
2:1359-1360 
electronic photography, 4:3314 
geospatial imagery, 3:1935—-1937 
hemoglobin, 3:2102 
odontology, 4:3081, 3082 
photogrammetry, 4:3306, 3306 
photography resolution, 4:3307 
polymorphisms, 5:3871 
rigor mortis, 5:3729-3730, 3730 
saliva tests, 5:3774-3775 
scanning electron microscopes, 
5:3808 
secretors, 5:3841—3842 
serology, 5:3868—3871, 3869 
skeletal analysis, 5:3933—3935, 3934 
sublimation, 6:4201-4202 
xylotomic identification, 
6:4730-4731 
See also Evidence 
Forest cobras, 2:1462 
Forest dormice, 2:1373 
Forest-dwelling duikers, 2:1390 
Forest giraffes. See Okapis 
Forest grapes, 3:1988 
Forest management. See Forestry 
Forestry, 3:1791-1795, 1792 
herbicide use, 3:2117 
industrial, 5:3629 
land use, 3:2441, 2442 
old-growth forests and, 4:3091 
prescribed burns, 5:3485-3486 
rainforests, 5:3629—3630 
sustainable, 2:1258, 3:1792, 1795, 
4:3344 
woodpecker habitat, 6:4716 
Forests, 3:1795-1798, 1796, 
6:4433-4434 
acid rain effects, 1:20, 20-21, 22, 100 
Agent Orange defoliation of, 
1:75-76 
agroforestry, 2:1192—1193 
boreal coniferous, 1:565, 567, 
2:1447, 4:2855 
broad-leaf, 6:4433 
canopy, 5:3628, 3867-3868 
clear-cutting, 3:1793-1794, 
6:4212-4213, 4425 


cold-deciduous, 3:1796 
coniferous, 6:4433 
crops, 2:1190 
dead wood in, 2:1182 
ecological monitoring, 2:1445 
ecological pyramids, 2:1447, 1449 
evapotranspiration, 3:/648, 
1648-1649, 1797 
evergreen, 3:1796, 1797 
formation, 2:1414 
global warming effect, 3:1967 
habitat, 3:1797-1798 
harvesting, 3:1793-1795, 
1794-1795 
hydrologic cycle, 3:2210 
introduced species, 3:2350 
managed, 2:1190 
mediterranean, 6:4434 
microclimate, 4:2749 
mosses, 4:2855 
natural resources, 3:1792—1793, 
1798 
oak-pine, 2:1584-1585 
productivity, 3:1796-1797 
rangeland, 5:3632 
regeneration, 3:1794, 6:4212—4213 
renewable, 2:1258 
secondary, 5:3629 
semi-evergreen tropical, 1:568 
successions, 1:585 
sustainable development, 6:4250 
temperate, 1:542, 4:3088-3090, 
3188, 5:3627-3630 
temperate deciduous, 1:567, 3:1796 
transpiration, 6:4424-4425 
tropical, 1:568, 2:1257, 1258 
types, 3:1795—1796 
wildfires, 6:4697-4700, 4698 
See also Deforestation; Old- 
growth forests; Rainforests 
Forficula auricularia, 2:1427 
Forge welding, 6:4683 
Forgery, 1:153 
Forgetting, 4:2681 
Forging, 4:2721 
Fork-marked dwarf lemurs, 3:2492 
Forked lightning, 4:2515 
Forktails. See Swordfish 
Forlanini, Enrico, 3:2202 
Form perception, 4:3248 
Formaldehyde, 1:122 
indoor air quality, 3:2273 
polymer production, 1:175, 5:3441 
production, 4:2738 
three-dimensional structure, 
5:4166-4167 
Formalin, 1:122 
Formation processes, archaeological, 
1:291-292 
Formic acid, 1:27, 777 
Formicariidae, 1:236 


Formicidae, 1:266 
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Formicivora littoralis. See Resting 
antwrens 
Formulas. See Chemical formulas 
Forster’s terns, 6:4333 
Forte DSC. See Chlorzoxazone 
Fortin barometers, 1:474 
FORTRAN (FORmula 
TRANslater), 2:1060 
Fossa ovalis, 3:2080 
Fossas, 3:1801-1803, 1/802 
Fossey, Dian, 3:1979 
Fossil communities, 3:1806—1807 
Fossil fuels, 3:1808-1809 
carbon cycle, 1:769 
carbon dioxide emissions, 
1:770-771 
end of, 1:153 
global warming, 3:1964, 
1966-1967 
sequoia biomass, 5:3866 
subsidence and, 6:4206 
utilization, 1:153 
See also Coal; Natural gas; 
Petroleum 
Fossil record, 3:1807—1808 
Fossilization, 3:/803, 1803-1808, 
1805 
Fossils, 3:/803, 1803-1808, 1804, 1805 
age correlations, 2:1145 
Australia, 1:409 
birds, 4:3128 
Burgess Shale, 1:543, 3:1699 
continental drift, 2:1107 
diatom, 2:1313 
dinosaur, 2:1335, 1336-1337 
eukaryotae, 2:1637 
evolution, 3:1657—1658 
footprints, 2:/336, 1336-1337, 
3:2179, 4:3175 
fractures, 6:4281 
frog, 3:1822 
fungi, 3:1837 
historical geology, 3:2138 
human evolution, 3:2178-2181 
index, 3:1804—-1805 
lungfish, 4:2558, 2559 
marine, 1:70—71 
marsupials, 4:2644 
mass extinction, 4:2647-2648 
moles, 4:2828—2829 
mollusks, 5:4094 
mosses, 4:2855 
Murchison meteorite, 4:2883 
paleoecology, 4:3175 
paleontology, 4:3178-3185 
Piltdown hoax, 3:2179, 4:3340 
plant, 4:3172-3173, 3173 
plate tectonics, 5:3395 
pollen, 4:3172—3173, 3190-3191, 
5:3425-3427 
punctuated equilibrium, 5:3551 
radiation, 2:1148 
resins, 5:3688 


roses, 5:3758 
sea lilies, 5:3826 
sequoias, 5:3866 
single-cell microorganisms, 4:3123 
snails, 5:3966, 3967, 3968 
spore, 4:3173, 3190-3191 
taphonomy, 6:4280—4281 
trace, 4:3175, 3178 
trilobites, 4:3179, 3179-3180 
turtles, 6:4490 
vertebrates, 3:1803—1804, 6:4566 
woolly mammoth, 6:4718 
See also Dating techniques 
Foster parents, 1:760—-761 
Fostiropoulos, K., 1:680 
Foucault, Jean-Bernard Léon, 1:418, 
2:1421, 4:2514 
Foucault experiment, 2:1421 
Foulbrood, 1:507 
Four Corners outbreak, 3:2059 
Four-horned antelopes, 1:820 
Four-lined plant bugs, 6:4461 
Four-lined skinks, 5:3942 
Fourdrinier, Henry, 4:3197 
Fourdrinier, Sealy, 4:3197 
Fourdrinier machine, 4:3197—3198 
Fourneyron, Benoit, 6:4483 
Fourth-generation languages, 
2:1061—1062 
Fowl. See Poultry 
Fowler, William, 2:1536 
Fox, Sydney, 2:880 
Fox grapes, 3:1984, 1988 
Fox sparrows, 5:4050 
Foxes, 1:488, 751, 3:1656 
Foxglove 
purple, 2:1331, 3:2114, 5:3972 
woolly, 2:1332 
Foxtail barley, 1:472 
FPGA (Field programmable gate 
array), 1:420 
Fracastoro, Girolamo, 5:3898 
Fractals, 3:1809-1811, 78/0, 2351 
Fractional distillation, 2:1199, 
3:2197-2198 
Fractionation, 2:1351 
Fractions 
addition, 1:51—52 
common, 3:1811—1814 
decimal, 2:1247 
infinity, 3:2288 
least common denominators, 
3:2478 
multiplication, 4:2881 
rational numbers, 5:3639 
unit, 5:3640 
Fracture zones, 4:3075 
Fractures 
bone, 4:3129-3130, 3142, 
5:3940-3941, 6:4225 
fossilized, 6:4281 
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Fragaria spp. See Strawberries 
Fragaria virginiana, 5:3761 
Fragile X syndrome, 1:413, 2:932 
Fragipan, 3:2151, 5:3988 
Fragrance, citrus, 2:955 
Fragrant sumacs, 1:804 
Frame-shift mutations, 4:2901 
Framingham Study, 2:923, 3:2082 
France 
canals, 1:740 
cartography, 1:798 
Non-Proliferation Treaty, 6:4659 
nuclear power, 4:3032 
nuclear weapons tests, 5:3610 
tidal power, 6:4372 
France’s sparrowhawks, 3:2065 
Francisella tularensis, 6:4471 
Francium, 1:132—134 
Frank, I. M., 2:862 
Frankia spp., 4:3002 
Franklin, Benjamin, 1:370, 
2:1468-1469, 1477, 1522 
Franklin, Rosalind, 2:1360, 1376 
Franklin’s gulls, 3:2032 
Franzen, Anders, 4:2934 
Frasch process, 4:2784, 6:4220 
Fraser firs, 3:1732 
Fraunhofer, Joseph, 3:1814-1815, 
4:2514 
Fraunhofer lines, 2:1319, 3:1814-1815 
Fraximus spp. See Ash trees 
Fraximus americana. See White ash 
Fraximus anomala, 4:3092 
Free association, 5:3533 
Free-falling bodies, 1:455 
Free flaps, 5:3383—3384 
Free radicals, 5:3593—3595 
aging and, 1:78 
antioxidants, 1:78, 260-261, 
5:3594 
biochemical oxygen demand, 1:538 
Free Software Foundation, 4:3096 
Freeman, Walter J., 5:3541 
Freeways, 3:/8/5, 1815-1818, 4:3005 
Freeze-drying, 3:1778 
Freezing point, 2:1634, 3:2233, 
5:4119, 6:4352 
Fregata andrewsi. See Christmas 
Island frigatebirds 
Fregata aquila. See Ascension 
frigatebirds 
Fregata ariel. See Lesser frigatebirds 
Fregata magnificens. See Magnificent 
frigatebirds 
Fregata minor. See Great frigatebirds 
Fregatidae. See Frigatebirds 
Frege, F. L. G., 5:3451 
French Guiana, 5:4025 
French mulberry, 6:4565 
Frenzel, H., 5:4018 
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Freons. See Chlorofluorocarbons 
Frequency, 3:1818-1819 
hearing, 3:2073 
hearing range, 1:32 
light, 4:3102-3103 
maximum-usable, 5:3599 
oscillations, 4:3135 
periodic functions, 4:3256, 3257, 
3258 
Planck’s constant, 4:3346-3347 
radiation exposure, 5:3591 
radio, 5:3598 
resonance, 5:3690 
sound waves, 1:31, 5:4019 
Frequency-dependent selection, 
5:3861 
Frequency distribution, 5:4123-4124 
Frequency modulation (FM) 
cyclotrons, 1:12 
radio, 2:1509, 1510, 5:3597, 3598, 
3599, 3605 
video recordings, 6:4568—4569 
Freshwater, 3:1819-1820 
conservation, 6:4643-4646 
microorganisms, 6:4648 
in polar ice caps, 1:229, 3:2209, 
2214, 5:3419 
resources, 6:4643-4645 
volume of, 3:2214 
See also Groundwater; Surface 
water; Water supply 
Freshwater ecosystems, 2:/452, 
3:1819-1820 
acidified, 1:19, 21-23, 573 
algae blooms, 1:129 
alluvial systems, 1:147-151, 148 
biomes, 1:566, 568 
bioremediation, 1:573 
food sources, 2:1190 
mayflies, 4:2670—2671 
moss animals, 4:2857 
mosses, 4:2854 
nitrogen cycle, 4:2998—3001 
phosphorus cycle, 4:3294-3295 
phytoplankton, 4:3333 
rushes, 5:3766 
sedges, 5:3843 
See also Eutrophication; Lakes; 
Rivers 
Freshwater eels, 6:4462-4464 
Freshwater stingrays, 5:3645 
Fresnel, Augustin Jean, 4:2514 
Fresnel diffraction, 2:1319 
Freud, Sigmund 
anxiety, 1:269 
cocaine, 2:979 
dyslexia, 2:1401 
psychoanalysis, 5:3530, 
3531-3532, 3535 
repressed memories, 4:2677, 2681 
theories of, 1:159 
Friar birds, 4:3128 
Fricke, Hans, 2:989—990, 991 
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Friction, 3:1820-1821 
fluid, 6:4591 
laws of motion, 4:2978 
mechanical, 2:1488 
skin, 1:60 
tidal, 6:4371-4372 
train-to-rail, 6:4404 
triboluminescence, 4:2557—2558 
wind formation, 6:4706 
Friction drag, 1:104 
Friedmann, Alexander, 1:526—527, 
2:1151, 1153 
Friedrich Wilhelm Summit Canal, 
1:740 
Friend, Richard, 3:2482 
Friendly fantails, 4:2831 
Friends of the Earth, 5:3886 
Friendship (spacecraft), 5:4042 
Frigatebirds, 2:1165, 3:182/, 
1821-1822, 4:3129 
Frilled cow sharks, 5:3903 
Fringilla coelbs. See Common 
chaffinches 
Fringilla montifringilla. See 
Brambling finches 
Fringilla teydea. See Blue chaffinches 
Fringillid finches, 3:1729-1731, 
5:4048 
Fringillidae. See Finches 
Fringillinae. See Fringillid finches 
Fringing reefs, 2:1134 
Frisch, Karl von, 1:507, 554 
Frisius, Gemma, 6:4248 
Fritallaria aurea, 4:2518 
Fritallaria meleagris, 4:2518 
Fritallarias, 4:2518 
Frith, Francis, 4:3310 
Fritts, Charles, 4:3304 
Frog-eating bats, 1:487 
Frogfish, 1:220 
Frogmouths, 1:758, 759 
Frogs, 1:189-191, 3:1822-1826, 1823 
clawed, 3:1825, 2126, 2174 
gastric-brooding, 3:1825, 4:3150 
leopard, 2:1552—1554, 3:1825, 
2126, 2174 
life cycle, 1:190, 191 
metamorphosis, 4:2730 
respiratory system, 5:3702 
Frog’s-bit family, 1:764-765, 2:1456, 
3:1826-1827 
Front-wheel drive, 1:424 
Frontal plane, 1:206 
Fronts, air. See Air masses and fronts 
Frost, 6:4678 
Frostbite, 3:/827, 1827-1828 
Frostnip, 3:1827 
Froth flotation, 4:2718 
Frozen food, 3:1779 
Fructose, 1:765, 4:2937 
Fructose-1,6-diphosphate, 4:2712 


Fructose-6-phosphate, 4:2712 
Fruit bats, 1:487, 487 
Fruit flies 
classification, 6:4466 
Drosophila melanogaster, 
2:1381-1382, 1382, 5:3891, 
3894, 6:4466 
Fruit juices, concentrated, 3:1647 
Fruits, 3:1828-1830 
citrus, 2:953-956 
dietary need for, 4:3060 
grafts, 3:1983-1985 
harvesting, 1:85 
hybrid, 4:3371, 3372 
rose family, 5:3759-3760 
seeds in, 5:3856 
tree, 2:1191 
Frustules, 2:1313 
Fruticose lichens, 4:2507 
FRVT (Face Recognition Vendor 
Test), 1:571 
FSH. See Follicle stimulating 
hormone 
FSHRH (Follicle stimulating hor- 
mone releasing hormone), 3:2152 
FTP (File Transfer Protocol), 3:2336 
Fuchian functions, 2:996 
Fucus spp. See Rockweed 
Fuel cells, 1:156, 2:1476, 3:1830-1833, 
1831 
Fuel-injection systems, 3:2329 
Fuel oil explosives, 3:1676, 1677 
Fuels 
automobile, 1:425 
biomass, 1:156, 545 
combustion, 2:1020 
ethanol, 2:1628—1629 
hydrogen, 3:2204, 2205 
liquid, 1:453, 2:1201, 3:2204, 
5:3745-3746 
peat moss, 1:677 
rocket, 1:453-454, 5:3744, 
3745-3746 
solid, 5:3746 
See also Fossil fuels 
Fugu, 5:3549 
Fuji Corporation, 4:3314 
Fujita scale, 6:4389 
Fulcrum, 4:2584—-2585 
Fulica americana. See American coots 
Fuligo septica, 5:3957 
Fuller, R. Buckminster, 1:680, 3:1921, 
4:2917 
Fuller’s Earth, 2:1249 
Fulminating gold, 3:1673 
Fulpes zerda. See Fennec foxes 
Fulton, Robert, 3:2279, 6:4203 
Fulvic acids, 3:2188-2189 
Fulvous tree ducks, 2:1386 
Fulvous whistling ducks, 2:1389 
Fumes, 1:62 
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Fumigants, 4:3270 
Function (mathematics), 3:1833-1834 
maps and mapping, 4:2618—2620, 
2619 
maxima and minima, 4:2667—2669, 
2668, 2669 
tangent, 6:4443 
variables, 6:4549-4550 
Functional anatomy, 4:3331—3332 
Functional lateralization. See Split- 
brain functioning 
Functional magnetic resonance ima- 
ging ((MRJ), 2:1401, 4:2964 
Fund resources, 5:3691 
Fundamenta astronomiae (Bessel), 
1:356 
Fundamental particles, 5:4100—4103, 
41011, 4102, 4103¢, 6:4189 
Fundamental theorems, 3:1835-1836 
Fundulidae, 3:2414 
Fundulus spp. See Killifish 
Fundulus heteroclitus. See 
Mummichogs 
Fundus disorders, 6:4600, 4601 
Funeral, 1:80 
Fungal infections, 3:1841—1842 
dementia from, 2:1268 
epidemics, 2:1608 
meningitis, 4:2686 
plant, 4:3376, 3377 
zoonotic, 6:4749 
Fungi, 3:/836, 1836-1841 
Antarctica, 1:232 
carnivorous, 5:3479 
coprophilous, 4:2892 
indoor air quality, 3:2273, 2274 
lichens, 4:2506—2508, 6:4261-4262 
mycotoxins, 4:2908—2909 
organs, 4:3115 
phototropism, 4:3320 
soil, 5:3990 
spores, 5:4088 
structure, 4:2750, 3121 
taxonomy, 4:3365, 6:4296—4297 
See also Mycorrhiza 
Fungicides, 1:87, 3:1841-1842, 4:3271 
Funk, Casimir, 4:3055, 6:4602 
Funnel clouds, 6:4389 
Fur-bearing animals, 3:1793, 4:2645 
Fur seals, 2:1566 
Fur trade 
beavers, 1:501 
muskrats, 4:2896, 2897 
opossums, 4:3098 
otters, 4:3145, 3146 
wolvervines, 6:4711 
Furans, 3:2268 
Furazepam, 3:2043 
Furbish’s lousewort, 2:1567, 5:3973 
Furcifer spp., 2:869-870 
Furcreaea macrophylla, 1:172 
Furious rabies, 5:3578—3579 


Furnaces 
basic oxygen, 5:4141, 4142 
blast, 3:2363, 4:2718, 5:4140 
electric arc, 5:4141, 4142-4143 
open-hearth, 5:4140-4141, 4142 
Stiickofen, 5:4140 
thermostats, 5:3872 
Furnariidae. See Ovenbirds 
Furnarius rufus. See Red ovenbirds 
Furness, Thomas, III, 6:4583 
Furniture, 4:2607, 2651 
Furrow irrigation, 3:2365, 2367 
FUSE (Far Ultraviolet Spectroscopic 
Explorer), 6:4509 
Fusiform aneurisms, 1:214 
Fusion. See Nuclear fusion 
Fusion bombs. See Hydrogen bombs 
Fusion microscopes, 3:1790 
Fusion welding, 4:2722, 6:4683—4684 


Ic 


G agents, 4:2948 

G forces, 1:8 

G-type nerve agents, 5:3787, 6:4278 

G6PD deficiency, 4:3282 

GABA (Gamma-amino-butyric acid), 
4:2885, 2968, 2969, 6:4410 

Gabbro, 5:3750, 4171 

Gaboon vipers, 6:4575 

Gabor, Dennis, 3:2144, 2324 

GAC (Granulated activated carbon), 
5:3433 

Gadidae. See Codfish 

Gadinae, 2:986 

Gadolin, Johan, 3:2453, 6:4742 

Gadolinium, 3:2453-2455 

Gadus morhua. See Atlantic cod 

Gadwalls, 2:1388 

GAE (Granulomatous amoebic ence- 
phalitis), 4:3208 

Gag reflex, 1:548 

Gaia hypothesis, 3:1843-1844, 6:4263 

Gaitan, Felipe, 5:4018 

Galactic coordinate systems, 1:830 

Galactic cosmic rays (GCRs), 2:1149 

Galactic star clusters, 1:357, 
5:4110-4111 

Galactose, 1:765 

Galactosemia, 3:1892, 4:2706 

Galagidae. See Bushbabies 

Galago alleni. See Allens’s bushbabies 

Galago senegalensis. See Senegal 
bushbabies 

Galagoides demidoff. See Demifoff’s 
galagos 

Galagos. See Bushbabies 

Galahs, 2:983 
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Galantus nivalis. See Snowdrops 
Galapagos cormorants, 2:1140 
Galapagos Islands, 4:3078, 5:3707, 
4023 
Galapagos penguins, 4:3242 
Galapagos petrels, 4:3274 
Galapagos Rift, 6:4518 
Galapagos tortoises, 6:4492 
Galatamine, 1:167 
Galaxies, 3:1844-1849, 1845 
active, 3:1847-1848, 5:3571, 6:4509 
active galactic nuclei, 1:38—39 
antimatter, 1:259 
center of, 3:2294 
classification, 3:1845—1848 
dark matter, 2:1235 
Doppler shift of light from, 
1:73-74 
elliptical, 3:1846, 1848 
formation, 1:527, 528-529, 
3:1848-1849 
galactic clusters, 1:357, 
5:4110-4111 
gravitational lens, 3:2001—2002, 
5:3672 
Hubble’s constant, 1:526, 528, 
2:1152-1153 
Hubble’s law, 1:526 
irregular, 3:1847 
Local Group, 4:2768 
luminosity, 3:1845, 1846 
motion, 4:2861 
N-body problem, 4:2915—2917 
radio, 5:3603 
redshift, 1:522, 2:1152, 5:3657 
Seyfert, 1:39, 3:1847, 5:3572 
spiral, 1:525—526, 3:1844, 
1846-1847, 1848 
starburst, 5:4114-4115 
superclusters, 3:2294, 6:4233-4234 
ultraviolet astronomy, 
6:4508-4509 
x-ray output, 6:4724 
See also specific galaxies 
Galaxy Evolution Explorer 
(GALEX), 6:4509 
Galemys pyrenaicus, 4:2828 
Galen, 3:2079, 4:2529, 6:4606 
Galena, 3:2471 
Galerina spp. See Autumn skullcaps 
GALEX (Galaxy Evolution 
Explorer), 6:4509 
Galhus gallus, 2:1191 
Galidia elegans. See Ring-tailed 
mongooses 
Galidictis fasciatra. See Malagasy 
broad-striped mongooses 
Galidininae, 3:1801 
Galileo 
acceleration, 1:7-8 
astronomy, 1:360 
ballistics, 1:455 
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cosmology, 2:1151 
geocentric theory, 3:1916 
heliocentric theory, 3:2097—2099, 
4:3349 
Jupiter, 3:2393, 2396, 5:3789 
law of falling-bodies, 3:2003—2004 
laws of motion, 3:2467, 4:2977 
Maunder minimum, 4:2665 
Milky Way Galaxy, 4:2769 
parabolas, 4:3199 
physics history, 4:3327, 3328 
planetary ring systems, 4:3363 
Saturn, 5:3791 
solar activity cycle, 5:3994 
sunspots, 5:4152—4153, 6:4225, 
4230 
telescopes, 6:4312 
Venus, 6:4559 
Galileo (spacecraft). See Galileo 
project 
Galileo project, 3:/849, 1849-1851 
asteroids, 4:2788 
astrobiological research, 1:353 
comet orbits, 4:3107 
Jupiter, 1:806, 3:1849-1851, 2392, 
2394 
planetary atmosphere, 
4:3352-3353 
Venus, 6:4562 
Galileo thermometers. See Alcohol 
thermometers 
Galiliei, Galileo. See Galileo 
Gall bladders, bear, 1:498-499 
Gallbladder, 2:1327 
Galle, Johann, 1:832, 4:2938, 3351 
Gallean satellites, 1:833 
Galliformes, 2:868, 5:3463 
Gallinula chloropus. See Moorhens 
Gallinules, 5:3624—3625 
Gallium, 2:1527, 4:3260 
Gallium arsenide, 6:4666 
Gallo, Robert, 1:93-94, 5:3713 
Gallstones, 2:1327, 6:4507 
Gallup Poll, 5:3781—3782 
Gallus gallus. See Chickens 
Galois, Evariste, 3:2020 
Galton, Francis, 3:1786 
Galvani, Luigi, 1:490-491, 571 
Galvanic cells, 1:227, 813, 847-848 
Galvanized metals, 1:227, 4:2722 
Gambel’s quails, 5:3558, 3558 
Gambler’s Ruin (problem), 4:3226 
Gambling 
addiction, 1:47 
probability theory, 5:3499-3500, 
3502 
randomness, 5:3630—-3632 
reinforcement, 5:3665 
Game birds, 2:1190, 3:2348 
Game ranches, 4:2539 
Game software, 2:1067 
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Game theory, 3:1851—-1852, 4:2669, 
5:3630 
Gamete intrafallopian transfer 
(GIFT), 3:1710, 2261, 2288 
Gametes, 1:222, 223, 3:1853, 4:2674, 
5:3894-3895 
Gametogenesis, 3:1853-1854, 1940 
Gametophytes 
alteration of generations, 
5:3895-3896 
bryophytes, 1:674-675, 676, 677 
ferns, 3:1704 
liverworts, 4:2535 
plants, 5:4089 
whisk ferns, 6:4693 
Gamma-amino-butyric acid (GABA), 
4:2885, 2968, 2969, 6:4410 
Gamma cameras, 4:3029-3030 
Gamma globulins. See 
Immunoglobulins 
Gamma knife, Leksell, 4:2966 
Gamma-ray astronomy, 3:1854—1856 
Gamma ray bursts, 3:1855, 1856-1857 
Gamma-ray large area space telescope 
(GLAST), 3:1856 
Gamma rays 
discovery, 2:1514 
electromagnetic spectrum, 
2:1507-1510 
food irradiation, 3:1774 
germanium detectors, 4:3222 
Mossbauer effect, 4:2857—2858 
photoelectric effect, 4:3305 
radioactive decay, 5:3608 
scintillation detectors, 4:3221, 
3221 
steel testing, 5:4145 
subsurface detection, 6:4209 
Gamow, George 
big bang theory, 2:1151 
cosmic background radiation, 
2:1147, 1148 
expanding universe, 2:1153 
formation of elements, 2:1536 
tunneling, 6:4480 
Gangetic Plain, 1:342, 3:2134 
Gangrene, 3:1857-1859, 1858, 4:2890 
Gannets, 1:637—639 
Ganoderma applanatum. See Attist’s 
fungus 
Ganymede, 1:833, 3:1850, 2397 
GAO (General Accounting Office), 
2:1069 
Gapper’s red-backed voles, 6:4615 
Garage paradox, 5:3676 
Garbage. See Waste 
Garbage Project, 2:1630 
Garbens, 1:69 
Garden beets. See Beets 
Garden buttercups, 1:699 
Garden cress, 3:2113 
Garden dormice, 2:1373 


Garden fleahoppers, 6:4461 
Garden springtails, 5:4089 
Garden tools, 4:2585, 2587 
Gardening, 2:1046-1048, 
3:2164-2166 
See also Horticulture 
Gardner, Martin, 6:4422 
Gardner, Randy, 5:3948 
Garis, Hugo de, 1:420 
Garlic, 5:3757, 6:4556 
Garner, W. W., 1:554 
Garnets, 1:164, 6:4743 
Garpike, 3:/859, 1859-1860 
Garrod, Archibold, 4:2672, 2705 
Gars. See Garpike 
Garter snakes, 4:3149-3150 
Gas Chromatography-Mass 
Spectrometry (GC-MS), 4:2653 
Gas embolism. See Cerebral 
embolism 
Gas gangrene, 3:1858—-1859 
Gas lasers, 3:2458—2459 
Gas-liquid chromatography, 
2:926-927, 3:1789-1790, 6:4667 
Gas metal arc welding (GMAW), 
6:4684-4685 
Gas nuclear reactors, 4:3037 
Gas (giant) planets, 4:3349-3350, 
3353, 3355-3356 
Gas thermometers, 6:4358 
Gas tungsten arc welding (GTAW), 
6:4684—-4685 
Gas turbines, 6:4483, 4484 
Gas welding, 6:4683, 4684-4685 
Gases, 4:2665, 5:4121 
Boyle’s laws, 2:887 
buoyancy, 1:694 
diffusion, 2:1321 
electrical conductivity in, 
2:1466-1467, 1469 
equations of state, 6:4354 
filtration, 3:1728 
ideal gas law, 3:1863-1866 
interstellar, 3:2344-2345, 2346 
kinetic theory of, 3:1863—1864, 
5:3487-3488 
liquefaction of, 1:197, 
2:1198-1201, 1202, 
3:1860-1862 
miscibility, 4:2798 
mixtures, 3:1866 
molecular weight, 4:2819 
properties, 3:1862—1866, 1863r, 
1864, 1864t, 1865, 4:2822 
radiactively active, 3:2014, 2015 
rare, 2:1530, 4:3263, 5:3635—-3637 
solubility, 5:4011-4012 
in solutions, 5:4013 
speed of sound in, 1:32—33 
star, 5:4104-4105, 4108-4109 
star formation, 5:4110-4111 
thermal expansion, 6:4345 
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volume, 3:1862—1863, 1865, 6:4617 
waste, 3:2267—2268 
See also Nerve gas 
Gasification, coal, 1:118, 2:971 
Gasohol, 3:1702 
Gasoline, 1:425, 3:2328 
anti-knock compounds, 3:2198, 
2472, 5:3977 
composition, 3:2198 
consumption, 4:3278 
leaded, 1:100, 5:3431 
octane ratings, 3:2198, 4:3243 
phosphorus oxychloride in, 4:3293 
Gasoline engines. See Internal com- 
bustion engines 
Gaspra, 3:1850 
Gasterosteidae, 5:4168 
Gasterosteus spp., 5:4168 
Gastric banding, 1:468 
Gastric-brooding frogs, 3:1825, 
4:3150 
Gastric bypass, 1:468 
Gastric cancer, 2:1328 
Gastric juices, 2:1324 
Gastrin, 2:1324 
Gastroesophageal reflux, 3:2456 
Gastrointestinal anthrax, 1:240 
Gastrointestinal system. See Digestive 
system 
Gastrophryne carolinensis. See 
Eastern narrow-mouthed toads 
Gastrophryne olivacea. See Narrow- 
mouthed toads 
Gastroplasty, vertical banded, 1:468 
Gastropoda, 4:2522, 2828, 5:3966 
Gastrulation, 2:1554 
Gaucher’s disease, 3:1886, 4:2706 
Gaultheria spp. See Wintergreens 
Gaultheria procumbens. See Common 
wintergreen 
Gaurs, 1:820 
Gauss, Carl Friedrich, 4:2601, 2807, 
3007, 3048, 6:4344 
Gauss, Johann, 6:4248 
Gauss units, 4:2603 
Gaussmeters, 4:2603 
Gavia adamsii. See Yellow-billed 
loons 
Gavia arctica. See Arctic loons 
Gavia immer. See Common loons 
Gavia pacifica. See Pacific loons 
Gavia stellata. See Red-throated loons 
Gavialidae. See Gavials 
Gavials, 2:1183—1186, 1184 
Gavialus gangeticus. See Gavials 
Gaviidae. See Loons 
Gaviiformes, 4:2550 
Gay-Lussac, Joseph Louis 
atmospheric observation, 1:371 
atomic weight, 1:396, 397 


Avogadro’s number, 1:432 
burets, 1:695 
morphine, 4:2850 
properties of gases, 3:1862—1863, 
4:2822 
Gayals, 4:2538 
Gaylussacia baccata. See 
Huckleberries 
Gazella dorcas. See Dorcas gazelles 
Gazella granti. See Grant’s gazelles 
Gazella rufifrons. See Red-fronted 
gazelles 
Gazella thomsonii. See Thomson’s 
gazelles 
Gazelles, 1:238—239, 3:1866-1867 
GC-MS (Gas chromatography-mass 
spectrometry), 4:2653 
GCMs (General circulation models), 
3:1967, 2014, 2015 
GCRs (Galactic cosmic rays), 2:1149 
GDP (Guanosine diphosphate), 
3:2423-2424 
GDT (Guanosine triphosphate), 
3:2423-2424 
Gears, 3:1867-1868 
Geastrum triplex. See Collared 
earthstars 
Geckos, 3:1868-1870, 1869 
Geese, 3:1870-1874, 1871 
domestic, 4:2540 
imprinting, 1:517 
wetlands breeding, 6:4688 
Geiger, Hans 
alpha particle decay, 1:151, 6:4196 
atomic model, 1:385 
particle detectors, 4:3219 
protons, 5:3527, 6:4196 
tunneling, 6:4480 
Geiger counter, 4:3220, 5:3588, 3589, 
6:4544—-4545 
development, 4:3219-3220 
dosimetry, 2:1373 
nuclear fission, 4:3018 
nuclear weapons detection, 6:4666 
Geiger-Muller counter, 2:1149, 
5:3589-3590 
Geitel, Hans, 4:3304 
Gekko gekki. See Geckos 
Gekkonidae. See Geckos 
Gekkoninae, 3:1868 
Gel electrophoresis, 2:1520—1521, 
5:3922 
Gelada baboons, 1:436-437 
Gelatin, 3:1874—1875 
Gelechiidae, 4:2859 
Gell-Mann, Murray, 5:3569, 6:4198 
Geller, Margaret, 6:4233 
Gelsinger, Jesse, 3:1887 
Gemmules, 5:4086 
Gempylidae, 4:2626 
Gemsboks, 3:2062, 4:3132 
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Gemstones, 1:164, 411, 2:1206t, 
1208-1209 
GenBank, 1:551, 3:2184 
Gender determination, 5:3679 
Gender identity, 5:3888, 3889 
Gender reassignment surgery, 
5:3889-3890 
Gender verification, 3:2408 
Gene chips, 3:1876-1877, 1877 
Gene cloning, 3:1908, 2263 
See also Clones and cloning 
Gene dosage studies, 2:939 
Gene expression 
cell differentiation, 2:1302 
DNA and RNA in, 2:1283—1284, 
1302, 5:3724, 3735 
DNA microarrays, 1:535, 2:1362 
in gene therapy, 3:1886 
genetically modified organisms, 
3:1902 
genotype and phenotype, 
3:1913-1915 
imprinting, 3:2258—2259 
proteomics research, 5:3521 
Gene expression arrays. See 
Microarrays 
Gene flow, 3:1661, 1878 
Gene guns, 3:1902 
Gene mutations. See Mutations 
Gene polymorphisms. See 
Polymorphisms 
Gene pool, 3:1661 
Gene probes. See DNA probes 
Gene splicing, 3:1879-1882, 
1883-1884 
See also Recombinant DNA 
technology 
Gene theory of aging, 1:77—78 
Gene therapy, 3:1882-1888, /883, 
1895 
ADA deficiency, 1:43—44, 4:2708 
cystic fibrosis, 2:1227 
future of, 3:1908 
human artificial chromosomes, 
3:2173-2174 
metabolic disorders, 4:2708 
muscular dystrophy, 2:1404 
stem cells, 5:4163 
for stroke, 6:4192 
wild type genes, 6:4697 
Gene transfer 
discovery, 3:1894 
human artificial chromosomes, 
3:2173-2174 
lateral, 1:440, 448 
plants, 4:3374-3375 
yeasts, 6:4737-4738 
GeneMap, 3:2184 
General Accounting Office (GAO), 
2:1069 
General adaptation syndrome, 
5:4185-4186 
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General anesthesia, 1:211, 212, 
596-597, 2:909, 918 
General circulation models (GCMs), 
3:1967, 2014, 2015 
General Electric, 4:2863 
General Motors, 1:346, 4:2651 
General relativity, 5:3668-3673 
big bang theory, 2:1153 
black holes, 1:608, 5:3672 
grand unified theory, 3:1985—1987 
gravitational lens, 3:2001—2002 
gravity, 3:2005—2006 
history, 5:3668—3669 
Hoyle’s modification, 5:4128 
Kuhn, Thomas, on, 5:3820 


Generalization, geometric, 1:801—802 


Generation, spontaneous, 2:880, 
4:3124, 5:4087—4088 


Generations, alteration of, 
5:3895-3896 


pedigree analysis, 4:3236-3238, 
3237 

See also Birth defects; Genetic 
testing 


Genetic diversity. See Biodiversity 
Genetic drift, 3:1653, 1661, 1878, 1907 
Genetic engineering, 3:1804—1896 


animal breeding, 1:224—225 

bacteriophages, 1:448-449 

biological weapons, 1:582 

for brewing, 1:660-661 

DNA technology for, 2:1284, 1362 

enzymatic, 2:1603—1604 

eugenics, 2:1635—1636 

history, 1:579, 2:1281 

mitochondrial genome, 4:3116 

molecular biology, 4:2814 

techniques, 1:580 

transgenics, 6:4414-4415 

See also Genetically modified food 
and organisms 


ethics, 6:4606 

genetic engineering techniques, 
1:224—225 

insulin, 3:1894-1895 

invasive species of, 3:2353 

manufacturing microorganisms, 
1:580 

mosquitoes, 4:2853 

nitrogen fixation, 4:3002 

Genetics, 3:1902-1910, 1903 

albinism, 1:115 

alcoholism, 1:121 

Alzheimer’s disease, 1:169 

archaeogenetics, 1:288—290 

autism, 1:413 

cancer, 1:743—745 

classical, 3:1905 

color blindness, 2:1009 

congenital disorders, 2:1078 

cystic fibrosis, 2:1225—1226 

drug metabolism, 4:3281—3282 

dyslexia, 2:1401—1402 


Generators, 3:1888-1889 
electromagnetic induction, 2:1505 fingerprinting 
Van de Graaff, 2:/522, 1522-1523, Genetic identification of microorgan- 
1523 isms, 3:1896-1897 
Genes, 3:/875, 1875-1876 Genetic information, 3:2184 


Genetic fingerprinting. See DNA hearing loss, 2:1245-1246 


hemophilia, 3:2103—2104 

history, 3:1903, 1904-1905 

Huntington’s disease, 
3:2190-2191 


carriers, 1:790 


Genetic screening 


vs. chromosomes, 3:1876 
defined, 2:1279 
for diseases, 1:580 
function, 2:1279-1280, 
3:1875-1876 
molecular clock, 3:1657 
natural selection, 5:3862 
number of, 2:935 
proteins and, 1:540 
rearrangements, 3:1877 
recombination, 3:1661 
repair, 1:744 
wild type, 6:4696-4697 
xenogamy, 6:4730 
See also Alleles 
Genetech, 3:1895 
Genetic code, 3:1905—1906 
Genetic counseling, 3:1893—-1894, 
1899-1900, 4:2673 
chromosomal abnormalities, 
2:932, 934 
karyotype analysis, 3:2408 
Genetic disorders, 2:1078—1079, 
3:1889-1894, 1890 


for carriers, 1:790 

DNA databases, 2:1356 
genetic disorders, 3:1893—1894 
metabolic disorders, 4:2708 
newborn, 3:1893, 1898 

sickle cell anemia, 5:3924—-3925 


Genetic testing, 3:1891, 1897-1900 


bio-flips, 1:535 

chorionic villus sampling, 
2:924-925 

cystic fibrosis, 2:1227—1228 

Down syndrome, 2:1379 

ethics, 3:2191 

FISH analysis, 3:1761-1762 

future of, 3:1908-1909 

Marfan syndrome, 4:2623 

parentage, 4:3227-3229 

pedigree analysis, 4:3236-3238, 
3237 

skeletal analysis, 5:3935 

species taxonomy, 5:4052 

Tay-Sachs disease, 6:4298-4299 

See also Polymerase chain 
reactions 


amniocentesis, 1:185 
cancer, 1:744, 745-746 
childhood, 2:898—-899 
DNA databases, 2:1356 


Genetic variation, 3:1661 

Genetically modified food and 
organisms, 3:1900—1902, 1908, 
6:4414-4416 


Marfan syndrome, 4:2622-2623 

medical, 4:2672-2673 

Mendelian, 3:1890-1891, 1905, 

4:2682-2685, 2683, 2684 

microbial, 4:2746-2747 

migraine headaches, 4:2763 

molecular, 1:540 

muscular dystrophy, 2:1403, 

4:2958 

nicotine addiction, 2:943 

obesity, 4:3068, 3069 

parthenogenesis, 4:3218—3219 

population, 3:1907—-1908 

sickle cell anemia, 5:3920—3921 

subcellular, 4:3115-3116 

Turner syndrome, 6:4488—4489 

viral, 6:4577-4579, 4586-4587 

Genetics and the Origin of Species 
(Dobzhandsky), 3:1651 

Genets, 3:1910-1912, 19/1 

Genetta spp. See Genets 

Genetta cristata, 3:1911 

Genetta genetta, 3:1911 

Genetta rubiginosa, 3:1911 

Genetta tigrina, 3:1911 


Geneva Protocol for the Prohibition 


of the Use in War of Asphyxiating, 
Poisonous or Other Gases and of 


Bacteriological Methods of 


animals, 3:2127-2176 Warfare, 1:558, 2:884, 886, 
genotype and, 3:1914 Bt (Bacillus thuringiensis), 2:1142, 6:4664 


heredity laws, 3:1907 3:1901, 1902, 4:3373-3374, . . 

inherited, 3:2298-2299 3375 Canna hemes sa 000 72 

karyotype analysis, 3:1891, canola, 4:2899 Genital stage, 5:3532 
2406-2408 crops, 2:1142, 3:1895, 1900-1902, Genitalia, 5:3889—-3890, 3891 

medical genetics, 4:2672-2673 4:3370, 3373-3375, Genitals. See Genitalia 

Mendelian, 3:1890—1891 6:4414 4415 Genobyte (company), 1:420 


gene therapy, 3:1882-1889, 1895 
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Genome, 3:1908, 1912 unconformities, 6:4510—4512 


chimpanzee, 1:271, 3:2178 uniformitarianism, 1:810, 
databases, 1:550 6:4522-4523 
fruit fly, 2:1382 Geology, 3:1926-1927 
imprinting, 3:2258—2259 Australia, 1:407-410 
mitochondria, 4:3115-3116 defined, 2:1415 
molecular biology, 4:2813—2814 global climate changes, 3:1963 
natural selection, 5:3862 Himalayas, 3:2133-2135 
shotgun cloning, 5:3915 historical, 3:2138 
taxonomy, 6:4273-4424 North America, 4:3009-3016, 3010 
transgenics, 6:4414-4415 petroleum prospecting, 4:3278 
viral, 6:4577 planetary, 4:3356-3358 
Genomic fingerprinting. See DNA research, 5:3752 
fingerprinting South America, 5:4020-4026, 402/ 
Genomics, comparative, 1:551-552, Tasmania, 1:410 
3:1912-1913 Geomagnetic field. See Earth’s mag- 
Genotype, 3:1651, 1913-1915, 19/4 netic field 
in breeding, 1:221 Geomagnetic storms, 2:1143, 5:3995 
evolution, 3:1652—1653, 1661 Geometric generalization, 1:801—802 
genetic disorders, 3:1890 Geometrical optics, 4:3102 
individuals, 3:2271 ; Geometridae, 4:2860 
phenotype relationship; 540, Geometry, 3:1927, 1927-1933, 1929, 
_ aan advantage erase 
sett en oo 
: ytic, 1: 
wild type genes, 6:4696-4697 constructions, 2:1095-1097, 1096 
Gentle lemurs, 3:2493 defined, 4:2661 
Gentoo penguins, 4:3240 degrees, 2:1260 
Genus, 4:2647-2648, 5:4052 elliptic, 4:3006, 3007-3008 
Genyornis spp., 3:1746 Euclidean, 1:282, 2:1095-1097, 
Geo-electrical current, 1:408 1096, 3:1927-1933 
Geobiology, 3:1927 growth and decay, 3:2022 
Geocentric theory, 1:359-360, 836, Seems en nia] 
eee ciate locus, 4:2546-2548, 2547, 2548 
Geochemical analysis, 3:1917-1918 molecular, 4:2817-2819, 2818 
; ' non-Euclidean, 3:1932, 
Geochemical prospecting, 4:3005-3008 
3:1917-1919, 4:3276, 3278, 3279 projective, 5:3503-3505, 3504, 
Geochemistry, 2:1415, 3:1918-1920 3505 
Geochronology, 3:1923 solid, 2:1193-1194, 3:1932 
Geococcyx californianus. See Greater topology, 6:4384-4387, 4385, 
roadrunners 4386, 4387 
Geodes, 3:/920, 1920 translations, 6:4422-4424, 4423 
Geodesic (geometry), 3:1920 Geometry (Descartes), 3:1833 
Geodesic (physics), 1:608, 680, 680 Geomicrobiology, 3:1933-1934 
Geodesic domes, 3:1920-1921, /92/ Geomorphology, 2:1622-1623, 
Geoffroy, Etienne, 6:4264 3:2448, 5:4181 
Geoffroy’s black and white colobus Geomyidae. See Pocket gophers 
monkeys, 2:1002 Geomys spp. See Eastern pocket 
Geogalinae. See Large-eared tenrecs gophers 
Geographic illustrations, 1:798-799 Geopelia cuneata. See Diamond doves 
Geographic information systems Geophilomorpha spp., 1:856 
(GIS), 1:797, 3:1955, 2441-2442 Geophones, 6:4207 
Geographic poles, 3:1921-1922 Geophysics, 2:1415—1416, 3:1926, 
Geologic maps, 3:/922, 1922-1923 1934-1935, 4:3330 
Geologic subsidence, 6:4204, 4205-4207 petroleum prospecting, 4:3278 
Geologic time, 3:1923-1926 stratigraphy, 5:4182 
historical geology, 3:2138 subsurface detection, 6:4207 
mass extinction rates, 4:2648 George III, 4:2705 
planetary geology, 4:3357 Georgia Reproductive Specialists 
polar ice caps, 5:3419-3420 LLC, 2:1201-1202 
stratigraphy, 5:4180 Georychus spp., 4:2811 
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Geosciences, 2:1415 
Geospatial imagery, 3:1935-1937, 
1936 
Geospiza magnirostris. See Ground 
finches 
Geostationary satellites, 6:4709 
Geothermal energy, 1:155—156, 
3:1946 
Geothlypis trichas. See Common 
yellowthroat 
Geotropism, 3:1937-1938 
Gerald P. Luiper Airborne 
Observatory, 3:2294 
Geranospiza caerulescens. See Crane 
hawks 
Gerber, Heinrich, 1:754 
Gerbert of Aurillac, 4:3051 
Gerbilidae. See Gerbils 
Gerbillinae. See Gerbils 
Gerbils, 3:1938-1939, 1939, 4:2741 
Gerbilus campestrix, 3:1938 
Gerbilus gerbillus, 3:1938 
Gerenuks, 3:1866, 1867 
Gerhard, Wolfgang, 2:1359 
Gerhardt, Charles, 2:1050—-1051 
Geriatrics, 3:1943 
Gericke, William Frederick, 3:2213 
Germ cell lines, 3:1939-1940 
Germ cells, 3:1853-1854, 1906, 
1939-1940 
embryonic, 5:4162-4164 
mutations, 3:1907, 4:2901, 2903 
Germ theory, 1:250, 444, 559, 
3:1940-1942, 2246, 4:3231, 6:4225 
German cockroaches, 2:985 
German measles, 2:896 
Germanium, 1:391, 2:1527 
particle detectors, 4:3222 
periodic table, 4:3260 
semiconductors, 2:1481 
transistors, 6:4417-4418 
Germany 
biological warfare, 1:557 
canals, 1:740 
chemical warfare, 6:4664 
high-speed trains, 6:4407 
magnetic levitation vehicles, 
4:2594 
nuclear power, 4:3032 
sarin gas, 5:3787 
solar power, 1:155 
submarines, 6:4204 
wind power, 1:155 
Germination, 3:1942-1943, 4:3368, 
5:3855 


Germline gene therapy, 3:1882, 1884 
Geronticus calvus. See Southern bald 


ibises 


Geronticus eremita. See Northern bald 


ibises 
Gerontology, 1:76, 3:1943-1944 
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Gerridae. See Water scorpions 

Gerris paludum. See Water striders 

Gerris remigis. See Water striders 

Gerstmann-Straussler-Scheinker dis- 
ease, 3:2427, 5:3498 

Gesner, Conrad, 3:1944, 2232 

Gesneria spp. See Gesnerias 

Gesnerias, 3:1944, 1944-1945 

Gestalt theory, 4:3248, 3249, 5:3535 

Gestation, 1:593 

Gestational diabetes, 2:1303-1304 

Geum spp., 5:3760 

Geum rivale. See Indian chocolate 

GeV (Gigaelectron volts), 1:11 

Geysers, 3:1945, 1945-1946, 2214 

Gherkins, 3:1981 

GHIH (Growth hormone-inhibiting 
hormone), 3:2023—2024, 2154-2155 

Ghillot, Charles, 4:3311 

Ghiorso, Albert, 2:1533, 1534 

Ghosh, Ranajit, 4:2948 

Ghost crabs, 2:/168 

GHRH (Growth hormone-releasing 
hormone), 3:2023—2024, 2152, 
5:3545, 3546 

GHRS (Goddard High Resolution 
Spectrograph), 3:2171 

Giant anteaters, 1:237, 237-238 

Giant armadillos, 1:305 

Giant Asiatic salamanders, 5:3770 

Giant beardworms. See Beardworms 

Giant beavers, 1:500 

Giant blue plantain-eaters, 6:4482 

Giant boarfish, 1:630 

Giant Canada geese, 3:1871 

Giant catfish, 1:810 

Giant chitons, 2:906, 907 

Giant elands, 2:1460 

Giant forest hogs, 4:3337-3338 

Giant freshwater prawns, 1:629 

Giant hummingbirds, 3:2187 

Giant ibises, 3:2232 

Giant Japanese salamanders, 5:3770 

Giant Japanese spider crabs, 2:1167 

Giant jewfish, 1:483 

Giant kelp, 1:126, 128, 3:2408—2409, 
2413, 5:3527 

Giant lacewings, 3:2429 

Giant manna grass, 3:1996 

Giant Meterwave Radion Telescope, 
6:4318 

Giant monitor lizards, 4:2834 

Giant otter shrews, 4:3143 

Giant otters, 4:3144, 3146 

Giant pandas, 1:496, 4:3191—3193, 
3192 

Giant pangolins, 4:3194-3195 

Giant petrels, 4:3273 

Giant pied-billed grebes, 3:2010 
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Giant pink jellyfish, 3:2386 
Giant planets. See Gas (giant) planets 
Giant puffballs, 4:2892 
Giant rats, 2:1427 
Giant redwoods. See Giant sequoias 
Giant sea scorpions, 3:2162 
Giant senecios, 2:1038 
Giant sequoias, 5:3486, 3866-3868, 
3867, 6:4256, 4434, 4697 
Giant skinks, 5:3943 
Giant squid, 5:4095, 6:4520 
Giant stars, 3:2129-2130 
Giant tortoises, 6:4492, 4493 
Giant water bugs, 6:4461—4462 
Giardia spp., 6:4648 
Giardia lamblia, 4:3205, 3208, 5:3527, 
6:4749 
Giardiasis, 4:3208, 5:3526-3527 
Gibberellins, 4:3368 
Gibbon, John H., Jr., 1:325, 
3:2085—2086 
Gibbons, 1:271—272, 3:1946-1948, 
1947, 4:2835 
Gibbs, Josiah Willard, 1:147, 2:1595, 
5:4121-4122 
Gibbs’ free energy, 6:4350 
Gibson, J. J., 4:3249, 3250 
Gibson, William, 2:1069, 6:4582 
Giese, Jeanna, 5:3579 
GIFT (Gamete intrafallopian trans- 
fer), 3:1710, 2261, 2288 
Gigaelectron volts (GeV), 1:11 
Gigantiops spp., 1:268 
Gigantism, 3:2024 
Gigantochloa spp., 3:1995 
Gila monsters, 3:1949, 1949-1950 
Gila woodpeckers, 1:711, 6:4715, 4717 
Gilbert, William, 2:1521, 3:1903, 
4:2601 
Gilchrist, Percy, 5:4140 
Gilded flickers, 1:711 
Gilia spp. See Gilias 
Gilias, 4:3288 
Gill, Richard, 2:1211 
Gill, Ruth, 2:1211 
Gills, 5:3692, 3702, 3905 
Gin, 3:2392 
Ginger, 3:1950, 1950, 5:3757 
Gingergrass, 3:1995 
Gingivitis, 2:1278 
Gingko, 2:1220, 3:1950-1951, 1957 
for attention-deficit hyperactivity 
disorder, 1:403 
classification, 4:2608, 3366-3367 
gymnosperms, 3:2035 
leaves, 3:2474 
Gingko biloba. See Gingko 
Gingkoales. See Gingko 
Ginkgophyta. See Gingko 
Ginkogoaceae. See Gingko 


Ginseng, 3:1951-1952 
Giotto space probe, 2:1025, 3:2047 
Giraffa camelopardalis. See Giraffes 
Giraffa reticulata. See Reticulated 
giraffes 
Giraffe gazelles. See Gerenuks 
Giraffes, 3:1952-1955, 1954 
Giraffidae. See Giraffes 
Girnnandrea, John, 3:2337 
GIS. See Geographic information 
systems 
Giza, 1:295 
Glacial till, 3:1957 
Glaciers, 3:1955-1959, 1956, 1957 
Africa, 1:71 
Antarctica, 1:231, 3:1956, 1957 
Australia, 1:410 
calving, 3:2239, 2240 
ecological succession, 6:4212 
Europe, 2:1643 
fossils, 3:1804 
grooves from, 3:2237 
ice ages, 3:2237 
ice in, 3:2234 
lakes from, 3:2435 
landforms from, 3:2448 
melting, 3:1955, 1957, 1967 
meltwater from, 1:21 
Milankovitch cycles, 3:1963, 
5:3420 
North America, 4:3015 
paleoclimate, 4:3174 
sediment, 1:410, 5:3845, 3846, 
3850-3851 
water in, 3:2214 
Gladiolus, 3:2360, 2361 
Gladiolus byzantinus, 3:2361 
Glanders disease, 1:557 
Glands, 3:1959 
adrenal, 1:49-50, 56-58, 
2:1574-1575, 3:1959, 2081, 
5:3545 
exocrine, 2:1572, 3:1672-1673, 
1959 
parathyroid, 2:1573—-1574, 
3:2153-2154 
sebaceous, 1:27 
See also Endocrine system 
Glareola maldivarum. See Oriental 
pratincoles 
Glareola nordmanni. See Black- 
winged pratincoles 
Glareola praticola. See Collared 
pratincoles 
Glareolidae. See Coursers; 
Pratincoles 
Glaser, Donald Arthur, 4:3223 
Glasgow Coma Scale, 2:1014 
Glass, 3:1959-1961 
calcium oxide in, 1:721 
composition and structure, 2:860 
dating techniques, 1:302, 2:1240 
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fiber composites, 2:1044 
fibers, 1:322r 
forensic analysis, 3:1790 
light bulbs, 3:2264-2265 
Glass blowing, 3:1960 
Glass catfish, 1:810, 811 
Glass House Mountains, 1:410 
GLAST (Gamma-ray large area space 
telescope), 3:1856 
Glauber, Johann, 3:1710, 2206, 
6:4223 
Glaucoma, 1:78, 137, 615, 
3:1683-1684, 6:4600 
Glaucomys spp. See Flying squirrels 
Glaucomys sabrinus. See Northern 
flying squirrels 
Glaucomys volans. See Southern flying 
squirrels 
Glaucous-winged gulls, 3:2031 
Glazes, 1:302 
Glen Canyon Dam, 2:1231, 1233 
Glenn, John, Jr., 5:4040, 4042 
Glenoid cavity, 5:3939 
Gliadin, 6:4692 
Glial cells, 4:2962—2963 
Gliders, 1:102 
Gliese (star), 4:3350 
Gliomas, 1:745 
Gliridae, 4:2741 
Glirulus japonicus. See Japanese 
dormice 
Glis glis. See Fat dormice 
Global amnesia, 1:183 
Global aphasia, 1:273-274 
Global Biodiversity Strategy, 
1:544-545 
Global climate, 3:1961—1965 
atmospheric observation, 
1:371 
changes, 3:1962—1964, 1967-1968 
extinctions, 3:1680 
fossils, 3:1804 
human evolution, 3:2181—2182 
hydrologic cycle, 3:2209-2210 
impact craters, 3:2258 
mass extinction, 4:2648 
microclimates, 4:2749-2750 
paleoclimate, 4:3173—3175 
palynological investigations, 
4:3191, 5:3427 
stratigraphic studies, 5:4180 
See also Global warming 
Global environmental policy, 
2:1089-1090 
Global mobile personal communica- 
tions by satellite (GMPCS), 1:853 
Global positioning system (GPS), 
3:1965-1966 
ballistic missiles, 1:454 
bathymetric maps, 1:484 
vs. LORAN, 4:2553 
robotic vehicles, 5:3738 


underwater exploration, 6:4513 
Universal Transverse Mercator, 
1:800 
Global warming, 3:1964, 1966-1968 
Antarctic ice cores, 1:236, 3:1957, 
1966 
carbon dioxide emissions, 1:381, 
422, 770-771, 772, 3:1964, 
2013-2014 
from combustion, 2:1020—1021 
coral reefs, 2:1135 
crops, 3:2014-2015 
deforestation, 2:1256, 1258-1259, 
3:1798, 1966-1967 
desertification, 2:1295 
Earth Summit on, 2:1090 
endangered species and, 2:1564 
energy efficiency, 2:1588 
extinctions in, 3:1680 
fossil fuels, 3:1809, 1964, 1966-1967 
glaciers, 3:1957 
greenhouse effect, 1:380—381, 
3:2013-2014 
hydrochlorfluorocarbons and, 
3:2201 
ice cores, 1:236, 3:1957 
Kyoto Protocol, 2:1588, 1600, 
3:1968, 2015-2016 
marine ecosystems, 3:2015 
monsoons, 4:2842 
nuclear power and, 4:3035 
ocean currents and, 2:1214-1215 
plant effects, 3:2014—2015 
polar bears, 1:497—498 
polar ice caps, 5:3420-3421 
precipitation, 5:3478 
sea ice, 1:497-498 
sea levels, 1:479, 494, 3:1957, 1967, 
2015, 5:3825 
total solar irradiance, 6:4393-4394 
wetlands loss, 2:1264 
Globalization, 2:1257 
Globe artichokes, 2:1040, 6:4556 
Globe fish. See Puffbirds 
Globe thistles, 6:4360 
Globular star clusters, 5:4110—-4111 
Globulins, 1:247 
Glomar Challenger, 6:4518 
Glories (atmospheric), 1:377 
Gloryhole mining, 4:2784 
Glossina spp. See Tsetse flies 
Glossobalanus, 1:29 
Glossy buckthorns, 1:682 
Glossy ibises, 3:2231 
Gloster Meteor, 1:105 
Gloves, virtual reality, 6:4584 
Glucagon, 2:1574, 3:2154-2155 
Glucocorticoids, 1:56—57, 2:1575, 
3:2222 
Glucose 
carbohydrate structure, 1:765—766 
cellular respiration, 1:851—852, 
5:3693 
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chemoreception, 2:890 
in diabetes mellitus, 2:1303, 3:2309 
glycolysis, 3:1971—-1972 
Krebs cycle, 3:2422—2424 
metabolism, 1:195, 4:2710, 
2711-2712 
molecular formula, 4:2815 
in nectar, 4:2937 
production, 1:57—58 
Glucose-6-phosphate, 4:2711—2712 
Glucose-6-phosphate dehydrogenase 
(G6PD) deficiency, 4:3282 
Glucose tests, 2:1304, 1306 
Glucosides, 4:2519 
Glues, 1:54, 55 
See also Adhesives 
Gluons, 5:3570, 4102 
Glutamic acid, 1:177, 4:2840 
Gluteal region, 1:207 
Gluten, 6:4692 
Glutenin, 6:4692 
Glyceria maxima. See Giant manna 
grass 
Glycerin, 3:1968, 5:3973—3974 
Glycerol, 1:118, 3:1692, 1968-1969, 
2478 
Glycerol esters, 3:1969 
Glycine max. See Soybeans 
Glycocalyx, 1:186, 440, 549-550 
Glycogen, 1:766, 4:2957, 5:3695, 3729 
Glycogenolysis, 1:57-58 
Glycolipids, 4:2527, 2676, 5:3726 
Glycols, 1:118, 3:1969-1971, 1970, 
1971 
Glycolysis, 3:1971-1972 
aerobic bacteria, 1:442 
aerobic oxidation, 1:58 
anaerobic respiration, 5:3694 
cellular respiration, 2:1229, 5:3693, 
3694-3695 
eukaryotae, 4:2713 
fermentation, 3:1702 
Krebs cycle and, 3:2424 
metabolism, 4:2711—2712 
process, 1:196 
Glyconeogenesis, 4:2713 
Glycoproteins, 4:2676, 5:3726 
Glycoside antibiotics, 1:246 
Glycyrrhiza glabra. See Licorice 
Glyphosate, 3:2116 
Glyptostrobus pensilis, 6:4256 
GM2 ganglioside, 6:4298 
GMAW (Gas metal arc welding), 
6:4684-4685 
GMPCS (Global mobile personal 
communications by satellite), 1:853 
GMT (Greenwich Mean Time), 
3:2464, 6:4373-4374 
Gnat-eaters, 1:236-237 
Gnatcatchers, 6:4634 
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Gnathanodon speciousus. See Blue- 
banded golden jacks 
Gnathobases, 3:2162 
Gnathoneumus spp., 2:1543 
Gnats, 3:1745 
Gneiss, 4:2726, 5:4170 
Gnetophytes, 3:1755, 2035, 4:3367 
Gnetum spp., 4:3367 
GNU Project, 4:3096 
Goats, 2:1191, 3:1972-1974, 1973, 
4:2537, 2538 
Goatsuckers, 1:759, 3:1974-1975 
Gobies, 1:636, 3:1975-1977, 4:3251 
Gobiesocidae, 2:959 
Gobiesox meandricus. See Northern 
clingfish 
Gobiesox strumosus. See Skilletfish 
Gobiidae, 3:1976 
Gobioidei. See Gobies 
Goddard, Robert Hutchings, 4:2593, 
5:4028 
Goddard High Resolution 
Spectrograph (GHRS), 3:2171 
Godel, Kurt, 5:3454 
Gédel’s theorems, 5:3454 
Godfrey, Thomas, 5:3892—3893 
Godlee, Richman John, 4:2964 
Godwits, 5:3784 
Goeldi’s monkeys, 4:2629, 2630 
Goeppert-Mayer, Maria, 3:2377 
Goiters, 2:1575, 4:3057 
Golconda Arc, 4:3013-3014 
Gold, 2:1527, 5:3471-3474, 3472 
alchemy, 1:116—-117 
aqua regia, 2:913 
Australia, 1:411 
classification, 4:2780 
colloidal suspension, 2:999 
deposits, 1:72, 5:3472 
discovery, 2:1526 
electroplating, 2:1499-1500 
fool’s, 3:2363 
fulminating, 3:1673 
ligands, 4:2512 
ores, 4:3112, 3113 
placer, 5:3472-3473 
yellow, 1:147 
Gold, Thomas, 2:1153, 4:2605—2606, 
5:3549, 4128 
Gold-and-black tamarins. See 
Golden-headed tamarins 
Gold foil experiments, 1:385, 393 
Gold leaf electroscopes, 2:1522 
Gold mining, 3:2069 
Goldberger, Emanuel, 2:1489 
Goldberger, Joseph, 4:3056 
Goldblatt, Henry, 3:2221 
Goldcrests, 3:2418 
Golden-bellied tree shrews, 6:4436 
Golden bells, 4:3092—3093 
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Golden-breasted starlings, 5:4117 
Golden-brown algae, 1:125 
Golden-crowned kinglets, 
3:2417-2418, 6:4634 
Golden crowned sifakas, 3:2493 
Golden-crowned sparrows, 5:4050 
Golden eagles, 2:1406 
Golden-faced mynahs. See Papuan 
mynahs 
Golden-fronted woodpeckers, 6:4717 
Golden hamsters, 3:2056, 2056-2057 
Golden-headed manakins, 4:2614 
Golden-headed tamarins, 4:2629 
Golden jackals, 1:752 
Golden leaf-monkeys, 3:2450 
Golden lion tamarins, 1:761, 4:2629 
Golden-mantled ground squirrels, 
5:4098 
Golden moles, 4:2826, 2828 
Golden mynahs, 4:2910 
Golden orioles, 4:3128 
Golden oxen. See Aurochs 
Golden pheasants, 4:3283 
Golden plovers, 4:2766—2767, 5:3402 
Golden pottos. See Angwantibo 
Golden-rumped lion tamarins, 4:2629 
Golden shiners, 4:2786 
Golden swamp warblers. See 
Prothonotaries 
Golden toads, 3:1825 
Goldeneyes (ducks), 2:1389 
Goldeneyes (fish), 4:2848 
Goldenrods, 2:/039 
Goldenseal, 3:1977 
Goldfinches, 3:1731 
Goldfish, 1:788, 4:2786, 2787 
Goldin, Dan, 1:352 
Goldschmidt, V. M., 3:1917 
Golf balls, 3:2034 
Golf courses, 3:2441 
Golfingia procera, 4:3234 
Golgi, Camillo, 1:842 
Golgi body, 1:842, 854, 2:1637, 4:3369 
Gombe National Forest, 1:271, 2:902 
Gomberg, Moses, 5:3594 
Gomphrenoideae, 1:169 
Gonadotropin releasing hormone 
(GRH), 3:2155, 4:3147-3148, 
5:3545, 3546 
Gonadotropins, 5:3545 
Gonads, 3:1853 
Gondwanaland 
Africa, 1:67, 71 
Antarctica, 1:229—230 
Australia, 1:406-407 
formation, 2:1106, 7/07, 1108 
Himalayas, 3:2134 
Gonium spp., 1:125 
Gonorrhea, 5:3897—3899, 3900, 3902 
Gonyaulax catanella, 5:3525 


Goodall, Jane, 1:271, 2:903, 6:4607 
Goodpasture’s syndrome, 1:416 
Goods, manufactured, 2:1439-1441 
Goodyear, Charles, 2:1276, 5:3440, 
6:4620 
Goodyear blimp, 1:102, 110 
Google, 3:2339 
Goose barnacles, 1:472 
Gooseberries, 5:3801, 3802 
Goosefish, 1:219, 220 
Goosefoot, 5:4075, 6:4472 
Goosen, Hendrik, 2:990 
Gophers, 3:1978-1980, 5:4098 
Gopherus agassizii. See Desert 
tortoises 
Gopherus polyphemus. See Florida 
gopher tortoises 
Gordian knots, 3:2159 
Gorgonopsians, 4:3182 
Gorilla beringei. See Mountain 
gorillas 
Gorilla gorilla. See Western gorillas 
Gorillas, 1:270, 3:1979-1980, 7980, 
2178 
Gorse, 3:2488 
Goshawks, 3:2065 
Gossamer Albatross II, 1:101 
Gossypium spp. See Cotton 
Gossypium arboreium, 2:1156 
Gossypium barabadense, 2:1156—-1157 
Gossypium herbaceum, 2:1156 
Gossypium hirstutum, 2:1156 
Gothic period architecture, 1:688-689 
Goudsmit, S., 5:4073 
Gould, John, 1:646 
Gould, Stephan Jay, 5:3550-3551 
Gouldian finches, 6:4658 
Gould’s sunbirds, 6:4230 
Goura victoria. See Victoria crowned 
pigeons 
Gourd family, 3:1980-1983, 198/ 
Gout, 4:3070 
Goutweed, 1:792 
Governor Vessel, 1:41, 161 
Gowans, C. S., 3:2249 
GPS. See Global positioning system 
Graafian follicle, 4:2693 
Grabens, 3:1695 
Gracula spp., 4:2909 
Gracula religiosa. See Hill mynahs 
Graded-index fiber optics, 
3:1716-1717 
Gradiometers, 4:2716 
Gradualism, 3:1907, 6:4522 
Graf Zeppelin, 1:108 
Grafts 
fruit tree, 4:3371, 3372 
propagation, 3:1829, 1983-1985 
skin, 1:29, 5:3383, 6:4426, 4428 
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Graham, James, 1:671 
Graham, Thomas, 2:999, 1308 
Grain alcohol, 5:3857 
Grain moths, 4:2859 
Grain weevils, 1:512, 6:4682 
Grains 
dietary need for, 4:3060 
exports, 5:3991 
food from, 5:3856 
harvesting, 1:82, 82-83, 84, 85 
sorghum, 5:4018—4019 
threshing, 1:83 
tidal effects, 1:833 
Gram, Christian, 1:443, 851 
Gram-negative bacteria, 1:443, 445, 
446, 851 
Gram-positive bacteria, 1:443, 445, 851 
Gram stain, 1:443, 851 
Gramineae. See Grasses 
Graminoids, 5:3632 
Gramm-Leach-Bliley Act, 3:2338 
Gramophone, 4:3290 
Grand Canal, 1:740 
Grand Canyon, 2:1144, 1233, 4:2874, 
6:4510, 4511 
Grand firs, 3:1732 
Grand mal seizures, 1:253, 254, 
2:1496, 1612, 1613 
Grand unified theory (GUT), 2:1155, 
3:1985-1987 
Grandin, Temple, 1:413 
Grandinol, 4:2911 
Grandiose delusions, 5:3540 
Granite 
bedrock, 1:502 
composition, 2:1104, 5:3750 
construction, 5:4171 
formation, 5:4170 
sands, 5:3782 
Granite mosses, 1:676, 677, 4:2854 
Granodiorite, 2:1104 
Grant’s desert golden moles, 4:2828 
Grant’s gazelles, 3:1866, 1867 
Grant’s zebras, 6:4745 
Granulated activated carbon (GAC), 
5:3433 
Granulation, 6:4393 
Granulite facies, 4:2724, 2725 
Granulomatous amoebic encephalitis 
(GAE), 4:3208 
Grapefruit, 2:954, 955-956 
Grapes, 3:1984, 1987, 1987-1989, 
4:3372 
Graphics. See Imaging 
Graphite, 1:146, 2:1207 
classification, 4:2780 
composition, 3:1919 
properties, 1:767 
semiconductors, 2:1481 
structure, 1:680, 681, 4:2714 
uses, 1:767 


Graphiurus spp. See African dormice 
Graphs and graphing, 3:1989-1991 
algebra, 1:130—131 
combinatorics, 2:1017-1018 
complex numbers, 2:1037—1038, 
1038 
functions, 3:1834 
statistics, 5:4123-4124, 41231 
tangent function, 6:4443 
tree, 2:1018 
Graptemys spp. See Map turtles 
Grasping reflex, 5:3660 
Grass carp, 4:2786 
Grass-of-parnassus, 5:3802 
Grass owls, 4:3151 
Grass pickerel, 4:3340 
Grass-pink orchids, 4:3110 
Grasses, 3:1991-1997, 1992, 1996 
blue-eyed, 3:2361 
eel, 2:1456-1457 
food from, 5:3856 
high-biomass, 1:546—547 
nitrogen fixation, 4:3002 
powdery mildew, 4:2767 
prairie, 5:3461 
rangeland, 5:3632-3633 
savanna, 5:3796-3797, 3798 
Grasshopper sparrows, 5:4050 
Grasshoppers, 3:1997—2000 
Grasslands, 3:2000-2001, 2001 
ecological productivity, 2:1447 
higher-order predators, 2:1449 
temperate/tropical, 1:567 
Grave wax. See Adipocere 
Graves, Native American, 1:298 
Grave’s disease, 1:416, 4:2707 
Graveyard spurges, 5:4093 
Gravimeters, 6:4208 
Gravitation, 3:2002-2006 
Gravitational lens, 3:2001—2002, 
5:3573, 3672 
Gravitational microlensing, 3:1682 
Gravitational potential energy, 2:1582 
Gravitational waves, 3:2005—2006 
Gravitons, 3:1985, 5:4103, 6:4189 
Gravity, 3:2002—2006 
as acceleration, 1:8 
aerodynamics, 1:103 
astrophysics, 1:364 
ballistics, 1:455-457 
black holes, 1:609 
centrifugation, 1:857 
dark matter, 2:1234—-1235 
discovery, 3:2002—2004 
Earth’s rotation, 2:1421 
electric charge and, 2:1468 
erosion from, 2:1619, 1620-1621 
event horizon, 3:1649—1650 
expanding universe, 1:527-528 
general relativity, 5:3672-3673 
geodesics, 1:608 


GALE ENCYCLOPEDIA OF SCIENCE 4 


geometry of space and, 5:3669, 
3671 
isostasy, 3:2375—2377 
law of universal gravitation, 1:831 
laws of motion, 4:2977—2978 
Mars, 4:2634 
mass and, 4:2646—-2647 
N-body problem, 1:834-835, 
4:2915-2917 
neutron stars, 4:2975 
orbit, 4:3107 
plants and, 3:1937-1938 
principle of equivalence, 5:3670 
quantum, 6:4190 
quantum explanation of, 3:1987, 
2006, 6:4190 
sediment and sedimentation, 
5:3844 
space probes acceleration, 5:4029, 
4031 
specific, 2:1273, 4:2776, 2781, 
6:4503 
Standard Model, 5:4100, 4103 
star formation, 5:4110-4111 
stellar structure, 5:4104, 4106, 
4108-4109, 4158 
subsurface detection, 6:4208 
three-body problem, 1:834 
universe, 1:364 
Gravity dams, 2:1232 
Gravity filters, 3:1727 
Gravity winds, 5:3837 
Gray, Elisha, 6:4306 
Gray (unit of measure), 6:4524 
Gray-cheeked thrushes, 6:4365 
Gray duikers, 2:1390 
Gray foxes, 1:751 
Gray gentle lemurs, 3:2493 
Gray gibbons. See Moloch gibbons 
Gray hawks, 3:2064 
Gray herons, 3:2123 
Gray matter (brain), 1:655 
Gray meerkats, 4:2831 
Gray owlet-nightjars, 1:759 
Gray partridges, 4:3224 
Gray skates. See European skates 
Gray slender lorises, 4:2554 
Gray squirrels, 5:4096-4097 
Gray triggerfish, 6:4438 
Gray whales, 2:867, 1566 
Gray wolves, 1:751, 754 
Graywackes, 1:410 
Grazing, 2:1621, 5:3765, 3843, 6:4521 
Grazing incidence telescopes, 6:4723 
Great apes, 3:2178, 5:4066 
Great Artesian Basin, 1:410 
Great auks, 1:404, 405, 6:4701 
Great barracudas, 1:475, 476, 477 
Great Barrier Reef, 1:408, 2:1135, 
3:2006-2009 
Great blue herons, 3:2123 
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Great Brass Brain, 2:1054-1055 
Great Britain 
Creutzfeldt-Jakob disease, 2:1175 
energy efficiency, 2:1587 
foot and mouth disease, 3:1782 
geology, 2:1644 
Industrial Revolution, 
3:2277-2278 
Non-Proliferation Treaty, 6:4659 
spina bifida, 5:4074 
See also England 
Great bustards, 1:698 
Great Comet (1577), 2:1023—1024 
Great cormorants, 2:1140 
Great-crested flycatchers, 6:4499 
Great crested grebes, 3:2009 
Great currassows, 2:868 
Great Dark Spot, 4:2940, 2943, 2946 
Great Depression, 2:1114, 1297, 
4:3310 
Great Dividing Range, Australia, 
1:407, 408 
Great Dyke, 1:71 
Great frigatebirds, 3:1822 
Great gray shrikes. See Northern 
shrikes 
Great hornbills, 3:2156 
Great horned owls, 1:592, 4:3151 
Great Ice Age, 3:1679-1680 
Great Indian bustards, 1:698 
Great Indian rhinoceros, 5:3721 
Great Lakes, 3:2440, 5:3731 
Great Lakes Legacy Act, 6:4651 
Great laurel, 3:2465 
Great meadows cattails, 1:820 
Great Meteor Seamount, 4:3075 
Great Observatories program, 5:4028 
Great Plains, 5:3991 
Great Plains skinks, 5:3942 
Great Plains toads, 6:4380 
Great Red Spot (Jupiter), 3:2392, 
2395, 4:3355 
Great Salt Lake, 5:3780 
Great Serpent Mound, 4:2868 
Great skuas, 5:3943 
Great spotted kiwis, 3:1749 
Great spotted woodpeckers, 6:4717 
The Great Train Robbery (movie), 
4:2862 
Great Wall of China, 5:4170 
Great white herons, 3:2123 
Great white sharks, 5:3908 
Great White Spot (Saturn), 5:3791 
Greatbatch, Wilson, 4:3167—3168 
Greater adjutant storks, 5:4175 
Greater bilbies, 1:460, 461 
Greater bushbabies, 4:2556 
Greater coucals, 2:1210—1211 
Greater dwarf lemurs, 3:2492 
Greater Egyptian jerboas, 3:2387 


4852 


Greater flamingos. See Common 
flamingos 
Greater Himalayas, 3:2133—2134 
Greater prairie chickens, 5:3463—3464 
Greater racket-tailed drongos, 
2:1381 
Greater rheas. See Common rheas 
Greater roadrunners, 2:/209, 1210 
Greater scaup, 2:1389 
Greater shearwaters, 4:3273 
Greater sirens, 5:3772 
Greater snow geese, 3:1872 
Greater white-fronted geese, 3:1873 
Greater yellow-headed vultures, 
6:4623 
Greatest common factor, 3:2009 
Grebes, 2:1244, 3:2009-2011, 2010 
Greek myths, 1:101 
Greeks 
alchemy, 1:116 
analog computers, 2:1054 
angles, 1:218 
aqueducts, 1:278 
architecture, 1:687, 688 
arithmetic, 1:303 
astronomy, 1:836 
atomic models, 1:383, 400 
atomic theory, 1:390, 5:3569 
automation, 1:419 
botany, 1:642 
cartography, 1:797—798 
chemical elements, 2:1526 
cosmology, 2:1151 
dentistry, 2:1274 
desalination, 2:1292 
diabetes mellitus, 2:1303 
diving, 6:4512 
donkeys, 2:1367 
duplication of the cube, 2:1394 
Gaia hypothesis, 3:1843 
geocentric theory, 3:1915 
geometry, 3:1927 
heliocentric theory, 3:2096 
landfills, 3:2443 
lead, 3:2471 
light, 4:2512, 3102 
lodestones, 4:2601 
malaria, 6:4454 
matter, 4:2664 
Milky Way Galaxy, 4:2769 
mining, 4:2782 
natural numbers, 4:2931 
ores, 4:3112 
perception, 4:3246 
physics, 4:3328 
rational numbers, 5:3640 
rutways, 6:4402—-4403 
sun, 6:4224 
surgery, 6:4243 
theorems, 6:4344 
waterwheels, 6:4655 
Green, A., 3:2322 
Green, Philip, 6:4585 


Green algae, 1:/24, 125, 5:3525 
genomes, 4:3115 
Great Barrier Reef, 3:2008 
lichens and, 1:127, 3:1841, 4:2506 
Green amazons, 4:3217 
Green anacondas, 1:631—632, 5:3555 
Green anoles, 1:227 
Green aracari toucans, 6:4396 
Green ash trees, 5:3462 
Green-backed herons, 3:2123 
Green-e Renewable Electricity 
Branding Program, 2:1587 
Green flash, 1:375—-376 
Green gill mushrooms, 4:2893 
Green iguanas, 3:2243, 2244, 2245 
Green kingfishers, 3:2417 
Green lacewings. See Common 
lacewings 
Green Lights Partnership, 2:1587 
Green manure, 4:3118 
Green moray eels, 6:4463 
Green peafowl, 4:3233 
Green Revolution, 4:3369-3370 
Green sturgeons, 6:4195 
Green-tailed towhees, 5:4051 
Green tea, 6:4299—4300 
Green tree boas, 1:632 
Green tree pythons, 5:3554, 3555 
Green tree-vipers, 6:4575 
Green turtles, 6:4493 
Green violets, 6:4574 
Green-washing, 2:1454 
Green-winged teals, 2:1388 
Greenberg, Oscar Wallace, 6:4198 
Greenbriers, 4:2517 
Greenhouse effect, 2:1413, 
3:2011-2016, 2012 
deforestation, 2:1258—-1259 
energy budgets, 2:1584 
Gaia hypothesis, 3:1844 
global warming, 3:1964, 1966 
nitrogen fertilizers, 4:2994, 3001, 
3118 
planetary atmosphere, 4:3354 
precipitation, 5:3478 
Venus, 6:4563 
Greenhouse gases, 1:366 
atmospheric concentration, 
3:1966-1967 
atmospheric temperature, 
1:380-381 
from automobiles, 1:422 
CFCs as, 2:917 
energy efficiency, 2:1588 
formation, 5:3840 
hydrochlorfluorocarbons as, 
3:2201 
ice ages and, 3:2238 
Kyoto Protocol, 3:2015—2016 
production, 5:3448 
See also Carbon dioxide 
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Greenhouse thrips, 6:4361 

Greenhouse toads, 6:4380 

Greenland, 3:1956, 1957, 2375, 
5:3419-3421 

Greenlets, 6:4579, 4580 

Greenpeach aphids, 1:275 

Greenschist facies, 4:2724, 2725 

Greenstone belt, 4:3011—3012 

Greenwich, England, 1:799 

Greenwich Mean Time (GMT), 
3:2464, 6:4373-4374 

Gregor, William, 6:4378 

Gregorian calendar, 1:731, 6:4733 

Gregory, Clark, 5:3651 

Gregory, Stephen, 6:4233 

Gregory XII, 1:731 

Gresser, Ion, 3:2249 

Grevillea robusta. See Silk-oaks 

Grevy’s zebras, 6:4745, 4746 

Greyleg geese, 3:1872, 1874, 4:2540 

GRH (Gonadotropin releasing hor- 
mone), 3:2155, 4:3147-3148, 5:3545, 
3546 

Grief, 1:79-80 

Griffen, Donald, 1:488 

Griffith, Fred, 4:2747 

Griffith, Harold, 2:1212 

Griffon vultures, 6:4624 

Grignard reagents, 1:135 

Grijins, Gerrit, 4:3056 

Grillidae, 2:1176 

Grimaldi, Francesco Maria, 4:2514 

Grinding machines, 1:3-4, 
4:2580-2581 

Grisson, Virgil “Gus,”’ 5:4043 

Grizzly bears, 1:496, 496-497, 5:3811, 
3843 

Groin hernias. See Inguinal hernias 

Groin vaults, 1:688, 689 

Groins, 5:3914 

Gromphadorhina laevigata. See 
Madagascaran cockroaches 

Groove-billed anis, 2:1210 

GROPE-III system, 6:4583 

Grosbeak finches, 3:2149 


Grosbeaks, 1:782—783, 3:1729, 1731, 
5:4048 

Gross, F., 3:2221 

Gross primary producers, 2:1447, 
1450 

Grotthus, Christian von, 4:3299 

Ground beetles, 1:509, 512 

Ground doves, 4:3334 

Ground finches, 3:/730 

Ground hemlock. See Canadian yews 

Ground iguanas, 3:2243 

Ground pine. See Club mosses 

Ground-sensing radar, 1:293 

Ground skinks, 5:3942 


Ground sloths, 5:3957, 3958 
Ground squirrels, 1:162, 163, 3:2132, 
5:4096, 4098 
Ground state, 5:3566 
Ground surveys, archaeological, 
1:293 
Groundhog Day, 3:2017 
Groundhogs, 3:2016—2018, 20/7, 
2132, 4:2631, 5:4096, 4097 
Groundnuts. See Peanuts 
Groundsharks, 5:3904 
Groundwater, 3:1819—1820, 
2018-2019 
aquifers, 1:279-280 
conservation, 6:4643-4646 
geomicrobiology, 3:1933 
hydrology, 3:2211—2212 
nitrogen fertilizers in, 4:3001 
planetary geology studies, 4:3357 
pollution, 1:280 
pump-and-treat systems, 2:1099 
saltwater, 5:3780 
sinkholes, 5:3931—3932 
soil contamination, 2:1098 
volume of, 3:2214 
water in, 3:2209 
Group A streptococcus, 1:446, 5:3719, 
3809, 6:4383 
Group B streptococcus, 4:2686 
Groupers, 1:482-483 
Groups (mathematics), 3:2019-2020 
Grouse, 3:1797, 2020-2021 
Grove, William, 3:1831 
Groves, Leslie R., 4:3020 
Growth, 2:1301—1302, 3:2023—2024 
Growth and decay (mathematics), 
3:2021-2023 
Growth disorders, 3:2024, 2025 
Growth factor, nerve, 4:2949-2950 
Growth hormone deficiency, 2:1575, 
3:2024, 2025 
Growth hormone-inhibiting hormone 
(GHIH), 3:2023—-2024, 2154-2155 
Growth hormone-releasing hormone 
(GHRH), 3:2023-2024, 2152, 
5:3545, 3546 
Growth hormones, 3:2023-2025 
bovine, 1:88 
for livestock, 4:3119-3120 
performance-enhancing, 
4:3254-3255 
secretion, 3:2153 
Growth rings. See Tree rings 
Grubbies (fish), 5:3822 
Gruidae. See Cranes 
Gruiformes, 2:1169 
Gruinard Island, Scotland, 
1:240-241, 558 
Grus americana. See Whooping cranes 
Grus antigone. See Sarus cranes 
Grus canadensis. See Sandhill cranes 
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Grus japonicus. See Red-crowned 
cranes 
Grus nigricollis. See Black-necked 
cranes 
Grysboks, 2:1396—1397 
GTAW (Gas tungsten arc welding), 
6:4684-4685 
Guadalupe bass, 1:481 
Guadalupe fur seals, 2:1566 
Guanacos, 1:738—739, 4:2539 
Guangdon province, 5:3878-3879 
Guanine, 2:1282, 1357-1358, 
1360-1361 
Guano, 1:490, 638 
Guanosine-cytosine pairs, 1:444 
Guanosine diphosphate (GDP), 
3:2423-2424 
Guanosine triphosphate (GDT), 
3:2423-2424 
Guans, 2:868 
Guarana paste, 1:716 
Guatemalan black howler monkeys, 
4:2985 
Guavas, 4:2913 
Guenons, 3:2025-2027 
Guericke, Otto von, 2:1521-1522, 
6:4541 
Guerin, Camille, 6:4470 
Guest stars, 6:4239 
Guglielmini, Domenico, 2:1204 
Guiana Highlands, 5:4020-4021 
Guianan cocks-of-the-rock, 2:1156 
Guidance systems 
ballistic missiles, 1:453, 454 
gyroscope, 1:418, 457 
inertial, 1:454 
missiles, 5:3748—3749 
space probes, 5:4031 
Guillain-Barre syndrome, 
3:2027-2029, 5:3423, 6:4555 
Guinea baboons, 1:436 
Guinea pigs, 3:2029-2030 
Guinea worms, 5:3764 
Guineafowl, 3:2030, 6:4488 
Guiraca caerulea. See Blue grosbeaks 
Guitars, 3:2061 
Gulf Stream, 2:1214, 1412, 4:3073 
Gulf War (1991-1992), 2:886, 4:3084, 
5:4134 
Gulls, 3:2020-2033, 2031, 4:2766, 
6:4333-4334 
Gulo gulo. See Wolverines 
Gum benzoin, 1:521 
Gum disease, 2:1278, 4:2912 
Gum mucilage, 1:55 
Gum trees, 4:2912 
Gums 
legumes, 3:2488 
resins, 5:3687—3688, 3688¢ 
spruce, 5:4090 
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Gunn, Ross, 6:4204 
Gunn diodes, 4:2761 
Gunnison, Foster, 4:2651 
Gunnison’s prairie dogs, 5:3466 
Gunpowder 
ballistics, 1:456 
development, 3:1673—1674, 1675 
explosions, 3:1676 
guano, 1:490 
light source analysis, 1:153 
oxidation-reduction reaction, 
4:3153 
production, 4:2997, 5:3456—3457 
rocket propulsion, 5:3744 
Guns 
ballistics, 3:1789 
electron, 1:813, 3:2358 
gene, 3:1902 
mass production, 4:2649, 2652 
stun, 6:4287-4288 
Gunshot residue, 1:153 
Gunter, Edmund, 6:4249 
Giinther’s dik-diks, 2:1333 
Guppies, 3:2033, 4:3149 
Guppy, R. J. L., 3:2033 
Gurdon, John, 2:960 
Gurney, Ronald, 6:4480 
Gusella, James, 3:2191 
GUT (Grand unified theory), 2:1155, 
3:1985-1987 
Gutenberg, Beno, 2:1418, 3:2034 
Gutenberg, Johann, 5:3493 
Gutenberg discontinuity, 
3:2033-2034 
Gutenberg low velocity zone, 
2:1418-1419 
Gutenberg’s Bible, 5:3493 
Guth, Alan, 2:1154-1155 
Guthrie, Frederick, 4:2900 
Guthrie, Samuel, 2:918 
Gutta percha, 3:2034, 6:4303 
Guyana, 5:4025—4026 
Guyots, 4:3075, 5:3836 
Gymnogyps californianus. See 
California condors 
Gymnolaemata, 4:2857 
Gymnophiona, 1:189-191, 715 
Gymnosperms, 1:217, 3:2034-2036 
classification, 4:3366-3367 
conifers, 2:1085 
evolution, 3:1755 
pollination, 5:3427, 3428 
Gymnosporangium juniperus-virginiae, 
5:3768 
Gymnothorax funebris. See Green 
moray eels 
Gymnures, 3:2095 
Gynecology, 3:2035-2036 
Gynodioecy, 5:3891, 3894 
Gynostrobilus, 2:1220 
Gypaetus barbatus. See Lammergeiers 
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Gypohierax angolensis. See Palm-nut 
vultures 

Gyps spp. See Griffon vultures 

Gyps bengalensis. See Oriental white- 
backed vultures 

Gyps indicus. See Long-billed vultures 

Gyps tenuirostris. See Slender-billed 
vultures 

Gypsum, 1:136, 721, 4:2971, 5:4099 

Gypsy, 4:2860 

Gypsy moths, 3:1794, 2350, 2353 

Gyrfalcons, 3:1690, 1691 

Gyrocompass, 1:418, 3:2281 

Gyromitra spp. See False morels 

Gyroscope, 1:418, 457, 3:2036—2037 
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H1 histamine, 1:143 
H2 histamine, 1:143 
HSN1, 3:2039-2040, 2040, 2041, 2291, 
6:4749 
Ha-ras gene, 1:744 
Haber, Fritz, 1:178, 4:2996—-2997 
Haber-Bosch process, 1:178, 179-180, 
808, 3:2204, 4:2996-2997 
Haberlea spp., 3:1944-1945 
Habitat, 3:2041 
birds, 1:586—587, 589 
carrying capacity, 1:793-794 
critical, 2:1181—1182 
duck, 2:1387 
ecotonal, 2:1453 
elephants, 2:1541 
forest, 3:1797-1798 
old-growth forests, 4:3088-3090 
prescribed burns, 5:3486 
protected areas, 5:3515—-3517 
riparian, 5:3462 
species requirements, 6:4701 
underwater, 6:4520 
Habitat degradation 
Agent Orange, 1:75—76, 2:886 
agroforestry, 2:1192 
amphibians, 3:2126 
birds of paradise, 1:591-592 
butterflies, 1:702 
chemical warfare, 2:886 
ecological monitoring, 
2:1445—-1447 
endangered species, 2:1564, 
1567-1568 
environmental impact statements, 
2:1602 
extinction, 3:1678, 1680 
forestry, 3:1792 
frogs, 3:1826 
herbicides, 3:2118 
herons, 3:2124 
honeycreepers, 3:2148 


human carrying capacity, 5:3446 
human population growth, 
5:3447-3448 
hummingbirds, 3:2188 
indicator species, 3:2270—2271 
introduced species, 3:2349-2350 
koalas, 3:2419 
langurs and leaf-monkeys, 3:2452 
macaques, 4:2573 
mangrove ecosystems, 4:2616 
marmosets and tamarins, 4:2628 
moundbuilders, 4:2867—2868 
North America, 2:1599-1600 
opportunistic species, 4:3099 
orangutans, 4:3105 
pandas, 4:3193 
pesticides, 3:2315 
point source pollution, 5:3415 
quails, 5:3559 
reintroduction programs, 1:761 
restoration ecology for, 
5:3707-3710 
salamanders, 5:3773 
sparrows and buntings, 5:4051 
spotted owls, 4:3152 
storks, 5:4176 
tapirs, 6:4282 
tree shrews, 6:4436 
vireos, 6:4580 
warblers, 6:4634 
wetlands, 6:4689-4690 
wildlife threat, 6:4701 
wrens, 6:4721 
See also Deforestation; 
Environmental impact 
Habituation, 1:517 
Habrobracon juglandis, 5:3892 
Hacking (computer), 2:1069 
Hacksaws, 4:2579 
Hackworth, Timothy, 6:4404 
Hadada ibises, 3:2231 
Hadal zone, 4:3297 
Hadalpelagic zone, 4:3078 
Hadean eon, 2:1640 
Hadfield, Robert, 5:4140 
Hadley, George, 1:372-373 
Hadley, John, 5:3892-3893 
Hadley cells, 2:1413, 3:1962, 4:3354 
Hadrons, 1:13, 5:4102, 41031, 6:4269 
Hadrosuarus spp., 2:1339 
Haeckel, Ernst, 5:3522 
Haematobia irritans. See Horn flies 
Haematopodidae. See Oystercatchers 
Haematopus spp., 4:3161 
Haematopus bachmani. See Black 
oystercatchers 
Haematopus fuliginosis. See Sooty 
oystercatchers 
Haematopus moquini. See African 
black oystercatchers 
Haematopus ostralegus. See Sea-pies 
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Haematopus palliatus. See American 
oystercatchers 
Haematopus unicolor. See Variable 
oystercatchers 
Haematoxylon brasiletto. See 
Brazilettes 
Haematoxylon compechianum. See 
Logwood 
Haemophilus ducreyi, 5:3900 
Haemophilus influenzae, 3:2183-2184, 
2456, 4:2686, 2688 
Haemotopinus eurysternus. See Short- 
nosed cattle lice 
Hafnium, 2:1527 
Hagen, Gotthilf Heinrich Ludwig, 
6:4592 
Hagen-Poisuille equation, 6:4592 
Hagfish, 3:2041-2042, 2438-2440 
Haggerty, B. M., 4:2648 
Haggis, 5:3910 
Hagia Sophia, 1:688 
Hague Conventions, 6:4664 
Hahn, Otto, 2:1533, 4:3018, 3039 
Hahnemann, Samuel, 1:161 
Hail, 5:3475, 3475-3477, 6:4367-4368 
Hair, 4:2691, 5:3545 
Hair follicles, 1:28, 3:2319 
Hair roots, 3:2319 
Hairtails, 4:2626 
Hairy blennies, 1:614 
Hairy-cell leukemia, 3:2326, 4:2500, 
2501 
Hairy-eared dwarf lemurs, 3:2492 
Hairy-footed jerboas, 3:2387 
Hairy-nosed wombats. See 
Queensland wombats 
Hairy sakis. See Monk sakis 
Hairy woodpeckers, 6:4716, 4717 
HALCA (Highly Advanced 
Laboratory for Communications 
and Astronomy), 5:3604 
Haldane, J. B. S., 2:1606, 3:1651, 
4:3124 
Haldol. See Haloperidol 
Hale, Alan, 2:1021 
Hale, George Ellery, 5:4153, 6:4225 
Hale-Bopp Comet, 2:1021-1022, 1025 
Hales, Stephen, 1:642 
Half-life, 3:2042-2043 
radioactive dating, 3:1924, 2042, 
5:3607 
radioactive waste, 5:3616 
radon, 5:3623 
Halftones, 4:3311, 5:3806 
Haliaeetus albicilla. See White-tailed 
eagles 
Haliaeetus leucocephalus. See Bald 
eagles 
Haliaeetus vocifer, 2:1406 
Halibut, 3:1738 


Halide lamps, 1:283 
Halides, organic, 3:2043-2044 
Halimeda discodea, 3:2008 
Halite. See Sodium chloride 
Halitosis, 2:1274, 1278 
Hall, Asaph, 5:3791 
Hall, Charles, M., 1:164, 2:1498, 
4:2718 
Hall, Edwin Herbert, 3:2045 
Hall effect, 3:2044-2046, 4:2603 
Hall-Héroult process, 1:164 
Halley, Edmund 
bathysphere, 1:485, 6:4514 
comets, 2:1024, 3:2046 
laws of motion, 4:2978 
Olber’s paradox, 2:1152 
Halley Armada, 3:2047 
Halley’s comet, 1:359-360, 2:1023, 
1024, 1025, 3:2046, 2046-2047 
Hallucinations, 5:3540, 3812, 3813 
Hallucinogens, 3:2047-2051, 
4:2893-2894, 2908 
Halobacterium spp., 4:3317—3318 
Haloes, 1:377 
Halogens, 2:913, 1530, 3:2052-2055, 
2204 
Halons, 4:3165 
Haloperidol, 3:2043, 5:3815 
Halophiles, 1:284, 442 
Halophilic bacteria, 6:4648 
Halosauridae. See Halosaurs 
Halosauropsis macrochir, 3:2055 
Halosaurs, 3:2055-2056, 5:4078 
Halosaurus spp., 3:2055 
Halothane, 1:212, 3:2044 
Halticus bractatus. See Garden 
fleahoppers 
Hamadryas baboons, 1:436 
Hamilton, William D., 1:162 
Hamirostra indus. See Brahminy 
kites 
Hamirostra melanosternon. See Black- 
breasted buzzard kites 
Hammer-headed fruit bats, 
1:489 
Hammerhead sharks, 5:3904, 
3906 
Hammers, 3:2058 
Hammersley, Ben, 5:3413 
Hammond, George H., 5:3662 
Hammond, William, 2:980 
Hammurabi, Code of, 6:4243 
Hamsters, 3:2056, 2056-2057 
HANAA (Handheld Advanced 
Nucleic Acid Analyzer), 6:4667 
Hand anatomy, 5:3939 
Hand-foot syndrome, 5:3921 
Hand prosthetics, 5:3513 
Hand tools, 3:2057—2059 
Handaxes, 3:2057—2058 
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Handedness 
molecular, 5:4165 
split-brain functioning, 
5:4083—4084, 6:4193 
Handheld Advanced Nucleic Acid 
Analyzer (HANAA), 6:4667 
Hands-off cellular telephones, 1:853 
Handsome earwigs, 2:1427 
Handwriting recognition software, 
4:3268 
Hanging fir mosses, 2:968 
Hanging parrots, 4:3216 
Hanging scorpion flies, 5:3820 
Hansen’s disease. See Leprosy 
Hantavirus infections, 3:2058-2060, 
2105, 2106, 2107, 6:4749 
Hantavirus pulmonary syndrome 
(HPS), 3:2058—2060, 2106 
Hanuman langurs, 3:2450, 2451 
Hapalemur spp. See Gentle lemurs 
Hapalemur griseus. See Gray gentle 
lemurs 
Hapalemur simus. See Broad-nosed 
gentle lemurs 
Haploid cells, 1:141 
Haplothrips mali. See Black hunter 
thrips 
Haploxylon spp., 4:3342 
Haptic enhancement, 6:4584 
Harbor seals, 5:3835 
Hard pines, 4:3342 
Hard water, 3:2060-2061 
Harder, Delmar S., 1:419 
Hardness 
Mohs scale, 1:4, 47, 4:2776, 2780, 
2808-2809 
steel, 5:4144-4145 
Hardpan, 3:2151, 5:3988 
Hardware. See Computer hardware 
Hardwood, 6:4434, 4714 
legumes, 3:2487—2488 
mahogany, 4:2607—2608 
rainforest, 5:3629 
verbena family, 6:4564—4565 
Hardy-Weinberg theorem, 1:141, 
3:1652 
Hare wallabies, 3:2403 
Hares, 3:2387, 2431-2434, 6:4701 
Hargreaves, Jams, 3:2278 
Harlequin bugs, 6:4461 
Harlequin ducks, 2:1389 
Harlequin quails, 5:3559 
Harmannellidae, 1:186 
Harmonic law, Kepler’s, 3:2410—2412 
Harmonic tremors, 2:1423 
Harmonics, 1:30—-31, 3:2061, 6:4309 
Harp seals, 5:3835 
Harpactes erythrocephalus. See Red- 
headed trogons 
Harpacticoida, 2:1128—1129 
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Harpagomantis discolor. See Flower- 
dwelling natis 
Harpia harpyja. See Harpy eagles 
Harpy eagles, 2:1406, 1406, 1407 
Harpyopsis novaguinaea. See New 
Guinea harpy eagles 
Harriers, 1:592, 3:2066 
Harris, Rollin, 2:1054-1055 
Harris’ hawks, 3:2064 
Harrison, Ed, 2:1152 
Harrison, John, 3:2464 
Harrison Narcotics Act, 2:981, 4:2851 
Hart, William Aron, 4:2929 
Hartebeests, 1:238, 3:2061—2063, 2062 
Hartmann’s mountain zebras, 6:4746 
Harvard School of Public Health, 
3:1781, 1782 
Harvest mites, 4:2800 
Harvestmen, 1:281, 28/ 
Harvey, William 
embryology, 2:1556—1557 
germ theory, 3:1940 
heart anatomy, 1:559, 3:2079, 6:4244 
microscopes, 4:2751, 2755 
vivisection, 6:4606 
Hashimoto’s thyroiditis, 1:416 
Hassium, 2:1535, 4:3266 
Hauptmann, Bruno Richard, 6:4731 
Hausdorf, Felix, 3:1810 
Hausdorf dimension, 3:1810-1811 
Haustoria, 3:1837 
Hauy, R. J., 1:135 
Haversian system, 5:3940 
Hawaii 
endangered species, 2:1567 
endemic species, 2:1569—1570, 
3:2371, 2372 
flora, 3:1753-1754 
formation, 3:2371, 5:3396, 6:4608 
honeycreepers, 3:2148—2149, 2372 
hot spots, 3:2167, 6:4609 
Mauna Kea Observatory, 3:2293 
seamounts, 5:3836 
tsunamis, 2:1425 
volcanoes, 3:2167, 2371, 6:4608, 
4612 
Hawaiian-Emperor island chain, 
3:2371 
Hawaiian squirrelfish, 5:4096 
Hawaiian stilts, 5:4168-4169 
Hawfinches, 3:1731 
Hawk moths, 4:2860 
Hawkbill (submarine), 6:4518—4520 
Hawkes, Graham, 6:4516 
Hawkesbee, Francis, 2:1522 
Hawking, Stephen, 1:610, 3:1650, 
5:3672 
Hawking radiation, 1:610, 3:1650 
Hawkins, Gerald, 2:1438, 1439 
Hawkins, James, 4:3055 
Hawkmoths, 3:1658 
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Hawks, 1:592, 3:2063-2067, 2064, 
2302, 5:3633-3634 
See also Buzzards; Eagles 
Hawksbill turtles, 6:4493 
Hawthorns, 5:3758, 6:4382 
Hay fever. See Allergic rhinitis 
Hayford, John Fillmore, 3:2376 
Hayward fault, 2:1423 
Hazard, Cyril, 5:3571 
Hazard zoning, 3:1753 
Hazardous and Solid Waste 
Amendments (HSWA), 3:2068 
Hazardous waste, 3:2068, 2068-2073, 
6:4639-4640 
contaminated soil sites, 2:1099 
decontamination, 2:1248—1250, 1249 
emissions, 2:1558 
human population and production 
of, 5:3448 
industrial, 3:2069 
in landfills, 3:2446 
mercury, 3:2069, 4:2697 
radioactive, 4:3022, 3033-3034, 
5:3613, 3616-3619 
robotic cleanup, 5:3741—3742 
toxic waste, 6:4639-4640 
Hazel mice, 2:1372 
Hazelnuts, 1:586 
Hazels, 1:585—586, 3:2073 
HCFCs (Hydrochlorofluorocarbons), 
2:917, 3:2200-2202, 4:3165 
HCG (Human chorionic gonadotro- 
pin), 3:2155, 2174 
HCS (Human chorionic somatotro- 
phin), 3:2155 
HD-DVD (High-definition DVD), 
2:1395-1396, 6:4570, 4571 
HD-EMP (Magnetohydrodynamic 
EMP), 2:1506 
HDCDs (High Definition Compatible 
Digitals), 2:1032 
HDL. See High-density lipoproteins 
HDPE (High-density polyethylene), 
5:3439 
HDTV (High-definition television), 
2:1330, 6:4320, 4321, 4322 
Head injuries, 2:1269, 4:2965 
Head lice, 4:2505 
Head-mounted displays, 6:4582-4584 
Head-related transfer functions 
(HRTF), 6:4584 
Headaches 
menopause, 4:2691 
migraine, 4:2762—2765, 2763, 3170 
rebound, 4:2764 
Headfish. See Ocean sunfish 
Headwater system, 3:2210 
Health 
air pollution and, 1:99-100 
automobiles, 1:422 
bioaccumulation, 1:536 


Health, J. R., 1:680 
Health Care Portability and 
Accountability Act, 3:2184 
Health care professionals, 1:556 
Health Eating Food Pyramid, 3:1782 
Hearing, 3:2073-2076, 2074 
acoustics, 1:32, 33 
cats, 1:817 
sharks, 5:3906 
sound waves, 5:4019 
Hearing aids, 1:33 
Hearing loss 
aging and, 1:78 
inherited, 2:1245-1247, 1246 
noise pollution, 4:3003—3005 
Hearing protection, 4:3004-3005 
Heart, 3:2077, 2077-2081 
anatomy, 1:323, 599, 780-781, 
2:947, 3:2078 
artificial, 1:323-326, 324, 5:3514 
biochemical oxygen demand, 1:538 
cardiac cycle, 1:780—782, 
3:2080-2081 
changes at birth, 3:2083—2085 
embryonic development, 
3:2083-2085 
function, 2:947-948, 4:3167 
hypoxia, 1:539 
rhythm control and impulse con- 
duction, 3:2086—-2088, 2087 
thermodynamics, 6:4352-4353 
Heart attack, 1:309, 4:2689, 6:4362 
Heart catheterization, 3:2083 
Heart cycle. See Cardiac cycle 
Heart defects, congenital, 1:599, 
2:1378, 3:2086, 4:2622—2623 
Heart diseases, 2:948, 3:2081-2083, 
2082 
cholesterol connection, 2:923, 
3:2082 
digitalis for, 2:1331—1333 
dopamine for, 2:1369 
obesity-related, 4:3070 
radioactive tracers, 5:3615 
Heart failure 
congestive, 2:1332, 1455 
from hypertension, 3:2223 
left-sided, 2:1455-1456 
Heart-lung machine, 1:325, 
3:2085-2086, 6:4360-4361 
Heart rate 
biofeedback, 1:548, 549 
control, 3:2080—2081 
hibernation, 3:2133 
Heart surgery, 6:4225—4246, 4360-4361 
Heart transplantation, 1:323, 5:3514, 
6:4246, 4427, 4429 
Heart valve stenosis, 5:3719-3720 
Heart valves 
artificial, 1:323-326 
function, 1:781—782, 2:947 
surgery, 6:4225-4226 
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Heartbeat, 2:947-948 
See also Electrocardiography 
(ECG) 
HeartMirror, 2:1489-1490 
HeartVision, 2:1490 
Heartwood, 6:4433, 4713 
Heartworm, 4:3206 
Heat, 3:2088-2089 
calorimetry, 1:735—736 
chemical reactions, 2:882 
convection, 2:1123 
decontamination, 2:1250 
emissions, 2:1558 
endothermic reactions, 2:1578 
latent, 6:4451 
sensation of, 6:4397 
temperature regulation, 
6:4326-4327 
thermal energy transfer, 
6:4348-4349 
thermochemistry, 6:4347 
Heat capacity, 3:2089-2091, 2089¢ 
Heat conduction, 2:1199 
Heat energy. See Thermal energy 
Heat engines, 6:4355, 4357 
Heat index, 3:2090-2091 
Heat lightning, 4:2515 
Heat-seeking missiles, 3:2297, 5:4131 
Heat shock proteins, 1:45, 446 
Heat therapy, 4:3325 
Heat transfer, 3:2091, 6:4348-4349, 
4355, 4474 
Heath, Thomas Little, 3:1928 
Heath family, 3:209/, 2091-2094, 
2465, 6:4709 
Heath hens, 3:2021, 5:3464 
Heather voles, 6:4615 
Heathers, 3:2093 
Heating system thermostats, 
6:4358-4359 
Heavier-than-air aircraft, 1:102-106 
Heavy hydrogen. See Deuterium 
Heavy Ion Research Laboratory 
(HIRL), 4:3265 
Heavy metals, 1:35—-36 
Hebb, Donald O., 4:2969 
Hebephrenic schizophrenia. See 
Disorganized schizophrenia 
Hebrew calendar, 6:4733 
Hebrides Islands, 5:3908-3909 
Hectares, 4:2740 
Hedge cactus, 1:710 
Hedgehog cactus, 1:711 
Hedgehogs, 3:2094-2095 
Hedgpeth, Joel, 4:3076 
Hedley, William, 6:4404 
Heidelberger, Michael, 3:2249 
Heinrich events, 3:2240 
Heisenberg, Werner 
grand unified theory, 3:1985 
magnetism, 4:2602 


momentum, 4:2829 
quantum electrodynamics, 5:3563 
quantum mechanics, 5:3566 
uncertainty principle, 1:387, 
3:2095, 6:4197 
wave mechanics, 5:3568 
Heisenberg uncertainty principle, 
3:2095-2096 
atomic model, 1:387, 394-395 
subatomic particles, 6:4196-4197 
virtual particles, 6:4581 
Heiskanen, Weikko Aleksanteri, 
3:2376 
Hektor asteroid, 4:2790—2791 
Helarctos malayanus. See Sun bears 
Helianthus spp. See Sunflowers 
Helianthus annuus. See Sunflowers 
Helianthus tuberosus. See Jerusalem 
artichokes 
Helical CT scan, 2:1071 
Helical recordings, 6:4568 
Helicobacter pylori, 2:1328-1329 
Helicodiceros muscivorus, 1:332-333 
Helicopters, 1:106 
Helictites, 1:827 
Heliobacter pylori, 6:4501, 4502 
Heliocentric theory, 3:2096-2101, 
2097, 2099 
gravity, 3:2003 
history, 1:359, 836, 3:1916, 4:3349, 
6:4224-4225 
Kepler’s laws, 3:2409-2412 
laws of motion, 3:2467 
scientific method and, 5:3818—3820 
stars parallax, 4:3202 
Heliopause, 5:4007, 4032, 6:4619 
Heliophobius spp., 4:2811 
Heliothrips haemorrhoidalis. See 
Greenhouse thrips 
Heliothrips rubrocinctus. See Red- 
banded thrips 
Helium, 5:3635-3637 
airships, 1:101, 110 
balloons, 1:457, 458 
cosmic rays, 2:1149 
decompression sickness, 5:4012 
formation, 2:1535, 1536 
liquefaction, 3:1861 
liquid, 2:1198-1199, 3:1862, 5:3637 
Mercury’s atmosphere, 4:2702 
Neptune’s atmosphere, 4:2943 
percentage of universe, 2:1525 
production, 1:151, 5:3637 
red giant stars, 5:3653—3654, 3654 
Saturn’s atmosphere, 5:3790 
star energy, 5:4105, 4149, 6:4227 
Uranus’ atmosphere, 6:4533 
Helium neon (HeNe) lasers, 3:2458 
Helix (geometry), 5:4080 
Helix aspersa. See Speckled garden 
snails 
Helix pomatia, 5:3968 
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Hellas crater, 4:2634 
Hellbenders, 5:3772 
Hellebore, 6:4664 
Helleborines, 4:3110 
Hellenides Mountains, 2:1644 
Hellenistic period, 1:116 
Heller, Theodor, 1:412 
Helmeted friar birds, 4:3128 
Helmeted guineafowl, 3:2030, 6:4488 
Helmeted hornbills, 3:2156 
Helmholtz, Hermann von, 4:3249, 
5:3534 
Helminthosporium maydis, 4:3373 
Helminths, parasitic, 4:3205—3206, 
3208 
Helmont, Johannes van, 1:642, 3:2213 
Heloderma horridum. See Gila 
monsters 
Helogale spp. See Dwarf mongooses 
Helper T cells, 1:349-350, 3:2252, 
4:2566 
Hemachatus hemachatus. See Spitting 
cobras 
Hemagglutinin, 3:2039, 2291, 2373, 
6:4587 
Hematite, 3:2363, 4:2636, 3176, 
5:4141 
Hematology, 3:2101 
Hematopoetic stem cells, 5:4162 
Hematopoiesis, 3:2101 
Heme, 2:876 
Hemerobiidae. See Brown lacewings 
Hemichordata, 1:29 
Hemigalinae, 2:958 
Hemigalus derbyanus. See Banded 
palm civets 
Hemignathus obscurus. See Akailoa 
Hemignathus procerus. See Kauai 
akailoa 
Hemignathus wilsoni. See Akiapolaau 
Hemileia vastatrix, 2:993 
Hemimetabola, 4:2730 
Heminerus spp., 2:1427 
Hemiptera, 6:4460 
Hemisepies typicus, 2:1218 
Hemispherical domes, 1:688 
Hemitripterus americanus. See Sea 
ravens 
Hemlock, 2:1085 
palynological investigations, 
5:3427 
in paper, 4:3197 
poison, 1:139, 792 
tannins, 1:471 
Hemodialysis, 2:1308, 1310, 3:1669 
Hemoglobin, 1:618—619, 3:2101-2102 
biochemical oxygen demand, 
1:538, 539 
carbon monoxide poisoning, 
1:773-774 
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chelation, 2:876 
iron, 3:2364 
jaundice, 3:2385 
prophyrins, 4:2511 
in respiration, 5:3693 
seals, 5:3834 
sickle cell anemia, 3:2102, 
5:3919-3920 
structure, 5:3520 
transition metals, 2:1036 
Hemoglobin A, 5:3920 
Hemoglobin Alc, 2:1305 
Hemoglobin S, 5:3920 
Hemolymph, 1:617 
Hemolytic anemia, 1:417, 4:3282 
Hemolytic disease of the newborn, 
5:3715 
Hemolytic diseases, 3:2385 
Hemophilia, 2:950, 3:1892, 2103-2105 
Hemorrhagic fever with renal syn- 
drome (HFRS), 3:2058—2060 
Hemorrhagic fevers and diseases, 
2:1271, 3:2105-2108 
See also Ebola virus 
Hemorrhagic stroke, 6:4/91, 4192 
Hemotoxylin, 3:2488 
Hemp, 1:460, 3:2108-2109 
See also Marijuana 
HEMP (High-altitude electromag- 
netic pulse), 2:1505—1507 
Henbane, 1:137, 4:2991—2992 
Henbury meteorite craters, 1:408 
Hendee’s woolly monkeys. See 
Yellow-tailed woolly monkeys 
Henderson, Thomas James, 4:3202 
HeNe lasers, 3:2458 
Henequen, 1:172 
Heng, Chang, 5:3859 
Henna, 3:2109 
Henning, Willi, 6:4273, 4295 
Hennotannic acid, 3:2109 
Henry, Joseph, 2:1502, 3:1888, 4:2596, 
6:4302-4303 
Henry I (King), 4:2738 
Henry VIII (King), 4:2934 
Henry’s law, 5:4012 
Hepadenaviruses, 6:4590 
Heparin, 1:251—252, 2:1552 
Hepatic tanagers, 6:4280 
Hepatitis, 2:1327, 3:2109-2112, 
5:3900-3902 
Hepatitis A virus, 3:2109-2110, 
5:3901 
Hepatitis B virus, 2:951, 3:2110—2111, 
5:3901, 3902, 6:4590 
Hepatitis C virus, 3:2111—2112, 
5:3901, 3902 
Hepatitis D virus, 3:2112, 5:3901, 
3902 
Hepatitis E virus, 3:2112 
Hepatitis G virus, 3:2112 
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Hepatitis vaccines, 3:2110, 2111, 
5:3902, 6:4540 
Hepatomegaly, 5:3922 
Hepatophyta. See Liverworts 
Heptane, 3:2198 
Heracleum lanatum. See Cow parsnip 
Heraclitus, 4:2664 
Heraldry, British, 5:3761 
Herbal medicine, 3:2113-2115, 27/4 
attention-deficit hyperactivity dis- 
order, 1:403 
cancer, 1:749 
chimpanzee use of, 2:902 
Chinese, 3:2114 
composite family, 2:1041 
Doctrine of Signatures, 2:1041 
edema, 2:1456 
ethnobotany, 2:1631—1632 
goldenseal, 3:1977 
Neanderthal use, 3:2181 
nightshades, 4:2991—2992 
pain, 4:3172 
violets, 6:4575 
walnut family, 6:4630 
willows, 6:4704 
yews, 6:4741 
Herbicides, 1:87, 3:2115—2118, 4:3271 
Agent Orange, 1:74-76, 2:885, 
1342, 3:2117 
broad-leaved, 3:2116 
chemical warfare, 2:885—886 
monoculture, 2:1188 
non-target effects, 3:2117—2118 
propyl group, 5:3510 
resistance, 3:1901—1902 
See also specific herbicides 
Herbivores, 3:2119 
dinosaur, 2:1339-1340, 4:3184 
food web role, 3:1771, 2119 
introduced species, 3:2350 
keystone species, 3:2412—2413 
mutualism, 6:4262 
predator-prey relationships, 
5:3489 
productivity, 2:1447 
rumination, 5:3765 
savanna, 5:3798 
sedges, 5:3843 
weed control, 3:2118 
Herbs, 1:792, 3:2113, 2113, 4:2793 
See also Herbal medicine 
Herd immunity, 2:1609 
Hereditary Disease Foundation, 
3:2190 
Hereditary disorders. See Genetic 
disorders; Inherited disorders 
Hereditary motor and sensory neuro- 
pathy. See Charcot-Marie-Tooth 
disease 
Heredity, 3:2119 
autosomal dominant, 
2:1245—-1246, 3:1891, 2298 


autosomal recessive, 2:1245—1246, 
3:2298 
carriers of, 1:790 
dominant, 2:1245—1246, 
3:1890-1891, 1906-1907, 
4:2685 
extranuclear, 4:3116 
fruit fly studies, 2:1382 
Lamarckism, 3:2438 
laws of, 1:579, 2:1280, 3:1651, 
1875, 4:2683 
Mendelian genetics, 3:1890—1891, 
1905, 4:2682-2685, 2683, 2684 
pangenesis, 3:1651 
pedigree analysis, 4:3236-3237, 
3237 
principles of, 3:1889-1890 
recessive, 1:221, 790, 2:1225—1226, 
1245-1246, 3:1891-1892, 
1906-1907, 4:2685 
sex-linked, 3:2298 
X-linked, 1:115, 2:1246, 
3:1890-1891, 1892, 2298 
See also Genetics 
Hering, E., 4:3249-3250 
Herman, Robert, 2:1536 
Hermaphrodites, 1:473, 483, 
3:2119-2120, 2415 
genitalia, 5:3891 
sexual dimorphism, 5:3894 
Hermit crabs, 2:1168 
Hermit thrushes, 6:4365 
Hernias, 3:2120—2123, 2/2] 
brain stem, 4:2687 
diaphragmatic, 3:2122, 5:348/, 
3483 
hiatal, 2:1328, 3:2122-2123 
Hero of Alexandria. See Heron of 
Alexandria 
Herodotus, 2:1437, 4:2927, 
5:4146 
Heroin, 1:46, 138, 4:2851, 2922, 
2968-2969 
Heron of Alexandria, 1:419, 4:2512, 
5:4134, 6:4483 
Herons, 3:2123-2125, 2/24, 2125, 
5:4175 
Héroult, Paul L. T., 1:164 
Herpailurus yaguarondi. See 
Jaguarundi 
Herpes, genital, 5:3900-3902 
Herpes simplex virus, 5:3901 
Herpes virus 
animal research, 3:2126 
encephalitis, 2:1563 
genetics, 6:4578 
Guillain-Barre syndrome, 
3:2028 
types, 6:4589 
Herpes zoster. See Shingles 
Herpestes javanicus. See Indian 
mongooses 
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Herpestes urva. See Crab-eating 
mongooses 
Herpestidae, 3:1801, 4:2831 
Herpetology, 3:2125—2126 
Herring gulls, 3:2031, 4:2766 
Herrings, 3:2126—2127, 5:3786 
Herschel, William 
binary stars, 1:528 
electromagnetic spectrum, 2:1510 
forensic analysis, 3:1786 
heliocentric theory, 3:2100 
infrared detection, 3:2293 
Milky Way Galaxy, 4:2769 
perturbation theory, 1:831—832 
Saturn, 5:3791 
starburst galaxies, 5:4114 
Uranus, 1:361, 4:3351, 6:4530 
Herschel Space Observatory, 3:2295 
Hershey, Alfred Day, 3:1906 
Hertz, Heinrich Rudolph, 2:1508, 
3:1818, 4:2514-2515, 3304, 5:3597 
Hertz (Hz), 1:31, 2:1509, 3:1818, 
6:4524 
Hertzsprung, Ejnar, 1:362, 525, 
3:2128 
Hertzsprung-Russell diagram, 1:362, 
3:2127-2131, 2128, 2129, 5:3652 
Heschl’s gyrus, 3:2076 
Hesperidae. See Skippers 
Hesperidium, 2:953 
Hesperiphona vespertinus. See 
Evening grosbeaks 
Hesperomyinae. See New World rats 
and mice 
Hess, Harry, 5:3396 
Hess, Henri, 2:1019, 6:4347-4348 
Hess, Victor Frantz, 2:1149 
Hess’ law, 6:4348, 4349 
Hessels, Jason W. T., 5:3550 
Heterocephalus spp., 4:2811 
Heterocephalus glaber. See Nake 
mole-rats 
Heterodontiformes, 5:3904 
Heterogeneous catalysis, 1:808 
Heterogeneous mixtures, 4:2805 
Heterogeneous nuclear RNA 
(hmRNA), 5:3734-3735 
Heteromyidae, 3:2400 
Heteromys spp. See Spiny pocket mice 
Heterostichus rostratus. See Kelpfish 
Heterotrophs, 3:2131 
ecological pyramids, 2:1448 
eubacteria, 2:1635 
food web, 3:1771 
growth, 1:442 
herbivores as, 3:2119 
See also Consumers 
HEU (Highly-enriched uranium), 
6:4660-4662 
Hevea brasiliensis. See Para rubber 
trees 


Hevea trees, 5:3687 


Hevelius, Johannes. See Hewelcke, 
Johannes 
Hevesey, Georg von, 3:2379 
Hewelcke, Johannes, 2:1024, 4:2698 
Hewish, Antony, 4:2974, 2975, 5:3549 
Hewitt, Peter, 1:283 
Hex-A gene, 6:4298 
Hexabrominated biphenyl, 5:3434 
Hexagenia limbata, 4:2671 
Hexagenia rigida, 4:2671 
Hexahedrons, 5:3437 
Hexamethylenediamine, 1:180 
Hexanchiformes, 5:3903 
Hexane, 3:2198 
Hexapoda, 5:4185 
Hexaprotodon liberiensis. See Pygmy 
hippopotamus 
Hexokinase, 4:2711-2712 
Heyerdahl, Thor, 5:3929 
Heywood, Karen J., 6:4485 
HFCs (Hydrofluorocarbons), 2:917, 
3:2200—2202 
HFRS (Hemorrhagic fever with renal 
syndrome), 3:2058—2060 
hGH. See Somatotropin 
Hiatal hernia, 2:1328, 3:2121—2122 
Hiatus (geology), 6:4510 
Hibernation, 3:2131-2133, 2/32 
bears, 1:496, 3:2131 
noise pollution, 4:3004 
stroke treatment and, 6:4192 
temperature regulation, 6:4328 
tenrecs, 6:4329 
Hickories, 6:4628-4630 
Hidalgo asteroid, 4:2789 
Hidden-neck turtles, 6:4492 
Hieracium spp., 2:1038 
Hierochloe odorata. See Sweet grass 
Higgs bosons, 5:4102, 4103 
High altitude 
atmospheric pressure, 1:378, 
5:3488 
hemoglobin in, 3:2102 
tundra, 6:4478 
High-altitude electromagnetic pulse 
(HEMP), 2:1505—1507 
High blood pressure. See 
Hypertension 
High-bush blueberries, 3:2093 
High-carbohydrate diet, 4:2711 
High cholesteral. See 
Hypercholesterolemia 
High definition compatible digitals 
(HDCDs), 2:1032 
High-definition DVD (HD-DVD), 
2:1395-1396, 6:4570, 4571 
High-definition television (HDTV), 
2:1330, 6:4320, 4321, 4322 
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High-density DVD. See High- 
definition DVD 
High-density lipoproteins (HDL) 
atherosclerosis, 2:949 
beta-blockers, 1:523 
heart disease connection, 2:923, 
3:2082 
trans-fatty acids, 3:2208 
High-density polyethylene (HDPE), 
5:3439 
High-frequency sound, 1:817 
High-level languages, 2:1066 
High performance capillary electro- 
phoresis (HPCE), 2:1521 
High-performance composites, 
2:1044-1045 
High-performance liquid chromato- 
graphy (HPLC), 2:927, 1360, 3:1789 
High-protein diet, 4:2711 
High resolution spectrograph (HRS), 
3:2169-2170 
High speed photometer (HSP), 
3:2169-2170 
High-speed trains, 6:4407-4408 
High-temperature superconductors 
(HTSCs), 6:4235—4236, 4238 
Higher-order predators, 2:1443, 1449, 
6:4447 
Highly Advanced Laboratory for 
Communications and Astronomy 
(HALCA), 5:3604 
Highly-enriched uranium (HEU), 
6:4660-4662 
Highways 
freeways, 3:1815, 1815-1818 
vs. mass transportation, 4:2654, 
2655 
noise pollution, 4:3005 
HII (Ionized hydrogen), 3:2345 
Hildebrand, Alan, 3:2399 
Hill mynahs, 4:2909, 5:4117 
Hills, abyssal, 4:3075 
Hilter, Adolph, 1:187 
Himalayan martens, 4:2645 
Himalayan primroses, 5:3492 
Himalayan silver firs, 3:1733 
Himalayas 
erosion, 2:1622—1623 
formation, 3:1963, 2134-2135, 
4:2872, 5:3393, 6:4526 
geography, 1:342 
geology, 3:2133-2135 
monsoon formation, 4:2843 
Himantopus himantopus. See Pied 
stilts 
Himantopus melanurus. See 
Black-winged stilts 
Himantopus mexicanus. See 
Black-necked stilts 
Himantopus mexicanus knudseni. See 
Hawaiian stilts 


4859 


xapuy jesauay 


General Index 


Hindbrain, 1:653-654, 4:2952—2954 
Hindenburg (airship), 1:102, 110, 694, 
3:2204, 4:3154-3155 
Hinds walnuts, 6:4629 
Hindu-Arabic numbering system, 
1:51, 303, 3:1721, 4:3015, 6:4747 
Hinduism, 5:3718 
Hinnies, 1:346-347 
Hiodon alasoides. See Goldeneyes 
(fish) 
Hiodon selenops. See Southern 
mooneyes 
Hiodon tergigus. See Mooneyes 
Hiodontidae, 4:2848 
Hip fractures, 4:3130, 3142 
Hip joint. See Hips 
Hip replacement, 4:3130, 3131-3132, 
5:3513-3514 
Hipparchus 
calendars, 1:730 
hypothermia, 3:2226 
precession of the equinoxes, 5:3469 
stars, 1:362 
stellar magnitude, 5:4154 
trigonometry, 6:4440 
Hipparcos Space Astrometry 
Mission, 1:358, 4:3203 
Hippeastrum spp., 1:171 
Hippocampinae, 5:3831 
Hippocampus, 5:3813 
Hippocampus spp., 5:3831 
Hippocampus erectus. See Lined 
seahorses 
Hippocampus ingens. See Common 
seahorses 
Hippocastaneae, 3:2158 
Hippocrates 
amputation, 1:193 
anti-inflammatory agents, 1:244 
dentistry, 2:1274 
epilepsy, 2:1612 
influenza, 3:2291 
mutagens, 4:2901 
physiology, 4:3331 
psychiatry, 5:3530 
schizophrenia, 5:3812 
Hippoglossoides platessoides. See 
American plaice 
Hippoglossus hippoglossus. See 
Atlandic halibut 
Hippoglossus stenolepsis. See Pacific 
halibut 
Hippomane mancinella. See 
Manchineel trees 
Hippopotamus, 3:2135-2137, 2/36 
Hippopotamus amphibius. See 
Common hippopotamus 
Hippotraginae, 3:2061, 6:4653 
Hippotragini, 1:238 
Hips, 1:316, 5:3939 
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HIRL (Heavy Ion Research 
Laboratory), 4:3265 
Hiroshiima, 4:3039, 3041, 5:3614, 
6:4663 
Hirudinea, 5:3858 
Hirudo medicinalis. See Medicinal 
leeches 
Hirundinidae, 6:4253 
Hirundo rustica. See Barn swallows 
Hismanal. See Astemizole 
Hispanics 
diabetes mellitus, 2:1303 
sickle cell anemia, 5:3924 
Hispaniolan hutias, 1:81 
Hispaniolan trogons, 6:4446 
Histamine, 3:2137-2138 
allergic response, 1:143, 
3:2137-2138 
allergic rhinitis, 5:3698 
antihistamines and, 1:143, 257 
basophil release, 1:620 
IgE and, 1:248 
immune function, 3:2251 
toxic shock syndrome, 6:4399 
See also Antihistamines 
Histidine, 1:177 
Histiopteridae, 1:630 
Histocompatibility-locus antigens, 
6:4427 
Histograms, 5:4123 
Histology, 1:205, 6:4376-4377 
Histone complex, 2:937 
Histones, 2:936—-937 
Historia Animalium (Aristotle), 2:863 
Historia Naturalis (Pliny the Elder), 
1:720 
Historic archaeology, 1:318 
Historic buildings, 1:296 
Historical geology, 3:1926, 2138 
History of Mathmatics (Eves), 2:1097 
Histotic hypoxia, 3:2229 
Histrionicus histrionicus. See 
Harlequin ducks 
Hittite civilization, 3:2363, 5:4139 
HIV (Human immunodeficiency 
virus), 1:93—-95, 94 
blood tests, 1:95—96 
blood transfusions, 1:624 
evolutionary rate of change, 
3:1659-1660 
retrovirus structure, 5:3712, 3713 
saliva tests, 5:3775 
structure, 6:4586 
T cells, 1:620 
transmission, 6:4591 
vaccines, 3:2256 
See also AIDS 
Hives, bee, 1:508 
HLA (Human leukocyte antigens), 
1:249, 5:3719 


HMG-CoA reductase inhibitors, 
3:2222 
HMP Weapons, 2:1507 
hmRNA (Heterogeneous nuclear 
RNA), 5:3734-3735 
H.M.S. Titanic. See Titanic (ship) 
Hoarhound, 4:2793 
Hoary marmots, 4:2631, 5:4097 
Hoatzins, 3:2138-2139 
Hoba meteorite, 4:2736 
Hockham, George, 3:1715 
Hodgkin, Thomas, 3:2140 
Hodgkin’s disease, 1:543, 3:2/39, 
2139-2142, 2326, 4:2567 
Hodotermitidae, 6:4331 
HOEs (Holographic optical ele- 
ments), 3:2146 
Hoff, Ted, 1:725 
Hoffmann, Albert, 3:2048 
Hoffmann, Klaus, 1:554 
Hoffmann, Paul Erich, 5:3898 
Hoffman’s two-toed sloths, 5:3958 
Hog-badgers, 1:451 
Hog-nosed skunks, 5:3944 
Hogbacks, 3:2449 
Hogs. See Pigs 
Hohenheim, Theophrastus Bombast 
von, 1:117, 2:1526 
Holbrookia maculata. See Lesser ear- 
less lizards 
Holism, 1:157 
Holland, John Philip, 6:4204 
Holland (submarine), 6:4204 
Hollerith, Herman, 2:1056—1057 
Holley, Robert W., 2:988—-989 
Holly family, 3:2/42, 2142-2143 
Holmium, 3:2453-2455 
Holmium lasers, 3:2459-2460 
Holocene epoch, 2:1643-1644 
Holocentridae, 5:4095 
Holocentrus spp., 5:4095 
Holocephali. See Chimeras 
Holocrine glands, 3:1672-1673 
Holograms, 3:2144, 2144-2146 
Holographic optical elements 
(HOEs), 3:2146 
Holographic versatile disc (HVD), 
6:4570, 4571 
Holography, 3:2144, 2144-2146 
data storage, 4:3101 
diffraction, 2:1320 
interferometry, 3:2324—2325 
monochromatic light, 4:2837 
Holometabola, 4:2730 
Holothuroidea, 5:3824 
Holstein cows, 4:2538 
Holy thistles, 6:4360 
Homarus americanus. See American 
lobsters 
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Homarus gammarus. See European 
lobsters 
Home automation, 1:421 
Homeland Security Act, 3:2338 
Homeopathic Pharmacopoeia of the 
United States (HPUS), 3:2115 
Homeopathy, 1:161—162, 
3:2114-2115 
attention-deficit hyperactivity dis- 
order, 1:403 
cancer, 1:749 
leukemia, 4:2502 
Homeostasis, 3:2146—-2148, 2/47 
comparative physiology, 4:3332 
Gaia hypothesis, 3:1843-1844 
physiology, 4:3331 
stress and, 5:4186 
temperature regulation, 6:4326 
Homer, 1:240 
Homidae, 3:1979 
Hominidae, 2:900, 3:2179-2181 
Homo erectus, 3:2180, 2181 
Homo ergaster, 3:2180 
Homo habilis, 3:2180 
Homo sapiens. See Humans 
Homo sapiens sapiens, 3:2178—2182 
Homogeneous catalysis, 1:808 
Homogeneous Enzyme Immunoassay 
(EMIT), 5:3870 
Homogeneous mixtures, 4:2805 
Homogenization, 6:4506 
Homoiothermy, 4:3129 
Homolle, Augustin, 2:1332 
Homologous structures, 1:208, 
3:1657, 6:4295 
Homologues (chromosomes), 2:936, 
6:4730 
Homoptera, 3:2476 
Homosexuality, 1:93, 5:3888 
Homptera, 1:274, 5:3804 
Honda Insight, 2:1476—1477, 1586 
Honey, 1:484, 507-508, 6:4705 
Honey badgers, 4:2904-2906 
Honey bees, 1:506—-507 
Honey guides (bird), 4:2905—2906 
Honeybees, 1:163, 3:2023, 5:3380, 
6:4705 
Honeycreepers, 2:1033-1034, 1567, 
3:2148-2149, 2372 
Honeydew (aphid), 1:275 
Honeydew (melons), 3:1981—1982 
Honeyeaters, 3:2150 
Honeypot ant, 1:267 
Hong Kong 
cellular telephones, 1:853 
influenza, 3:2291 
SARS epidemic, 5:3879, 3882 
Hooded mergansers, 2:1388, 1390, 
5:3709 
Hooded parakeets, 4:3214 


Hooded skunks, 5:3944 
Hooded vultures, 6:4624 
Hook-billed kites, 3:2066 
Hooke, Robert 
comets, 2:1024 
cytology, 2:1229 
elasticity, 2:1464 
germ theory, 3:1940 
heat, 3:2088 
interferometry, 3:2321 
microscopes, 4:2751, 2754, 2755 
minerals, 4:2778 
Hooker Chemical Company, 3:2070 
Hooker process, 5:3986 
Hooker’s sea lions, 5:3826 
Hooke’s law, 2:1464 
Hookworms, 5:3764, 6:4455-4456 
Hoolock gibbons, 3:1946, 1947, 1947 
Hoopoe larks, 3:2455 
Hoopoes, 3:2150 
Hoover, Herbert, 4:2783 
Hoover, J. Edgar, 3:1786 
Hoover, Lou Henry, 4:2783 
Hopewell culture, 4:2868—2869 
Hopper, Grace, 2:1060, 6:4734 
Hops, 1:660 
Hordeum jubatum. See Foxtail barley 
Hordeum spontaneum, 1:472 
Hordeum vulgare. See Six-rowed 
barley 
Horehound, water, 3:2349 
Horizon, 3:2150-2151, 5:3987, 
3988-3989 
Horizontal coordinate systems, 1:829 
Horizontal drills, 4:2579, 5:3988 
Horizontal milling machines, 4:2576 
Hormone replacement therapy, 
4:2689-2690, 2691-2692, 3132 
Hormone therapy, 1:748, 
5:3889-3890 
Hormones, 3:2151-2156 
aging and, 1:77 
Alzheimer’s disease, 1:168 
biological rhythms, 1:554, 556 
endocrine, 2:1570, 1572-1576 
fetal, 1:594 
growth, 1:88, 2:1575, 3:2023—2025, 
2153, 4:3119-3120 
for livestock, 1:88 
menstrual cycle, 3:2035-2036 
metabolic disorders, 4:2707-2708 
metabolism, 4:2710—2711 
metamorphosis, 4:2729, 2730, 
2731 
ovarian cycle, 4:3146-3148 
pancreatic, 2:1327, 3:2154-2155 
plant, 4:3368 
protein, 2:1573 
sex, 3:2024 
steroid, 2:1573 
Horn flies, 6:4465 
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Hornbeams, 1:585—586 
Hornbills, 3:2156-2157, 2157 
Horned grebes, 3:2010, 2011 
Horned larks, 3:2455 
Horned screamers, 5:3821 
Horned violets, 6:4574 
Hornfels facies, 4:2724 
Horns, 5:3721, 3769, 6:4702 
Hornworms, 4:2860 
Hornworts, 1:674-678, 4:2854 
Horse antelopes, 1:238 
Horse-biting lice, 4:2506 
Horse chestnuts, 3:2158-2159 
Horse crippler cactus, 1:711 
Horse flies, 3:1745, 1746, 6:4466 
Horse latitude, 1:373 
Horse radish, 3:2113, 4:2899 
Horsehair worms, 3:2159 
Horsehead Nebula, 5:4111, 4113 
Horses, 3:2159-2161, 2/60 
agricultural labor from, 1:83, 84 
domestic, 3:2160, 2161, 4:2539 
hybrid offspring, 1:346—-347 
number of, 2:1191, 4:2537 
selective breeding, 1:222 
Horseshoe crabs, 2:1182, 
3:2161-2163, 2163 
Horsetail ferns, 3:1703, 4:3366 
Horsetails, 3:2163-2164, 2165, 2475 
See also Rushes 
Horsfield’s tarsiers. See Western 
tarsiers 
Horsley, Victor, 4:2964 
Horticulture, 3:2164—-2166, 2166 
herbicide use, 3:2116—-2117 
legumes, 3:2488—2489 
lilacs, 4:2516-2517 
maples, 4:2621 
myrtle family, 4:2913 
nightshades, 4:2990 
orchids, 4:3110-3111 
palms, 4:3190 
phlox, 4:3288—3289 
primroses, 5:3492 
roses, 5:3760—-3761 
saxifrage family, 5:3803 
spruces, 5:4090—4091 
spurges, 5:4092—4093 
verbena family, 6:4565 
violets, 6:4574 
yews, 6:4741 
Horvitz, Robert, 1:845 
Hospital-acquired infection, 2:1594 
Host-parasite interactions, 
4:3204—-3207, 5:3638, 3862 
Hot-air balloons, 1:101—102, 457, 694, 
6:4347 
Hot extrusion, 4:2722 
Hot flashes, 4:2690 
Hot spots, 3:2167, 2370, 2371, 6:4609 
Hot springs, 3:1945—1946 
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Houbara bustards, 1:698 
Houbaropsis bengalensis, 1:698 
Houdini, Harry, 1:548 
Hours, 4:2740 
House, Royal Earl, 6:4303—4304 
House crickets, 2:1177 
House crows, 2:1196 
House dust mites. See Dust mites 
House flies, 6:4465, 4467 
House mice, 4:2742-2743 
House sparrows, 1:630, 5:4048 
House wrens, 6:4720 
Houses. See Architecture; Buildings; 
Construction 
Houshold products, hazardous, 
3:2069 
Houston, Edwin, 1:283 
Houston toads, 6:4381 
Hover flies, 3:1744 
Hovercraft, 3:2167—2168 
Hovey, C. M., 4:3372 
Howard, Albert, 2:1046—-1047 
Howard, Luke, 2:965—966 
Howe, Elias, 3:2278 
Howler monkeys, 4:2835, 2982, 
2984-2985 
Hoyle, Fred 
cosmic background radiation, 
2:1148 
expanding universe, 1:527, 2:1153 
formation of elements, 2:1536 
steady state theory, 5:4128 
stellar structure, 5:4157-4158 
HPCE (High performance capillary 
electrophoresis), 2:1521 
HPLC (High-performance liquid 
chromatography), 2:927, 1360, 
3:1789 
HPS (Hantavirus pulmonary syn- 
drome), 3:2058—2060, 2106 
HPUS (Homeopathic Pharmacopoeia 
of the United States), 3:2115 
HPV (Human papillomavirus), 
5:3901, 3902, 6:4578, 4589-4590 
HRS (High resolution spectrograph), 
3:2169-2170 
HRTF (Head-related transfer func- 
tions), 6:4584 
HSP (High speed photometer), 
3:2169-2170 
HSWA (Hazardous and Solid Waste 
Amendments), 3:2068 
HTLV (Human T-cell leukemia 
virus), 5:3712, 3713, 6:4591 
HTML (HyperText Markup 
Language), 3:2342 
HTSCs (High-temperature supercon- 
ductors), 6:4235—4236, 4238 
Htt protein, 3:2191 
HTTP (HyperText Transfer 
Protocol), 3:2336, 2342 
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Huanacos. See Guanacos 
Hubble, Edwin 
age of the universe, 1:73—74 
astronomy, 1:361 
Cepheid variables, 1:525—526, 
3:1845 
Doppler effect, 2:1371-1372 
expanding universe, 2:1148, 1151, 
5:3672 
heliocentric theory, 3:2100 
Hubble Space Telescope named 
for, 3:2169 
nebulae, 2:1152 
steady state theory, 5:4127 
superclusters, 6:4233 
variable stars, 6:4551 
Hubble Deep Field, 3:1844 
Hubble Space Telescope, 
3:2168-2173, 6:4316 
astrometric measurements, 
1:357-358 
black holes, 1:609 
extrasolar planets, 3:1682, 4:3350 
mirrors, 4:2797 
Neptune, 4:2946 
Pluto’s moons, 3:2426—2427 
quasars, 5:3573 
repair of, 5:4037 
Saturn, 5:3793, 3795 
star formation, 5:4113 
starburst galaxies, 5:4114 
uses, 2:1152, 3:2171—2172, 4:3203 
Hubble’s constant, 1:526, 528, 
2:1152-1153 
Hubble’s law, 1:526, 5:3657 
Huber, Francois, 1:508 
Hucho spp., 5:3775 
Huchra, John, 6:4233 
Huckleberries, 3:2093 
Hudsonian curlews. See Whimbrels 
Hue (color), 2:1006 
Huffman, D. R., 1:680 
Hui, Yang, 1:534 
Hull, Albert Wallace, 6:4542 
Hull, Clark L., 3:2477 
Hulse, Russell, 5:3672 
Human artificial chromosomes, 
3:2173-2174 
Human chorionic gonadotropin 
(HCG), 3:2174 
menstrual cycle, 3:2155, 4:2694 
ovarian cycle, 4:3148 
performance-enhancing drugs, 
4:3254 
Human chorionic somatotrophin 
(HCS), 3:2155 
Human cloning, 3:2126-2127 
Human ecology, 3:2177 
Human evolution, 3:2178-2182 
Human factors in automation, 
1:421-422 
Human fleas, 3:1743 


Human gene therapy. See Gene 
therapy 
Human Genome Organization, 
3:2183 
Human Genome Project, 3:2182-2185 
bioinformatics, 1:550, 552 
genetic testing and, 3:1899 
history, 2:1281, 3:1903—-1904, 
2183-2184 
number of genes, 2:935 
PCR, 4:3232 
taxonomy, 6:4274 
Human growth hormone. See 
Somatotropin 
Human immunodeficiency virus. See 
HIV 
“Human inch” (cun), 1:41 
Human leukocyte antigens (HLA), 
1:249, 620, 3:2249, 5:3719 
Human lice, 4:2505 
Human papillomavirus (HPV), 
5:3901, 3902, 6:4578, 4589-4590 
Human-powered flight, 1:101 
Human remains. See Skeletal analysis 
Human research subjects, 
5:3542-3543, 3899 
Human T-cell leukemia virus 
(HTLV), 5:3712, 3713, 6:4591 
Humanoids, 3:1912—1913 
Humans, 5:3489-3490 
carrying capacity, 1:793-794 
comparative genomics, 
3:1912-1913 
intrinsic value of, 1:242 
taxonomy, 4:2835, 6:4293 
transgenic, 6:4416 
See also Population growth and 
control 
Humason, Milton, 2:1372, 5:3404, 
3405 
Humboldt, Alexander von, 1:396, 
5:3575 
Hume-Roghery rules, 1:146 
Humerus, 5:3939 
Hume’s ground jays, 2:1194 
Humic acids, 3:2188—2189 
Humidification, 6:4505 
Humidity, 3:2185—2186 
atmospheric, 1:370, 3:2185—2186 
heat index, 3:2090-2091 
precipitation, 5:3476 
relative, 6:4549 
thunderstorm formation, 6:4366 
tropical cyclones, 6:4451—4452 
weather forecasting, 4:2732 
weather patterns, 6:4671 
Hummingbirds, 3:2186-2188, 2/87, 
5:3429, 6:4230 
Hummocks, 4:3267 
Humpback whales, 2:867, 5:3656 
Humulin, 3:2310 
Humulus lupulus. See Hops 
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Humus, 2:1045, 1046, 1247, 
3:2188-2189, 5:3988 
Hund, Friedrich, 1:387 
Hund’s rule, 1:387 
Hungarian partridges. See Gray 
partridges 
Hunger-weed, 1:699 
Hunt, Walter, 5:3887 
Hunter, John, 6:4426 
Hunter, Matthew A., 6:4378 
Hunter-gatherers, 6:4700 
Hunting, 2:1190 
cats, 1:818 
ducks, 2:1386-1387 
ecological economics, 2:1440 
endangered species, 2:1564, 
1566-1567 
with falcons, 3:1690-1691 
forestry management, 3:1793 
geese, 3:1871, 1872 
illegal wildlife trade, 6:4701, 
4702-4703 
mushrooms, 4:2896 
pheasants, 4:3284 
pigeons, 4:3334, 3335 
pronghorn antelopes, 5:3507 
rabbit and hares, 3:2433 
rails, 5:3625 
ruffed grouse, 3:2020—2021 
shore birds, 5:3912 
swans, 6:4258 
trophy, 2:1566-1567 
turkeys, 6:4487 
turtles, 6:4493 
walruses, 6:4631 
warblers, 6:4634 
wetlands birds, 6:4689 
Hunting-and-gathering, 2:1189-1190 
Huntington, George Sumner, 3:2189 
Huntington’s disease, 1:78, 2:1267, 
3:1891, 1898-1899, 2189-2192, 
4:2968 
Huntsman, Benjamin, 5:4140 
Huperzia spp. See Fir club mosses 
Hurler’s syndrome, 4:2706 
Huronian epoch, 5:3420 
Hurricane hunters, 1:370 
Hurricane Ivan, 6:4453 
Hurricane Katrina, 2:1264, 3:1752, 
5:4178, 6:4453-4454 
Hurricane Rita, 6:4453 
Hurricane Wilma, 6:4453 
Hurricanes, 6:4448, 4449, 4450, 4451 
2004 and 2005 seasons, 
6:4453-4454 
detection of, 6:4452 
storm surge, 5:4178, 6:4452 
Huss, Magnus, 1:120 
Hutchinson, John, 5:4080 
Hutias, Hispaniolan, 1:81 
Hutton, James, 1:810, 3:1923, 5:3749, 
6:4510-4511, 4523 


Huxley, Aldous, 4:2652 
Huxley, Thomas, 3:1905 
Huygens, Christiaan 
extrasolar planets, 3:1680 
heat, 3:2088 
light, 4:2513-2514, 3102 
minerals, 4:2778 
planetary ring systems, 4:3363 
randomness, 5:3630 
Saturn, 5:3791—3792 
spectrum, 5:4063 
Titan discovery, 1:805—806 
Huygens Probe, 1:805—806, 5:3795 
HVD (Holographic versatile disc), 
6:4570, 4571 
Hyaena brunnea. See Brown hyenas 
Hyaena hyaena. See Striped hyenas 
Hyaenidae. See Hyenas 
Hyaline cartilage, 2:1087 
Hyatt, John Wesley, 5:3438 
Hybanthus concolor. See Green violets 
Hybanthus ipecacuanha, 6:4575 
Hybrid biosystems program, 1:552 
Hybrid vehicles, 1:427—428, 
2:1476-1477, 3:2192-2193 
energy conservation, 1:157 
energy efficiency, 2:1586 
Hybrid vigor, 1:221 
Hybridization 
artificial, 4:3373 
cattle, 1:824 
coordination compounds, 2:1125 
DNA, 3:1908 
ferns, 3:1705—1706 
interspecific, 6:4296 
Mendelian, 3:1905 
nucleic acid, 2:1359 
plant, 4:3371—3372 
primroses, 5:3492 
roses, 5:3760 
in situ, 2:934 
solution-phase, 3:1897 
somatic, 4:3373 
xenogamy, 6:4729-4730 
Hybrids, 3:2192 
Hydra (invertebrate), 1:684, 4:2952 
Hydra (moon), 3:2426—2427, 5:3406, 
3407 
Hydrangea, 5:3803 
Hydrangea arborescens. See 
Hydrangea 
Hydras (plants), 3:2193-2194 
Hydrastis canadensis. See Goldenseal 
Hydration, 1:118, 3:2212 
Hydraulic cement, 2:860 
Hydraulic water screening, 1:297 
Hydraulics 
conductivity, 1:279 
fluid mechanics, 3:1759, 1759 
turbines, 6:4484 
Hydrazine, 1:174, 179 
Hydrilla, 3:1826 
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Hydrilla verticillata. See Hydrilla 
Hydrocarbons, 3:2194-2198, 2197¢ 
aromatic, 3:2196—2197, 4:2635, 
2902, 5:3435-3436 
bioremediation, 1:572—573 
in chlorinated hydrocarbons, 
2:908-909 
composition, 3:2194—2195, 2203 
contaminated soil, 2:1098 
hydrogenated, 3:2052 
Neptune, 4:2943 
oxygen reactions, 4:3160 
petroleum, 4:3276-3277 
primitive atmosphere, 4:3124 
production, 1:774-775 
smog, 5:3966 
See also Chlorinated 
hydrocarbons 
Hydrocephalus, 1:599, 2:1269, 
3:2198-2200, 4:2965, 5:4074 
Hydrochaeridae, 1:764 
Hydrochaeris hydrochaeris, 
1:764—765, 765 
Hydrocharitaceae. See Frog’s-bit 
family 
Hydrochloric acid, 2:1324, 
3:2205—2206, 6:4501 
Hydrochlorofluorocarbons (HCFCs), 
2:917, 3:2200-2202, 4:3165 
Hydrocyanic acid, 5:4092 
Hydrodynamica (Bernoulli), 1:521 
Hydrodynamics, 3:1756 
Hydroelectric dams, 2:1233—1234, 
3:2210 
Hydroelectric power generation, 
2:1489, 3:1888—1889 
hydrologic cycle, 3:2210 
run-of-the-river, 3:2210 
turbines, 3:1888—-1889, 6:4483, 
4484 
waterwheels, 6:4656 
Hydrofluoric acid, 3:2054 
Hydrofluorocarbons (HFCs), 2:917, 
3:2200-2202 
Hydrofoils, 3:2202 
Hydrofracturing, 3:1698 
Hydrogen, 3:2202—2205 
in airships, 1:101, 102, 109 
ammonia production, 1:178, 
3:2203-2204 
balloons, 1:457 
bond energy, 1:635-636 
cosmic rays, 2:1149 
Earth’s crust, 2:1525 
family of elements, 2:1530 
formation, 2:1535, 1536 
hydrocarbons, 3:2194-2195 
hydrochlorofluorocarbons, 3:2200 
ionized, 3:2345 
isotopes, 1:392, 394, 398, 3:2203, 
2378 
in light bulbs, 3:2265 
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liquid, 2:1199, 1201, 3:1862, 
5:3745-3746 
Mercury’s atmosphere, 4:2702 
Miller-Urey experiment, 4:2772 
Neptune’s atmosphere, 4:2943 
nuclear fusion, 4:3034 
oxidation-reduction reaction, 
4:3154-3155, 3156 
percentage of universe, 2:1525 
primitive atmosphere, 4:3124 
production, 2:1497, 1498 
red giant stars, 5:3652—3653, 3653, 
3654 
star energy, 5:4105, 4149, 6:4227 
Uranus’ atmosphere, 6:4533 
water molecules, 1:849, 4:2824 
Hydrogen bombs, 3:1675, 4:3040, 
3042, 6:4663 
deuterium, 2:1300 
nuclear fusion, 4:3025 
tritium, 6:4444 
Hydrogen bonds, 2:878-879, 6:4640 
Hydrogen chloride, 3:2205-2206, 
2268 
Hydrogen cyanide, 2:1022 
Hydrogen fuel cells, 1:156, 2:1476, 
3:1831 
Hydrogen halides, 3:2204 
Hydrogen masterclocks, 6:4374 
Hydrogen peroxide, 3:2207 
air pollution, 4:3162 
bleach, 1:613, 3:2207 
decomposition, 1:808—809 
red tides, 5:3655 
Hydrogen sulfide, 6:4220, 4221 
cave formation, 1:826—827 
geomicrobiology, 3:1933 
killifish, 3:2415 
production, 3:2204—2205 
Hydrogenated hydrocarbons, 3:2052 
Hydrogenation, 3:1693, 2204, 
2207-2209 
Hydrogeology, 3:1923, 1927 
Hydrolases, 2:1606 
Hydrologic cycle, 3:2209-2211, 
6:4641, 4643 
flooding, 3:1751—-1752 
groundwater, 3:2018 
hydrosphere, 3:2214 
precipitation, 5:3477 
rivers, 3:2210—2211, 5:3732 
transpiration, 3:2209—2210, 
6:4424-4425 
wetlands, 6:4689 
Hydrology, 3:1927, 2211-2212 
Hydrolysis, 1:177, 3:2212-2213 
enzymatic, 2:1629 
lipids, 4:2527 
MSG, 4:2840 
stearic acid production, 5:4138 
weathering, 6:4679—4680 
Hydrometallurgy, 5:3454 
Hydrometers, 3:2185 
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Hydronium, 4:3279-3280 
Hydrophasianus chiurgus. See 
Pheasant-tailed jacanas 
Hydrophiinae, 2:1461 
Hydrophobic Interaction 
Chromatography, 2:928 
Hydrophones, 5:4016 
Hydroponics, 3:2213 
Hydropotes spp., 2:1255 
Hydropotinae, 2:1252 
Hydropower. See Hydroelectric 
power generation 
Hydroprogne caspia. See Caspian 
terns 
Hydrosphere, 1:574, 576, 
3:2213-2214, 6:4643 
Hydrostatic equilibrium, 
5:4104-4105, 4105, 4106, 4158 
Hydrostatic pressing, 2:861 
Hydrostatic stress, 2:1465 
Hydrotherapy, 2:1456, 4:3172 
Hydrothermal metamorphism, 
4:2727, 2728 
Hydrothermal veins, 5:3473 
Hydrothermal vents, 3:2214 
deep-sea, 4:3078, 3125 
geysers, 3:1945-1946 
minerals, 6:4520 
ore formation, 4:3113 
origin of life, 4:3125 
Hydrotropism, 1:516 
Hydroxyl groups, 1:117—118, 7/78 
Hydroxyl radical, 5:3655 
Hydroxyurea, 5:3923 
Hydrozoa, 3:2193, 2214-2215, 2387 
Hyenas, 3:2215-2217, 2216 
Hygrometers, 1:370, 2:1303 
Hyla crucifer. See Spring peepers 
Hylactophryne augusti. See Barking 
toads 
Hylidae, 3:1825 
Hylobates spp. See Gibbons 
Hylobates agilis. See Dark-handed 
gibbons 
Hylobates lar. See Lar gibbons 
Hylobates moloch. See Moloch 
gibbons 
Hylobatidae, 2:900, 3:1946-1948 
Hylochoerus meinertzhageni. See 
Giant forest hogs 
Hylocichla mustelina. See Wood 
thrushes 
Hylomys spp. See Lesser gymnures 
Hylophilus pectoralis. See Ashy- 
headed greenlets 
HAylurgopinus rufipes, 2:1550 
Hyman, Flo, 4:2623 
Hymen, 5:3685 
Hymenoptera, 1:266, 505-506, 
6:4465, 4635 


Hyoscine, 6:4382 
Hyoscyamine, 3:2051, 4:2992 
HAyoscyamus niger. See Henbane 
Hypae, 4:2892, 2906 
Hypemic hypoxia, 3:2228—2229 
Hyperbolas, 3:2217-2220, 2218, 2219, 
2220 
algebraic equations, 1:202—203 
conic sections, 2:1082, 1083-1084 
orbits, 1:836, 3:2411, 2412, 4:3107 
projective, 5:3505 
Hyperbolic geometry, 3:1932, 4:3006 
Hypercholesterolemia, 1:309, 
311-312, 3:1886 
Hyperemesis gravidarum, 
3:2420-2421 
Hypergolic systems, 5:3746 
Hypericum perforatum. See Klamath 
weed 
Hyperopia, 6:4598 
Hyperotreti, 3:2041 
Hyperphenylalinemia, 4:3286 
Hyperpolarization, 1:37 
Hypersomnias, 5:3951, 3953 
Hypersonic speed, 4:2575 
Hyperspectral imaging, 3:1936 
Hypertension, 2:949, 3:2220-2226, 
2221 
Alzheimer’s disease, 1:168 
aneurysms from, 1:214 
beta-blockers for, 1:522-524, 
3:2222, 2224-2225 
intracranial, 4:2686, 2687 
from obesity, 4:3069-3070 
reserpine for, 1:137, 3:2221 
stroke from, 6:4190, 4192 
vision disorders, 6:4600 
HyperText Markup Language 
(HTML), 3:2342 
HyperText Transfer Protocol 
(HTTP), 3:2336, 2342 
Hyperthyroidism, 4:2706, 2707 
Hyperventilation, 1:685 
Hypnosis, 1:159—160, 4:2880 
Hypochlorous acid, 2:914, 5:3985 
Hypocryptadius cinnamomeus. See 
Cinnamon white-eyes 
Hypoderma bovis. See Ox warble flies 
HAypogastrura nivicola. See Snow fleas 
Hypogeal germination, 3:1942 
Hypolimnion, 3:2436-2437 
Hypophosphatasia, 4:2707—-2708 
Hypophthalmichtys molitrix. See 
Silver carp 
Hypostyle Hall, 1:686 
Hypothalamus 
Addison’s disease, 1:50 
adrenal hormones and, 1:56 
aging and, 1:77 
biological rhythms, 1:555 
function, 1:654—-655, 2:1572 
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growth hormones, 3:2023—2024 
hormone secretion, 3:2152 
menopause, 4:2690 
puberty, 5:3545 
temperature regulation, 6:4328 
Hypothermia, 3:2226-2228 
Hypothesis, null, 2:892, 5:4125 
Hypothyroidism, 3:2153, 4:2706 
Hypoventilation, 1:685 
Hypoxia, 1:539, 3:2228, 2228-2229 
Hypoxic hypoxia, 3:2228 
HAypsignathus monstrosus. See 
Hammer-headed fruit bats 
Hypsipetes madagascariensis. See 
Black bubuls 
Hypsiprymnodon moschatus. See 
Musky rat-kangaroos 
Hypsiprymnodontidae, 3:2404 
Hyptis spp., 4:2793 
Hyracoidea. See Hyraxes 
Hyraxes, 3:2229 
Hysoppus officinalis. See Hyssop 
Hyssop, 4:2793 
Hysterectomy, 4:2690 
Hystricidae. See Old World 
porcupines 
Hystrix africaaustralis, 5:3449 
Hystrix cristata. See Crested 
porcupines 
Hz. See Hertz 


l I 


IAA (Indole-3-acetic acid), 4:3319 

IAA (International Academy of 
Astronautics), 5:3878 

IAB (Internet Architecture Board), 
3:2341 

IAEA (International Atomic Energy 
Agency), 4:3038-3039, 6:4659-4662 

IAG (International Association of 
Gerontology), 3:1943 

Iamblichus of Chalcis, 1:174 

Japetus, 5:3793-3794 

IAU (International Astronomical 
Union), 1:347 

Iberia, 2:1644 

Ibex, 3:1973, 1974 

IBEX (Interstellar Boundary 
Explorer), 5:4033 

IBIA (International Biometric 
Industry Association), 1:570 

Ibidorhyncha struthersii. See Ibisbills 

Ibisbills, 5:4168, 4169 

Ibises, 3:2231-2233, 2232 

IBM (International Business 
Machines Corporation), 1:173 

ibn Hayyan, Aub Musa Jabir, 2:1350, 
6:4223 


ibn Qurra, Thabit, 1:174 
Ibuprofen, 1:197, 777 
IC 10 galaxy, 5:4114 
ICAI (Intelligent computer-assisted 
instruction), 1:330 
Icarus, 1:101 
ICBMs (Intercontinental ballistic 
missiles), 1:453-455, 4:2749 
Ice, 3:2233-2235 
buoyancy, 1:694 
in clouds, 5:3476 
density, 6:4642 
dry, 6:4201, 4202, 4326, 4676-4677 
formation, 6:4352, 4353-4354, 
4640 
refrigerated transport of food, 
5:3661—3662 
Ice (drug). See Methamphetamine 
Ice age refuges, 3:2235-2236 
Ice ages, 3:2236, 2236-2238 
Europe, 2:1643 
glacier formation, 3:1957—1958 
human evolution, 3:2181—2182 
Little Ice Age, 3:2013, 2237 
North America, 4:3015 
Pleistocene Epoch, 3:1679-1680, 
1963, 5:3420 
in polar ice caps, 5:3420 
uplift, 6:4527 
Ice caps. See Polar ice caps 
Ice cores 
Antarctica, 1:236, 3:1957, 1966, 
2013-2014 
geochemical analysis, 3:1918 
Ice fog, 3:1768 
Ice-scour lakes, 3:2435 
Ice sheets, 3:1956, 2233-2234 
Ice shelf, Antarctica, 1:231, 3:2240 
Icebergs, 3:2238-2240, 2239 
Antarctica, 1:229, 231, 
3:2239-2240 
SONAR detection, 5:4015 
Iceland, 6:4608, 4613 
Iceland poppies, 5:3443 
Icelandic low, 1:374 
Iceman, 3:2058, 2241 
Icerya purchasi. See Cottony-cushion 
scale 
Icheumia albicauda. See White-tailed 
mongooses 
Ichthyosauria, 2:1340, 4:3182, 5:3687 
ICP (International Ice Patrol), 
3:2238-2239 
ICSI (Intracytoplasmic sperm injec- 
tion), 3:1853, 2261, 2285 
Ictalurus spp. See Catfish 
Ictalurus catus. See White catfish 
Ictalurus furcatus. See Blue catfish 
Ictalurus melas. See Black bullheads 
Ictalurus natali. See Yellow bullheads 
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Ictalurus nebulosus. See Brown 
bullheads 
Ictalurus punctatus. See Channel 
catfish 
Icteria virens. See Yellow-breasted 
chats 
Icteridae. See Blackbirds 
Icterinae, 5:4048 
Icterus galbula. See Northern orioles 
Icthyostega, 4:3181, 3/87 
Ictinaetus malayensis. See Black 
eagles 
Ictinia mississippiensis. See 
Mississippi kites 
Ictiobus bubalus. See Small mouth 
buffalos 
Ictiobus cyprinellus. See Bigmouth 
buffalos 
Icyera purchasi. See Cottony-cushion 
scale 
Id, 5:3531-3532 
IDD (Instrument deployment device), 
4:2638 
Ideal gas law, 3:1863-1866 
Ideational apraxia, 1:277 
Identical twins, 1:121 
Identification systems 
biometrics, 1:570—571 
machine vision, 4:2583 
Identity, gender, 5:3888, 3889 
Identity element (mathematics), 
3:2241-2242 
Identity property (mathematics), 
3:2242 
Ideomotor apraxia, 1:277 
Idiopathic central nervous system 
hypersomnia, 5:3951 
Idiot savants. See Savants 
IEU. See International Ultraviolet 
Explorer 
IgA. See Immunoglobulin A 
IgD. See Immunoglobulin D 
IgE. See Immunoglobulin E 
IGF. See Insulin-like growth factors 
IgG. See Immunoglobulin G 
IgM. See Immunoglobulin M 
Igneous rocks, 3:2242-2243, 
5:3749-3750 
erosion, 5:3752 
formation, 2:1144, 5:3750, 4170 
intrusive, 3:2242, 4:2589-2590, 
5:3750 
moon, 4:2845—2846 
ores in, 4:3113 
paleomagnetism, 4:3176 
Iguamnae. See Iguanas 
Iguana spp. See Green iguanas 
Iguanas, 3:2243-2245, 2244 
Iguanidae, 1:227, 3:2243 
Iguanodon spp., 2:1337 
Thrig, Harry, 3:1831 
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IL-23 (Interleukin-23), 2:1228 
Tleum, 2:1326 
Ilex spp. See Holly family 
Tlex aquifolium. See English holly 
Tlex glabra. See Inkberry 
Ilex integra, 3:2143 
Tlex latifolia. See Tarago 
Ilex paraguariensis. See Paraquay tea 
Ilex verticillata. See Winterberry 
Iliad (Homer), 1:240 
Ill-scented- sumacs, 1:804 
Illegal wildlife trade, 6:4702-4703 
Illinois, prairies, 5:3463 
Illinois prairies, 5:3462 
Illumination, structured, 4:2583 
Illusions, 4:3248 
Illustrations, geographic, 1:798-799 
Illustrations of the Huttonian Theory 
(Playfair), 6:4522 
ILOVEYOU virus, 2:1069 
IMAGE (Intetgrated Molecular 
Analysis of Gene Expression), 
3:2183 
Image intensification, 4:2988—2989 
Image processing and printing, 
4:3314-3315, 5:3494-3495 
Images, symmetrical, 6:4268 
Imaginary numbers, 3:2245 
Imaging 
3-D, 3:2143-2146, 5:3807, 
4164-4167 
charge-coupled devices, 2:874-876 
digital, 4:3307, 3313-3315 
digital scanners, 5:3806 
forensic, 3:1791 
geospatial, 3:1935—-1937, 1936 
hyperspectral, 3:1936 
infrared, 3:2296-2297 
multispectral, 3:1936 
telescopes, 6:4316 
virtual, 6:4584 
Zeeman-Doppler, 5:4153-4154 
See also Diagnostic imaging 
Imaging spectrometry, 5:4059-4060 
Imitation, 3:2477-2478 
Immergut, E. H., 4:2840 
Immune globulins. See 
Immunoglobulins 
Immune response 
abscess, 1:5 
allergies, 1:/42, 143, 3:2256 
antibody-antigen reaction, 3:2247, 
2249 
autoimmune disorders, 1:415 
cell-mediated, 3:2248, 2249, 2253, 
2254, 4:2567 
infection, 3:2283 
inflammation, 3:2251, 2289-2290 
interferons, 3:2326 
nonspecific, 3:2250—2251 
process, 2:1346—1347, 3:2254-2255 
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respiratory system, 5:3409-3410 
specific, 3:2250—2251, 2252 
T cells, 3:2249, 2252, 2254, 2255, 
6:4277 
transplantation, 6:4427—4428 
turned off, 3:2253 
Immune system, 3:2246, 2246-2254, 
2247, 2248 
anatomy, 3:2250 
function, 3:2250—2253 
history, 3:2246—2250 
white blood cells, 1:619-620 
Immunity, 2:1347, 1609 
Immunizations. See Vaccines 
Immunodeficiency virus, human. See 
HIV 
Immunodeficiency virus, simian, 
5:3713 
Immunoglobulin A (IgA), 1:248, 
4:2567 
Immunoglobulin D (IgD), 1:248 
Immunoglobulin E (IgE), 1:143, 144, 
248, 3:2137-2138 
Immunoglobulin G (IgG), 1:248, 248, 
417 
Immunoglobulin M (IgM), 1:248 
Immunoglobulins, 1:247—248, 617 
for Guillain-Barre syndrome, 
3:2028-2029 
for hepatitis A, 3:2110 
production and function, 4:2566 
Immunology, 3:2254—2256 
Immunosuppressants, 1:417, 3:2249, 
6:4427, 4428 
Immunosuppression, specific vs. non- 
specific, 2:1223 
Immunotherapy 
allergies, 1:144 
cancer, 1:748 
leukemia, 4:2502 
Impact craters, 3:2256—-2258, 2257, 
4:2791-2792 
astroblemes, 1:354-355 
Barringer, 4:2791 
boltysh, 4:2648 
Caloris Basin, 4:2701 
Chicxulub crater, 1:810, 2:1336, 
3:1679, 2399, 4:2648, 2792 
dinosaur extinction and, 1:810, 
2:1335-1336 
Henbury meteorite, 1:408 
K-T event, 3:2399—2400, 4:2648, 
2792 
lakes, 3:2436 
largest, 4:2791, 2791t 
Mars, 3:2257, 4:2634, 2636-2637, 
2639 
mass extinction, 4:2648 
Mercury, 4:2701—2702 
meteorites, 1:810, 2:1564, 
3:1678-1679, 2257, 2399, 2436 
moon, 4:2846—2847 
planetary geology, 4:3357 


Sudbury, 4:2791 
Venus, 3:2257, 6:4561-4562, 4563 
Impact drilling, 4:3086-3087 
Impact tests, 5:4145 
Impala, 1:238, 3:2062 
Imperata cylindrica. See Ylang-ylang 
Imperfect fungi, 3:1840 
Imperial eagles, 2:1406 
Imperial woodpeckers, 6:4715 
Impingers, 5:3432 
Implanon, 2:1122 
Implantable cardioverter defibrilla- 
tors, 4:3168 
Implantation, delayed, 1:498 
Implants 
bone, 4:3131-3132 
cortical, 1:330-331 
radioisotope, 5:3620 
retinal, 1:331, 33/ 
Implications (logic), 6:4267 
Imprinting, 3:2258-2259 
behavioral, 1:517, 761, 3:2259 
genomic, 3:2258—2259 
instinct, 3:2307 
Impulse momentum, 4:2830 
Impulse turbines, 6:4482—4483 
In Flanders Fields (McCrae), 5:3444 
In situ hybridization, 2:934 
In vitro fertilization, 2:1201—1202, 
3:2260-2262, 2287-2288 
embolism, 2:1554-1555 
embryonic development, 2:1553 
process, 3:1710, 2036 
stem cells from, 5:4163 
In vitro research, 1:540, 3:2262—2263 
In vivo research, 3:2262-2263 
Inborn errors of metabolism, 
4:2705-2706 
Inborn reflexes, 5:3660 
Inbreeding, 1:90, 220-222, 760 
Incandescent light, 1:283, 3:1762, 
2263-2266 
Incas, 2:979 
Incendiary bombs, 4:2591 
Inchworms, 4:2860 
Incidence (epidemiology), 2:1611 
Incident radiation, 5:3678 
Incineration, 3:2266-2269 
hazardous waste, 3:2071—2072 
pollution control, 1:573, 5:3433 
sludge, 5:3885 
solid waste, 3:2267—2268, 2446, 
6:4638 
Incisors, 5:3753 
Inclined planes, 4:2586 
Inclusive fitness, 4:2813 
Incubation period, 2:1608 
Indefinite integrals, 1:728, 
3:2311-2312 
Independent assortment, law of, 2:939 
Index fossils, 3:1804—1805 
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Index minerals, 4:2723 
India 
arithmetic, 1:303 
composting, 2:1046-1047 
cranes, 2:1169 
drought, 2:1384 
geography, 1:342—343 
irrigation, 3:2366 
malaria, 2:1242 
monsoons, 4:2843 
numeration systems, 4:3050-3051 
population growth, 5:3446 
rhesus monkeys, 5:3717—3718 
rice, 5:3726 
surgery, 6:4243 
vultures, 6:4624 
water pollution, 6:4651 
Indian arrowroot, 1:307—308 
Indian bats, 2:1427 
Indian black vultures, 6:4624 
Indian bustards, 1:698 
Indian chocolate, 5:3760 
Indian cobras, 2:1463 
Indian elephants. See Asian elephants 
Indian ferret badgers, 1:451 
Indian lac insects, 5:3804 
Indian mongooses, 4:2832 
Indian monitor lizards, 4:2834—2835 
Indian mynahs. See Common mynahs 
Indian ocean, 2:1425-1426 
Indian onagers, 1:346 
Indian oxen, 4:2538 
Indian paintbrush, 5:3972 
Indian pangolins, 4:3195 
Indian pipe, 3:2093, 4:2907 
Indian strawberries, 5:3758, 3760 
Indian wax scale, 5:3804 
Indicator indicator. See Honey guides 
Indicator species, 3:2270-2271 
Indicators 
acid-base, 3:2269-2270 
ecological, 2:1445—1446 
economic, 2:1444, 1446 
exposure, 2:1445 
response, 2:1445—1446 
Indigenous knowledge, 2:1632 
Indigo, 1:174, 2:1397-1398, 
3:2486-2489, 4:3286 
Indigo suffruticosa, 3:2488 
Indigofera spp. See Indigo 
Indigofera tinctoria, 3:2488 
Indinavir, 1:95 
Indirect proof, 5:3508—3509 
Indirect reciprocity, 1:163 
Indium, 2:1527 
Individuals, 2:1450, 3:2271 
Indole-3-acetic acid (IAA), 4:3319 
Indonesia, 1:342, 6:4613-4614 
Indonesian sumacs, 1:804 
Indoor air quality, 3:2271-2275 


Indore method, 2:1047 
Indri indri. See Indris 
Indriidae. See Indris 
Indris, 3:2490, 2493, 5:3510-3511 
Induced drag, 1:61 
Induction, electromagnetic, 
2:1502-1505, 1503, 1504, 1505, 
4:2597 
Induction lamps, 3:1763 
Inductive reasoning, 6:4267 
Inductors, electronic, 2:1517 
Industrial abrasives, 1:4, 4¢ 
Industrial agriculture, 4:2540, 
3117-3118, 3718, 3119-3120 
Industrial forestry, 5:3629 
Industrial land use, 3:2441 
Industrial minerals, 3:2275—2277 
Industrial psychology, 5:3535 
Industrial Revolution, 3:2277-2279 
architecture, 1:690—-691 
lock and keys, 4:2545—2546 
mass production, 4:2650 
metallurgy, 1:147 
steam engines, 5:4134, 4135 
trains, 6:4402 
Industrial robots, 1:345—346, 
420-421, 5:3740-3741 
Industrial waste. See Hazardous 
waste; Waste 
Industry 
energy efficiency, 2:1586—1587 
Europe, 2:1643 
See also Manufacturing 
Inequality (mathematics), 
3:2279-2281, 2280, 2281 
Inertia, 3:2467, 4:2977, 6:4485 
Inertial confinement, 4:3025—3026 
Inertial guidance systems, 1:418, 454, 
3:2281-2282, 6:4204 
Inertial seismometers, 5:3859 
Infant botulism, 1:643 
Infantile paralysis. See Poliomyelitis 
Infants 
growth hormones, 3:2023 
low birth weight, 1:597, 2:943 
premature, 6:4397 
sleep, 6:4217, 4218 
See also Newborn infants 
Infection, 3:2282-2283 
hospital-acquired, 2:1594 
opportunistic, 1:93, 4:3229 
postoperative, 6:4225 
urinary tract, 3:1669 
See also Bacterial infections 
Infectious diseases. See 
Communicable diseases 
Infectious hematopoietic necrosis 
virus, 2:1363 
Infectious mononucleosis, 2:1614 
Inference engine, 1:327—328 
Inferential statistics, 5:4125 
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Inferior mirage, 1:376 
Inferior vena cava, 6:4558 
Infertility, 3:2283—2288 
cryobiology for, 2:1198 
hybrids, 3:2192 
reproductive toxins, 5:3686 
tests, 3:2036 
See also In vitro fertilization 
Infinite sets, 1:782, 2:1161-1162, 
11621, 4:3095, 5:3874 
Infinity, 3:2288—-2289 
Inflammation, 3:2289-2290 
abscess, 1:5 
Alzheimer’s disease, 1:168 
immune function, 3:2251, 
2289-2290 
prostaglandins in, 1:245 
See also Anti-inflammatory agents 
Inflection point (mathematics), 
3:2290 
Influenza, 3:2290, 2290-2292, 5:3697 
DNA sequencing, 3:2183—2184 
epidemics, 3:2291, 5:3697 
HS5N1, 3:2039-2040, 2040, 2041, 
2291, 6:4749 
vaccines, 3:2040, 2291-2292, 
5:3697, 6:4539 
virus, 6:4586—4587, 4590 
Information 
biological, 1:540 
genetic, 3:2184 
Information processing 
artificial intelligence, 1:327 
knowledge and, 4:2680 
memory, 4:2678 
REM sleep, 5:3947—3948 
split-brain functioning, 5:4084 
Information theory, 4:2661 
Information transfer, 2:1301 
Infradian cycles, 1:555 
Infrared Astronomical Satellite 
(IRAS), 3:2294, 6:4318 
Infrared astronomy, 3:2292-2295 
Infrared communications technology, 
6:4311 
Infrared detection devices, 
3:2295-2298, 2296 
airborne/space-based, 
3:2293-2294, 2297-2298 
ground-based, 3:2293, 2296-2297 
night vision, 4:2988, 2989 
spectroscopy, 5:4061 
Infrared radiation, 2:1507—-1510 
exposure, 5:3591 
greenhouse gases, 3:1967 
stealth technology, 5:4131 
wavelengths, 6:4508 
weather patterns, 6:4671 
Infrared Space Observatory (ISO), 
3:2294 
Infrared telescopes, 2:1201, 6:4318 
Ingen-Housz, Jan, 1:772 


4867 


xapuy jesauay 


General Index 


Ingenia spp., 2:1338 
Ingestion, 2:1322—1324 
Ingot casting, 4:2720 
Inguanas, 1:632 
Inguinal hernias, 3:2120—2121 
Inhalation anthrax, 1:240, 582 
Inhalers, 1:187, 351 
Inharmonics, 3:2061 
Inheritance. See Genetics; Heredity 
Inherited disorders, 3:2298-2299 
See also Genetic disorders 
Inherited hearing loss, 2:1245-1247, 
1246 
Inhibition model, 6:4213-4214 
Inhibitory neurotransmitters, 4:2951 
Inia geoffrensis. See Boutos 
Injection site allergy, 1:141 
Ink jet printers, 5:3497 
Inkberry, 6:4293 
Inks, emulsion, 2:1561 
Inland seas, 2:1103 
Inland waterways, 1:739, 741 
Inlets, tidal, 1:479-480 
Innate perception, 4:3249 
Innominate bone, 5:3939 
Inorganic chemistry, 2:888 
Inorganic compounds, 1:562—563, 
2:1051, 3:2300 
Inorganic geochemistry, 3:1918 
Inorganic pesticides, 1:87—88 
Inquilinism, 2:1027 
Inscribed angles, 3:1931—1932 
Inscribed polygons, 2:950 
Insect repellents, 5:3510 
Insecticides, 1:87, 3:2299-2303, 
4:3271 
biological, 1:88, 3:2300 
biomagnification, 1:563—564 
malaria prevention, 4:2610 
nicotine, 4:2988 
non-target effects, 3:2301 
resistance to, 4:2610, 2853 
See also DDT 
Insectivores, 3:2303—2304, 2304, 
6:4328 
Insects, 3:2304—2305 
asexual reproduction, 1:336-337 
brain, 1:652—653 
classification, 1:315 
courtship, 2:1164 
crop rotation for, 2:1188 
DDT resistant, 2:1242 
desert, 2:1294 
disease transmission by, 2:911 
evolution, 4:3180, 3/80 
forest productivity, 3:1794 
hibernation, 3:2131—2132 
life cycle, 3:2304 
metamorphosis, 4:2730 
microchip-mechanized, 1:582—-583 
nervous system, 4:2952 
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ovoviviparous, 4:3149 
parasitic, 4:3207 
pheromones, 4:3288 
plant mutualism, 4:2905 
pollination by, 5:3429, 3758 
respiratory system, 5:3692, 3702 
rose family, 5:3760 
scale, 3:2316, 5:3804 
scavengers, 5:3811 
tropical rainforest, 5:3628 
vectors, 4:3207 
Insemination, artificial, 1:222—223, 
760, 3:1710 
Insertion mutations, 4:2904 
Insertion sequences, 2:1614 
Insight (Honda), 2:1476—-1477, 1586 
Insolation, 3:1962-1963 
Insomnia, 3:2305-2307, 2427, 4:2690, 
5:3951, 3953 
Inspection systems, 4:2583, 6:4662 
Instant photography, 4:3312 
Instantaneous rate of change, 2:1290 
Instinct, 1:516—517, 3:2307 
Institute of Medicine, 2:1122 
Institutional land use, 3:2441 
Instrument deployment device (IDD), 
4:2638 
Instrumental methods, 5:3562 
Insulators, electrical, 2:1314, 1469, 
1486 
Insulin, 3:2309-2310 
diabetes mellitus, 2:1303, 
1305-1306, 3:2309—2310 
function, 2:1328, 1574, 3:2155 
genetically modified, 3:1895 
secretion, 3:2154-2155 
Insulin-dependent diabetes. See Type 
I diabetes 
Insulin-like growth factors, 3:2023, 
2025 
Insulin resistance, 2:1304 
Intalgio prints, 2:1591-1593 
Integers, 1:304, 2:1161, 3:2310—2311, 
2310¢ 
Integral proteins, 4:2676 
Integrals, 3:2311-2312 
in calculus, 1:726, 727-728, 728, 
3:2311 
definite, 1:276, 728-729 
indefinite, 1:728, 3:2311—2312 
Integrated circuits, 3:2312-2314, 2313 
amplifiers, 1:192 
application-specific, 6:4420 
calculators, 1:724 
development, 2:1516, 3:2312—2313 
in electronics, 2:1516-1517 
Hall effect, 3:2045—2046 
high-density, 6:4729 
lithography manufacturing, 
4:2531-2532, 6:4729 
logic, 2:1519 
silicon, 2:1516—-1517 


voltage-regulation, 2:1484 
See also Microchips 
Integrated pest management (IPM), 
3:2314-2317, 2315 
fungal diseases, 3:1842 
insecticides in, 3:2303 
organic farming, 4:3119 
pesticides in, 3:2314, 4:3271 
Integrated Services Digital 
Broadcasting (ISDB), 6:4567 
Integrity, ecological, 2:1441-1444 
Integumentary system, 3:2317-2319, 
2318, 4:3122 
Intel Core Duo, 2:1519 
Intellect, 1:655 
Intelligence 
artificial, 1:326—-330, 420, 4:3250 
cetaceans, 2:867 
defined, 1:326-327 
Intelligence quotient (IQ), 2:1266 
Intelligent computer-assisted instruc- 
tion (ICAD), 1:330 
Intensity 
hearing, 3:2073 
lasers, 3:2456 
light, 4:3303-3304 
Interactive behavior, 1:518 
Interchangeable parts, 4:2649, 2652 
Intercontinental ballistic missiles 
(ICBMs), 1:453-455, 4:2749 
Interference, 3:2320, 2320-2325 
acoustic, 3:2320—2321 
colors, 2:1004 
errors, 2:1624 
light, 3:2320, 4:3103 
memory, 4:2681 
optical, 3:2321 
wave motion, 6:4657-4658 
Young’s double-slit, 4:3103 
Interferometers, 3:2322—2323 
cyclic, 3:2322, 2322-2323 
Fabry-Perot, 3:2323, 2323 
Mach-Zehnder, 3:2322, 2322 
Michelson, 3:232/, 2321-2322, 
2324, 4:2744-2745 
Twyman-Green, 3:2322 
wavefront shearing, 3:2323 
wavefront splitting, 3:2323, 2324 
Interferometry, 3:2320—2325, 2321, 
2322, 2323, 2324 
Interferon-alpha, 3:2325, 2326 
Interferon-beta, 3:2325 
Interferon-gamma, 3:2325, 2326 
Interferon-tau, 3:2325, 2326 
Interferons, 3:2249, 2325-2327, 2326 
Intergovernmental Oceanographic 
Commission, 6:4468 
Interleukin-23 (IL-23), 2:1228 
Intermediate oaks, 4:3063 
Intermittent peritoneal dialysis, 
2:1310 
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Internal combustion engines, 
3:2327-2330 
automobile, 1:424, 425 
compression, 3:2328 
vs. electric vehicles, 2:1475 
explosions, 3:1675 
gasoline, 3:2328 
history, 2:1020, 3:2327—2328 
hybrid vehicles, 3:2192—2193 
knocking, 3:2198, 2472 
nitrogen fixation, 4:3002 
spark-ignited, 2:1315, 1316, 
3:2328, 2329 
submarine, 6:4204 
two-stroke, 3:2328, 2330 
See also Diesel engines 
Internal fertilization, 1:715, 797, 
5:3907, 6:4566 
Internal reflection, 1:375 
International Academy of 
Astronautics (IAA), 5:3878 
International Agency for Research on 
Cancer, 1:779 
International AIDS Vaccine 
Initiative, 1:97 
International Amateur Athletic 
Federation, 3:2408 
International Association of 
Gerontology (IAG), 3:1943 
International Astronomical Union 
(IAU) 
Asteroid 2002 AA29, 1:347 
constellations, 2:1095 
Eris (2003UB313), 4:3352 
extrasolar planets, 3:1680 
Mercury, 4:2701—2702 
planet definition, 4:3349 
Pluto, 3:2425, 2426-2427, 4:2788, 
5:3407 
Resolution 5, 4:2788 
International Atomic Energy Agency 
(IAEA), 4:3038-3039, 6:4659-4662 
International Atomic Time, 1:383 
International Biometric Industry 
Association (IBIA), 1:570 
International Board for Plant Genetic 
Resources, 4:3372—3373 
International Business Machines 
Corporation (IBM), 1:173, 724, 
2:1056-1057, 1060 
International Chiropractors 
Association, 1:160 
International Cloud Classification, 
2:966 
International Cometary Explorer, 
3:2047 
International Conference on Weights 
and Measures, 6:4524 
International Date Line, 6:4373 
International dateline, 1:799 
International Fetal Medicine and 
Surgery Society, 5:3482 


International Geophysical Year, 
1:234 
International Halley Watch, 
3:2046-2047 
International Harvester Company, 
1:84 
International Ice Patrol (ICP), 
3:2238-2239 
International Iron and Steel Institute, 
5:4146 
International Maize and Wheat 
Improvement Center, 2:1141 
International Olympic Committee, 
3:2408 
International Polar Year, 1:234 
International Space Station, 
3:2330-2334, 2331 
future of, 5:4045 
Mir Space Station and, 4:2795, 
2796 
resupply mission, 5:4039 
International Species Inventory, 1:760 
International Standard Book Number 
(ISBN), 1:463 
International Standards Organization 
(ISO), 2:1061 
International System for Human 
Cytogenetic Nomenclature (ISCN), 
3:2408 
International System of Units, 3:2089, 
4:2738, 2739-2740, 6:4524-4525, 
4616 
International Ultraviolet Explorer, 
1:609, 3:2334-2336, 6:4508, 4509 
International Union of Pure and 
Applied Chemistry (IUPAC) 
acetone, 1:15 
chemical symbols, 6:4264 
naming elements, 2:1533, 1535, 
4:3266, 6:4264 
periodic table, 4:3261 
International Whaling Commission, 
2:868, 1566 
Internet, 3:2340-2344 
addiction, 1:48 
censorship, 3:2339—2340 
computer hardware security, 
2:1058 
encryption for, 2:1203 
search engines, 3:2339-2340, 2340 
streaming video, 6:4570-4571 
tracking, 3:2336-2339 
voice over internet protocol, 
6:4311 
wireless communications, 
4:3268-3269, 6:4709-4710 
Internet Architecture Board (IAB), 
3:2341 
Internet file transfer, 3:2336—-2339 
Internet Network Information Center 
(InterNIC), 3:2341 
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Internet service providers (ISP), 
2:1057-1058 
Internet2, 3:2344 
Interneurons, 4:2963 
InterNIC (Internet Network 
Information Center), 3:2341 
Interometers, 3:2459 
Interphase, 1:846, 4:2673 
Interposition, 2:1286 
Interspecific competition, 2:1033 
Interspecific hybridization, 6:4296 
Interstellar Boundary Explorer 
(IBEX), 5:4033 
Interstellar matter, 3:2344—2347 
Interstitial alloys, 1:146 
Interstitial-cell-stimulating hormone. 
See Luteinizing hormone 
Intertidal ecosystems, 3:2412—2413 
Interval schedules, 5:3665 
Intervals, 3:2347—2348 
Interventional radiology, 
5:3622-3623 
Intervertebral disc herniation, 3:2122, 
4:2965 
Intestinal worms, 4:2696, 3205 
Intestines, 2:1326 
Intetgrated Molecular Analysis of 
Gene Expression (IMAGE), 3:2183 
Intracranial hypertension, 4:2686, 
2687 
Intracytoplasmic sperm injection 
(ICSD, 3:1853, 2261, 2285 
Intramembranous ossification, 4:3140 
Intranet, 2:1058 
Intraocular pressure, 3:1684 
Intraplate volcanoes, 6:4609 
Intraspecific competition, 2:1033 
Intrauterine devices (IUD), 2:1118 
Intrinsic recombination, 3:1907 
Intrinsic semiconductors, 2:1481 
Intrinsic value, 1:242 
Introduced species, 3:2348-2350, 2349 
cane toads, 4:2834—-2835, 6:4381 
carp, 1:789 
ecological integrity, 2:1443 
ecological stress from, 5:4188 
endangered species, 2:1567 
environmental effects, 
3:2349-2350, 2351-2352 
flightless birds, 3:1750 
frog’s-bit family, 3:1826—1827 
grasses, 3:1996 
islands, 3:2372 
parrots, 4:3217 
predators, 5:3625 
rabbits and hares, 3:2431, 2434 
rails, 5:3625 
See also Invasive species 
Introduction to Graph Theory 
(Trudeau), 2:1018 
Introns, 3:1880 
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Intrusive igneous rocks, 3:2242, 
4:2589-2590, 5:3750 
Inuit culture, 1:286, 2:1196 
Invariants, 3:2350-2351 
Invasive species, 3:2351-2354 
ecological stress from, 5:4188 
frog’s-bit family, 3:1826—-1827 
grasses, 3:1996 
kudzu, 3:2349, 2352, 2489 
mustard family, 4:2899 
vs. native species, 3:2165—2166 
rangeland, 5:3633 
snapdragon family, 5:3973 
spurges, 5:4093 
Invasive Species Council, 3:2353 
Inverses, multiplative, 4:2808 
Inversions 
anatomical, 1:207 
genetic, 3:1878 
spatial, 4:3210 
temperature, 6:4205 
Invertebrates, 3:2259, 2260 
biodiversity, 1:542 
blood, 1:616-617 
brain, 1:652-653, 653 
circulatory system, 2:945—947 
evolution, 4:3178-3180 
eyes, 3:1683 
integumentary system, 3:2317 
nervous system, 4:2952 
scavengers, 5:3811 
Inverted topography, 3:2449 
Involuntary muscles, 4:2886—2887 
Io, 1:833, 3:2257, 2396 
Iodine, 3:2052—2055 
deficiency, 4:3057 
dietary, 2:1575, 6:4401 
halides, 3:2043—2044 
nitrogen triiodide production, 
1:179 
periodic table, 4:3260 
properties, 4:2715 
radioactive, 5:3456 
Todine-123, 5:3614 
Iodine-129, 3:1926 
Iodine-131, 5:3612, 3620 
Ion beam, focused, 3:1767 
Ion exchange, 3:2060-2061, 
2354-2356, 2355, 2454 
Ion traps, 5:3563 
Ionic bonds, 2:877, 878, 4:2824-2826 
bond energy, 1:636 
crystalline structure, 2:1204—1205, 
1205t, 1207 
minerals, 4:2776, 2778 
molecular formula, 4:2816 
Ionic style, 1:687 
Ionization, 3:2356—2359, 2357t, 2358t 
chemical, 3:2359 
cumulative, 2:1467 
energy, 3:2356—-2358, 2357t, 2358¢ 
field, 3:2358-2359 
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flame, 3:2359 
photo-, 4:3359, 3359-3361 
photochemistry, 4:3300 
water, 3:2355, 2356 
Ionization chambers, 5:3589 
Ionization detectors, 4:2759 
Ionized hydrogen (HID, 3:2345 
Ionizing radiation, 3:2360, 5:3587 
ecological stress from, 5:4188 
exposure, 5:3588, 3590-3593, 3611 
leukemia from, 4:2501, 2502 
mutations from, 4:2902, 2903 
radioactive pollution, 5:3611 
radioactive waste, 5:3616 
Ionosphere, 1:365, 2:1413, 5:3599, 
3605 
Ions, 3:2356—2359, 4:2504 
Iosprene, 3:2196 
Iowa prairies, 5:3462 
IPM (Integrated pest management), 
3:1842, 2303, 2314-2317, 2315, 
4:3119 
iPod, 2:1331, 4:3270, 3270, 5:3413 
Ipomoea batatas. See Sweet potatoes 
Ipswhich sparrows, 5:4050 
IQ. See Intelligence quotient 
Iran 
geography, 1:338 
nuclear weapons, 4:3022, 
3038-3039 
Iran-Iraq War (1981-1987) 
chemical warfare, 2:885, 886, 
4:2948-2949, 6:4664 
oil spills, 4:3084 
Iraq 
geography, 1:338-339 
invasion, 4:3084 
sarin gas, 5:3787 
IRAS (Infrared Astronomical 
Satellite), 3:2294, 6:4318 
Trediparra gallinacea. See Lotus-birds 
Ireland 
geology, 2:1644 
potato famine, 1:643, 4:2991, 3376, 
5:3458, 6:4469 
Trena puella. See Blue-backed fairy- 
bluebirds 
Iridaceae. See Iris family 
Iridium, 2:1527, 3:1679, 2399, 5:3471 
Iridium-192, 5:3620 
Tridoprocne bicolor. See Tree swallows 
Iris (eye), 3:1685 
Tris spp. See True irises 
Iris family, 3:2360—2362, 2361 
Tris florentina. See Orris 
Irish elk, 2:1252, 1254 
Irish moss, 1:126, 128, 676, 4:2856 
iRobot Packbot, 5:3743 
Iron, 3:2362-2365 
alloys, 1:147, 3:2364 
cast, 1:690-691 


core, 2:1419—1420 
corrosion, 2:1147 
dietary, 1:717, 4:3058, 6:4401 
discovery, 2:1526 
Earth’s crust, 2:1525 
etching plates, 2:1592 
formation, 1:645, 2:1536, 4:3012 
galvanized, 1:227 
hard water, 3:2060—2061 
hemoglobin, 3:2102 
ligands, 4:2511 
manufacturing history, 3:2278, 
2363, 5:4139-4140 
meteorites, 4:2736 
mole of, 4:2811 
Mossbauer effect, 4:2857—2858 
ores, 1:411, 3:2363, 5:4141 
pig, 3:2362, 2363, 5:4140 
production, 4:3156 
recycling, 5:4146 
sources, 1:72, 3:2362—2363 
thermocouple monitors, 6:4351 
wrought, 5:4139 
Iron Age, 3:2058, 2363, 5:4139 
Iron chloride, 3:2364 
Iron close-packed hexagonal crystals, 
4:2714 
Iron-deficiency anemia, 1:209-210, 
3:2364 
Iron-face-centered crystals, 4:2714 
Iron lung, 5:3422, 3696 
Iron oxide, 3:2364-2365, 
4:2633-2634, 5:4141 
Iron pyrite, 3:2363 
Iron sulfide, 4:2805 
Iron supplements, 1:717, 4:3058 
Ironbarks, 4:2913 
Ironwood, 6:4713 
Irradiance, total solar, 6:4392—4395 
Irradiation 
food, 3:1773-1775, 1774 
water treatment, 6:4652 
Irrational numbers, 1:304, 3:2365 
approximation, 1:276 
infinity, 3:2288—2289 
to rational numbers, 5:3639-3641 
transcendental numbers, 6:4412 
Irregular bones, 5:3940 
Irregular galaxies, 3:1847 
Irrigation, 3:2365—2368 
aqueducts, 1:278 
desertification, 2:1296, 1297 
drip, 3:2366, 2367-2368, 6:4644 
global warming, 3:2014—2015 
history, 1:81, 3:2366 
subsidence from, 6:4206 
subsurface, 6:4644 
water conservation, 6:4644 
Irruptive migration, 4:2766 
Irruptive populations, 3:2490, 6:4701 
Irwin, Steve, 5:3646 
Irza coquereli. See Microcebus rufus 
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Isaacs, Alick, 3:2325 
Isarithmic maps, 1:798 
ISBN (International Standard Book 
Number), 1:463 
ISCN (International System for 
Human Cytogenetic 
Nomenclature), 3:2408 
ISDB (Integrated Services Digital 
Broadcasting), 6:4567 
Ishihara test, 2:1010 
Ishtar Terra, 6:4561 
Ising, Ernest, 4:2602 
Islamic culture 
contraception, 2:1116-1117 
dentistry, 2:1275 
surgery, 6:4243 
Island arcs, 2:1637, 3:2370, 4:2872, 
3009, 3013-3014 
Island communities (biological), 
5:3463 
Islands, 3:2368—2373 
Africa, 1:70 
barrier, 1:477—480, 478, 479, 2:974, 
1264, 3:2369, 5:3761 
climatic, 4:2874 
continental, 3:2369 
coral, 3:2369, 2371 
divergent evolution, 3:1656 
endemic species, 2:1569—1570, 
3:2368-2369, 2371, 2372 
Europe, 2:1637 
evolution on, 2:1033—-1034 
formation, 3:2370-2371 
oceanic, 3:2370—2371 
subantarctic, 1:231 
volcanic, 2:1104, 1134, 5:3393 
Isle Royale, Michigan, 2:1254 
Islets of Langerhans, 2:1328, 1574, 
3:1959, 2309 
ISO (Infrared Space Observatory), 
3:2294 
ISO (International Standards 
Organization), 2:1061 
Iso-butane, 1:703-705 
Isoamyl phenylacetate, 2:1626 
Isoantibodies, 3:2373 
Isobars, 3:2373-2374, 6:4676 
Isobutyl group, 1:140 
Isocitrate, 3:2423-2424 
Isoetacae, 4:2561 
Isoetes spp. See Quillworts 
Isoetes braunni. See Braun’s 
quillworts 
Isoetidae, 4:2560, 2561 
Isokinetic exercise, 3:1671 
Isolated, confined environments, 
1:578-579 
Isolation, 5:3881 
Isomerases, 2:1606 
Isomers, 3:2374—2375, 4:3300, 5:4165, 
4166 


Isometric exercise, 3:1671 
Isomorphisms, 3:2020 
Isopentane, 4:3243 
Isopentyl group, 4:3243 
Isopleths, 1:798 
Isopropanol. See Rubbing alcohol 
Isopropyl alcohol. See Rubbing 
alcohol 
Isopropyl carbanilate, 5:3510 
Isopropyl group, 1:140 
Isoptera, 6:4331 
Isoquinoline alkaloids, 3:1977 
Isosceles triangles, 6:4440 
Isostasy, 3:2375-2377, 2376, 4:2872 
Isotonic exercise, 3:1671 
Isotope analysis, 3:2379-2380 
Isotopes, 1:400, 3:2377—2379 
atomic weight, 1:394, 397-398 
carbon, 1:398, 3:2377 
chemical elements, 2:1524—-1525 
discovery, 1:394, 3:2378 
geochemical analysis, 3:1917 
hydrogen, 1:392, 394, 398, 3:2203, 
2378 
mass number, 4:2649 
mass spectrometry, 4:2653 
nitrogen, 4:2995 
oxygen, 1:397—-398 
See also Radioisotopes 
Isotretinoin, 1:29 
Isotropic composites, 2:1044 
ISP. See Internet service providers 
Israel, 1:339, 2:1292 
Isthmus, 3:2380 
Istiophoridae, 4:2626, 6:4261 
Istiophorus spp. See Sailfish 
Italian Space Agency, 1:805 
Italic print, 5:3493 
Italy 
canals, 1:740 
cogeneration, 2:994 
dioxin accident, 2:1342 
energy efficiency, 2:1587 
International Space Station, 
3:2331 
peninsula, 4:3242 
Item analysis, 5:3538 
Iteration, 1:276 
Ithaginus cruentus, 6:4402 
Ithonid lacewings, 3:2429 
Ithonidae. See Ithonid lacewings 
Itraconazole, 1:144 
iTunes, 4:3270 
IUCN. See World Conservation 
Union 
IUD (Intrauterine devices), 2:1118 
IUPAC. See International Union of 
Pure and Applied Chemistry 
Ives, Frederick E., 4:3311 
Ivory, 2:1541-1542 
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Ivory-billed woodpeckers, 2:1567, 
6:4715, 4716, 4717 

Ivory gulls, 3:2032 

Ivy, Boston, 3:1989 

Ixobrychus spp. See Least bitterns 

Ixobrychus exilis. See Least bitterns 

Ixobrychus minutus. See Little bitterns 

Ixobrychus sinensis. See Chinese little 
bitterns 

Ixodes spp., 4:2562 

Ixodes scapularis, 4:2563 

Ixoreus naevius. See Varied thrushes 

IXTOC-1 oil well, 4:3083 
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J002E3 asteroid, 4:2936 

Jabiru, 5:4176 

Jabiru mycteria. See Jabiru 

Jablochkoff, Pavel, 1:283 

Jaboulay, Mathieu, 3:2221 

Jacana jacana. See Wattled jacanas 

Jacana spinosa. See Northern jacanas 

Jacanas, 3:2383, 5:3912, 6:4647 

Jacanidae. See Jacanas 

Jack-in-the-pulpit, 1:332, 332, 333 

Jack pines, 3:1797, 4:3343, 5:3486, 
3709, 6:4699 

Jackal buzzards, 3:2064 

Jackals, 1:752 

Jackal’s berry ebony, 2:1433 

Jackasses, 1:346 

Jackdaws, 2:1195 

Jackfish. See Northern pike 

Jackfruit, 4:2877 

Jackrabbits, 3:2432, 2433 

Jacks (fish), 3:2383-2384 

Jackson, Charles T., 6:4244 

Jacksonian seizures, 2:1612 

Jacob, Francois, 4:2746 

Jacob, Maurice, 5:3570, 6:4197 

Jacob’s ladder, 4:3289 

Jacobson’s organ, 1:817, 4:3288, 
5:3964, 3971 

Jacquard, Joseph, 2:1056 

Jacquet-Droz, Henri-Louis, 5:3740 

Jacquet-Droz, Pierre, 5:3740 

Jaculus spp. See Desert jerboas 

Jaculus jaculus. See Greater Egyptian 
jerboas 

Jaegers, 5:3943 

Jaguars, 1:815, 816 

Jaguarundi, 1:817 

Jakkalsbessie ebony, 2:1433 

Jakob, Alfons Maria, 2:1174 

James, A. T., 2:926, 1534 

James, Edwin, 2:1598—1599 

James, William, 4:2677, 2878, 5:3534 
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James Webb Space Telescope 
(JWST), 3:2173, 5:4028 
James’s flamingos, 3:1738 
Jamestown, Virginia, 1:290 
JAN (Japanese Article Number), 
1:462 
Janet, Pierre Marie Felix, 4:2878 
Jannasch, Holger, 3:2214 
Janney, Eli Hamilton, 6:4406 
Jansen, Zacharias, 4:2751, 2754 
Janskey, Karl, 1:361, 5:3571, 3601 
Janssen, Pierre, 5:3635—3636 
Japan 
abacus, 1:2-3 
ASCII, 1:173 
atomic bomb, 4:3021, 3039, 3041, 
6:4663 
biological warfare, 1:557 
contraception, 2:1116 
earthquake-resistant buildings, 
2:1424 
earthquakes, 2:1426 
energy efficiency, 2:1587 
geography, 1:340 
high-speed trains, 6:4407 
lacquering techniques, 1:804 
magnetic levitation vehicles, 
4:2594 
monsoons, 4:2843—2844 
natural gas, 4:2928 
nori, 1:128 
rice, 5:3726 
silk, 4:2924-2925 
solar power, 1:155 
Japanese Aerospace Exploration 
Agency (JAXA) 
International Space Station, 
3:2331 
Lunar-A mission, 4:2847 
manned spacecraft, 5:4042 
Mercury mission, 4:2703 
moon mission, 4:2847 
radio astronomy, 5:3604 
Solar-B, 5:3997 
space probes, 5:4033 
Venus missions, 6:4564 
Japanese Article Number (JAN), 
1:462 
Japanese beetles, 3:2353 
Japanese cedars, 5:3867 
Japanese chestnuts, 2:891 
Japanese cranes, 2:1170 
Japanese dormice, 2:1373 
Japanese eels, 6:4463 
Japanese encephalitis, 2:1564 
Japanese globe fish, 5:3416-3417 
Japanese martens, 4:2645 
Japanese mat rushes. See Soft rushes 
Japanese monkeys, 4:2571 
Japanese pheasants, 4:3283 
Japanese robins, 5:3736 
Japanese sparrowhawks, 3:2065 
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Japanese yews, 4:3324, 6:4741 
Jarvik artificial heart, 1:324, 325 
JASON Project, 6:4517 
Jaundice, 3:2384—2386, 5:3715, 3922 
Java (computer language), 
2:1061—-1062 
Java finches, 6:4658 
Java man, 3:2180 
Java weasels, 6:4669 
Javan ferret badgers, 1:451 
Javan mynahs, 4:2910 
Javan pigs, 4:3337 
Javan rhinoceros, 5:3721 
JavaScript, 3:2338 
Javelinas. See Collared peccaries 
Jawless fish, 4:3180—-3181, 3/8/ 
JAXA (Japanese Aerospace 
Exploration Agency), 4:2847, 5:3604 
Jays, 2:1194, 1194-1196, 4:2766 
The Jazz Singer (movie), 4:2863 
Jeanneret, Charles-Edouard, 1:692 
Jeans, James, 5:4113 
Jefferson, Thomas 
archaeology, 1:294 
contour plowing, 2:1114 
excavation methods, 3:1662 
grafts, 3:1984 
plant breeding, 4:3372 
plow, 1:81-82 
property rights, 2:1598 
stratigraphy, 5:4181 
Jeffersonia diphylla. See Twin-leaf 
Jeffreys, Alec, 2:1357, 1358 
Jeffreys, Harold, 2:1107 
Jeffries, Alex, 4:3228 
Jeffries, John, 1:370 
Jejunum, 2:1326 
Jellyfish, 1:684, 3:2386, 2386-2387 
Jenkins, Charles Francis, 6:4320 
Jenner, Edward, 1:250, 2:894-895, 
3:2246, 2254, 5:3960 
Jensen, Nicolas, 5:3493 
Jerboa marsupial mice, 4:2643 
Jerboas, 3:2387, 4:2741 
Jersey cows, 4:2538 
Jerusalem artichokes, 2:1040, 6:4557 
Jervis, John Bloomfield, 6:4404-4405 
Jesuit bark. See Cinchona bark 
Jesus bugs. See Water scorpions 
Jet engines, 1:104-105, 3:2387-2390, 
2388, 6:4484 
Jet lag, 5:3948-3949, 3953 
Jet stream, 2:1413, 3:2390—2391, 239] 
cyclones and anticyclones, 2:1222 
discovery, 4:2732 
El Nino, La Nina and, 2:1458 
monsoons, 4:2843 
wind shear, 6:4708 
Jetties, 5:3914 
Jewfish, giant, 1:483 


Jewitt, David, 3:2047 
JFET (Junction FET), 2:1516 
Jianlun, Liu, 5:3879 
Jib cranes, 2:1169 
Jig boring machines, 4:2577—2578 
Jimson weed, 1:137, 4:2991-2992 
Jirds. See Mongolian gerbils 
Joan of Arc, 5:3745 
Job’s tears, 3:1995, 5:3857 
Johannsen, Wilhelm, 3:1875, 1913, 
4:2685 
Johanson, Donald, 3:2179 
John dories, 2:1372 
Johnson, Harold Lester, 5:4155 
Joint Photographic Experts Group 
(JPEG), 6:4570 
Joint replacement, 4:3130, 3131, 
5:3511, 3512, 3513-3514 
Joints 
anatomy, 1:312-313, 5:3935-3936 
arthroscopic surgery, 1:315-317 
expansion, 6:4345 
Joints (geology), 3:2450 
Joliet-Curie, Frédéric, 1:151 
Joliet-Curie, Irene, 1:151, 385 
Jolson, Al, 4:2863 
Jominy test, 5:4144 
Jones, Frederick McKinley, 5:3662 
Jones, Kenneth Lyons, 3:1711 
Jordan (country), 1:339 
Jorgenson, Christine, 5:3889 
Josephson, Brian David, 6:4235 
Josephson junction, 6:4235, 4236 
Joshua tree, 1:/70 
Joule, James, 1:735, 2:1200, 1579, 
3:2089, 6:4351 
Joule-Thompson effect, 2:1199, 1200 
Joules, 2:1579, 6:4719 
Journals, scientific, 1:559 
JPEG (Joint Photographic Experts 
Group), 6:4570 
Juan Fernandez fur seals, 2:1566 
Juan Fernandez Island, 2:1570 
Judaism, 2:1116 
Juglandaceae. See Walnut family 
Juglans spp. See Walnuts 
Juglans californica. See California 
walnuts 
Juglans cinerea. See Butternet 
Juglans hindsii. See Hinds walnuts 
Juglans major. See Arizona walnuts 
Juglans microcarpa. See Little walnuts 
Juglans nigra. See Black walnuts 
Juglans regia. See English walnuts 
Juice, citrus, 2:954 
Julian day calendars, 1:732 
Jumping bristletails, 1:667 
Jumping mice, 4:2741 
Juncaceae, 5:3765 
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Juncaginaceae. See Arrowgrass 
Junco hyemalis. See Dark-eyed juncos 
Junction FET (JFET), 2:1516 
Juncus spp. See Rushes 
Juncus balticus. See Baltic rushes 
Juncus bufonius. See Toad rushes 
Juncus effusus. See Soft rushes 
Juncus squarrosus. See Wicker rushes 
Juncus tenuis. See Path rushes 
Junginae. See Wrynecks 
Junin grebes, 3:2010 
Junin virus, 3:2107 
Junipers, 2:1085, 3:2392, 5:3768 
Juniperus spp. See Junipers 
Juniperus virginiana. See Eastern red 
cedar 
Juno (spacecraft), 3:2394 
Jupiter, 3:2392-2398, 2393, 2394 
atmosphere, 3:2392, 2395, 
4:3352-3353, 3355-3356, 
5:3790 
Cassini spacecraft, 1:806 
celestial mechanics, 1:833 
composition, 5:4003 
formation, 5:4005 
Galileo project, 1:806, 
3:1849-1851, 2392, 2394 
Great Red Spot, 3:2392, 2395, 
4:3355 
moons, 3:2097, 2395, 2395-2397, 
5:3789 
radiation belts, 6:4546 
radio astronomy studies, 5:3602 
ring system, 3:2397, 4:3363, 3364 
three-body problem, 1:834 
tidal effects, 1:833 
Voyager spacecraft, 3:2392-2494, 
6:4618-4619 
Jupiter masses (stars), 1:671 
Jura Mountains, 2:1644 
Jurassic Park (movie), 2:1338 
Jurassic period, 5:4094 
Jurine, Charles, 1:488 
Just-in-time manufacturing, 4:2652 
Justinian (Emperor), 4:2925 
JWST (James Webb Space 
Telescope), 3:2173, 5:4028 
Jynx ruficollis. See African wrynecks 
Jynx torquilla. See European 
wrynecks 


Tk 


K-12 strain, 2:1625 
K-capture, 1:35 
K-T event, 3:2399-2400 
impact craters, 3:2399—2400, 
4:2648, 2792 
mass extinction, 3:1678—1680, 
2399-2400, 4:2647, 3184 


Kaibab squirrels. See Tassel-eared 
squirrels 
Kakapos. See Owl parrots 
Kakas, 4:3216 
Kale, 4:2898 
Kalmia latifolia. See Mountain laurel 
Kalotermitidae, 6:4331 
Kamchatkan marmots, 4:2631 
Kanellopoulos, Kanellos, 1:106 
Kangaroo rats, 3:2400, 2400-2401, 
4:3004 
Kangaroos, 1:512, 3:2401-2404, 2402, 
4:2644 
Kanner, Leo, 1:412, 413 
Kant, Immanuel, 3:2100, 5:4003 
Kao, Charles, 3:1715 
Kaolinite, 6:4680 
Kaons, 6:4197, 4200 
Kapok tree, 5:3929 
Kaposi’s sarcoma, 3:2326 
Kappa float glass, 3:1961 
Karelian mountains, 2:1640 
Karst topography, 1:826, 
3:2404-2406, 2405, 5:3930 
Karyotype, 2:935, 935, 3:2406, 
2406-2408, 2407 
chromosomal abnormalities, 2:929 
fetal, 2:924-925 
Karyotype analysis, 3:1891, 2406, 
2406-2408, 2407 
Kasmir goats, 4:2538 
Kastle-Meyer color test, 5:3869 
Katabatic winds, 5:3837 
Katyn Forest Massacre, 3:1937 
Katz, Bernard, 1:16-17 
Kauai akailoa, 3:2149 
Kay, John, 3:2278 
Keas, 4:3215, 3216 
Keck telescope, 1:362, 671, 6:4318 
Keeler, James Edward, 4:3363 
Keen, William Williams, 4:2964 
Keesom forces, 6:4547 
Keilin, David, 2:1229 
Kekulé, August, 1:519, 2:877, 4:3285 
Kekulé resonance structures, 4:3285, 
3285 
Kelin, Felix, 6:4386 
Kelly, William, 5:4140 
Kelp, 1:126 
classification, 5:3525 
giant, 1:126, 128, 3:2408—2409, 
2413, 5:3527 
Kelp forests, 1:127, 3:2408-2409 
Kelpfish, 1:614 
Kelvin, Lord. See Thomson, William 
Kelvin degrees, 1:5 
Kelvin-Planck statement, 6:4355 
Kelvin scale, 2:1198, 4:2740, 6:4325, 
4355, 4358 
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Kempelen, Wolfgang von, 
6:4272-4273 
Kempner, Walter, 3:2221 
Kemp’s ridley sea turtles, 6:4491 
Kendall, Edward, 3:2249 
Kennedy, J. W., 2:1533, 1534 
Kennedy, John F., 1:49, 2:1572, 
6:4515 
Kennedy Space Center, 2:1421 
Kennewick Man, 1:289-290 
Kentucky blind fish, 1:828 
Kentucky blue grass, 3:1992, 5:3710 
Kenya, 2:1384, 6:4335 
Kepler, Johnnes 
calculus, 1:726 
comets, 2:1024 
crystals, 2:1204 
curves, 2:1215 
geocentric theory, 3:1916-1917 
heliocentric theory, 3:2097—2099 
Kepler’s laws, 3:2409-2412 
laws of motion, 3:2410, 4:2977 
light, 4:2513 
orbits, 4:3106 
physics history, 4:3328 
planetary orbits, 1:360, 836, 2:1151 
planetary rotation, 5:3762 
projective geometry, 5:3504 
scientific method, 5:3819 
star’s orbital motion, 1:530—531 
third law of, 1:359 
Kepler (spacecraft), 3:1682, 4:3350, 
3357 


Kepler’s laws, 1:360-361, 
3:2409-2412 
celestial mechanics, 1:831 
heliocentric theory, 3:2098-2099 
star’s orbital motion, 1:530—531 
Kepler’s second law of motion. See 
Laws of motion 
Keratectomy 
photoreactive, 5:3586 
photorefractive, 3:2459-2460 
Keratin, 3:2317, 2318, 4:2922 
Keratitis, 1:186 
Keratoconus, 1:615 
Keratotomy, radial, 5:3585, 
3585-3587 
Kerogen, 3:1918 
Kerosene, 4:3276 
Kerr, Warwick, 1:508 
Kerria spp., 5:3760 
Kestrels, 3:1688, 1689, 5:3634 
Ketoconazole, 1:144 
Ketones, 1:776 
Kettlewekk, H. B. D., 3:1651 
Ketupa flavipes. See Tawny fish-owls 
Kevlar, 5:3441 
Kew barometers, 1:474 
Kew primroses, 5:3492 
Key deer, 2:1255 
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Key-hole limpets, 4:2523 

Keys, 4:2545-2546 

“Keys” (algorithms), 2:1203, 1251 

Keystone (engineering), 3:2412 

Keystone species, 3:2412—2413 

Keystroke recorders, computer, 
2:1059-1060 

Khaya senegalensis. See African 
mahogany 

Khayyam, Omar, 4:3006 

Khorana, Har G., 2:988—-989 

al-Khowarizmi, 1:129, 130, 132, 
5:4013 

Khurs, 1:346 

Kiangs, 1:346 

Kibunae, Ikeda, 4:2840 

Kidney dialysis. See Dialysis 

Kidney failure, 3:1669, 2223, 5:3922 

Kidney stones, 4:2533—2534, 6:4507, 
4538 

Kidney transplantation, 3:1669, 
6:4427, 4428 

Kidneys, 1:685, 3:1668 

Kiel Canal, 1:741 

Kilauea, 6:4612 

Kilby, Jack, 3:2312—2313, 4:2749 

Kilimanjaro, 1:67—70, 69 

Killdeer, 5:3402 

Killer whales, 1:233, 2:863-864, 866 

Killifish, 1:652, 3:2413-2416 

Kilns, brick, 1:662 

Kilograms, 4:2739 

Kilojoules, 1:636 

Kilomoles, 6:4354 

Kimberley diamond mine, 1:70 

Kimberley Process Certification 
Scheme, 2:1311, 1312 

Kimberlite pipes, 1:71 

Kinetic apraxia, 1:277 

Kinetic energy, 2:883, 1471, 1481, 
1579, 1580, 1582 

Kinetic theory of gases, 3:1863-1864, 
5:3487-3488 

King, Clarence, 2:1088 

King boletes, 4:2893 

King cobras, 2:1463 

King-crow drongos, 2:1381 

King eiders, 2:1389 

King mackerels, 4:2587, 2588 

King penguins, 4:3241 

King rails, 5:3624 

King snakes, 5:3969-3970 

King vultures, 2:1076, 6:4623 

Kingbirds, 6:4499 

Kingdoms (taxonomy), 6:4296-4297 

Kingfishers, 3:2416-2417, 2417 

Kinglet calyptura, 2:1156 

Kinglets, 3:2417-2418, 6:4634 

Kingsnakes, 2:1463 
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Kinosternidae, 6:4492 
Kinosternon subrubum. See American 
mud turtles 
Kircher, Athanasius, 4:2861—2862 
Kirchhof, Gottlieb Sigismund 
Constantin, 1:807 
Kirchoff, Gustav Robert, 1:134, 612, 
3:1735, 5:4056 
Kirchoff’s law, 1:612 
Kirk’s dik-diks, 2:1333, 1333 
Kirkwood, Daniel, 1:832, 
4:2788-2789 
Kirkwood’s gaps, 1:832, 4:2788-2789, 
5:3792-3793 
Kirtland’s warblers, 1:612, 3:1797, 
5:3486, 3709, 6:4699 
Kiskadee flycatchers, 6:4499 
Kit foxes, 1:751, 3:1656 
Kitaasaato, Shibasaburo, 3:2248 
Kitchell, James, 3:1771, 1773 
Kites (atmospheric observation), 
1:370 
Kites (birds), 3:2065—2066 
Kites (geometry), 3:1931 
Kittens, robotic, 1:420 
Kittiwakes, 3:2032 
Kitty Hawk, North Carolina, 1:103 
Kiwis, 3:1746-1747, 1749-1750 
Klamath weed, 3:2118 
Klaproth, Martin Heinrich, 6:4378, 
4528 
Klebsielleae, 2:1593 
Klein Bottles, 6:4386, 4387 
Kleine-Levin syndrome, 5:3951 
Kleist, Ewald von, 2:1522 
Kleitman, Nathaniel, 5:3949 
Klinefelter syndrome, 2:930, 4:2675, 
5:3891 
Klipspringers, 2:1396—-1397 
Klitzing, Klaus von, 3:2045 
Klystrons, 2:1518 
Knee replacement, 5:35/3, 3514 
Knee surgery, 1:316 
Knife, Leksell gamma, 4:2966 
Knight, Thomas Andrew, 3:1984, 
4:3371, 3372 
Knight anoles, 1:228 
Knitting, 6:4340-4341 
Knives, 3:2058 
Knobcone pines, 4:3343, 6:4699 
Knock, engine, 3:2198, 2472, 5:3977 
Knop, Wilhelm, 3:2213 
Knossos, 2:1426 
Knotting, 6:4341 
Knowledge 
indigenous, 2:1632 
information processing, 4:2680 
intelligence, 1:326-327 
semantic memory, 4:2679-2680 
Knowledge base, 1:327, 328, 330 


Knudson, Alfred, 1:743 
Koalas, 3:2418, 2418-2419 
Kob, 1:238 
Kobe, Japan, 2:1426, 3:1697 
Kobus ellipsiprymnus defassa. See 
Defassa waterbucks 
Kobus ellipsiprymnus ellipsiprymnus. 
See Common waterbucks 
Koch, Neils Fabian Helge von, 
3:1809 
Koch, Robert 
anthrax, 1:240, 444-445 
germ theory, 1:559, 3:1940, 
1941-1942, 4:3231 
tuberculosis, 6:4470 
Koch’s postulates, 1:444—-445, 
3:1941-1942, 5:3880 
Kodak Cameras, 4:3312 
Kodiak bears, 1:496, 497 
Koehler, Arthur, 6:4731 
Koffka, Kurt, 4:3249, 5:3535 
Kohler, George, 1:250 
Kohler, Wolfgang, 3:2477, 4:3249, 
5:3535 
Kohleria spp., 3:1944 
Kohlrabi, 4:2898 
Kola, 3:2420 
Kolff, Willem, 1:325, 2:1309-1310 
Kolliker, Albert von, 2:1489 
Komarov, V. M., 5:4043 
Komodo dragons, 2:1254, 4:2833, 
2834, 2834 
Kon Tiki (Heyerdahl), 5:3929 
Kongoni hartebeests. See Coke’s 
hartebeests 
Kookaburra, laughing, 3:2416, 2417 
Koplik spots, 2:896 
K6ppen, Wladimir, 3:1962 
Korea 
geography, 1:340-341 
printing, 5:3492—3493 
Kori bustards, 1:697, 698 
Korsakoff’s syndrome, 1:183, 2:1269, 
3:2420-2422 
Koshland, Daniel, Jr., 2:1605 
Kosmos 122, 1:371 
Kossel, Albrecht, 2:1051 
Kossel, Walthier, 2:877 
Koto, Bunjiro, 3:1694-1695 
Koupreys, 1:820, 823-824 
Kowal, Charles T., 4:2789 
Kraeplin, Emil, 5:3531 
Kraft paper, 4:3197, 3198 
Kraits, 2:1461-1464 
Krakatau, 6:4614 
Kramer, Gustav, 1:554 
Kramp, Christian, 3:1688 
Kras, Slovenia, 3:2404-2405 
Kratschmer, W., 1:680, 681 
Krebs, Hans, 2:1604, 3:2422 
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Krebs cycle, 3:2422-2424 
aerobic oxidation, 1:58 
anabolism in, 1:195 
catabolism in, 1:807 
cellular respiration, 1:851—852, 
5:3693, 3694-3695 
citric acid, 2:953 
cytochromes, 1:58, 2:1229 
enzymes, 2:1604 
metabolism, 4:2711, 2712-2713 
Krill, 2:863 
Kristall module, 4:2795 
Kronecker, Leopold, 4:2931 
Kroénig, August K., 3:2089 
Krueger, Myron, 6:4582 
Krumm, Charles L., 6:4304 
Krypton, 2:1530, 3:2265, 5:3635—3637 
Kryptoperterus bicirrhus. See Glass 
catfish 
Kudus, 1:238 
Kudzu, 3:2349, 2352, 2489 
Kuhn, Thomas, 5:3820 
Kihne, Willy, 1:808 
Kuiper, Gerard Peter, 3:2424, 4:2940, 
5:3795 
Kuiper belt objects, 3:2424-2427, 
4:2787 
atmosphere, 4:3356 
New Horizon mission, 
5:3402-3403, 3408, 3788-3789 
Kulans, 1:346 
Kurds, 5:3787 
Kuru, 2:1174, 1268, 3:2427-2428, 
5:3498 
Kurzweil, Raymond, 6:4273 
Kurzweil music synthesizer, 6:4272 
Kurzweil reading machines, 6:4273 
Kutta, Wilhelm, 1:60 
Kutta condition, 1:60 
Kuwae, 6:4613 
Kuwait, 1:338—-339 
Kvant module, 4:2795 
Kwashiorkor, 4:3057 
Kyoto Protocol, 2:1588, 1600, 3:1968, 
2015-2016 


in 


L-amino acids, 2:1238, 1604, 1605, 1606 
L-dopa. See Levodopa 

L-Gel, 2:1249-1250 
L-isoleucine, 4:2710 
L-threonine, 4:2710 

La biosphere (Vernadsky), 1:574 
LA Ice. See Methamphetamine 
La Nina, 2:1457-1459 

LabCD, 2:1032 

Labeyrie, Antoine, 3:2324 
Labia majora, 5:3685 


Labia minora, 5:3685 

Labidura bidens. See Striped earwigs 

Labidura minor. See Little earwigs 

Labor, division of, 1:344-345 

Laboratory electrical power supply, 
2:1485 

Laboratory tests, diagnostic, 
2:1307-1308 

Laborit, Henri, 5:3540 

Labrador ducks, 2:1389 

Labrador-tea, 3:2093 

Labrisomus nuchipinnis. See Hairy 
blennies 

Labyrinthic fish, 1:811—812 

Laccifer lacca. See Indian lac insects 

Lace, 6:4340 

Lace bugs, 6:4461 

Lace flowers, 5:3802 

Lacewings, 1:275, 3:2429, 6:4362 

Lachesis muta. See Bushmaster vipers 

Lachlan geosynclines, 1:409-410 

Lacquer trees, 1:803-804 

Lacquering, 1:803-804 

Lactate, 1:196-197, 3:1972 

Lactation, 3:1673 

Lactic acid, 1:777, 3:2429, 2429-2430 

Lactic acidosis, 3:2430 

Lactobacillus acidi lacti, 3:2430 

Lactobacillus bulgaris, 3:2430 

Lactoria spp., 1:648 

Lactose, 1:765, 3:2429—2430 

Lactose intolerance, 4:2706 

Lactuca sativa. See Cabbage lettuce 

Ladder-backed woodpeckers, 6:4717 

Ladies’ tresses, 4:3110 

Lady Amherst’s pheasants, 4:3283 

Lady-slippers, 4:3/08, 3109-3110 

Ladybird beetles. See Ladybugs 

Ladybugs, 1:275, 509, 512, 513 

Laetiporus sulphureus. See Sulphur 
shelf 

Laetrile, 1:157 

Lagenaria siceraria. See Bottle gourds 

Lager, 1:660 

Lagerstroemia indica. See Crepe 
myrtles 

Lagidium spp. See Mountain 
viscachas 

Lagomorpha. See Lagomorphs 

Lagomorphs, 3:243/, 2431-2434, 
2432, 5:3753 

Lagoons, 6:4652 

Lagorchestes asomatus. See Central 
hare wallabies 

Lagostomus maximus. See Plains 
viscachas 

Lagothrix spp., 4:2985—2986 

Lagothrix flavicauda. See Yellow- 
tailed woolly monkeys 
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Lagothrix lagothricha. See Common 
woolly monkeys 
Lagrange, Joseph-Louis, 1:360—361, 
834, 4:2790 
Lagrangian measurements, 2:1214 
Lagurus curtatus. See Sagebrush voles 
Lake, Simon, 6:4204 
Lake Baikal, 1:69 
Lake chubs, 6:4215 
Lake chubsuckers, 6:4215 
Lake Erie, 2:1646, 4:2671, 5:3431, 
6:4651 
Lake Kariba, 2:1243 
Lake Kivu, 1:69 
Lake Maracaibo, Venezuela, 
3:2190-2191, 5:4023 
Lake Nemi, 4:2933 
Lake Nyos, 1:772 
Lake sturgeons, 6:4195, 4195 
Lake Tanganyika, 1:69 
Lake trout, 3:2440 
Lake Victoria, 2:1567, 3:2350, 2353 
Lakes, 3:1819-1820, 2434-2438, 2435 
acidified, 1:19, 21-23, 100, 2:1387 
algae blooms, 1:129 
biomes, 1:568 
bioremediation, 1:573 
evaporation from, 2:1233 
high-altitude, 1:22 
mesotrophic, 3:2436 
oligotrophic, 2:1132, 1646, 3:2436 
phosphorus cycle, 4:3294—-3295 
photic zone, 4:3296-3298 
river sources, 5:3731 
saltwater, 5:3780 
sedimentary environment, 5:3850 
turnover, 3:2437 
watershed, 6:4654 4656 
See also Eutrophication; 
Freshwater ecosystems 
Laki volcanoes, 6:4613 
Lama glama. See Llamas 
Lama guanicoe. See Guanacos 
Lama pacos. See Alpacas 
Lamarck, Jean-Baptiste, 3:1651, 1905, 
2438 
Lamarckism, 3:2438 
Lamaze, Ferdinand, 1:596 
Lamaze method, 1:596 
Lamb, L., 1:680 
Lambda, 1:448, 6:4578 
Lambert, J. H., 3:2100, 2202, 4:3333 
Lambert Glacier, 1:231 
Lamellibranchia. See Bivalves 
Laminae (sediment), 5:4180 
Laminar composites, 2:1043 
Laminar flow, 1:59, 3:1757 
Laminaria spp. See Kelp 
Lammergeiers, 6:4624 
Lamniformes, 5:3904 
Lampblack, 1:766 


4875 


xapuy jesauay 


General Index 


Lampreys, 3:2352, 2438-2440, 2439 
Lamprididae, 4:3096 
Lampridiformes, 4:3096 
Lampris guttatus. See Opahs 
Lampropeltis triangulum. See Scarlet 
kingsnakes 
Lamprotornis caudatus. See Long- 
tailed glossy starlings 
Lamps 
arc, 1:282-284, 283, 2:1468 
carbon arc, 4:2864 
for color photography, 3:2266 
halide, 1:283 
induction, 3:1763 
mercury, 1:283 
tungsten-halogen, 3:2265 
Lampshells. See Brachiopods 
Lampyridae, 1:510 
LAN (Local area networks), 1:421, 
2:1058 
Lancefield, Rebecca Craighill, 
5:3718-3719 
Land and sea breezes, 3:2442—2443 
Land-based ecosystems. See 
Terrestrial ecosystems 
Land breezes, 3:2442—2443 
Land iguanas, 3:2243 
Land ownership, 2:1598 
Land reclamation, 1:718 
Land use, 3:2440-2442, 2441 
barrier islands, 1:477—478, 480 
biomass, 1:546 
coastal, 2:974-975 
desertification, 2:1297—1298 
endangered species and, 2:1564 
erosion from, 2:1622 
residential, 1:477-478, 480, 
2:974-975, 3:2440 
sedimentation from, 5:3849 
shoreline protection, 5:3913—3915 
soil conservation, 5:3993 
stream channel changes, 
5:4183-4184 
See also Sustainable development 
Landfills, 3:2443-2447, 2444, 6:4638 
biodegradable substances, 1:541 
capacity of, 5:3652 
hazardous waste, 3:2071 
vs. incineration, 3:2266 
methane, 1:156 
pollution control, 1:573 
Landforms, 3:2447-2450 
Landings, automatic pilot, 1:419 
Landmass formation, 2:1412 
Landmines, 3:2297 
Landouzy-Déjerine muscular dystro- 
phy, 4:2958 
Landrace sheep, 5:3909 
Landsat Program, 5:3678—3679 
Landscapes 
ecological, 2:1450, 1621 
photography, 4:3310 
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Landscaping. See Horticulture 
Landslides, 2:1424—-1425, 1621, 
4:2656, 5:3849 
Landsteiner, Karl, 1:623, 3:2249, 
5:3714, 3870, 6:4225 
Lane, John, 1:82 
Langer, Charles, 3:1831 
Langerhans, Paul, 3:2309 
Langevin, Paul, 5:4015 
Langmuir, Irving, 2:877, 4:2503, 
5:3382, 4121, 6:4542 
Language 
brain anatomy, 1:273, 274 
brain function, 1:655, 5:4083, 4084 
crows and jays, 2:1195 
dance, 1:507 
natural, 1:328—329 
sign, 1:271, 2:904, 5:4066 
See also Body language; Computer 
languages; Speech; Written 
language 
Language recognition center, 5:4068 
Langurs, 3:2450-2452, 2451, 5:3718 
Lanier, Jaron, 6:4582 
Laniidae. See Shrikes 
Lanius excubitor. See Northern 
shrikes 
Lanius ludovicianus. See Loggerhead 
shrikes 
Lanshoff, Peter, 5:3570, 6:4197 
Lantana spp., 6:4565 
Lantern fish, 3:2452 
Lanthanides, 2:1531, 3:2452-2455, 
4:2602 
Lanthanum, 3:2452—2453 
Laos, 1:341 
Laparoscopy, 2:1577 
Laparotomy, 2:1308 
Laplace, Pierre Simon de 
black holes, 1:608 
calorimetry, 1:735 
carbon dioxide, 1:772 
combustion, 2:1019 
cosmology, 2:1151 
heat, 3:2088 
planetary orbits, 1:360-361 
Lapland buttercups, 1:699 
Lapland longspur, 5:4051 
Lappet-faced vultures, 6:4624 
Lar gibbons, 3:1947 
Larches, 2:1085, 1192 
Large area telescope (LAT), 3:1856 
Large Binocular Telescope 
Observatory (LBTO), 1:534 
Large-eared tenrecs, 6:4329 
Large-flowered verbena, 6:4565 
Large frogmouths, 1:759 
Large Hadron Collider, 1:13, 608 
Large-headed anoles, 1:228 
Large intestines, 2:1326 
Large layered detectors, 4:3223—3224 


Large Magellanic cloud, 5:3549, 
6:4240, 4552 
Large milkweed bugs, 6:4461 
Large-mouth bass, 1:481 
Large numbers, law of, 5:3502 
Large-scale integration (LSD, 2:1516, 
1519, 3:2313 
Large-tooth sawfish, 5:3801 
Laridae, 3:2030, 5:3943 
Larinae. See Gulls 
Larissa (satellite), 4:2944 
Larix spp. See Larches 
Lark buntings, 5:4050 
Lark sparrows, 5:4050 
Larks, 3:2455 
Larmor frequency, 4:3028 
Larsen ice shelf, 3:2240 
Larsson, Borge, 4:2966 
Larus argentatus. See Herring gulls 
Larus atricilla. See Laughing gulls 
Larus californicus. See California 
gulls 
Larus delawarensis. See Ring-billed 
gulls 
Larus fuscus. See Lesser black-backed 
gulls 
Larus glaucescens. See Glaucous- 
winged gulls 
Larus marinus. See Black-backed gulls 
Larus occidentalis. See Western gulls 
Larus philadelphia. See Bonaparte’s 
gulls 
Larus pipixcan. See Franklin’s gulls 
Larvae 
beetles, 1:511-512 
cypris, 1:473 
metamorphosis, 4:2730 
moths, 4:2859, 2859 
Laryngitis, 3:2455-2456, 5:3706 
Larynx, 5:3703, 4066-4067 
Lasciocampidae, 4:2860 
Laser cooling, 2:1200-1201 
Laser diode spectrometry, 4:2759 
LAser in SItu Keratomileusis 
(LASIK), 5:3586-3587 
Laser-leveling equipment, 1:85 
Laser printers, 5:3496—3497 
Laser surgery, 3:2459—2460, 
2460-2464, 2461 
Laser vaporization, 3:1790 
Lasers, 3:2456-2460, 2457 
adaptive optical telescopes, 6:4316 
alternate light source analysis, 
1:152, 152-153 
cauterization, 1:825 
dental, 2:1278-1279 
femtosecond, 4:3298 
function, 4:3103-3104 
holography, 3:2144, 2145 
microtechnology, 4:2758 
monochromatic light, 4:2837 
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optical data storage, 4:3100-3101 
radar, 5:3584 
YAG, 6:4743 
LASIK (LAser in SItu 
Keratomileusis), 5:3586—3587 
Lasiorhinus krefftii. See Queensland 
wombats 
Lasiorhinus latifrons. See Southern 
hairy-nosed wombats 
Lasius niger, 1:267 
Lasix, 5:3686 
Lassell, William, 4:2938 
Lassell (satellite), 6:4531 
Last Theorem (Fermat), 4:3048-3049 
LAT (Large area telescope), 3:1856 
Late Triassic period, 4:3182 
Latency period, 5:3532 
Latent heat, 6:4451 
Lateral buds, 1:683 
Lateral gene transfer, 1:440, 448 
Lateral plane, 1:206 
Lateritic soil, 5:3946 
Laterization, 3:2470, 5:3946 
Latex, 5:3687, 4091, 4092, 4093, 
6:4620 
Lathes, 4:2576-2577 
Latimera chalumnae, 1:636, 2:990, 990 
Latimera menadoensis, 2:991 
Latin names. See Nomenclature 
Latinos. See Hispanics 
Latitude, 2:1420, 3:1922, 2464-2465, 
2465 
astrolabe measurements, 
1:355-356 
cartography, 1:799-800 
celestial, 1:830 
celestial sphere, 1:836—837, 837 
declinations, 5:4009 
galactic, 1:830 
horse, 1:373 
sextants, 5:3892—3893 
solar illumination patterns, 5:3998 
Latitude hooks, 5:3892 
Latitudinal migration, 4:2766 
Lattice, Bravais, 2:1205 
Latuca sativa. See Lettuce 
Laudanum, 1:46 
Laue, Max von, 2:1204, 6:4725, 4727 
Laue method, 6:4726 
Laughing gulls, 3:203/, 2032 
Laughing hyenas. See Spotted hyenas 
Laughing kookaburra, 3:2416, 2417 
Lauraceae. See Laurel family 
Laurasia, 2:1106, 7/07, 1108 
Laurel family, 3:2093, 2465-2467 
Laurent, Auguste, 4:3284-3285 
Laurus nobilis, 3:2465 
Laurussia, 2:1641—-1642 
Lauryl aldehyde, 1:123 
Lauterbur, Paul, 4:2599 


Lava, 3:2449, 4:2589-2590, 5:4099, 
6:4610 
Lava flows, 6:4610 
Lava tube caves, 1:826, 5:4099 
Lavandula officinalis. See Lavender 
Lavender, 4:2793 
Laveran, Alphonse, 4:2609 
Lavoisier, Antoine 
atomic theory, 1:390 
calorimetry, 1:735 
carbon dioxide, 1:772 
chemical elements, 2:1526 
combustion, 2:1019 
conservation of mass, 2:887 
conservation of matter, 4:2664 
diamonds, 2:1310 
elements, 4:2821 
heat, 3:2088 
hydrogen, 3:2202 
oxidation-reduction reaction, 
4:3153 
oxygen, 4:3158 
thermochemistry, 6:4347 
Law of conservation. See 
Conservation laws 
Law of contradiction, 5:3508 
Law of falling-bodies, 3:2003—2004 


Law of independent assortment, 2:939 


Law of large numbers, 5:3502 
Law of similars, 1:161—162 
Law of sines, 6:4442 
Law of superposition, 5:4181 
Law of the sea, 1:484 
Law of universal gravitation, 1:831 
Lawen, Arthur, 2:1211 
Lawes, John Bennett, 3:1710 
Lawn mowers, robotic, 5:3741 
Lawns, 3:1995-1996 
Lawrence, Ernest Orlando 
accelerators, 1:11, 12 
cyclotrons, 2:1224, 3:2379 
lawrencium, 2:1534 
transuranium elements, 2:1532 
Lawrence, Florence, 4:2863 
Lawrence Livermore National 
Laboratory, 4:3265, 5:3739 
Lawrencium, 1:35—36, 2:1534 
Laws and regulations 
air pollution, 5:3430 
antiquities, 1:296 
biological warfare, 6:4665 
chemical warfare, 6:4664 
cloning, 3:2176 
contaminated soil, 2:1098—-1099, 
1100 
contraception, 2:1117-1118 
DNA databases, 2:1357 
electric vehicles, 2:1476 


endangered species, 1:760, 2:1564, 


1565-1566, 1568-1570 
energy efficiency, 2:1587 
environmental, 2:1597, 1598 
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environmental impact statements, 
2:1600-1601 

genetic information, 3:2184 

genetically modified crops, 3:1901 

hazardous waste, 3:2068, 2069, 
2070-2071 

hemp, 3:2108—2109 

herbal medicine, 3:2115 

illegal wildlife trade, 6:4702-4703 

Internet, 3:2337, 2338, 2340 

invasive species, 3:2353 

marijuana, 4:2624-2625 

Marine Mammal Protection Act 
(1972), 2:1566, 5:3828, 3835 

metric system, 4:2738—2739 

motion pictures, 4:2863-2864 

narcotics, 4:2851 

noise pollution, 4:3004 

nuclear power, 4:3023 

nuclear weapons, 4:3043 

ozone, 4:3162 

pollution control, 5:3431 

quarantine, 5:3881 

radio, 5:3600 

recycling, 5:3648, 3649 

rehabilitation, 5:3662—3663 

sediment and sedimentation, 
5:3850 

sewage treatment, 5:3885—3886 

soil conservation, 5:3991, 3992 

water pollution, 6:4650, 4651 

weapons-grade plutonium & ura- 
nium, 6:4659-4660, 4661-4662 


Laws of inheritance, 1:579, 2:1280 


See also Mendelian genetics 


Laws of motion, 3:2467-2468 


acceleration, 1:7—8, 4:2977-2978 

action-reaction, 4:2979 

Coriolis effect, 1:197, 2:1137 

electromagnetic fields, 2:1502 

jet engines, 1:104 

Kepler’s, 3:2410, 4:2977 

mass, 3:2467-2468, 4:2646, 2977 

momentum, 4:2829 

net force, 3:1785 

Newton’s, 3:2467—2468, 
4:2977-2979, 6:4482 

turbines, 6:4482 

velocity, 3:2467, 4:2977-2979 

See also Motion 


Laws of thermodynamics 


biological communities, 1:553 
ecological pyramids, 2:1448-1449 
energy budgets, 2:1582—1583 
entropy, 2:1595, 1596 

first law, 6:4353-4354 

food webs, 2:1590 

heat, 3:2089 

metabolism, 4:2709 

second law, 6:4354-4355, 4357 


Lawson confinement parameter, 
4:3026 

Lawsone, 3:2109 

Lawsonia intermis. See Henna 
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Layering (propagation), 3:1829 
Laysan albatross, 1:111 
Lazy eye, 6:4599 
LBTO (Large Binocular Telescope 
Observatory), 1:534 
LC-836MN, 4:3268 
LCD (Liquid crystal displays), 2:1518, 
3:2468-2469, 2469, 4:2528, 6:4322 
LCR (Ligase change reaction), 3:1897 
LDL. See Low-density lipoproteins 
LDPE (Low-density polyethylene), 
5:3439 
Le Chatelier, Henry, 2:1618 
Le Chatelier’s principle, 1:684, 685 
Le Corbusier,. See Jeanneret, 
Charles-Edouard 
Le Verrier, Urbain Jean Joseph, 
4:2938, 3351 
Leach fields (sewage), 5:3885 
Leachate collection systems (landfill), 
3:2446, 6:4638 
Leaching, 3:2469-2470 
ores, 4:3114 
soil, 3:2151, 2366, 2469-2470, 
5:3988 
Leach’s storm petrels, 1:111 
Lead, 3:2470—2473 
air pollution, 5:3431 
alloys, 1:718, 3:2472 
bioaccumulation, 1:536 
Clean Air Act on, 1:99-100 
discovery, 2:1526, 3:2470-2471 
in gasoline, 1:100, 5:3431 
solder, 5:4007 
Lead-210, 5:3607 
Lead/acid batteries, 1:491, 493, 848, 
2:1475, 1477, 3:2472 
Lead oxide, 3:2471 
Lead poisoning, 2:1387, 3:2471, 
2472-2473, 5:3431, 6:4401 
Lead shot, 6:4258 
Lead sulfide, 3:2471 
Leaf. See Leaves 
Leaf beetles, 1:509 
Leaf buds. See Buds and budding 
Leaf bugs, 6:4460—4461 
Leaf fibers, 4:29241, 2927 
Leaf-footed bugs, 6:4461 
Leaf-monkeys, 3:2450—2452 
Leaf-toed geckos, 3:1869 
Leafcutter ants, 1:267, 268 
Leafcutting bees, 1:506 
Leafhoppers, 3:2476-2477, 5:3760 
Leafy liverworts, 1:675-676 
Leafy spurges, 5:4093 
Leakey, Louis, 2:903, 3:2179 
Leakey, Mary, 3:2179 
Leap second, 1:383 
Leap years, 1:730, 731, 732 
Learned behavior, 1:517 
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Learning, 3:2477-2478 
associative, 2:1074, 1076, 1289, 
3:2477, 4:2677-2678, 2681 
conditioning, 2:1076, 3:2477 
in fish, 3:2415 
instinct, 3:2307—2308 
nerve growth factor, 4:2950 
neurotransmitters in, 4:2969 
perception and, 4:3249 
reinforcement, 5:3666—3667 
sociobiology, 5:3975 
Learning disorders, 5:4074 
Least bitterns, 1:604—605, 
3:2123-2124 
Least chipmunks, 5:4098 
Least common denominators, 3:2478 
Least flycatchers, 6:4498, 4499 
Least grebes, 3:2009, 2011 
Least weasels, 6:4668 
Leatherback sea turtles, 6:4491, 4493 
Leavening agents, 1:165, 5:3455 
See also Yeast 
Leaves, 3:2473-2476, 2474, 4:3115 
composting, 5:3651 
metamorphosis, 4:2730 
Leavitt, Henrietta Swan, 1:525, 526, 
3:1845, 6:4551 
Lebanon 
deforestation, 2:1256 
geography, 1:339-340 
terracing, 6:4335 
Lebistes reticulatus. See Guppies 
LeBlanc, Nicholas, 5:3973, 3981, 4138 
LeBlanc process, 5:3981 
LeBlon, J. C., 2:1007 
Lechtman, Edward Sayre, 3:2379 
Lechtman, Heather, 3:2379 
Lecithin, 3:2478-2481, 2479, 2480 
Lecithin deficiency, 3:2480 
LeClanche, George, 1:492 
LeClanche cell, 1:491, 492 
LeConte’s sparrows, 5:4050 
LeConte’s thrashers, 4:2806 
Lederberg, Joshua, 4:2747 
Ledger, Charles, 5:3575 
LEDs (Light-emitting diodes), 2:1518, 
3:2481, 2481-2483, 2482 
Ledum groenlandicum. See Labrador- 
tea 
Lee, Tsung Dao, 4:3210 
Leeches, 5:3858, 3859 
Leeks, 6:4556 
Leeuwenhoek, Anton van 
bacteria, 1:439 
germ theory, 3:1940 
microscopes, 4:2751—2752, 2755 
parasites, 4:3204-3205 
plant diseases, 4:3376 
spontaneous generation, 5:4087 
Left handedness, 5:4083-4084, 6:4193 
Left-sided heart failure, 2:1455-1456 


Left ventricular assist device (LVAD), 
1:325 
Lefteye flounder, 3:1739 
Leghaemoglobin, 4:3002 
Legionella micdadei, 3:2483 
Legionella pneumophila, 3:2483, 2483, 
2484, 5:3411 
Legionnaire disease, 3:2483, 
2483-2485 
Legs 
anatomy, 5:3939 
artificial, 1:193, 194, 4:3130, 
5:3512-3513, 3513 
Legumes, 3:2486, 2486-2489 
edible, 5:3856, 6:4556 
green manure, 4:3118 
introduced species, 3:2348 
nitrogen fixation, 3:2486, 4:3000, 
3002, 5:3756 
prairie, 5:3461 
Leguminoseae. See Legumes 
Leibniz, Gottfried 
binomial theorem, 1:534 
calculators, 1:722 
calculus, 1:726, 2:1290 
fractals, 3:1809 
functions, 3:1833 
theory of limits, 4:2520 
topology, 6:4385 
transcendental numbers, 6:4412 
volume, 6:4616 
Leicester sheep, 5:3909 
Leiolopisma laterale. See Ground 
skinks 
Leiopelma spp., 3:1824 
Leiopelmatidae, 3:1824, 6:4380 
Leishmania spp., 4:3205 
Leishmaniasis, 6:4455, 4456 
Leistes militaris. See Red-breasted 
blackbirds 
Leith, E. N., 3:2144 
Leitz camera, 4:3309 
Leks, 6:4346-4347 
Leksell, Lars, 4:2966 
Leksell gamma knife, 4:2966 
Lemaireocereus spp. See Organ-pipe 
cactus 
Lemaireocereus weberi. See 
Candelobe cactus 
LeMaitre, Georges, 1:526—527, 
2:1151, 1153 
Lemma minor, 3:2271 
Lemmings, 3:2490, 4:2741, 6:4701 
Lemmon, Mark, 5:3795 
Lemmus lemmus. See Norway 
lemmings 
Lemmus sibiricus. See Brown 
lemmings 
Lemna spp. See Duckweeds 
Lemna minor, 2:1390 
Lemoine, Paul, 3:1711 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Lemon balm, 4:2793 
Lemon scent, 1:123 
Lemongrass, 3:1995 
Lemons, 2:956 
Lemur catta. See Ring-tailed lemurs 
Lemur fulvus. See Brown lemurs 
Lemur macaco. See Black lemurs 
Lemur mongoz. See Mongoose lemurs 
Lemuridae. See Typical lemurs 
Lemurs, 3:2132, 2490-2494, 2491, 
2492, 5:3510-3511 
See also Colugos 
Lenard, Phillip, 4:3304 
Lens displacement, 6:4600 
Lenses, 4:2495, 2495-2498, 2496 
compound, 4:2497 
eye abnormalities, 4:2622—2623 
eye anatomy, 3:1685 
gravitational, 3:2001—2002, 
5:3573, 3672 
microscopes, 4:2751, 2754 
Lenticular clouds, 2:967 
Lenz’s law, 2:1505, 4:2593 
Leo (constellation), 5:4106-4107 
Leonard, Frederick C., 3:2424 
Leonardo Da Vinci, 2:1402, 3:1935, 
4:2543-2544, 2738 
Leonid meteor shower, 4:2736 
Leonovy, Alexei, 5:4042 
Leontopithecus spp. See Lion 
tamarins 
Leontopithecus caissara. See Black- 
faced lion tamarins 
Leontopithecus chrysomelas. See 
Golden-headed tamarins 
Leontopithecus chrysopygus. See 
Golden-rumped lion tamarins 


Leontopithecus rosalia. See Golden 
lion tamarins 

Leopard frogs, 2:1552—1554, 3:1825, 
2126, 2174 

Leopard seals, 1:233 

Leopard-spotted gobies, 3:1976 

Leopards, 1:815, 816, 8/6 

Leopardus pardalis. See Ocelots 

Leopold, Aldo, 2:1599 

Lepidium sativum. See Garden cress 

Lepidoptera, 1:699, 4:2858, 6:4465 

Lepidoserin spp., 4:2558, 2559 

Lepidotrichidae, 1:667 

Lepilemur spp. See Sportive lemurs 

Lepilemuridae. See Sportive lemurs 

Lepiota spp. See Parasol mushrooms 


Lepisma saccharina. See Common 
silverfish 


Lepismatidae, 1:667 

Lepisosteidae, 3:1859 

Lepisosteus osseus. See Longnose gars 

Lepisosteus platostomus. See 
Shortnose gars 


Lepisosteus spatula. See Alligator gars 

Leporidae, 3:2431 

Lepromatous leprosy, 4:2499 

Leprosy, 4:2498, 2498-2500, 6:4342 

Lepsu californicus. See Black-tailed 
jackrabbits 

Leptailurus serval. See Servals 

Leptinotarsa decemlineata. See 
Colorado potato beetles 

Leptinus americanus, 1:512 

Leptinus aplodontiae, 1:512 

Leptinus testaceus, 1:512 

Leptinus validus, 1:512 

Leptocoris trivittatus. See Box-elder 
bugs 

Leptodactylidae. See Narrow-toed 
toads 

Leptodactylus labialis. See White- 
lipped toads 

Leptons, 1:262, 5:4073, 4102, 6:4199, 
4199t 

Leptoptilos spp. See Adjutant storks 

Leptoptilos dubius. See Greater 
adjutant storks 

Leptospermoideae, 4:2911 

Leptospermum spp., 4:2911, 2913 

Leptosporangiates, 3:1705 

Leptotyphlopidae. See Thread snakes 

Lepus americana. See Snowshoe hares 

Lepus arcticus. See Arctic hares 

Lepus europaeus. See European hares 

Lepus townsendii. See White-tailed 
jackrabbits 

Lesch-Nyhan disease, 3:1885 

Lesser anteaters, 1:238 

Lesser auks, 1:404 

Lesser bandicoot rats, 5:3643 

Lesser black-backed gulls, 3:2031 

Lesser bushbabies. See Senegal 
bushbabies 

Lesser earless lizards, 5:4053 

Lesser fairy armadillos, 1:305 

Lesser flamingos, 3:/737, 1738 

Lesser floricans, 1:698 

Lesser frigatebirds, 3:1822 

Lesser golden plovers, 5:3402 

Lesser goldfinches, 3:1731 

Lesser gymnures, 3:2095 

Lesser Himalayas, 3:2133-2134 

Lesser jacanas, 3:2383 

Lesser mouse lemurs, 3:2491 

Lesser nighthawks, 1:759, 3:1975 

Lesser prairie chickens, 5:3463-3464 

Lesser scaup, 2:1387, 1389 

Lesser sirens, 5:3772 

Lesser snow geese, 3:1872 

Lesser white-fronted geese, 3:1873 

Letterpress printing, 5:3494 

Letters, chain, 2:1070 
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Lettuce, 6:4556 
Leucippus, 4:3328 
Leucobalanus spp. See White oaks 
Leucobalanus densiflorus. See 
Tanoaks 
Leucophyx thula. See Snowy egrets 
Leucopsar rothschildi. See 
Rothschild’s mynahs 
Leucosolenia spp., 5:4086 
Leucostricte arctoa. See Rosy finches 
Leucotomy, limbic, 5:3542 
Leukemia, 1:137, 745, 4:2500—2502, 
2501 
causes, 1:779, 2:932, 4:2500 
hairy-cell, 3:2326, 4:2500, 2501 
myelogenous, 2:932, 4:2501 
plant-based drugs for, 1:543 
Leukemia & Lymphoma Society, 
4:2500 
Leukocytes. See White blood cells 
Leukotomy, 5:3541 
Leukotriene receptor antagonists, 
1:351 
Leuthocerus americanus, 6:4461—4462 
Levees, 2:1263, 1264 
Levels, 6:4249 
Leverrier, Urbain, 1:832, 5:3669 
Levers, 4:2584—2585, 2585 
Levies, 5:4184 
Levitation, magnetic, 4:2593-2595 
Levkov, Vladimir, 3:2167 
Levodopa, 2:1369, 4:3212-3213 
Levy, David, 3:2398 
Lewis, Gilbert N. 
acids, 1:26—-27 
chemical bonds, 2:877 
chemical compounds, 2:1051 
Lewis structure, 4:2503 
neutralization, 4:2970 
periodic table, 4:3260 
photons, 6:4196 
Lewis, Thomas, 2:1489 
Lewis bases, 2:1035—1036 
Lewis dot structure. See Lewis 
structure 
Lewis structure, 2:877, 3:1799, 
4:2502-2505, 2503, 3079 
Lewis thrust faults, 4:3011 
Lewis’s woodpeckers, 6:4717 
Leyden jar, 2:1522 
Leydig cells, 5:3679, 3681, 3891 
Leyll, Charles, 5:4179 
LH. See Luteinizing hormone 
Li-Fraumeni syndrome, 1:744 
Liasis spp., 5:3555 
Libby, Willard Frank, 1:294, 3:2378, 
5:3607, 6:4444 
Libellulidae, 2:1380 
Liber Abaci (Bigollo), 3:1721 
Liber de Ludo Aleae (Cardano), 5:3499 
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Liberian Mano culture, 5:3546 
Liberian mongooses, 4:2832—2833 
Liberiictis kuhni. See Liberian 
mongooses 
Libido, 5:3545 
Librium. See Chlordiazepoxide 
Lice, 4:2505-2506, 2506 
disease transmission, 2:911, 6:4496 
parasitic, 4:3207 
wood, 2:1196-1197 
Lice plant. See Aphids 
Lichens, 1:25, 4:2506-2508 
Antarctica, 1:232 
rainforest, 5:3628 
reindeer, 1:676, 3:1841, 4:2507, 
2508 
symbiotic relationship, 1:127, 
3:1840-1841, 4:2506, 
6:4261-4262 
temperate rainforest, 5:3629 
Licorice, 3:2456, 2487 
Liebig, Justus von 
aldehydes, 1:122 
benzene, 4:3284 
carbohydrates, 1:765 
chloroform, 2:918 
isomers, 3:2374 
limiting factors, 4:2521 
mirrors, 4:2797 
Liepmann, Hugo, 1:277 
Life 
evolution of, 1:352—354, 2:879-881 
extraterrestrial, 1:352—-354, 4:2883, 
3357-3358, 5:3876-3878 
future of, 1:352-354 
Mars, 2:1414, 4:2635, 6:4573 
requirements for, 1:575 
spontaneous generation, 2:880, 
4:3124, 5:4087—4088 
See also Origin of life 
Life cycle, 4:2508 
Life expectancy, 1:76-77, 3:1943 
Life history, 4:2508-2509 
Life span, 1:77 
Lifestyle 
alternative medicine, 1:158—159 
energy conservation, 1:156—157 
energy efficiency, 2:1588 
hypertension, 3:2224 
obesity and, 4:3069, 3071 
Lift aerodynamics, 1:60, 60-61, 103 
Lift coefficient, 1:60 
Lifting systems, 2:1546, 5:3741 
Ligaments, 2:998—999, 5:3936 
Ligands, 2:1123-1125, 1124, 1124t, 
4:2509, 2509-2512, 2510, 2511, 
2513 
Ligase change reaction (LCR), 3:1897 
Ligases, 2:1606, 5:3647 
Light, 4:2512-2515 
additive, 2:1006—1007 
bending, 5:3671—3672 
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color and, 2:1003—1005 

corpuscular theory of, 
4:2513-2514 

diffraction, 2:1004, 1319-1320, 
4:3103 

diffraction grating, 2:1320-1321 

Doppler effect, 1:73—-74, 
2:1371-1372 

duality of, 1:386 

electroluminescent, 3:2481, 4:2557 

electromagnetic spectrum, 
2:1507-1510 

Fraunhofer lines, 2:1319, 
3:1814-1815 

frequency, 3:1819 

intensity measurement, 
4:3303-3304 

interference, 3:2320, 4:3103 

laser, 3:2456 

metamorphosis, 4:2729 

Michelson-Morley experiment, 
4:2744-2745 

monochromatic, 4:2836—2837 

photon velocity of, 1:834 

photons, 4:3315-3316 

prisms, 5:3498 

properties, 4:3102, 5:3568 

quantum electrodynamics, 5:3564 

rainbows, 5:3625—3627 

Rayleigh scattering, 5:3644, 4062 

refraction, 2:1003—1004, 
4:3103-3104 

scattered, 1:376 

sonoluminescent, 5:4018 

spectral lines, 5:4056—4058, 4153 

strobe, 6:4518 

subtractive, 2:1006—1007 

visible, 4:3102—3104, 3299, 3315, 
5:3591, 3601, 6:4508 

wave nature of, 2:1511, 
4:3102-3103, 5:4062—4063 

white, 3:2320 

zodiacal, 6:4748-4749 

See also Speed of light; Sunlight 


Light bulbs 
electromagnetic induction, 2:1503, 
1504 
fluorescent, 3:2264 
gases in, 3:2265 
glass, 3:2264-2265 
history, 3:2263—-2264, 6:4541 
incandescent, 1:283, 3:2263—2266 
Light-emitting diodes (LEDs), 2:1518, 
3:2481, 2481-2483, 2482 
Light microscopes, 4:2753-2755, 
2756 


Light-years, 4:2516 
Lightbulbs, 1:133 
Lighter-than-air aircraft, 1:101—102, 
107-111, 108, 109, 694 
Lighting 
arc lamps, 1:282—284 
in depth perception, 2:1286 


incandescent, 1:283, 3:1762, 
2263-2266 
neon, 1:283, 5:3637 
See also Fluorescent light 
Lightning, 2:1512, 4:2515-2516, 
6:4367, 4367-4368, 4368 
Lightning bugs, 1:510, 560, 560 
bioluminescence, 1:560 
Lightning rods, 4:2516 
Lignin, 1:565, 854 
Lignite, 2:970 
Ligustrum spp. See Privet 
Ligustrum vulgare. See Privet 
Lilac chaste trees, 6:4565 
Lilacs, 3:1984, 4:2516-2517, 2517, 
3092 
Liley, A. William, 5:3481 
Liliaceae. See Lily family 
Lilies, 4:2517-2518 
See also Water lilies 
Lilium spp., 4:2517-2518 
Lilium candidum. See Madonna lilies 
Lilium longiflorum. See Trumpet lilies 
Lily family, 4:2517-2519, 25/8, 2519 
Lily of the valley, 4:2517, 2518, 2519 
Limax agrestis, 5:3958 
Limax flavus, 5:3958 
Limax maximus, 5:3958 
Limb-girdle dystrophies, 4:2958 
Limbic leucotomy, 5:3542 
Limbic system, 1:655, 5:3539, 3542 
Limbs 
anatomy, 1:207 
artificial, 1:193, 194, 4:3130, 
5:3512-3513, 3513 
Lime. See Calcium oxide 
Limenitis archippus. See Viceroy 
butterflies 
Limes, 2:956 
Limestone 
caves, 3:2448, 6:4680 
composition, 5:3853, 3853 
construction, 5:4172 
formation, 5:4170-4171 
karst topography, 3:2404-2406 
liming agents from, 1:87 
marble-metamorphosed, 5:3751 
Muay, 6:4511 
stromatolites, 6:4194 
uses, 1:136, 718, 720 
weathering, 3:2449 
Limewater test, 5:3475 
Liming agents, 1:87, 4:2971 
Limiting factors (ecology), 
2:1450-1451, 4:2521-2522 
Limiting layer hypothesis, 
6:4485-4486 
Limiting nutrients, 4:3294-3295 
Limits (mathematics), 4:2519-2521 
Limnetic zone. See Photic zone 
Limnobium spongia, 3:1826 
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Limonite, 5:4141 
Limpets, 2:1457, 4:2522-2523, 5:3966 
Limulus polyphemus, 2:1182, 3:2161 
Linacs. See Accelerators 
Linaria vulgaris. See Butter-and-eggs 
Lincoln, Abraham, 4:2622 
Lincoln’s sparrows, 5:4049 
Lind, James, 4:3055 
Lindbergh, Charles, 1:324-325, 6:4731 
Lindeman, Ferdinand, 4:3333 
Lindeman, Raymond L., 
2:1588-1590, 3:1771 
Lindemann, Ferdinand von, 6:4412 
Lindemann, Frederick Alexander, 
5:4160 
Lindenmann, Jean, 3:2325 
Lindens. See Basswoods 
Lindera benzoin. See Spice bush 
Lindows (computer software), 2:1066 
Line formulas, 3:1800—1801 
Line graphs, 3:1990, 5:4123-4124 
Line of nodes, 2:1437—1438 
Line of reflection, 5:3658, 3658, 3659, 
3659 
Line spectrum, 1:390 
Linear accelerators. See Accelerators 
Linear algebra, 1:131, 4:2524—2526, 
2669 
Linear equations, 4:2524, 
6:4274-4275 
Linear extensometers, 5:3859—3860 
Linear momentum, 2:1091—1092 
Linear perspective, 2:1287 
Lined seahorses, 5:3831 
Linen, 3:1740, 1742, 5:3986, 6:4338 
Lines 
algebraic equations, 1:201 
continuity, 2:/712, 1112-1114, 
1113 
equations of, 4:2523, 2663 
geometry, 3:1928 
parallel, 2:1350, 3:1929, 1929, 
4:3204 
perpendicular, 3:/929, 1929-1930, 
4:3267 
spectral, 1:390, 5:4056—4058, 4153 
Lineus spp., 5:3723 
Linguatula spp., 6:4382-4383 
Linguatulida. See Tongue worms 
Lingula unguis, 1:651 
Linkage analysis, 3:1899 
Linkage disequalibrium, 3:1661 
Linkage maps. See Chromosome 
mapping 
Linkage studies, family, 3:1899 
Linnaean taxonomy, 1:559, 3:1754, 
5:4052-4053, 6:4293, 4432, 4705 
Linnaeus, Carolus 
biological rhythms, 1:554 
Species plantarum, 1:559, 6:4273 


Systema Naturae, 6:4273 
taxonomy, 3:1754, 6:4293, 4432, 
4705 
Linne, Carl von. See Linnaeus, 
Carolus 
Linolenic acid, 6:4439 
Linomite, 3:2363 
Linotype, 5:3494 
Linseed oil, 3:1740, 1742 
Linum spp. See Flax 
Linum angustifolium, 3:1742 
Linum usitatissimum, 3:1740, 1740 
Linux, 2:1066, 4:3096, 3097 
Liomys spp. See Spiny pocket mice 
Lion-tailed macaques, 2:1165, 4:2572, 
2573 
Lion tamarins, 1:761, 4:2629 
Lionfish, 5:3820, 3821 
Lions, 1:163, 815, 3:2216 
See also Sea lions 
Liotta, Domingo, 1:325 
Lip, cleft, 1:598 
Lip prints, 3:1787 
Lipases, 2:1326, 4:2527 
Lipaugus spp. See Pihas 
Lipectomy, 1:468 
Lipids, 3:1693, 4:2526-2527 
anesthesia solubility, 1:213 
calories, 1:734 
dietary need for, 4:3060 
metabolism, 4:2713 
Lipmann, Fritz, 1:766 
Lipopolysaccharide, 1:446 
Lipoproteins 
high-density, 1:523, 2:923, 949, 
3:2082, 2208 
lipids and, 4:2527 
low-density, 1:523, 2:923, 949, 
3:2208 
synthesis of, 3:2480 
Liposomes, 3:1884, 6:4415 
Liposuction, 1:468, 5:3384 
Lippa citriodora, 6:4565 
Lippershev, Hans, 6:4312 
Lipstick palms, 4:3190 
Liquefaction 
coal, 2:971-972 
of gases, 2:1197, 1198-1201, 1202, 
3:1860—1862 
soil, 2:1425, 6:4205 
Liquefied natural gas (LNG), 3:1861, 
4:2930-2931 
Liquefied petroleum gas (LPG), 
3:1861, 5:3509 
Liquid air, 5:3637 
Liquid-cooling systems, 1:426, 3:2330 
Liquid crystal displays (LCD), 2:1518, 
3:2468-2469, 2469, 4:2528 
still-video cameras, 4:3313-3314 
televisions, 6:4322 
virtual reality, 6:4583-4584 
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Liquid crystals, 4:2528 
Liquid fuels, 1:453, 2:1201, 3:2204, 
5:3745-3746 
Liquid oxygen, 2:1197, 1199 
Liquids, 4:2665, 5:4119-4120 
Bernoulli’s principle, 1:521—522 
boiling point, 1:634-635 
buoyancy, 1:693--694, 694 
diffusion, 2:1321—1322 
distillation, 2:1350—-1352 
filtration, 3:1727-1728 
miscibility, 4:2797—2798 
Newtonian, 6:4592 
non-Newtonian, 6:4592 
pressure in, 5:3488 
saturated, 3:1647 
speed of sound in, 1:33 
surface tension, 6:4241-4242 
thermal expansion, 6:4345, 4347 
vapor pressure, 6:4548 
volatility, 6:4608 
volume, 6:4617 
Liriodendron tulipifera. See Tulip tree 
Listening, dichotic, 5:4082 
Lister, Joseph, 1:193, 265, 444, 3:1942, 
6:4225 
Listeria monocytogenes, 4:2686 
Liston, Robert, 6:4244 
Liszt, Franz, 4:2629 
Liters, 4:2740, 6:4616 
Lithics, 1:302, 3:2057—2058 
Lithium, 1:132-134, 4:2529-2531 
actinides production, 1:36 
bipolar disorder, 1:584, 
4:2529-2531 
depression, 1:255 
formation, 2:1535 
Lithium batteries, 1:492, 493, 
2:1475 
Lithium carbonate, 1:133, 4:2617 
Lithium chloride, 4:2529 
Lithocarpus densiflora. See Tanbark 
oak 
Lithographic printing, 1:802 
Lithography, 4:2531-2532, 2918, 
5:3495, 6:4729 
Lithopone, 1:470 
Lithosphere, 2:1412, 4:2532—2533 
oxygen content, 4:3158 
plate tectonics, 5:3392—3393 
tectonics, 6:4300—-4301 
See also Earth’s crust 
Lithostratigraphy, 5:4180 
Lithotripsy, extracorporeal shock 
wave, 4:2533-2534, 2534 
Litmus paper, 1:25, 3:2269 
Litocranius walleri. See Gerenuks 
Little bitterns, 1:605 
Little blue herons, 3:2123 
Little bustards, 1:698 
Little corellas, 2:983 
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Little earwigs, 2:1427 
Little Ice Age, 3:2237 
greenhouse effect, 3:2013 
Maunder minimum, 4:2665—2667 
paleoclimate, 4:3174 
palynological investigations, 
4:3191, 5:3427 
polar ice caps, 5:3420 
solar activity cycle, 6:4231-4232 
Little skates, 5:3932 
Little spotted kiwis, 3:1749 
Little terns, 6:4332 
Little walnuts, 6:4629 
Littoral cells, 5:3913 
Littoral zone, 4:3297, 6:4648 
Littorina littoriea. See Common 
periwinkles 
Live load, bridges, 1:663, 665 
Live oaks, 4:3064, 3065 
Liver 
alcoholism, 1:120, 121 
bile production, 3:2384—2385 
biochemical oxygen demand, 1:538 
cirrhosis, 2:951—952, 1327 
excretory function, 3:1669 
function, 2:1326—-1327 
glucose metabolism, 4:2710 
Liver cancer, 1:66, 3:2110 
Liver diseases, 1:540, 3:2385—2386 
Liver oil, 5:3907 
Liver transplantation, 2:952, 6:4429 
Liverworts, 1:674-678, 4:2535, 
2535-2536, 2854 
rainforest, 5:3628 
spores, 4:2535—2536, 5:4088 
Livestock, 2:1191-1192, 4:2536-2541, 
2537 
agronomy research, 1:92 
antibiotics for, 1:88, 4:3119-3120 
breeding, 1:220-225 
hormones for, 1:88 
pig husbandry, 4:3338 
savannas, 5:3798 
Livestock feed 
bovine spongiform encephalopa- 
thy from, 2:1175 
corn, 2:1142, 3:1994 
grasses, 3:1992—1993, 1995 
legumes, 3:2487, 2489 
PBB contaminated, 5:3434-3435 
rangeland, 5:3632-3633 
rose family, 5:3761—3762 
sorghum, 5:4019 
Liwi, 3:2149 
Lizards 
monitor, 4:2833—2835, 2834 
tuatara, 5:3687, 6:4468-4469 
Llama huanacos. See Guanacos 
Llama vicugna. See Vicunas 
Llamas, 1:736, 738, 738-739, 4:2539 
Llorosal. See Baclofen 
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LNG (Liquefied natural gas), 3:1861, 
4:2930-2931 
Load, 1:663-664, 665 
Lobachevsky, Nicolai Ivanovitch, 
4:3007 
Lobar pneumonia, 5:3699 
Lobodon carcinophagus, 5:3445 
Lobosea, 1:186 
Lobotomy, 5:3541—3542 
Lobsters, 1:629, 2:1196-1197, 4:254/, 
2541-2543 
Local anesthesia, 1:211, 212-213, 
4:3171-3172 
cocaine, 2:981 
novocaine, 4:3017-3018 
Local area networks (LAN), 1:421, 
2:1058 
Local Group (galaxy), 4:2768, 
6:4233 
Localization, robotic, 5:3737—3738 
Localized mutagenesis, 4:2904 
Locard, Edmond, 3:1786 
Locard’s exchange principle, 2:1180 
Lock and keys, 4:2545-2546 
Lock stitch, 5:3887 
Locke, John, 2:995, 1074 
Lockheed SR-71 Blackbird, 5:4130 
Lockjaw. See Tetanus 
Locks (waterways), 1:740, 741, 
4:2543, 2543-2544 
Lockyer, Norman, 5:3636 
Locomotives, 6:4403-4406 
See also Trains 
Locoweeds. See Milk vetches 
Locus, 4:2546-2548, 2547, 2548 
Locusta migratoria, 3:1999 
Locusts, 3:1999 
Lodestones, 4:2601 
Lodgepole pine, 1:22 
Lodoicea maldivica. See Seychelles 
Islands coconuts 
Lodoicea sechellarum. See Coconut 
palms 
Loess, 2:1643 
Loewi, Otto, 1:16 
LOFAR (Low frequency array), 
6:4318-4319 
Loganiaceae, 4:3062 
Logarithmic spirals, 5:4080 
Logarithms, 3:1834, 4:2548-2550, 
2549t 
Loggerhead shrikes, 5:3918 
Loggerhead turtles, 5:3914 
Logging 
endangered species, 2:1567—1568 
environmental ethics, 2:1597—1598 
forest conservation, 6:4435 
pines, 4:3342-3343 
spotted owls, 2:1568, 4:3152 
See also Forestry 


Logic 
Boolean algebra, 1:639, 640-641 
symbolic, 6:4264-4268 
Logic gates, 2:1519, 3:2314 
Logwood, 3:2488 
Loligo spp., 4:2829 
Loligo pealei, 5:4094 
Lombrosian types, 1:244 
Lombroso, Cesare, 1:243—244 
Lonchura nevermanni. See White- 
crowned mannikins 
Lonchura striata. See Striated finches 
London, England, 2:1610, 5:3965, 4178 
London forces, 6:4547 
London planetrees, 4:3348 
Long, Crawford W., 1:211, 2:1276, 
6:4244 
Long-billed curlews, 2:1212—1213 
Long-billed spiderhunters, 6:4230 
Long-billed vultures, 6:4624 
Long bones, 5:3940 
Long-day plants, 3:1755—1756 
Long Days Journey Into Night 
(O’Neill), 4:2851 
Long-focal-length refracting tele- 
scopes, 2:1024 
Long-legged buzzards, 1:707, 3:2064 
Long-legged jumping marsupials, 
4:2643 
Long-lining, 1:112 
Long-nosed armadillos, 1:305 
Long Range Navigation (LORAN), 
3:2219-2220, 4:2552-2554 
Long Range Reconnaissance Imager 
(LORRD), 5:3408 
Long-snouted boarfish, 1:630 
Long-tailed chinchillas, 2:905 
Long-tailed glossy starlings, 5:4115 
Long-tailed jaegers, 5:3943 
Long-tailed marmots, 4:2632 
Long-tailed pangolins, 4:3195 
Long-tailed parrots, 4:3216 
Long-tailed porcupines, 5:3450 
Long-tailed voles, 6:4615 
Long-tailed weasels, 6:4668, 4669 
Long-Term Ecological Research 
(LTER) sites, 2:1446 
Long-Term Ecosystem Observatory 
(TLEO), 6:4520 
Long-term memory, 4:2679 
Long-tongued fruit bats, 1:487 
Long-tusked walruses, 5:3835 
Longhorn beetles, 1:509 
Longhorns, 1:82/ 
Longitude, 3:2464—2465, 2465 
cartography, 1:799-800 
celestial, 1:830 
celestial sphere, 1:836-837 
galactic, 1:830 
sextants, 5:3892—3893 
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Longnose gars, 3:1859, 1860 

Longnose suckers, 6:4215 

Longshore drift, 5:3913 

Loofah, 3:1982 

Looms, 1:419, 6:4338-4339, 4339 

Loons, 4:2550—2552, 255] 

Loosestrife, purple, 3:2349 

Lophiiformes, 1:219 

Lophius piscatorius. See European 
goosefish 

Lophodytes cucullatus. See Hooded 
mergansers 

Lophophora spp., 3:2050 

Lophophora williamsii. See Peyote 

Lophophores, 1:650, 4:2857 

Lophortyx californica. See California 
quails 

Lophortyx gambelii. See Gambel’s 
quails 

Lophotidae. See Crestfish 

Lophotus capellei, 2:1173 

Lophotus lacepede, 2:1174 

LORAN (Long Range Navigation), 
3:2219-2220, 4:2552-2554 

Loratadine, 1:257 

Lord Howe Island, 2:1570 

Lord Kelvin. See Thomson, William 

Lordkipanidze, David, 3:2180 

Lorentz, Hendrick Antoon, 5:3674 

Lorentz contraction, 2:1512, 5:3675, 
3676-3677 

Lorenz, Edward Norton, 2:872, 
4:2732, 6:4674 

Lorenz, Konrad, 1:516, 517, 3:2259, 
2307 

Loriculus spp. See Hanging parrots 

Lories, 4:3214—-3217 

Loriinae, 4:3216 

Lorikeets, 4:3216, 3217 

Lorilets, 4:3216 

Loris lydekkerianus. See Gray slender 
lorises 

Loris tardigradus. See Slender lorises 

Lorises, 4:2554, 2554-2556, 
5:3510-3511 

Lorisidae, 4:2554-2556, 5:3510-3511 

LORRI (Long Range 
Reconnaissance Imager), 5:3408 

Los Angeles, California, 4:3162, 
5:3966 

Loschmidt, J., 1:432 

Lost wax casting, 4:2721 

Lotinae, 2:986 

Lotteries, 5:3502, 3630-3631 

Lottia spp., 4:2522 

Lottia alvens. See Eel grass limpets 

Lottia gigantea, 4:2522 

Lottia strigatella, 4:2522 

Lottiidae, 4:2522 

Lotus-birds, 3:2383 


Lotus corniculatus. See Bird’s foot 
trefoil 


Lotus lilies, 6:4646-4647 
Lou Gehrig Disease. See 
Amyotrophic lateral sclerosis 
Loudspeakers, 6:4412 
Lousewort, 2:1567, 5:3973 
Louville, Joseph, 6:4412 
Love Canal, 3:2070 
Love grasses, 3:1991 
Love-lies-bleeding, 1:/68, 169 
Love waves, 2:1424 
Lovebirds, 4:3217 
Lovoa spp., 4:2608 
Low, D., 5:3414 
Low birth weight infants, 1:597, 2:943 
Low-density lipoproteins (LDL) 
atherosclerosis, 2:949 
beta-blockers, 1:523 
heart disease, 2:923 
trans-fatty acids, 3:2208 
Low-density polyethylene (LDPE), 
5:3439 
Low-flow showerheads, 6:4644-4645 
Low frequency array (LOFAR), 
6:4318-4319 


Low-temperature environments, 
2:1198-1202 

Low-thrust rockets, 5:3747 

Lowbush blueberries, 3:2093 

Lowell, Percival, 1:832, 4:2632-2633, 
2635, 3351, 5:3404 

Lowell Observatory, 4:2633 

Lower limbs, 1:207 

Lowland anoas, 1:824 

Lowland gorillas, 1:270, 3:1979, 7980 

Lowrey, Thomas Martin, 1:26, 
2:1036, 4:2970 

Loxia spp. See Crossbills 

Loxia curvirostra. See Red crossbills 

Loxia leucoptera. See White-winged 
crossbills 

Loxodonta africans. See African 
elephants 


Loxodonta africans africana. See 
African bush elephants 

Loxodonta africans cyclotis. See 
African forest elephants 


Loxodonta cyclotis. See African forest 
elephants 

Loxops parva. See Anianiau 

LPG (Liquefied petroleum gas), 
3:1861, 5:3509 

LRH (Luteinizing hormone releasing 
hormone), 3:2152 

LSD (Lysergic acid diethylamide), 
3:1838, 2048-2050 

LSI (Large-scale integration), 2:1516, 
1519, 3:2313 
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LTEO (Long-Term Ecosystem 
Observatory), 6:4520 
LTER (Long-Term Ecological 
Research) sites, 2:1446 
Iteration, 3:2380—2381 
Lubricant viscosity, 6:4593 
Lubrication, 1:426, 3:1969 
Lucania parva. See Rainwater killifish 
Lucanidae, 1:512 
Luciferase, 1:560—562 
Luciferin, 1:560—562 
Lucke renal adenocarcinoma, 3:2126 
Lucretius, 2:876 
Lucy (hominid fossil), 3:2179 
Ludwig, George H., 6:4545 
Luehea seemanii, 1:542 
Luffa, 3:1982 
Luffa cylindrica. See Luffa 
Lugmair, Guenther, 1:151 
Lugworms, 5:3858 
Lumbar puncture, 4:2687 
Lumbar vertebrae, 1:207, 5:3937 
Lumber, 6:4713-4714 
basswood, 1:484 
birch, 1:586 
fir, 3:1733 
legumes, 3:2487—2488 
mahogany, 4:2607 
mangrove, 4:2616 
maple, 4:2621 
myrtle, 4:2912 
oak, 4:3065 
pine, 4:3342-3343 
from rainforest, 5:3629 
sequoias, 5:3868 
teak, 6:4564-4565 
types, 6:4434 
walnut, 6:4629-4630 
willows, 6:4704 
Lumiére, Auguste, 4:2862, 3312 
Lumiére, Louis, 4:2862, 3312 
Lumin, N. I., 6:4602 
Luminescence, 4:2556—2558 
dating techniques, 1:301, 
2:1238-1239, 5:3460 
optically stimulated, 2:1239 
photochemistry, 4:3301 
speleothems, 4:3174 
Luminiferous ether, 4:2744 
Luminol, 1:624, 2:1180 
Luminosity 
galaxies, 3:1845, 1846 
Hertzsprung-Russell diagram, 
3:2127-2131 
solar, 6:4392 
stars, 1:362, 525, 5:4056, 4107 
vision and, 6:4596-4598 
Luminous mosses, 1:676 
Luminous pigments, 2:1398 
Lumulidae, 3:2162 
Lumulus spp., 3:2162 
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Lunar-A mission, 4:2847 
Lunar calendars, 1:729 
Lunar cycles, 1:555 
Lunar eclipses, 2:1435-1439, 14367 
Lunar Roving Vehicles, 2:1475, 
5:4043 
Lung, iron, 5:3422, 3696 
Lung cancer, 5:3699-3700, 3706-3707 
asbestos, 1:335 
causes, 1:742, 745, 779 
cigarette smoke, 1:742, 745, 
2:942-944, 4:2902, 2988, 5:3706 
radon, 5:3623 
Lung cysts, 5:3482 
Lung diseases, 2:942, 943 
Lung transplantation, 6:4427, 4429 
Lungfish, 1:636-637, 4:2558-2560, 
2559 
Lungless salamanders, 5:3772 
Lungs 
anatomy, 5:3409, 3703-3705 
respiration, 5:3692, 6:4360 
vertebrate, 5:3702 
Luni-solar calendars, 1:729 
Lunx lynx. See Lynx 
Lunx rufus. See Bobcats 
Lupines, 3:2486—2489 
Lupinus spp. See Lupines 
Luscinia cyane. See Siberian blue 
robins 
Luscinia svecica. See Bluethroats 
Lutein, 1:261 
Luteinizing hormone 
function, 2:1573, 1575, 
3:2155-2156 
menstrual cycle, 4:2693, 2694, 
5:3684 
oogenesis, 5:3684 
ovarian cycle, 4:3147-3148 
performance-enhancing drugs, 
4:3254, 3255 
puberty, 5:3545, 3546 
secretion, 3:2153 
spermatogenesis, 5:3681 
Luteinizing hormone releasing hor- 
mone (LRH), 3:2152 
Lutetium, 3:2453-2455 
Lutra canadensis. See North 
American river otters 
Lutra lutra. See Eurasian river otters 
Lutra perspicillata. See Smooth otters 
Lutra provocax. See Southern river 
otters 
Lutrinae, 4:3144 
Luzula spp. See Wood-rushes 
LVAD (Left ventricular assist device), 
1:325 
Lyases, 2:1606 
Lycaenidae, 1:699 
Lycaon pictus. See African wild dogs 
Lycohyta, 2:968 
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Lycopene, 1:261, 5:3379 
Lycopersicum esculentum. See 
Tomatoes 
Lycophytes, 4:2560-2561 
Lycopodiaceae, 2:968, 4:2561 
Lycopodiella spp. See Bog club mosses 
Lycopodiidae, 4:2560, 2561 
Lycopodiopsida, 4:2560 
Lycopodium spp. See Club mosses 
Lycopodium clavatum. See Common 
club mosses 
Lycopodophyta, 3:2475, 4:3366 
Lycopsids, 6:4433 
Lycopus europaeus. See Water 
horehound 
Lye. See Sodium hydroxide 
Lyell, Charles, 5:4181, 6:4522, 4523 
Lyerly, J. G., 5:3541 
Lygaeidae. See Seed bugs 
Lygaeus kalmii. See Small milkweed 
bugs 
Lygidea mendax. See Apple red bugs 
Lygus lineolaris. See Tarnished plant 
bugs 
Lyman, Henry, 5:3951 
Lymantria dispar. See Gypsy moths 
Lymantriidae, 4:2860 
Lyme disease, 4:2561-2564 
Lymph, 2:950, 3:2250 
Lymph nodes, 3:2140, 2250, 4:2564, 
2566 
Lymphatic diseases, 4:2567—2568 
Lymphatic filariasis, 2:1544—-1545 
Lymphatic system, 3:2140, 
4:2564—2568, 2565, 3123 
circulatory system and, 2:950 
in digestion, 2:1326 
Lymphatic vessels, 4:2566—-2567 
Lymphedema, 2:1456, 1456, 4:2567 
Lymphocytes, 4:2564-2566 
nonspecific, 3:2251 
production, 3:2250 
structure and function, 1:620, 
2:949, 3:2140, 2249, 2252 
See also B cells; T cells 
Lymphoma, 1:137, 745, 4:2567—2568 
Burkitt, 1:744, 4:2567 
lung, 5:3700 
nitrogen mustards for, 4:2900 
non-Hodgkins, 4:2567—2568 
See also Hodgkin’s disease 
Lynch, F. Leo, 4:2883 
Lynx, 1:817 
Lyon, M. F., 2:925 
Lyophobic colloids, 2:999-1000 
Lyophyllic colloids, 2:999-1000 
Lyrebirds, 4:2568-2569, 2569 
Lysergic acid amide, 3:2051 
Lysergic acid diethylamide (LSD), 
3:1838, 2048-2050 


Lysine, 1:178 

Lysogenic cycle, 6:4588-4589 

Lysosomes, 1:842-843, 2:1637 

Lystrosaurus, 2:1107 

Lythraceae, 3:2109, 4:2911 

Lythrum salicaria. See Purple 
loosestrife 

Lytic replication, 6:4589 

Lyttleton, Arthur, 2:1025 


Iu 


M-discontinuity. See Mohorovici¢é 
discontinuity 
Ma Huang, 3:2114 
Macaca spp. See Macaques 
Macaca fuscatta, 4:2835 
Macaca mulatta. See Rhesus monkeys 
Macaca nemestrina, 4:2573 
Macaca nigra, 4:2572, 2573 
Macaca sylvana. See Barbary 
macaques 
Macaca sylvanus. See Barbary apes 
Macaca tonkeana, 4:2572 
Macadamia intergrifolia. See 
Macadamia nuts 
Macadamia nuts, 5:3515 
Macaques, 4:2571-—2573, 2572 
Babary apes, 4:2835 
lion-tailed, 2:1165, 4:2572, 2573 
See also Rhesus monkeys 
MacArthur, R. H., 3:2371 
Macassar ebony, 2:1432 
Macaws, 4:3214—-3217 
Macca silenus. See Lion-tailed 
macaques 
Mace, 4:3055 
Mach, E., 4:3249-3250 
Mach, L., 3:2322 
Mach number, 1:60, 4:2573-2575, 
2574 
Mach-Zehnder Interferometer, 
3:2322, 2322 
Machilidae. See Jumping bristletails 
Machinability tests, 5:4145 
Machine language, 2:1065—1066 
Machine tools, 4:2545, 2575-2576, 
2722 
Machine vision, 4:2581—2584 
Machines 
compound, 4:2587 
simple, 4:2584—-2587, 2585 
MACHOs (Massive compact halo 
objects), 2:1235, 3:2002 
Machupo virus, 3:2107 
Macintosh computers, 2:1066 
Mackenzie willows, 6:4703 
Mackeral sky, 2:967 
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Mackerels, 4:2587—2588, 2588, 2626 
endangered, 6:4476 
red tide poisonings, 5:3656 
snake, 4:2626 
Maclura pomifera. See Osage-orange 
Macmillan, Edwin Mattison, 4:3264 
MacQueen’s bustards, 1:698 
Macrobrachium rosenbergii. See 
Giant freshwater prawns 
Macrocephalon maleo. See Maleo 
Macrocheira kaempferi. See Giant 
Japanese spider crabs 


Macrochelys temminckii. See 
Alligator snapping turtles 

Macroclimates, 4:2749 

Macrocystis spp. See Kelp 

Macrocystis pyrifera. See Giant kelp 

Macrogalidia musschenbroekii. See 
Brown palm civets 


Macroglossus spp. See Long-tongued 
fruit bats 


Macrolides, 2:1627 
Macromolecules, 2:1207 
Macronutrients, 4:3059 
Macrophages, 1:311, 620, 3:2251, 
4:2566 

Macrophytes, 1:22 
Macropocopris spp., 1:512 
Macropodidae, 3:2401 

Macropus spp., 3:2402—2403 


Macropus eugenii. See Tammar 
wallabies 

Macropus fuliginosus. See Western 
gray kangaroos 

Macropus giganteus. See Eastern gray 
kangaroos 

Macropus parma. See Parma 
wallabies 

Macropus parryi. See Whiptail 
wallabies 

Macropus robustus. See Wallaroos 

Macropus rufus. See Red kangaroos 

Macroscelididae. See Elephant shrews 

Macroscopic systems, 5:4121—4122 

Macrotis lagotis. See Greater bilbies 

Macrotrema spp., 6:4256—4257 

Macular degeneration, age-related, 

1:615, 6:4601 

Macular dystrophy, 6:4601 

Mad cow disease. See Bovine spongi- 

form encephalopathy 

Madagascar, 1:70, 3:2490, 4:2833 

Madagascar jacanas, 3:2383 

Madagascar sacred ibises, 3:2232 

Madagascaran buzzards, 3:2064 

Madagascaran cockroaches, 2:984 

Madison River dam, 2:1425 

Madonna lilies, 4:2517—2528 

Madoqua spp. See Dik-diks 


Madoqua guentheri. See Giinther’s 
dik-diks 
Madoqua kirkii. See Kirk’s dik-diks 
Madoqua piacentinii. See Silver dik- 
diks 
Madoqua saltiana. See Salt’s dik-diks 
Madras tree shrews, 6:4436 
Madrones, 3:2093 
Madshritti, Al, 1:174 
Madtoms (fish), 1:811 
Mafic rocks, 3:2242, 5:3750 
Magalini, Sergio I., 6:4270 
Magellan, Ferdinand, 3:2007 
Magellan (spacecraft), 6:4561—4562, 
4563 
Magellanic clouds, 3:1844, 1845, 
5:4157 
Magendie, Francois, 4:2850 
Maggots, 6:4466 
Magic squares, 4:2589, 2589 
Masgicicada septendecum. See 
Periodical cicadas 
MAGLEV. See Magnetic levitation 
Magma, 4:2589-2590, 6:4609-4610 
Bowen’s reaction series, 
1:644-646, 645 
earthquakes and, 2:1423 
hot spots, 3:2167 
igneous rocks from, 3:2242—2243 
ores in, 4:3113 
viscosity, 6:4610-4611 
Magnesium, 1:134-136, 4:2590-2592 
acid rain effects, 1:20, 21 
actinides production, 1:36 
alloys, 4:2591 
antioxidant effect, 1:260—261 
classification, 1:720 
Earth’s crust, 2:1525 
formation, 1:645, 2:1536 
physiologic role, 4:3061 
production, 2:1498 
properties, 1:135, 4:2590 
prophyrins, 4:2511 
sources, 4:2718 
uses, 1:135, 4:2591 
Magnesium carbonate, 4:2971 
Magnesium deficiency, 4:2591 
Magnesium hydroxide, 4:2718 
Magnesium oxide, 2:860 
Magnesium sulfate, 4:2592 
Magnetic compass, 3:1922, 2281 
Magnetic cooling, 2:1200-1201 
Magnetic declination, 2:1420, 3:1922, 
5:4009 
Magnetic fields 
cetaceans, 2:866 
electric current, 2:1471 
electromagnetic fields, 2:1502 
Hall effect, 3:2044-2046 
Jupiter, 3:2397-2398 
mapping, 6:4209 
Mars, 4:2636 
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measurement, 4:2603 
Mercury, 4:2702 
migration, 4:2767 
MIMI imaging, 1:805 
moon, 4:2845—2846 
Neptune, 4:2941—2942, 2942 
neutron stars, 4:2975 
paleomagnetism, 4:3175-3178 
production, 4:2601 
Saturn, 5:3790 
stars, 5:4152-4154 
stroke treatment and, 6:4192 
subsurface detection, 6:4208-4209 
sun, 5:3996, 4152-4153, 6:4228 
sunspots, 6:4232 
Uranus, 6:4532-4533, 4533, 4534 
See also Earth’s magnetic field; 
Electromagnetic fields 
Magnetic flux tubes, 5:3997 
Magnetic imaging portals, 4:2716 
Magnetic levitation, 4:2593—2595, 
6:4407-4408 
Magnetic Levitation Prototype 
Development Program, 4:2595 
Magnetic moments, 2:1200 
Magnetic poles, 3:1921-1922 
dating techniques, 1:300 
paleomagnetism, 4:3175—3178 
Magnetic recordings, 4:2595—2599, 
2596, 2597, 2604 
Magnetic resonance, atomic beam, 
1:382 
Magnetic resonance imaging (MRI), 
2:1307, 4:2599-2600, 2600, 5:3622 
angiography, 1:216-217 
autism, 1:413 
brain, 4:2965-2966 
brain research, 1:656 
Creutzfeldt-Jakob disease, 2:1174 
functional, 2:1401, 4:2964 
Parkinson disease, 4:3212 
radioactive tracers, 5:3615 
uses, 4:3028 
Magnetic storms, 2:1143, 6:4546 
Magnetic tape recordings, audio. See 
Audiocassette recordings 
Magnetic tape recordings, video, 
6:4567, 4567-4568, 4568 
Magnetic water conditioning, 3:2061 
Magnetism, 2:1580—-1581, 
4:2601-2605, 3329 
See also Electromagnetism 
Magnetite, 3:2363, 4:3176, 5:4141 
Magneto-optical disks (MODs), 
4:3100-3101 
Magnetoencephalography (MEG), 
1:656 
Magnetohydrodynamic EMP (HD- 
EMP), 2:1506 
Magnetohydrodynamics, 5:3382 
Magnetometers, 4:2603, 3176, 5:3396, 
6:4208 
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Magnetosphere, 4:2605, 2605-2606, 
6:4545 
Magnetosphere imaging instrument 
(MIMD), 1:805, 5:3795 
Magnetrons, 2:1518 
Magnets 
permanent, 4:2604 
superconducting, 4:2593-2594, 
2604, 6:4236 
uses, 4:2603-—2604 
Magnification, 6:4313 
Magnificent birds of paradise, 1:590 
Magnificent frigatebirds, 
3:1821-1822, 4:3129 
Magnificent quetzals. See Quetzals 
Magnitude, stars, 1:362, 5:4154-4155 
Magnolia spp. See True magnolias 
Magnolia grandifloria. See Southern 
magnolias 
Magnolia tripetala. See Umbrella 
magnolias 
Magnolia virginiana. See Sweet bay 
Magnoliaceae. See Magnolias 
Magnolias, 4:2606—2607 
Mahogany, 4:2607—2608 
Mahonia repens. See Oregon grapes 
Maianthemum spp., 4:2517 
Maidenhair ferns, 4:2608 
Maidenhair trees, 2:1220 
Mail delivery, 1:462—463 
Maiman, Theodore, 3:2144, 2456 
Main-belt asteroids, 1:832, 
4:2788-2789 
Main Detachment Fault, 3:2134-2135 
Maize. See Corn 
Majidae, 2:1167 
Major histocompatibility complex 
(MHC), 1:415, 3:2249, 2250 
Makaira spp. See Marlins 
Makaira indica. See Black marlins 
Makaira nigricans. See Blue marlins 
Mako sharks, 5:3904, 3906, 3907 
Malachite-crested kingfishers, 3:2416 
Malaclemmys terrapin. See American 
saltwater terrapins 
Malagasy broad-striped mongooses, 
4:2833 
Malagasy narrow-striped mongooses, 
4:2833 
Malania anjouanae, 2:991 
Malapteruridae, 1:812 
Malapterurus electicus. See Electric 
catfish 
Malaria, 4:2609-2611, 3209, 
6:4454-4455 
causes, 4:2609, 2610, 3205, 5:3526 
chloroquine-resistant, 4:2610 
cinchona bark for, 1:161, 4:2609, 
5:3574-3575, 6:4270-4271, 
4454 
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DDT prevention, 2:911, 1242, 
1245 
dementia from, 2:1268 
quinine for, 5:3574-3575, 
6:4270-4271, 4454 
sickle cell anemia and, 4:2610, 
5:3921 
transmission, 2:1242, 3:1746, 
4:2609-2610, 2853, 3209, 
5:3530, 6:4467 
vaccines, 2:1363, 4:2609, 2610 
Malayan pangolins, 4:3195 
Malayan stink badgers, 1:451 
Malayan tapirs, 6:428 1-4282 
Malaysia, 1:342 
MALDI-MS (Matrix-assisted laser 
desorption/ionization mass spectro- 
scopy), 6:4666 
Maldives, 1:343 
Male factor infertility, 3:2284—-2285 
Maleo, 4:2867 
Malic acid, 1:777 
Malignancy, 3:2142 
Malignant tumors. See Cancer 
Malkoahas, 2:1209-1211 
Mall Missions for Advanced 
Research in Technology (SMART- 
1), 4:2847 
Mallard ducks, 2:1385, 7386, 1387, 
1388, 4:2540 
Mallet, Robert, 3:1694-1695 
Mallon, Mary, 6:4495 
Mallophaga, 4:2505 
Malnutrition, 4:2611-2613 
essential amino acids, 1:178 
nutrient deficiency diseases, 
4:3055-3059 
Malphighian tubes, 3:1667—1668 
Malpighi, Marcello, 2:1557, 3:2139, 
4:2751, 2755 
Malpiphiaceae, 3:2051 
Maltase, 2:1326 
Malthus, Thomas, 2:1599 
Maltose, 4:2937 
Malurus spp. See Fairy-wrerns 
Malurus cyaneus. See Superb blue 
wrens 
Malurus lamberti. See Variegated 
wrens 
Malus, Etienne-Louis, 4:2514 
Malus spp., 5:3758, 3758, 3759, 3760 
Malvaceae, 2:1156 
Mambas, 2:1461—-1464 
Mami thornberi, 1:710 
Mammalia. See Mammals 
Mammals, 4:2613 
brain, 4:2952 
circulatory system, 5:3693 
courtship, 2:1165 
dinosaurs and, 2:1335 
evolution, 2:1414, 4:3185, 3/85 


excretory system, 3:1667—1668 

heart anatomy, 3:2079 

nervous system, 4:2952 

oaks and, 4:3064, 3065 

respiratory system, 5:3692, 3702 

sexual reproduction, 5:3896 

taxonomy, 6:4566 

tundra, 6:4477-4478 

viviparous, 1:593, 5:3907, 6:4605 
Mamumilaria spp. See Chollas 
Mammillaria microcarpa, 1:710 
Mammography, 3:2460 
Mammoth, woolly, 6:4718, 47/9 


Mammuthus primigenius. See Woolly 
mammoth 
Mamos, 3:2149 
Man and Nature (Marsh), 2:1088 
Manacus spp. See White-bearded 
manakins 
Manakins, 4:2613-2614 
Manatees, 5:3656 
Manchineel trees, 5:4091 
Mandarain oranges, 2:955 
Mandarin ducks, 2:1390 
Mandelbrot, Benoit B., 3:1809 
Mandrake, 4:2991—2992 
Mandrills, 1:436 
Manadrillus leucophaeus. See Drills 
Manadrillus sphinx. See Mandrills 
Maned sloths, 5:3958 
Maned wolves, 1:753 
Maneuverable reentry vehicles 
(MARYs), 1:453 
Manganese, 2:1527, 5:4141, 6:4401 
Mange mites, 4:2800 
Mangel-Wurzel beets, 1:513 
Mangifera indica. See Mangoes 
Mangnolia acuminata. See Cucumber 
tree 
Mangoes, 1:803 
Mangrove ecosystems, 3:1796, 
4:2615-2616 
Agent Orange defoliation, 
1:75-76, 2:885-886 
biome, 4:2614 
brackish water, 1:652 
erosion prevention, 4:2616 
Mangrove trees, 4:2614—2616, 26/5 
Mangum terracing, 6:4335 
Manhattan Project, 3:2378, 
4:3020-3021, 3034 
Mania, 1:583—584, 4:2616-2618 
Manic depression. See Bipolar 
disorder 
Manidae, 4:3194 
Manihot esculenta. See Cassava 
Manihot utilissima. See Cassava 
Manila hemp, 1:460 
Manioc. See Cassava 
Manipulation therapy, 1:160, 4:3326 
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Manis spp., 4:3194 
Manis crasicaudata. See Indian 
pangolins 
Manis gigantea. See Giant pangolins 
Manis javanica. See Malayan 
pangolins 
Manis pentadactyla. See Chinese 
pangolins 
Manis temminckii. See Cape 
pangolins 
Manitoba maples. See Box elder 
Manna, 5:3804 
Manned spacecraft, 5:4040, 
4040-4048, 4041 
Mano culture, 5:3546 
Manometers, 5:3487 
Mansfield, Peter, 4:2599 
Manta rays, 5:3646 
Mantle. See Earth’s mantle 
Mantled howler monkeys, 4:2985 
Mantoidea. See Praying mantis 
Manucodes, trumpet, 1:590, 591 
Manucodia keraudrenii. See Trumpet 
manucodes 
Manufacturing 
assembly lines, 1:343—-346, 420, 
421, 4:2560-2561, 5:3740-3741 
automation, 1:419-422 
clothing, 5:3887 
computer-aided, 1:712 
computer-integrated, 1:712 
ecological economics, 2:1439-1441 
energy efficiency, 2:1586—1587 
history, 1:343-345 
just-in-time, 4:2652 
mass production, 4:2649—2652, 
2650 
paper, 1:419-420 
robotics, 5:3740-3741 
Manure, 1:545, 4:3118, 5:3651 
Manutius, Aldus, 5:3493 
MAOIs (Monoamine oxidase inhibi- 
tors), 1:255, 2:1286, 4:2967-2968 
Map turtles, 6:4491 
Maple syrup, 4:2621 
Maples, 1:471, 2:1033, 4:2620, 
2620-2622, 5:3856 
Maps and mapping (geography), 
1:797-802 
archaeological, 1:290-291, 317, 
3:1662, 1663-1664 
bathymetric, 1:484—485, 798 
chloropleth, 1:798 
chromosome, 2:938—939 
digital, 1:797, 802 
earthquakes, 5:3395 
geologic, 3:1922, 1922-1923 
GIS, 3:1955 
history, 1:797—798 
isarithmic, 1:798 
latitude and longitude, 3:2464 
magnetic fields, 6:4209 


Mercator projection, 1:484, 800, 
3:2464 
oceanography, 6:4512-4513 
planimetric, 1:798 
printing, 1:802 
prognostic, 6:4675 
projections, 1:484, 800 
robotic vehicles for, 5:3738 
scale, 1:800-801 
spatial, 1:290-291 
stratigraphic, 1:290-291 
synoptic, 6:4675 
thematic, 1:798 
topographic, 1:798 
types, 1:798 
Venus, 6:4561 
virtual memory, 2:1063 
weather, 6:4675—-4676 
Maps and mapping (mathematics), 
4:2618-2620, 2619 
Marabou storks, 5:4175-4176 
Maranta spp., 1:307—308 
Maranta arundinacea. See Indian 
arrowroot 
Marasmus, 4:3057 
Marble, 1:136, 718, 5:3751, 4172 
Marbled cats, 1:815, 816 
Marbled murrelets, 1:405, 5:3629, 
3912 
Marbled salamanders, 5:3772 
Marburg hemorrhagic fever, 3:2107, 
6:4590 
Marchantia spp., 1:675 
Marchantia polymorpha. See 
Common liverworts 
Marconi, Guglielmo, 2:1515, 5:3597, 
3604, 6:4541 
Marcy, Geoffrey, 1:671 
Marey, Etienne Jules, 4:2862 
Marfan, Antoine, 4:2622 
Marfan syndrome, 3:1891, 
4:2622-2623, 3141 
Margined flying fish, 3:1767 
Margulis, Lynn, 2:919—920, 6:4296 
Marianus Trench, 2:1622, 1623, 
4:3075, 6:4516 
Marie, Pierre, 4:2959 
Marijuana, 3:2048—2049, 2108-2109, 
4:2623-2626 
Marine ecosystems 
biomes, 1:566, 569 
denitrification, 2:1272—1273 
food web, 1:232—233, 2:1190 
global warming, 3:2015 
nitrogen cycle, 4:2998-3001 
nitrogen fixation, 4:3001 
sedimentary environment, 5:3851 
Marine eels, 6:4464 
Marine fossils, 1:70—71 
Marine iguanas, 3:2243 
Marine Mammal Protection Act 
(1972), 2:1566, 5:3828, 3835 
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Marine toads. See Cane toads 
Marine transgressions, 3:1804 
Mariner 4 (spacecraft), 6:4571 
Mariner 10 (spacecraft), 4:2697, 2700, 
2701, 2702 
Mariner’s astrolabe, 1:356 
Maritime climate, 4:3073 
Maritime tropical air masses, 1:97—98 
Marjoram, sweet, 3:2113 
Mark I (computer), 2:1057 
Mark I antidote kit, 5:3788, 6:4625 
Marker, Russell, 2:1119 
Marketing, 4:2651 
Markhors, 3:1973, 1973 
Marlins, 4:2626—-2627, 2627, 6:4261 
Marmosets, 4:2627-2630, 2628, 2835, 
2981 
Marmota spp. See Marmots 
Marmota bobak. See Bobak marmots 
Marmota caligata. See Hoary 
marmots 
Marmota caligata camtscharica. See 
Kamchatkan marmots 
Marmota caligata olympus. See 
Olympic marmots 
Marmota caligata vancoucerensis. See 
Vancouver Island marmots 
Marmota caudata. See Long-tailed 
marmots 
Marmota flaviventris. See Yellow-bel- 
lied marmots 
Marmota marmota. See Alpine 
marmots 
Marmota monax. See Groundhogs 
Marmots, 4:2630—2632, 2631, 5:4096, 
4097 
Marrow (vegetable), 6:4556 
Marrubium vulgare. See Hoarhound 
Mars, 4:2632, 2632-2637, 2633, 2634, 
2639 
atmosphere, 4:2632, 2634, 3353, 
3354-3355 
calendar, 1:732 
composition, 5:4002-4003 
dunes, 2:1393 
impact craters, 3:2257, 4:2634, 
2636-2637, 2639 
life on, 2:1414, 4:2635, 6:4573 
meteorites, 1:353, 4:2635, 2736 
precession, 1:834 
pyrolitic release experiment, 
6:4573 
research, 4:3350 
sky color, 6:4572 
space probes, 5:4032 
Viking project, 1:353, 
6:4571-4574, 4572, 4573 
Mars exploration rovers, 4:2636, 
2637-2639, 2638, 2639, 2641-2642, 
5:4032 
Mars Express orbiter, 4:2635, 3353 
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Mars Global Surveyor, 4:3353 
Mars Osyssey (spacecraft), 4:2635, 
3353, 5:4032 
Mars Pathfinder, 1:352, 4:2635-2636, 
2639-2643, 3350, 5:3739 
Mars Polar Lander, 4:2637 
Mars Reconnaissance Orbiter, 
4:2635, 3350, 3353, 3357, 5:4032 
Mars Science Laboratory, 5:4033 
Marsden, Ernest, 1:151, 385, 5:3527, 
6:4196 
Marsh, George Perkins, 2:1088 
Marsh, Othniel C., 2:1337 
Marsh harriers, 3:2066 
Marsh harvester, 1:84 
Marsh hawks, 1:592, 3:2066, 2288 
Marsh mongooses, 4:2831 
Marsh wrens, 6:4720, 4721 
Marshall, Barry James, 2:1329 
Marshes, 1:568, 6:4688 
ecological productivity, 2:1447 
grasses, 3:1992 
salt, 3:1992, 2414-2415 
sedges, 5:3843 
Marsupalia. See Marsupials 
Marsupial cats, 4:2643 
Marsupial rats and mice, 4:2643-2644 
Marsupials, 3:2401, 4:2613, 2644 
koalas, 3:2418 
numbats, 4:3046 
opossums, 4:3097 
phalangers, 4:3281 
Martens, 4:2645 
Martes americana. See American pine 
martens 
Martes flavigula. See Himalayan 
martens 
Martes foina. See Beech martens 
Martes martes. See Pine martens 


Martes melampus. See Japanese 
martens 

Martes pennanti. See Fishers 

Martes zibellina. See Sables 

Martin, A. J. P., 2:926 

Martin, Pierre Emile, 5:4140 

Martinetas, 6:4376 

Martins, 6:4253-4255 

Martins, T., 1:715 

MARV (Miniature autonomous 

robotic vehicle), 5:3739 

MARVs (Maneuverable reentry vehi- 

cles), 1:453 

Mary Queen of Scots, 4:2705 

Mary Rose (ship), 4:2934 

Mascheroni, Lorenzo, 2:1097 

Masers, 2:1518, 3:2456, 4:2645-2646 

Masi, Gianluca, 2:875 

Masked boobies, 1:638 

Masked ducks, 2:1389 

Masked lovebirds, 4:3217 
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Masked titis, 4:2983 
Maslow, Abraham, 5:3535 
Mason bees, 1:506 
Masonry, 5:4170-4174 
See also Concrete 
Mass, 4:2646-2647 
conservation of, 2:887, 1092-1093 
energy and, 4:2647 
laws of motion, 3:2467—2468, 
4:2646, 2977 
Mercury, 4:2702 
molecular formula, 4:2815 
molecules, 4:2823 
momentum, 4:2830 
neutrinos, 4:2972 
principle of equivalence, 5:3670 
special relativity, 5:3675, 
3676-3677 
stars, 3:2411, 5:4106, 4107, 4148, 
4161 
Mass, atomic. See Atomic weight 
Mass exchange binaries, 1:531 
Mass extinction, 1:543—544, 2:1564, 
3:1678-1680, 4:2647-2648 
Cretaceous period, 1:544, 
3:1678-1680, 2399-2400 
current, 3:1680 
dinosaur, 4:3184 
fossilization, 3:1807 
K-T event, 3:1678—1680, 
2399-2400, 4:2647, 3184 
Permian period, 1:543—544, 4:3182 
planetary geology, 4:3357 
Mass mortality, 3:1807 
Mass number, 4:2649 
Mass production, 4:2649-2652, 2650, 
3311-3312 
Mass spectrometry, 3:1789—1790, 
4:2653 
atomic weight, 1:397—-398 
biological weapons detection, 
6:4666 
chemical weapons detection, 
6:4665-4666 
with chromatography, 2:927 
gas chromatography, 4:2653 
geologic time, 3:1923 
ionization, 3:2358—2359 
molecular weight, 4:2820 
proteomics research, 5:3521 
Mass transportation, 4:2653-2656, 
2654 
Mass wasting, 4:2656—-2660, 2657 
landform formation, 2:1620-1621 
sediment and sedimentation, 
3:2448, 5:3844 
subsidence, 6:4205—4207 
Massage, 4:2692, 3326, 6:4397 
Massifs, 2:1642 
Massive compact halo objects 
(MACHOs), 2:1235, 3:2002 
Massive stars, 4:2974, 5:4149-4150, 
4160, 6:4239-4240, 4551 


Mast cells, 3:2137—2138 
Mast crops, 4:3064 
Masterclocks, hydrogen, 6:4374 
Mastigophorans, 1:855, 4:3208 
Mastoid process, 1:243 
Mastotermitidae, 6:4331 
Mat rushes. See Soft rushes 
Matches, 4:3293 
Mate, 1:716 
Materials handling, robotic, 5:3741 
Materials recovery facility (MRF), 
5:3650 
Maternal-fetal disease transmission, 
2:899 
Maternal-infant bonds, 4:2573 
Mathematical models, 5:3817 
Mathematical Principles of Natural 
Philosophy (Newton), 1:360 
Mathematics, 4:2660-2661 
fundamental theorems, 
3:1835-1836 
savants, 5:3799 
theorems, 6:4343-4344 
Mather, John Cromwell, 3:2295 
Mating 
birds, 1:587, 590-591, 646-648, 
2:1170, 5:4017 
courtship and, 2:1164-1166 
deer, 2:1254-1255 
elephants, 2:1540—1541 
grasshoppers, 3:1998—1999 
same-sex, 1:223—224 
snakes, 5:3971 
sticklebacks, 5:4168 
Matriarchy, 2:1540 
Matricaria recutita. See Chamomile 
Matrices, 1:131, 4:2661-2664 
connective tissues, 2:998, 1086 
fiber composites, 2:1044-1045 
linear algebra, 4:2524—2525 
multiplication, 4:2525 
square, 2:1298—1299 
systems of equations, 6:4276 
Matrilineal societies, 1:289, 438 
Matrix. See Matrices 
Matrix-assisted laser desorption/ioni- 
zation mass spectroscopy (MALDI- 
MS), 6:4666 
Matter, 1:12, 4:2664—2665, 5:4118 
dark, 1:528, 671-672, 2:1234-1236, 
1235 
degenerate, 5:4149 
energy and, 4:2664, 5:3676, 3677 
states of, 4:2665, 5:4//8, 
4118-4121, 4719 
Matteucci, Carlo, 2:1489 
Matteucia struthiopterus. See Ostrich 
ferns 
Matthei, Heinrich, 2:988 
Matthews, Drummond, 5:3396 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Maturation promoting factor (MPF), 
4:2674 
Mauchly, John, 2:1057 
Maudsley, Henry, 4:2545 
Mauna Kea Observatory, 3:2293, 
6:4318 
Mauna Kea seamount, 5:3836 
Maunder, Edward Walter, 4:2665, 
5:3994, 6:4231 
Maunder minimum, 4:2665-2667, 
3174, 5:3994, 6:4231 
Maundia spp., 1:307 
Mauritius, 2:1182 
Mauritius kestrels, 3:1688 
Maury, Antonia Caetana De Paiva 
Pereira, 5:4055 
Maury, Matthew Fontaine, 6:4512 
MAVS (Micro-air vehicles), 
4:2759-2760 
Maxam, Allan M., 3:1903 
Maxam-Gilbert technique, 5:3865 
Maxillary bones, 5:3937 
Maxillopoda, 2:1127 
Maxima (mathematics), 4:2667—2669, 
2668, 2669 
Maximum-usable frequency (MUF), 
5:3599 
Maxwell, James Clerk 
atomic theory, 1:392 
Bohr model, 1:633 
Brownian motion, 1:672 
electromagnetic fields, 2:1502 
electromagnetic spectrum, 2:1508 
electromagnetism, 2:1511—1512, 
1580 
entropy, 2:1595 
ether, 5:3673-3674 
light, 4:2514 
magnetism, 4:2601 
Maxwell’s field equations, 5:3596 
physics history, 4:3328 
planetary ring systems, 4:3363 
quantum electrodynamics, 5:3563 
radiation, 5:3590 
Saturn, 5:3792 
statistical mechanics, 5:4121—4122 
Maxwell-Boltzmann statistics, 5:4122 
Maxwell Montes, 6:4561 
Maxwell’s field equations, 2:1502, 
5:3596 
May-flowers, 3:2093 
Maya, 1:287, 4:2934-2935, 6:4623, 
4747 
Mayapples, 1:463 
Mayaro virus, 6:4749 
Mayflies, 4:2669-2671, 2670, 5:4174, 
6:4465 
Mayor, Michele, 4:3350 
Maypops, 4:3227 
Mayr, Ernst, 3:1653, 5:4052, 6:4292 
Mazatzal Mountains, 4:3012 


MBE (Molecular beam epitaxy), 
4:2918, 6:4236 
McCandless, Bruce, 5:4036 
McCollum, Elmer, 1:718 
McCormick, Cyrus H., 1:84 
McCormick, Katherine, 2:1119 
McCown’s longspur, 5:4051 
McCrae, John, 5:3444 
Mciropsittinae. See Pygmy parrots 
McKay, Frederick, 3:1764 
McKay’s buntings, 5:4051 
McKee, Alexander, 4:2934 
McLean, Jay, 1:251 
McMillan, Edwin M., 2:1533, 1534 
McMurdo Station, 6:4520 
MD (Minidisc), 4:3291 
MDMA, 3:2051 
mDNA (mitochondrial DNA). See 
Mitochondrial DNA analysis 
Meachan, William E., 3:2202 
Mead, Margaret, 2:1636 
Meadow buttercups, 1:699, 699 
Meadow saffron, 4:2518 
Meadow voles, 6:4615 
Meadowlarks, 1:611, 5:4048 
Mealybugs, 5:3804 
Mean, 4:2671, 2807, 5:4124 
Mean solar time, 1:197, 383 
Meanders, 1:149 
Measles, 2:896 
Measurement junctions, 6:4358 
Measurements 
accuracy in, 1:14 
approximation, 1:14, 276 
British Imperial System of Units, 
4:2738, 2739, 2740-2741, 
6:4523-4524, 4525 
conversion of, 6:4525 
error, 2:1623—1625 
history, 4:2738-2739 
International System of Units, 
3:2089, 4:2738, 2739-2740, 
6:4524-4525 
metric system, 2:1159-1160, 
4:2738-2741, 6:4524, 4525 
natural numbers in, 4:2931—2932 
photogrammetric, 4:3306 
units and standards, 6:4523-4525 
Measuring instruments, 1:733, 3:2058, 
2459 
Meats 
curing, 3:1778-1779 
dietary need for, 4:3060 
refrigerated transport of, 
5:3661—3662, 3662 
trichonosis-infected, 6:4437 
Mebendazole, 6:4438 
Mechanical adhesion, 1:54 
Mechanical advantage, 4:2585 
Mechanical deposition, 5:3846—3847 
Mechanical engineering, 2:1590 
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Mechanical friction, 2:1488 
Mechanical tractor, 1:157 
Mechanical ventilation, 5:3695—3696 
Mechanical weathering, 2:1619 
Mechanization, 1:419 
Mecke, Reinhardt, 5:4018 
Meconopsis spp., 5:3443 
Mecoptera. See Scorpion flies 
Medawar, Peter, 3:2249, 6:4427 
Medeleev, Dmitri, 4:3259-3260 
Medelevium, 2:1534 
Medflies, 6:4466 
Medial plane, 1:206 
Median, 4:2671-2672, 2807, 5:4124 
Median nerve compression, 
1:789-790 
Medicago sativa. See Alfalfa 
Medicaid, 2:1118 
Medical examiners, 2:1177—1178 
Medical genetics, 4:2672-2673 
Medical history, 2:1306—1307 
family, 3:1898, 1900 
pedigree analysis, 4:3236-3238 
Medical psychotherapy, 5:4186—4187 
Medical research. See Biomedical 
research 
Medicinal leeches, 5:3858, 3859 
Medicine 
alternative, 1:157—162, 749, 3:2114 
biochemistry research, 1:540 
biological rhythms, 1:556—-557 
biophysics, 1:571—572 
birth and, 1:595—-596 
history, 6:4242-4246 
microtechnology, 4:2758—2759, 
5:3743-3744 
nuclear, 1:571, 4:3029-3031, 
5:3614-3616, 3619-3620 
preventive, 2:1347—-1348 
radioisotopes in, 5:3619—3620 
robots, 1:421 
ultrasonics, 1:33, 6:4506-4507 
See also Herbal medicine 
Medieval Climatic Optimum, 4:3174 
Medieval period 
architecture, 1:688—689 
bucket elevators, 1:343 
cartography, 1:798 
waterwheels, 6:4655 
Meditation, 1:159, 548, 4:3071 
Mediterranean basin, 2:1642-1643, 
1644 
Mediterranean forests, 6:4434 
Mediterranean fruit flies, 6:4466 
Mediterranean Sea, 3:2380, 4:2933 
Mediterranean tortoises, 6:4492 
Medtronic, Inc., 4:3168 
Medulla oblongata, 1:653 
Medusae. See Jellyfish 
Meerkats, 4:2831 
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MEG (Magnetoencephalography), 
1:656 

Megacephalon spp. See Scrubfowl 

Megaceryle alcyon. See Belted 
kingfishers 

Megachiroptera, 1:486, 488 

Megaelectron volts (MeV), 1:11 

Megafauno, 3:1679-1680 


Megalaima rafflesii. See Red-crowned 
barbets 
Megalania spp., 4:2833 
Megaloblastic anemia, 1:210, 6:4602 
Megaloceros gigantus. See Irish elk 
Megalonychidae. See Two-toed sloths 
Megalopidae. See Tarpons 
Megalops atlanticus, 6:4283 
Megalops cyprinoides, 6:4283 
Megalosaurus spp., 2:1337 
Megamouth sharks, 5:3904 
Megaphylls, 3:1705, 2475 
Megapodiidae. See Moundbuilders 
Megapodius eremita. See Melanesian 
megapodes 
Megapodius protchardii. See 
Polynesian megapodes 
Megaspores, 5:4089 
Megazostrodon spp., 4:3185 
Meglitinides, 2:1305 
Meiosis, 1:845-847, 4:2673-2675 
flowering plants, 5:3896 
gametogenesis, 3:1854 
sex chromosomes, 2:929, 935, 937 
spores, 5:4089 
Meissner, Georg, 6:4289 
Meissner, Walther, 6:4234—-4235 
Meissner corpuscles, 6:4397 
Meissner effect, 6:4235, 4237 
Meitner, Lise, 4:3018 
Meitnerium, 2:1535, 4:3266 
Melaleuca spp., 4:2913 
Melaleuca quinquinerva. See 
Bottlebrush trees 
Melamprosops phaeosoma. See 
Po’ouli 
Melanerpes aurifrons. See Golden- 
fronted woodpeckers 
Melanerpes carolinus. See Red-bellied 
woodpeckers 
Melanerpes erythrcephalus. See Red- 
headed woodpeckers 
Melanerpes formicivorus. See Acorn 
woodpeckers 
Melanerpes lewis. See Lewis’s 
woodpeckers 
Melanerpes uropygialis. See Gila 
woodpeckers 
Melanesia, 6:4613 
Melanesian megapodes, 4:2867 
Melanin, 1:113-116 


4890 


Melanitta fusca. See White-winged 
scoters 
Melanitta nigra. See Black scoters 
Melanitta perspicillata. See Surf 
scoters 
Melanocetidae, 1:219 
Melanocyte inhibiting hormone 
(MIH), 3:2152 
Melanocytes, 1:115, 3:2318 
Melanoma, 1:745 
causes, 3:2319, 4:2903, 3165 
gene therapy, 3:1886 
ocular, 6:4601 
Melanorrhoea usitata. See Burmese 
lacquer trees 
Melanosuchus niger. See Black 
caimans 
Melanthaceae. See Bunchflowers 
Melatonin, 1:555, 2:1573 
Meleagris gallopavo. See Common 
turkeys 
Meélés, Georges, 4:2862 
Meles meles. See Eurasian badgers 
Melia spp., 4:2608 
Melia azedarach. See Chinaberry 
Meliaceae, 4:2607 
Melilotus alba. See Sweet clovers 
Melilotus officinalis. See Sweet clovers 
Melinae, 1:449 
Meliphagidae, 3:2150 
Melissa officinalis. See Lemon balm 
Melliovora capensis. See Honey 
badgers 
Mellisuga helenae. See Bee 
hummingbirds 
Meloe spp., 1:512 
Melogale moschata. See Chinese ferret 
badgers 
Melogale orientalis. See Javan ferret 
badgers 
Melogale personata. See Indian ferret 
badgers 
Melons, 3:1981—1982 
Melopsittacus undulatus. See 
Budgerigars 
Melospiza georgiana. See Swamp 
sparrows 
Melospiza melodia. See Song 
sparrows 
Melothira pendula. See Creeping 
cucumbers 
Melt spinning, 1:321 
Melting point, 4:2820, 5:4119, 6:4353 
Meltzer, Samuel James, 6:4360 
Melursus ursinus. See Sloth bears 
Membranes 
ion exchange, 3:2355—2356 
osmosis, 4:3136—-3138, 3137, 3138 
selectively permeable, 4:3139 
semipermeable, 4:3137, 3137, 
3138, 5:4013 


tympanic, 1:33, 2:1409, 3:1658, 
2075 
See also Cell membranes 
Memo Note 30, 4:3268 
Memorization skills, 4:2677 
Memory, 1:517, 4:2676—2683 
brain function, 1:656 
computer, 2:1062-1063, 1519, 
3:2146, 4:3100 
dopamine and, 4:2969 
learning, 3:2477 
menopause, 4:2690 
neurotransmitters in, 4:2969 
repressed, 4:2677, 2681 
research, 4:2680—2681, 2682 
savants, 5:3799 
vision, 6:4593, 4597-4598 
Memory cells, 3:2252, 2255, 4:2566 
Memory disorders, 3:2420—2422, 
4:2677, 2681-2682, 2950 
MEMS (Micromachines), 4:2759 
Menarche, 3:2035, 4:2695, 5:3546 
Mencci, Antonio, 6:4306 
Mendel, Gregor 
chromosome mapping, 2:939 
laws of inheritance, 1:579, 2:1280, 
3:1651, 1875, 4:2683 
plant breeding, 1:643, 3:1905, 
4:3371 
pollination, 5:3428 
Mendeleev, Dmitri 
atomic mass, 1:385 
atomic number, 1:388—389 
families of elements, 2:1530 
medelevium, 2:1534 
molecular formula, 4:2815 
Pauli’s exclusion principle, 3:1666 
periodic table, 1:391, 2:887, 1526 
Mendelevium, 1:35—36, 4:3266 
Mendelian genetics, 3:1890-1891, 
1905, 4:2682-2685, 2683, 2684 
Mengele, Josef, 2:1359 
Menhadens, Atlantic, 3:2126 
Meninges, 4:2685—2686 
Meningitis, 4:2685—2688 
bacterial, 2:1268, 4:2685, 2686 
Escherchia coli, 2:1625 
with spina bifida, 5:4074 
viral, 4:2686 
Meninogencephalitis, primary ame- 
bic, 1:186, 4:3208 
Meninogomyelocele, 3:2199 
Meniscectomy, 1:316 
Menopause, 1:77, 3:2035, 
4:2688-2693, 2695 
Menstrual cycle, 3:2035—2036, 
4:2693-2696, 2694, 5:3682, 3684 
acne, 1:27 
biological rhythms, 1:555 
hormone regulation, 3:2155 
ovarian cycle, 4:3147 
puberty, 5:3546 
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Menstruation, 4:2695 
Mensutkin, Nikolj, 2:1627 
Mental representation, 4:2680 
Mental retardation, 1:601, 4:3287, 
5:3665-3666 
Mentawai macaques, 4:2573 
Menten, Maud, 2:1604 
Mentha arvensis. See Common mint; 
Mints 
Mentha piperita. See Peppermint 
Mentha spicata. See Spearmint 
Menura spp., 4:2568 
Menura alberti, 4:2568 
Menura superba. See Superb lyrebirds 
Menuridae, 4:2568 
Menville, C. F., 4:2689 
Mephitis macroura. See Hooded 
skunks 
Mephitis mephitis. See Striped skunks 
Meptopium toxiferum. See 
Poisonwood 
Mercalli scale, 2:1423 
Mercator projection, 1:484, 800, 
3:2464 
Mercuric oxide/zinc cell batteries, 
1:492 
Mercurous chloride, 4:2696 
Mercury (element), 4:2696-2697 
amalgam fillings, 2:1277 
antiseptics, 1:265 
barometers, 1:473-474 
bioaccumulation, 1:536, 6:4651 
biomagnification, 1:563 
fungicides, 3:1842 
hazardous waste, 3:2069, 4:2697 
incineration emissions, 3:2268 
lamps, 1:283 
production, 4:3156 
properties, 2:1527, 4:2696-2697 
for sexually transmitted diseases, 
5:3898 
thermometers, 6:4324, 4345, 4357, 
4358 
toxicity, 4:2696, 2697 
uses, 2:1527-1528, 4:2697 
Mercury (planet), 4:2697-2703, 2698, 
2699, 2700, 2701 
atmosphere, 4:2700, 2702, 3353 
composition, 5:4002—4003 
orbit, 4:2698—2699, 5:3669, 3674 
tidal effects, 1:833 
Mercury chloride. See Mercurous 
chloride 
Mercury poisoning, 4:2696, 2697, 
6:4401 
MErcury Surface Space 
ENvironment GEochemistry and 
Ranging (MESSENGER), 4:2702, 
6:4563 
Mercury thermometers, 6:4346 
Mergansers, 2:1386, 1388, 1389-1390 
Merganthaler, Ottmar, 5:3494 


Merginae. See Mergansers 
Mergus merganser. See Common 
mergansers 
Mergus serrator. See Red-breasted 
mergansers 
Meridia. See Sibutramine 
Meridians 
acupressure, 1:40 
acupuncture, 1:41, 42, 161 
cartography, 1:799 
celestial, 1:837 
prime, 1:799, 837 
See also Longitude 
Merino sheep, 4:2538, 5:3909, 3910 
Meriones unguiculatus. See 
Mongolian gerbils 
Meristems, 4:3368 
Merkel disks, 6:4397 
Merkel’s cells, 3:2318 
Merlins (birds), 1:592, 3:1690, 1691 
Merocrine glands, 3:1672—1673 
Meropeidae, 5:3820 
Merops apiaster. See European bee- 
eaters 
Merops ornatus. See Rain-bow birds 
Merops persicus. See Blue-cheeked 
bee-eaters 
Merostomata, 3:2162 
Merrell, John, 2:1310 
Mersenne prime, 4:3253 
Merthiolate, 1:265 
Mesas, 4:2874 
Mescal buttons, 1:711, 3:2050 
Mescaline, 3:2050 
Meselson, Matthew, 2:1360 
Mesenchyme, 4:3140, 5:3940 
Mesmer, Franz Anton, 1:159 
Mesmerism, 1:159 
Mesocricetus auratus. See Golden 
hamsters 
Mesocyclone, 6:4388—4389 


6:4200 
Mesopelagic zone, 4:3077-3078 
Mesophere, 1:365, 367, 368, 378, 
379-380 
Mesophiles, 1:441 
Mesophyll, 3:2474-2475 
Mesopotamia 

cartography, 1:797 

desertification, 2:1297 

glass, 3:1960 

horses, 3:2161 

wheat, 6:4691 
Mesosaurus, 2:1107 
Mesoscopic systems, 4:2703-2704 
Mesosphere, 2:1413, 1418 
Mesothelioma, 1:335 
Mesotrophic lakes, 3:2436 
Mesozoa, 4:2704 
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Mesons, 2:1512, 5:4073, 4102, 41037, 


Mesozoic era 
cycads, 2:1221 
dinosaurs, 2:1334, 1335, 6:4497 
Europe, 2:1642 
Mesquite, 2:1296, 3:2488 
MessagePad, 4:3268 
MESSENGER (MErcury Surface 
Space ENvironment GEochemistry 
and Ranging), 4:2702, 5:4032, 
6:4563 
Messenger RNA (mRNA), 5:3724, 
3734-3735 
molecular biology, 4:2814 
protein synthesis, 2:934, 3:1906 
splicing, 5:3735-3736 
synthetic, 2:988—989 
viral, 6:4577 
Messerschmitt 262, 1:105 
Mestinon, 5:3425 
Metabiosis, 2:1027 
Metabolic disorders, 4:2705—2709 
Metabolism, 4:2709-2713 
adenosine diphosphate in, 1:52, 53, 
53 
adenosine triphosphate in, 
1:52—53, 53 
aerobic, 1:58, 538, 539 
aerobic oxidation and, 1:58 
anabolism in, 1:195-196 
antimetabolites, 1:259-260 
bacteria, 1:442-443 
biochemical oxygen demand, 
1:538-539 
biochemistry research, 1:540 
carbohydrates, 1:765—-766 
catabolism, 1:195—196, 806-807 
citric acid, 2:952-953 
crassulacean-acid, 1:709—710 
drug, 4:3281—3282 
endothermic organisms, 2:1578 
energy for, 1:575 
glucose, 1:195 
glycolysis, 3:1971-1972 
inborn errors of, 4:2705—2706 
lactic acid, 3:2430 
lipids, 4:2527 
obesity and, 4:3069 
plant, 1:642 
rigor mortis, 5:3729 
sleep, 5:3947 
starvation, 3:2147 
temperature regulation, 6:4326 
toxic substances, 3:2125—2126 
tryptophan, 4:2747 
urea, 6:4537 
Metafemales, 2:930 
Metal detectors, 4:27/5, 2715-2716 
Metal fatigue, 4:2716-2717, 5:4145 
Metal oxide semiconductor field- 
effect transistor (MOSFET), 6:4420 
Metalimnion, 3:2436—2437 


Metallizing, 4:2722 
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Metallo-organic chemical vapor 
deposition (MOCVD), 4:2918, 
6:4236 

Metallo-tetrapyrroles, 5:3379 

Metallofullerenes, endohedral, 1:681 

Metalloids, 4:3260—3261 

Metallurgy, 4:2719-2723 

abrasives, 1:3-4 

archaeometallurgy, 1:299 

history, 1:147, 4:2720, 27201 

nitrogen in, 4:2996 

steel testing, 5:4144-4145 

Metals, 4:2713-2715 

adhesives for, 1:54 

agricultural machines, 1:81 

alchemy, 1:116—117 

alkali, 1:132—134, 2:1530, 4:2714, 
3262 

alkaline earth, 1:134-136, 2:1530, 
4:2714, 3262 

alkalip, 4:2714 

bioremediation, 1:573 

casting, 4:2720-2721 

catalysts, 1:808 

coatings on, 4:2722-2723 

coinage, 2:1531 

in contaminated soil, 2:1098 

corrosion, 2:1146-1147 

crystalline, 2:1204—-1206 

elasticity, 2:1465 

electrical conductivity, 2:1469, 
1470, 1479-1480 

electrons, 2:1514 

fibers, 1:322t 

flame analysis, 3:1736 

galvanized, 1:227, 4:2722 

geochemical prospecting, 
3:1917-1918 

hazardous waste from, 3:2069 

ligands, 4:2509, 2509-2512, 2510 

liquid, 4:3037 

machine tools for, 4:2575—2576 

magnetic, 4:2601 

mechanical working, 4:2721—2722 

melting point, 5:4119 

mining, 4:2717-2718 

noble, 4:2717 

North America formation, 4:3012 

octet rule, 4:3080 

oxidation-reduction reaction, 
4:3156 

oxides of, 2:1050 

periodic table, 4:3260-3261 

poisoning, 2:1101, 5:3416 

precious, 5:3471—3474, 3472 

production, 4:2717, 2717-2719 

radioactive heavy, 1:35—36 

soldering, 5:4007—4009 

tools, 3:2058 

waste, 3:2443 

See also Alloys; Ores; Transition 
metals 

Metamorphic grade, 4:2723-2726, 
2724 
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Metamorphic rocks, 1:503, 
4:2726-2727, 5:3751 
erosion, 5:3752 
formation, 4:2723-2726, 2724, 
2727-2729, 5:3751, 4170 
ores in, 4:3113-3114, 5:3751 
Metamorphism, 4:2724-2726, 
2727-2729 
Metamorphosis, 4:2729, 2729-2731 
beetles, 1:509, 511-512 
butterflies, 1:699, 700-701, 4:2729, 
2729 
caddisflies, 1:713, 7/4 
salamanders, 5:3770—3771 
Metapenaeus spp., 1:629 
Metaphase, 4:2674, 2803, 2803 
Metasequoia glyptostroboides. See 
Metasequoias 
Metasequoias, 5:3867, 6:4256 
Metasomatism, 4:2726 
Metastasis, 6:4472 
Metaviridae, 5:3712 
Metaxalone, 4:2886 
Metchnikoff, Elie, 3:2249, 2254 
Meteor Crater (Arizona), 3:2256, 
2257 
Meteor showers, 4:2734, 2735-2736 
Meteorgraphs, 1:370 
Meteorites, 4:2733-2737, 2735, 2736 
astroblemes, 1:354-355 
dating techniques, 3:1925-1926 
Henbury meteorite craters, 1:408 
impact craters, 1:810, 2:1564, 
3:1678-1679, 2257, 2399, 2436 
iron from, 5:4139 
Mars, 1:353, 4:2635 
Murchison, 4:2882—2884 
Murray, 4:2883 
See also Impact craters 
Meteoritics, 4:3357 
Meteoroids. See Meteors 
Meteorologica (Aristotle), 3:1935, 
4:2732, 6:4670 
Meteorology, 2:1416, 4:2731—2733, 
6:4670 
See also Weather 
Meteors, 1:352-353, 4:2733-2737, 
2734, 2735 
Meters, 4:2739, 6:4524 
Methaceae. See Mints 
Methamphetamine, 1:186—189 
Methane 
biogas, 1:545 
from composting, 2:1047 
electric power generation, 1:156 
formation, 4:2825 
fuel cells, 3:1832 
greenhouse effect, 3:2011, 2013 
from landfills, 3:2445, 2446, 6:4638 
methyl group from, 1:140, 
4:2737-2738 
Miller-Urey experiment, 4:2772 


molecular formula, 4:2816 
molecular shape, 4:2817, 2818, 
2818 
in natural gas, 4:2928, 2929¢ 
Neptune’s atmosphere, 4:2943 
primitive atmosphere, 4:3124 
producing bacteria, 1:196 
Triton’s atmosphere, 4:2946 
Uranus’s atmosphere, 6:4533 
uses, 3:1809, 2195 
Methanogens, 1:284, 285 
Methanol 
ammonia production, 1:179 
bioenergy, 1:546 
from cellulose digestion, 1:855 
history, 1:117 
molecular structure, 1:118, //8 
production, 1:118-119, 4:2738 
properties, 1:118 
Methionine, 1:178 
Methocarbamol, 4:2884 
Methoxyflurane, 1:212 
Methyl acetate, 2:1626 
Methyl alcohol, 3:2204, 4:2816 
Methyl benzene. See Toluene 
Methyl bromide, 3:2053, 4:3165 
Methyl cinnamate, 2:1626 
Methyl ether, 3:1800 
Methyl group, 1:140, 4:2737-2738 
Methyl isobutyl ketone, 1:16 
Methyl isocyanate, 1:89 
Methyl methacrylate, 1:16 
Methyl phenidate, 2:1627 
Methyl red, 3:2269 
Methyl salicylate, 2:1626 
Methyl-tert-butyl ether (MTBE), 
3:2198, 4:2738 
Methyl trichloride. See Chloroform 
Methyl violet, 3:2269 
Methylene chloride, 3:2043 
Methylmercury fungicides, 3:1842 
Methylphenidate, 1:402, 2:1369 
Metopidius indicus. See Bronze- 
winged jacanas 
Metrazol, 2:1211—1212 
Metric system, 2:1159—1160, 
4:2738-2741, 6:4524, 4525 
Metroxylan saga. See Sago palms 
Metula (tanker), 4:3083 
Meusnier, Jean-Baptiste-Marie, 1:108 
MeV (Megaelectron volts), 1:11 
Mexican bean beetles, 1:512 
Mexican black howler monkeys. See 
Guatemalan black howler monkeys 
Mexican prairie dogs, 5:3466 
Mexico 
endangered pines, 4:3343-3345 
Rio Grande rift, 4:3014-3015 
silver, 5:3473 
Mexico City air pollution, 1:100, 
5:3431 
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Meyerhof, Otto, 1:766, 3:1701—1702 
MFOs (Mixed-function oxidases), 
2:1101 
MHC (Major histocompatibility 
complex), 1:415, 3:2249, 2250 
Mice, 4:2741, 2741-2744 
animal models, 3:2176, 4:2743 
cancer research, 1:225—226 
classification, 5:3641 
comparative genomics, 3:1913 
deer, 2:1255—1256, 4:2742 
marsupial, 4:2643—2644 
New World, 4:2741-2742 
nude, 1:226 
Old World, 4:2742-2743 
pocket, 3:2400 
pregnancy tests, 3:2174 
Michaelis, Leonor, 2:1604 
Michelangelo, 1:559 
Michels, Helen, 3:2399 
Michelson, Albert, 3:2321, 4:2744, 
5:3673-3674 
Michelson Interferometer, 3:232/, 
2321-2322, 2324, 4:2744-2745 
Michelson-Morley experiment, 
4:2744-2746, 5:3669, 3673-3674 
Micrastur semitorquatus. See Collared 
forest falcons 
Micrathene whitneyi. See Elf owls 
Micro-air vehicles (MAVS), 
4:2759-2760 
Microarrays, 1:535, 2:1362, 
3:1876-1877, 1877 
bio-flips, 1:535 
cancer mutations, 1:745 
proteomics research, 5:3521 
Microbial genetics, 4:2746-2747 
Microbiology, water, 6:4648-4649 
Microcapsules, 4:2759 
Microcebus spp. See Mouse lemurs 
Microcebus murinus. See Lesser 
mouse lemurs 
Microcebus rufus, 3:2491 
Microchips, 1:582—583, 4:2747-2749, 
2748, 2758 
Microchiroptera, 1:486 
Microclimates, 4:2749-2750 
Microcomputers, 4:2758, 5:3743 
See also Computers 
Microdeletion syndrome, 2:931 
Microdiopodops spp., 3:2400 
Microelectrodes, 4:2759 
Microemulsions, 2:1250, 1562 
Microfiche, 4:2758 
Microfossils, 3:1804, 4:2883 
Microgravity, 3:2332, 5:4046-4047 
Microhylidae, 3:1825, 6:4380 
Microlensing, gravitational, 3:1682 
Micromachines (MEMS), 4:2759 
Micrometeorites, 4:2733 
Micrometers, 1:734, 6:4248 


Micronutrients 
dietary, 4:3059, 3060-3061 
in fertilizers, 1:87 
Microorganisms, 4:2750 
abscess from, 1:5 
adaptation by, 1:45 
drugs from, 2:1631 
genetic identification of, 
3:1896-1897 
genetically engineered, 1:580 
heterotrophic, 3:2131 
microbial genetics, 4:2746—-2747 
microscope viewing, 4:2752 
saltwater, 6:4648-4649 
single-cell, 4:3123 
soil, 5:3990 
water, 6:4648-4649 
water treatment, 6:4651-4653 
Microparra capensis. See Lesser 
jacanas 
Microperoryctes murina, 1:461 
Microphones, 1:33, 5:3605, 6:4412 
Microphylls, 3:2475 
Micropipettes, 4:2759 
Micropotamogale spp., 4:3143 
Micropotamogale lamottei. See 
Nimba otter shrews 
Micropotamogale ruwenzorii. See 
Ruwenzori otter shrews 
Micropreditors, 5:3479 
Microprocessors, 1:535, 725, 2:1519 
Micropropagation, 1:661, 3:1829 
Micropterus coosae. See Redeye bass 
Micropterus dolomieui. See 
Smallmouth bass 
Micropterus notius. See Suwanee bass 
Micropterus punctulatus. See Spotted 
bass 
Micropterus salmoides. See Large- 
mouth bass 
Micropterus treculi. See Guadalupe 
bass 
Microsattelite analysis, 3:1908 
Microscopes, 4:2750—2753, 2751 
acoustic, 4:2757 
atomic force, 4:2753, 2755, 2757, 
2920 
epifluorescence, 3:1761 
fluorescence, 2:1230 
fusion, 3:1790 
history, 4:2751-2752, 2754-2755 
light, 4:2753-2755, 2756 
scanning electron, 2:1230, 4:2752, 
2754, 2755-2756, 5:3807, 
3807-3808, 3808 
scanning tunneling, 4:2704, 
2752-2753, 2756-2757, 6:4481 
ultrasonic, 6:4507 
Microscopic imager, 4:2638 
Microscopy, 4:2753-2757, 2754, 2755, 
2756 
Microsoft, 2:1066 
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Microsorex hoyi. See Pygmy shrews 
Microspheres, 4:3125 
Microspores, 5:4089 
Microstratigraphy, 5:4180 
Microstrips, 2:1518 
Microsurgery, 4:2759, 5:3384 
Microtechnology, 4:2758-2760 
Microtinae, 4:2741 
Microtomes, 4:2759 
Microtus spp., 6:4615 
Microtus arvalis. See Common voles 
Microtus californicus. See California 
voles 
Microtus chrotorrhinus. See Rock 
voles 
Microtus longicaudus. See Long-tailed 
voles 
Microtus miurus. See Singing voles 
Microtus montanus. See Montane 
voles 
Microtus ochrogaster. See Prairie 
voles 
Microtus pennsylvanicus. See Meadow 
voles 
Microtus pinetorum. See Tundra voles 
Microtus richardsoni. See 
Richardson’s voles 
Microtus townsendii. See Townsend’s 
voles 
Microtus xanthognathus. See 
Chestnut-cheeked voles 
Microvascular surgery, 5:3383 
Microvenator spp., 2:1338 
Microwave amplification by stimu- 
lated emission of radiation. See 
Masers 
Microwave communications, 4:2760, 
2760-2762 
Microwave ovens, 5:3690 
Microwaves 
electromagnetic spectrum, 
2:1507-1510 
electronics, 2:1518 
masers, 4:2645—2646 
path loss, 4:2761—2762 
propagation, 4:2761 
spectroscopy, 5:4061 
Micruroides spp., 2:1463 
Micrurus spp., 2:1463 
Micrurus fulvius fulvius. See Eastern 
coral snakes 
Micrurus fulvius tenere. See Texas 
coral snakes 
Mid-Atlantic Ridge, 4:3074, 3075 
bathymetric maps, 1:484 
paleomagnetism, 5:3395 
rift, 6:4518 
underwater exploration, 6:4516 
volcanoes, 6:4608 


Mid-Indian Ridge, 4:3074 
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Mid-Ocean Ridge, 3:2214, 4:2873, 
5:3396, 6:4526 
Midbrain, 1:653-654, 4:2952-2954 
Middens 
earthworm, 5:3991 
shell, 5:3911 
test excacations, 1:297 
Middle Ages 
alchemy, 1:116—117 
brewing, 1:659 
contraception, 2:1116—-1117 
dentistry, 2:1275 
hypothermia, 3:2226 
ibises, 3:2232 
measurements, 4:2738 
memory, 4:2677 
plant diseases, 4:3376 
property rights, 2:1598 
rehabilitation, 5:3662 
steel, 5:4140 
surgery, 6:4243 
Middle East 
bricks, 1:661 
canals, 1:740 
deforestation, 2:1256 
geography, 1:338-340 
Midges, 2:1243—1244, 6:4466-4467 
Midgley, Thomas, 3:2200 
Midsagittal plane, 1:206 
Miescher, Friedrich, 2:1280, 
5:3723-3724 
Mifeprex. See Mifepristone 
Mifepristone, 2:1120, 1121 
Migraine headaches, 4:2762-2765, 
2763, 3170 
Migration, 4:2765-2767 
birds, 1:588, 4:2765—2766, 3129 
butterflies, 1:701—702 
critical habitat, 2:1181—1182 
evolution, 3:1653 
geese, 3:1870, 1871 
hawks, 3:2067 
lemmings, 3:2490 
plovers, 5:3401, 3402 
population genetics, 3:1907 
prehistoric, 1:288—290 
pronghorn antelopes, 5:3507 
swallows, 6:4254 
tundra, 6:4478 
West Nile virus, 6:4685 
MIH (Melanocyte inhibiting hor- 
mone), 3:2152 
Milankovitch, Milutin, 3:1963, 2237 
Milankovitch cycles, 3:1963, 5:3420 
Mildew, 4:2767, 5:3526 
Mildewcide, 4:2767 
Miler, Stanley L., 4:2772 
Military 
hazardous waste, 3:2069 
infrared detection devices, 
3:2297-2298 
nanotechnology, 4:2921 
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space shuttle missions, 
5:4037-4038 
telegraph use, 6:4303 
Milk 
brucellosis-contaminated, 1:673 
colloidal dispersion, 2:1000 
dietary need for, 4:3060 
homogenization, 6:4506 
lactic acid in, 3:2429-2430 
livestock for, 4:2538 
pasteurization, 1:443, 
3:1779-1780, 6:4506 
sheep, 5:3910 
Milk thistles, 6:4360 
Milk vetches, 3:2486—2489 
bioaccumulation, 5:3416 
biomagnification, 1:563 
indicator species, 3:2270 
poisoning, 3:2489 
Milkfish, 1:628 
Milkweed bugs, 6:4461 
Milkweed butterflies, 1:699 
Milkweeds, 4:2767—2768, 2768 
Milky Way Galaxy, 4:2768-2772, 
2769 
black holes, 1:607, 609, 4:2771 
dark matter, 2:1235 
galactic coordinate systems, 1:830 
gamma-ray astronomy, 
3:1855-1856 
history, 3:1844, 4:2769-2770 
interstellar matter, 3:2346 
light-years to center, 4:2516 
mass of, 3:2411, 4:2771 
pulsars, 5:3550 
radio astronomy studies, 
5:3602-3603 
star clusters, 5:4110 
sun’s location in, 3:2100-2101 
superclusters, 6:4233 
supernovas, 6:4240, 4552 
Mill, John Stuart, 2:1074 
Millenium, 6:4733-4734 
Miller, A. Dusty, 1:43-44 
Miller, Joseph, 5:3573 
Miller, Neal, 1:548 
Miller, Stanley, 2:880, 1414, 4:2883, 
3124-3125 
Miller-Urey experiment, 
4:2772-2773, 2773, 2883, 3124-3125 
Millet, 3:1994—-1995 
Millikan, Robert A., 1:384, 397 
Milling machines, 4:2575—2576 
Millipedes, 4:2773-2774 
Millirem, 5:3611 
Mills, pug, 1:662 
Milpa, 5:3945 
Milstein, Cesar, 1:250 
Miltown, 6:4410 
Milvus migrans. See Black kites 
Mimas, 5:3793 
Mimetidae, 4:2775 


MIMI (Magnetosphere imaging 
instrument), 1:805, 5:3795 
Mimicry, 4:2774—-2775, 2909, 3080 
Mimid thrushes, 4:2806 
Mimidae, 4:2806 
Mimiviruses, 4:3121 
Mimosa spp., 3:2051 
Mimosaceae, 3:2486 
Mimus polyglottos. See Northern 
mockingbirds 
Mindanao tarsiers, 6:4285 
Mineral deficiency diseases, 4:3057 
Mineralocorticoids, 1:56, 57, 2:1575 
Mineralogy, 3:1926, 4:2775-2777, 
3114 
Minerals, 4:2777—2782, 2779t 
abundancy of, 4:2778, 2778t 
Africa, 1:71-72 
Australia, 1:411 
chemical bonds, 4:2776, 2778, 2809 
cleavage and fracture, 4:2776, 
2780-2781 
continental shelf, 2:1112 
crystallography, 4:2775—2776, 
2778-2779 
dating techniques, 2:1240 
deposits, 4:2875, 5:4022 
dietary, 4:3060-3061 
fibers from, 4:2927—2928 
fluorescent, 4:2781 
focused ion beam analysis, 3:1767 
formation, 1:644-646, 645, 4:3012 
geochemical prospecting, 3:1918 
geochemistry, 3:1919 
hardness, 4:2776, 2780, 2808-2809 
index, 4:2723-2726 
industrial, 3:2275—2277 
luster, 4:2776, 2780 
magnetic, 4:3175—-3178 
nutrients, 4:3059 
poisoning, 5:3416 
radioactive decay, 3:1924-1926 
sedimentation, 5:3847 
specific gravity, 4:2776, 2781 
underwater, 6:4520 
weathering, 6:4678—4680 
Mines. See Mining 
Minesweeping, 5:3739 
Mini-nukes, 4:3042 
Miniature autonomous robotic vehi- 
cle (MARV), 5:3739 
Miniatures, 4:2866 
Minidisc (MD), 4:3291 
Minima (mathematics), 4:2667-2669, 
2668, 2669 
Minimax Theorem, 3:1852 
Mining, 4:2782, 2782-2784 
acid drainage from, 6:4222 
biological, 2:1440 
canaries in, 1:537 
coal, 1:573, 2:970, 3:1809, 4:2783, 
6:4206 
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copper, 2:1130-1131 
environmental effects, 4:3114 
gold, 3:2069, 5:3473 
greenstone belts, 4:3012 
hazardous waste, 3:2069 
history, 4:2782—2783 
land use, 3:2442 
landfills, 3:2446 
metals, 4:2717-2718 
ores, 4:3114 
phosphorus runoff, 4:3294—3295 
planetary geology, 4:3357 
radiation exposure, 5:3611 
reefs, 2:1136 
room and pillar, 5:3983, 6:4206 
runoff neutralization, 4:2970 
sodium chloride, 5:3983 
solution, 5:3983 
steam engines, 5:4134-4135 
surface, 2:970, 4:2783 
underground, 4:2783—2784 
uranium, 1:411, 4:3114, 
6:4527-4528 
Miniplanets. See Minor planets 
Minks, 4:2784—2786, 2785, 6:4669 
Minniritchi eucalypts, 4:2913 
Minnows, 1:788, 4:2786—2787, 3218 
Mino anais. See Golden mynahs 
Mino dumontii. See Papuan mynahs 
Mino-Iwari earthquake, 3:1694—1695 
Minor Planet Center, 4:2788 
Minor planets, 4:2787—2792, 2789, 
2790, 2790t, 2791t 
Mint family, 4:2792-2794, 2793 
Mints, 3:2113 
Minuteman missiles, 1:453-454 
Minutes, 4:2740 
Miocene epoch, 1:71, 3:2134, 6:4718 
Miopithecus spp., 3:2027 
Mir Space Station, 4:2794-2796, 
5:4034, 4044 
Mira (star), 5:4108, 4/08 
Mirafra spp., 3:2455 
Mirafra javanica. See Singing bush 
larks 
Mirages, 1:376 
Miranda (satellite), 4:2944, 6:4531, 
4532, 4534-4535, 4536 
Miridae. See Leaf bugs 
Mirkin, Chad, 4:2920 
Mirone saxatilis. See Striped bass 
Mirounga angustirostris. See Elephant 
seals 
Mirroring, 1:286 
Mirrors, 4:2796-2797 
parabolic, 4:3201 
telescopes, 3:2170, 4:2797, 5:3602, 
6:4316-4318 
MIRV (Multiple independently tar- 
getable reentry vehicle), 1:454, 
4:3041 


MIS (Mullerian Inhibitory 
Substance), 5:3890—-3891 
Miscarriage, 2:1317-1319 
Miscibility, 4:2797-2798 
Missense mutations, 4:2904 
Missile defense systems, 3:2297—2298 
Missiles, 5:3744-3749 
anti-ballistic, 5:3748 
ballistic, 1:452-455, 2:1507, 
3:2297-2298, 5:3747 
cruise, 5:4134 
heat-seeking, 3:2297, 5:4131 
history, 1:454-455, 5:3747 
intercontinental ballistic, 
1:453-455, 4:2749 
nuclear warheads, 4:3041, 5:3747 
submarine-launched ballistic, 
1:453-454 
Missing persons DNA database, 
4:2802 
Mission to Planet Earth, 1:294-295 
Mississippi kites, 3:2066 
Mississippi River 
delta, 1:150, 2:1110-1111, 1263, 
1263, 1264 
Ohio River convergence, 5:3731 
Mississippian period, 1:71 
Mistichthys luzonensis, 3:1976 
Mistletoe, 4:2798-2799, 2799 
Mists, aerosol, 1:62 
MITalk System, 6:4273 
Mitella diphylla, 5:3802 
Mitella nuda, 5:3802 
Mitella pentandra, 5:3802 
Miter gates, 4:2543—2544 
Miterworts, 5:3802 
Mites, 1:281, 4:2799-2800 
bee, 1:507 
dust, 1:143, 281, 4:2800 
parasitic, 4:3207 
predatory, 6:4362 
Mitigations, environmental, 2:1602 
Mitochondria 
in aging, 4:2902 
cellular respiration, 5:3694 
function, 1:844 
genomes, 4:3115-3116 
symbiosis, 6:4263 
Mitochondrial DNA analysis, 4:2800, 
2800-2802, 2801 
archaeogenetics, 1:289 
parentage testing, 4:3228-3229 
‘“‘Mitochondrial Eve,” 1:289 
Mitosis, 1:845-847, 846, 4:2802—2804, 
2803 
asexual reproduction, 1:336 
chromosomes, 2:937 
gametogenesis, 3:1854 
germ cells, 3:1940 
spores, 5:4089 
Mitu spp., 2:868 
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Mixed-function oxidases (MFOs), 
2:1101 
Mixed-grass prairie, 5:3461 
Mixtures, chemical, 2:1049, 1049, 
1072, 4:2805 
MNCYV (Motor nerve conduction 
velocity), 4:2960 
Moas, 3:1746 
Mobile telephones, 1:852, 6:4310 
MoObius, Augustus Ferdinand, 6:4385 
MObius strip, 4:2805, 2805-2806, 
6:4385-4386, 4386 
Mockernut hickories, 6:4629 
Mockingbirds, 4:2806 
MOCVD (Metallo-organic chemical 
vapor deposition), 4:2918, 6:4236 
Modacrylic fibers, 1:319¢ 
Mode (mathematics), 4:2806—2807, 
5:4124 
Model A, 4:2651 
Model T, 1:344, 4:2649, 2660 
Modeling, 3:2477—2478 
Models 
computer, 2:1063-1064 
conceptual, 5:3817 
mathematical, 5:3817 
motion pictures, 4:2866 
scientific, 5:3817—3818 
See also Animal models 
Modems, 3:2341 
Modern architecture, 1:691—692 
Modern physics, 4:3329-3330 
Modern Times (film), 4:2652 
MODs (Magneto-optical disks), 
4:3100-3101 
Modular arithmetic, 4:2807-2808 
Modulation 
amplitude, 2:1509, 1510, 5:3597, 
3598, 3599, 3605 
frequency, 1:12, 2:1509, 1510, 
5:3597, 3598, 3599, 3605 
radio waves, 5:3597—3598, 
3605-3606 
Modus spp., 4:2877 
Modus alba. See White mulberries 
Modus nigra, 4:2877 
Modus rubra. See Red mulberries 
Modus tollendo tollens, 6:4268 
Modus tollerdo ponens, 6:4268 
MOET (Multiple ovulation and 
embryo transfer), 1:224 
Mohammed. See Muhammad 
Moho discontinuity. See Mohorovicié 
discontinuity 
Mohorovicié, Andrija, 2:1418, 6:4208 
Mohorovicié discontinuity, 
2:1417-1418, 6:4208 
Mohr, Georg, 2:1097 
Mohr-Mascheroni constructions, 
2:1097 
Mohs, Friedrich, 4:2776, 2780, 2808 
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Mohs scale of hardness, 4:2808—2809 
abrasives, 1:4, 47 
diamonds, 2:1311 
minerals, 4:2776, 2780, 2808-2809 
Moire effect, 4:2583 
Moissan, Henri, 3:2054 
Mola mola. See Ocean sunfish 
Molds, 4:2809-2811 
black bread, 5:3895 
external, 3:1806 
mycotoxins, 4:2908—2909 
red bread, 3:1838—1839 
slime, 5:3525—3526, 3956-3957 
water, 5:3525—-3526 
Mole (unit of measure), 1:398, 399, 
4:2811 
Mole crickets, 2:1177 
Mole-rats, 4:2811—2813, 28/2, 
5:3754 
Mole salamanders, 5:3772 
Molecular beam epitaxy (MBE), 
4:2918, 6:4236 
Molecular biology, 1:579, 
4:2813-2815, 3231 
Molecular clocks, 3:1657 
Molecular cloning, 1:580 
Molecular clouds, 3:2345 
Molecular entrainment, 1:521—522 
Molecular formulas, 3:1798—-1799, 
4:2815-2817, 2822, 2822-2824 
Molecular genetics, 1:540 
Molecular geometry, 4:2817-2819, 
2818 
Molecular weight, 1:399, 4:2819-2820 
Molecule denoted DNA (mtDNA), 
4:3115-3116 
Molecules, 1:399, 4:2820-2826, 2821, 
2822, 2823 
chiral, 5:4165-4166, 4166 
symmetrical, 5:4165 
three-dimensional structure, 
5:4164-4167, 4165, 4166, 4167 
Moles (mammals), 4:2826—2828, 
2827 
Moles (unit of measure), 6:4354 
Mollusca. See Mollusks 
Mollusks, 4:2828-2829 
aquaculture, 1:629 
circulatory system, 2:947 
endemic, 3:2372 
evolution, 4:2829, 3179, 5:4094 
See also Bivalves 
Moloch gibbons, 3:1947 
Molothrus ater. See Brown-headed 
cowbirds 
Molten carbonate fuel cells, 
3:1832 
Molting, 4:2730 
Molucan megapodes, 4:2867 
Molybdenum, 2:1528, 6:4401 
Molybdenum-99, 5:3614 
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Momentum, 4:2829-2830 
angular, 2:1092, 1093, 
3:2036-2037, 5:4004, 
4072-4073, 6:4388-4389 
linear, 2:/0917, 1091-1092, 1092 
symmetry, 6:4269 
See also Torque 
Monadnocks, 4:2874 
Monarch butterflies, 1:700, 3:1901, 
4:2767, 2768, 3375 
Monarch flycatchers, 4:2830-2831 
Monarchinae. See Paradise 
flycatchers 
Monatomic anions, 1:226 
Monatomic oxygen, 4:3158 
Mond, Ludwig, 3:1831 
Mond process, 1:774 
Monera, 1:439, 4:2750, 3365, 
6:4296-4297 
Mongolia, 1:341 
Mongolian gerbils, 3:1938-1939 
Mongoose lemurs, 3:2492 
Mongooses, 1:632, 4:2831—2833, 
2832 
Monitor lizards, 4:2833-2835, 2834 
Monitoring, ecological, 2:1444-1447, 
1602-1603 
Monitors (computer), 1:814 
Moniz, Egas, 5:3541 
Monk paraketts, 4:3217 
Monk sakis, 4:2984 
Monkey-eating eagles, 2:1012, 1406, 
1407 
Monkeys, 4:2835—2836 
colobine, 3:2450 
colobus, 2:/001, 1001-1003 
dancing, 3:2027 
Goeldi’s, 4:2629, 2630 
Japanese, 4:2571 
leaf, 3:2450-2452 
New World, 4:2835—2836, 
2981-2986 
proboscis, 3:2450, 5:3503 
rhesus, 3:2027, 4:2571, 2572, 
2572-2573, 5:3716-3718, 
3717 
spider, 4:2835, 2982, 2985-2986, 
5:4069-4071, 4070 
Monk’s Mound, 4:2869 
Monkshood, 1:139 
Mono-unsaturated fats, 6:4439 
Monoamine oxidase inhibitors 
(MAOIs), 1:255, 2:1286, 
4:2967-2968 
Monocentridae. See Pinecone fish 
Monocentris spp., 4:3340 
Monochromatic light, 4:2836-2837 
Monochromators, 4:2837, 5:4059 
Monoclonal antibodies, 1:250, 
3:2249, 2255, 5:3615-3616 
Monocotyledons, 3:2474, 4:3187 
Monocular stereopsis, 6:4593 


Monoculture, 4:2837—2838, 2838 
agroforestry, 2:1192 
crop rotation, 2:1186—1187, 1188 
land use, 3:2441 
problems, 2:1191 
Monocytes, 1:619-620 
Monocytic leukemia, 4:2501 
Monod, Jacques, 4:2746 
Monodon menoceros. See Narwhals 
Monogamy, 1:587, 591 
Monogenea, 3:1739 
Monohydrogen phosphate, 1:685 
Monomers, 4:2838—2840, 28391 
Monomials, 4:2882 
Monomorium pharaonis. See 
Pharaoh’s ant 
Monomorphism, 5:3893 
Mononucleosis, infectious, 2:1614 
Monophyletic taxonomy, 6:4297 
Monopropellants, 5:3746 
Monoprotic acids, 1:25 
Monopterus spp., 6:4256—4257 
Monosaccharides, 1:765 
Monosodium glutamate (MSG), 
4:2840-2841, 6:4692 
Monosomy X. See Turner syndrome 
Monotonic property, 1:304 
Monotremata. See Montremes 
Monotropa hypopithys. See Pinesap 
Monotropa uniflora. See Indian pipe 
Monotropic allotropy, 1:146 
Monotype, 5:3494 
Mons veneris, 5:3685 
Monserrat, 6:4612 
Monsoons, 1:374—375, 2:1384, 1458, 
4:2842-2844, 5:3836-3837 
Monstera deliciosa, 1:333 
Monstrilloida, 2:1129 
Montabu, Mary Wortley, 1:249—250 
Montagnier, Luc, 1:93 
Montague, Lady. See Wortley- 
Montague, Mary 
Montana, 5:3474 
Montane, 2:1447 
Montane voles, 6:4615 
Monterrey Spanish mackerels, 6:4476 
Montezuma bald cypress, 5:3867 
Montgolfier, Jacques, 1:101—102, 108, 
457 
Montgolfier, Joseph, 1:101—102, 108, 
457 
Months, 2:1438—1439 
Montifringilla nivalis. See Snow 
finches 
Montreal Protocol 
CFCs and, 1:368, 2:911, 917-918, 
3:2044, 2054-2055, 4:3165 
hydrochlorfluorocarbons and, 
3:2201 
Montremes, 4:2613, 2841-2842, 
5:3399, 3896, 4076 
Montulli, Lou, 3:2337 
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Monuments, 5:3749 
Mood Synthesizer, 6:4272 
Moog, Robert, 6:4272 
Moon jellyfish, 3:2386 
Mooneyes, 4:2848 
Moonrats, 3:2094, 2095 
Moons, 4:2844-2848, 2845, 2846, 2847 
archaeoastronomy, 1:286 
celestial sphere, 1:836—839 
eclipses, 2:1435—1439, 14361, 4:2845 
formation, 5:4005 
ice on, 3:2234, 4:2846 
Jupiter, 3:2097, 2395, 2395-2397, 
5:3789 
landing on, 5:4043 
Mars, 4:2636—2637 
Neptune, 4:2939-2940, 2944, 2945t 
orbit, 4:3107 
Pluto, 3:2426-2427, 5:3402, 3403, 
3406, 3407 
ring around, 1:377 
Saturn, 5:3791t, 3793, 3793-3795 
tidal effects, 1:833, 6:4369-4370, 
4371 
See also Satellites 
Moore, Gordon, 4:2749 
Moore’s law, 4:2749 
Moorhens, 5:3624 
Moose, 2:1252—1254, 4:2848-2850, 
2849 
Mopalia muscosa, 2:907 
Moraceae. See Mulberry family 
Morales, Evo, 2:978, 982 
Morawitz, Paul, 1:251 
Moray eels, 6:4463, 4464 
Morbid obesity, 2:1430, 4:3070 
Mordants, 2:1398, 1592, 6:4528 
Morelia spp., 5:3555 
Morelia amethistina. See Amethystine 
pythons 
Morelia viridis. See Green tree pythons 
Morels, false, 4:2893 
Morgagni, Giovanni Battista, 4:3230 
Morgan, Thomas Hunt, 2:1382, 1534, 
3:1876, 1905-1906, 4:2685, 6:4697 
Morgan, William Wilson, 5:4055 
Morgenstern, Oskar, 3:1851 
Moringua spp., 6:4464 
Moringua macrochir, 6:4464 
Moringuidae, 6:4464 
Morley, Edward W., 3:2321—2322, 
4:2744, 5:3673-3674 
Mormyridae. See Elephant snout fish 
Morning after pill, 2:1119 
Morning glories, 3:2051 
Morning people, 1:555 
Moro reflex, 5:3660 
Moroneo spp., 1:482 
Morphidae. See Morphos butterflies 
Morphine, 1:137—-138, 197-199, 
4:2850-2851, 2921-2922 


addiction, 1:46, 198, 4:2850-2851 
neurotransmitters and, 
4:2968-2969 
physiology, 1:197-198 
in poppies, 5:3443 
Morphogenesis, 4:3367—3368 
Morphos butterflies, 1:699 
Morrison, Charles E., 4:2920 
Morrison, Emma H., 4:2920 
Morrison, Philip, 5:3876 
Morse, Samuel, 6:4302—4303, 4672 
Morse code, 6:4302—4303 
Mortality 
AIDS, 6:4459 
cancer, 1:742, 745, 749 
chlorinated hydrocarbons, 3:2302 
cigarette smoke, 2:941, 4:2988 
diarrhea, 6:4457 
drought, 2:1384 
encephalitis, 2:1563 
influenza, 3:2291 
mass, 3:1807 
Reye syndrome, 2:1563 
stroke, 6:4190 
tropical diseases, 6:4454 
Mortgages, 5:3864 
Morton, W. T. G., 2:1629 
Morton, William, 1:211, 2:1276, 
6:4244 
Morula, 2:1555 
Morus spp. See Gannets 
Morus bassana. See Northern gannets 
Morus capensis. See Cape gannets 
Morus serrator. See Australian 
gannets 
Mosaicism, 2:1376 
Mosander, Carl Gustav, 3:2454, 
6:4742 
Moschinae. See Musk deer 
Moschus spp., 2:1252 
Moseley, Henry Gwyn Jeffreys, 1:385, 
388, 394, 4:3260, 6:4727-4728 
MOSFET (Metal oxide semiconduc- 
tor field-effect transistor), 6:4420 
Mososauria, 2:1340 
Mosquitoes, 3:1745, 4:2851-2853, 
2852 
classification, 6:4466 
DDT and, 2:1242 
dengue fever from, 2:1271 
disease transmission, 4:2851, 2853, 
3207 
insecticide-resistant, 4:2610, 2853 
malaria transmission, 2:1242, 
3:1746, 4:2609-2610, 2853, 
3209, 5:3530, 6:4467 
West Nile virus, 6:4685—4687, 4686 
yellow fever, 6:4738 
Moss animals, 4:2856—-2857 
Moss pinks, 4:2856, 3289 
Mossbauer, Rudolph Ludwig, 4:2857, 
5:4061 
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Mossbauer effect, 4:2857—2858, 
5:4061-4062 
M6ssbauer spectrometry, 4:2638, 
2858 
Mossbunkers. See Atlantic 
menhadens 
Mosses, 1:674—-678, 4:2854—2856, 
2855 
asexual reproduction, 1:336 
classification, 4:3366 
copper, 3:2270 
feather, 1:22 
Irish, 1:126, 128, 676, 4:2856 
rainforest, 5:3628 
sexual reproduction, 5:3895 
Spanish, 1:668, 670, 676, 4:2856 
Sphagnum, 1:22, 4:2855—2856 
spike, 4:2561 
spores, 4:2854, 5:4088 
temperate rainforest, 5:3629 
See also Club mosses 
Motacilla alba. See White wagtails 
Motacilla flava. See Yellow wagtails 
Motacillidae, 6:4627 
Mother Earth, 3:1843 
Mother of pearl, 1:606 
Moths, 4:2858-2860, 2859 
codling, 5:3969 
gypsy, 3:1794, 2350, 2353, 4:2860 
sea, 5:3829 
silk, 4:2860, 2877, 2924-2925 
Motion, 4:2860-2861, 2861 
acceleration, 1:7—-8 
analemma, 1:197 
Brownian, 1:672-673 
N-body problem, 4:2915—2917 
perception of, 4:3227—3248 
retrograde, 5:3710—3711 
robotic vehicle control, 5:3738 
See also Laws of motion 
Motion-JPEG (MPEG), 2:1395, 
6:4570-4571 
Motion parallax, 2:1287 
Motion pictures, 4:2861—2867, 3304, 
3308 
Motion Pictures Patent Company, 
4:2863 
Motivation, 3:2477 
Motor cortex, 4:2889 
Motor nerve conduction velocity 
(MNCV), 4:2960 
Motor neurons, 4:2954, 2963 
Motors 
electric, 2:1472, 1472-1474, 
3:2192-2193, 4:2597-2598, 
2759, 6:4405—4406 
stepper, 5:3887—3888 
Motorways. See Freeways 
Mottled ducks, 2:1388 
Mottled sculpins, 5:3822, 3822 
Mouflons, 5:3908-3911 
Moundbuilders, 4:2867—2868 
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Mounds, earthen, 4:2868—2870 
Mount Hood, 6:4612 
Mount Kilimanjaro, 1:67—70, 69 
Mount Mazama, 6:4612 
Mount Pinatubo, 3:2238, 6:4612 
Mount Rainier, 6:4612 
Mount St. Helens, 6:4612 
Mount Vesuvius, 4:3371, 6:4613 
Mount Wilson Observatory, 4:2666 
Mountain anoas, 1:824 
Mountain ash, 5:3758, 3760-3761 
Mountain beavers, 1:499, 502 
Mountain bluebirds, 1:629-630, 630, 
5:4117, 6:4364, 4365 
Mountain breezes, 5:3837 
Mountain-building. See Orogeny 
Mountain chameleons, 2:870 
Mountain chickadees, 6:4377 
Mountain cranberries, 3:2093 
Mountain gorillas, 1:270, 3:1979 
Mountain laurel, 3:2465 
Mountain newts, 4:2980 
Mountain owlet-nightjars, 1:759 
Mountain plovers, 5:3401 
Mountain quails, 5:3558 
Mountain sumacs, 1:804 
Mountain tapirs, 6:4282, 4282 
Mountain viscachas, 2:905 
Mountain zebras, 6:4745, 4746 
Mountains, 4:2870-2876, 2871 
asthenosphere, 1:349 
Australia, 1:405, 407, 408, 410 
collisional, 4:2872-2873, 3011 
deserts, 2:1294 
earthquakes and, 2:1423 
elevational migration, 4:2766 
erosion, 2:1622-1623 
Europe, 2:/638, 1638-1641, 
1644-1645 
faceted, 3:2449 
fault-block, 2:1638-1639, 4:2872, 
3011, 3014 
folded, 1:70, 3:1770 
formation, 1:403, 405, 410, 2:1103, 
1412, 4:2871-2873 
North America, 4:3009-3016 
ophioloite, 4:2872 
undersea, 3:2370 
weather effects, 4:2874 
weather patterns, 6:4672 
wind formation, 6:4706 
See also Orogeny; specific 
mountains 
Mountaintop mining, 4:2783 
Mourning doves, 4:3334 
Mouse. See Mice 
Mouse lemurs, 3:2490, 2491-2492, 
5:3511 
Mouse-like hamsters, 3:2057 
Mouse-tailed dormice, 2:1373 
Mousebirds, 4:2876 
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Mouth anatomy, 5:3936-3937 

Movable bridges, 1:666 

Movement, nastic, 4:3318 

Movies. See Motion pictures 

Moving Pictures Expert Group, 

2:1395 

Moxibustion, 1:41-42 

Moxostoma macrolepidotum. See 

Northern redhorse suckers 

Moynihan, Daniel Patrick, 

4:2594-2595 

MPEG (Motion-JPEG), 2:1395, 

6:4570-4571 

MPF (Maturation promoting factor), 

4:2674 

MRF (Materials recovery facility), 

5:3650 

MRI. See Magnetic resonance 
imaging 

mRNA. See Messenger RNA 
(mRNA) 

MSG (Monosodium glutamate), 
4:2840-2841, 6:4692 

MSN Search, 3:2339 

MTBE (Methyl-tert-butyl ether), 
3:2198, 4:2738 

mtDNA (Molecule denoted DNA), 
4:3115-3116 

Muav Limestone, 6:4511 

Mucor molds, 4:2809 

Mucous membranes, 3:2251, 2287, 

5:3410 

Mud cracks, 5:3848 

Mud-dauber wasps, 6:4636 

Mud flats, 5:3851 

Mud turtles, 6:4492 

Mudflows, 5:3849 

Mudpuppies, 5:3771, 3772 

Mudskippers, 3:1976 

MUF (Maximum-usable frequency), 

5:3599 

Mugo pines, 4:3341 

Muhammad, 2:1275 

Muir, John, 2:1088 

Mulberry family, 4:2876—2878, 6:4565 

Mule deer, 2:1190, 1255 

Mules, 1:346—347, 4:2539 

Mullein, 5:3973 

Miiller, Erwin Wilhelm, 4:3219 

Miiller, Fritz, 4:2774-2775 

Miiller, Heinrich, 2:1489 

Muller, Johannes Peter, 5:3534 

Miller, Karl Alexander, 4:2604, 

6:4235 

Miller, Paul, 2:911, 1241, 4:3271 

Mullerian ducts, 2:1318, 5:3890 

Mullerian Inhibitory Substance 

(MIS), 5:3890-3891 

Mullis, Kary, 2:1361, 4:3232 


Multi-factorial genetic disorders, 
3:1892-1893 
Multi-unit smooth muscles, 4:2889 
Multibeam surveying, 1:494 
Multimedia, 2:1032, 6:4311 
Multiplactive inverses, 4:2808 
Multiple birth, 1:593 
Multiple independently targetable 
reentry vehicle (MIRV), 1:454, 
4:3041 
Multiple-infarct dementia, 
2:1267-1268 
Multiple ovulation and embryo 
transfer (MOET), 1:224 
Multiple personality disorder, 
4:2878-2881 
Multiple pregnancy, 5:3482, 
3483-3484 
Multiple sclerosis, 3:2326, 4:2963 
Multiple-spindle drills, 4:2579 
Multiplex PCR, 3:1897 
Multiplexing 
telemetry, 6:4305 
time division, 3:1719—-1720, 6:4305 
wavelength division, 3:1719, 1720 
Multiplication, 4:2881—2882, 28811 
algebra, 1:129, 131 
associative property, 1:347 
axioms, 1:303—304 
common fractions, 3:1813 
complex numbers, 2:1037 
cross, 2:1193 
distributive property, 2:1352 
identity element, 3:2241—2242 
identity property, 1:304, 3:2242 
integers, 3:2310, 23101 
inverse property, 1:304 
matrices, 4:2525, 2662-2663 
scalar, 5:3803—3804 
Multiplicative property of equality, 
5:4014 
Multiplicity reactivation, 6:4579 
Multipolar neurons, 4:2961, 2962 
Multispectral imaging, 3:1936 
Multistage rockets, 5:3747 
Multivariable equations, 5:4014 
Mummichogs, 3:2414, 2415 
Mummies, 4:3186, 6:4470 
Mummification, 5:3981 
Mumps, 2:896-897 
Mungos mungo. See Banded 
mongooses 
Mungotictis decemlineata. See 
Malagasy narrow-striped 
mongooses 
Municipal solid waste, 1:546, 
3:2266-2267, 6:4636-4639, 4637 
Muntiacinae. See Muntjacs 
Muntjacs, 2:1252 
Muons, 1:262, 5:3676-3677, 6:4197, 
4198, 4199 
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Muraenidae. See Moray eels 
Murchison meteorite, 4:2882-2884 
Murdoch, William, 6:4403 
Murgantia histrionica. See Harlequin 
bugs 
Muridae, 5:3641 
gerbils, 3:1938 
hamsters, 3:2056 
lemmings, 3:2490 
mice, 4:2741 
muskrats, 4:2896 
voles, 6:4614 
Murinae. See Old World rats and mice 
Muriquis. See Woolly monkeys 
Murray, G., 2:1310 
Murray, Joseph, 6:4427 
Murray meteorites, 4:2883 
Murrelets, marbled, 1:405, 5:3629, 
3912 
Murres, common, 1:404, 405 
Mus spp. See House mice 
Mus musculus domesticus. See 
Western house mice 
Mus musculus musculus. See Northern 
house mice 
Musa spp., 1:458 
Musa acuminata, 1:459 
Musa balbisiana, 1:459 
Musa paradisiaca, 1:459 
Musa sapientum, 1:459 
Musa textilis, 1:460 
Musaceae, 1:458 
Musca autumnalis. See Face flies 
Musca domestica. See House flies 
Muscadine grapes, 3:1984, 1988 
Muscardinus avellanarius. See 
Common dormice 
Muscarinic effect, 1:17 
Muschenbrok, Peter von, 2:1522 
Muscicapaid flycatchers. See 
Monarch flycatchers 
Muscicapidae. See Flycatchers 
Muscicapinae. See Typical flycatchers 
Muscid flies, 6:4465 
Muscidae, 3:1746, 6:4465 
Muscle contractions, 1:718, 4:2888, 
2957 
Muscle mass, 1:78 
Muscle relaxants, 1:212, 2:1212, 
4:2884-2886, 2885t 
Muscle spasms. See Spasms 
Muscle strains, 6:4507 
Muscles, 4:2886—2891, 2887 
biochemical oxygen demand, 1:538 
cardiac, 3:2080, 4:2886, 2889 
involuntary, 4:2886—2887 
MRI of, 4:2600 
partial pressure gradient, 1:539 
performance-enhancing drugs, 
4:3253, 3255 
progressive atrophy, 4:2959 


reflexes, 5:3660-3661 
skeletal, 1:538, 4:2884, 2886, 2887, 
2887-2889, 5:3661 
smooth, 4:2886—2887, 2889-2890, 
5:3661 
tissue, 6:4377 
voluntary, 4:2886 
Muscovite, 4:2781 
Muscovy ducks, 2:1387, 4:2540 
Muscular dystrophy, 2:1403—1404, 
4:2890, 2957-2958 
Muscular system, 1:205, 4:2886—2891, 
2887, 3122 
Muscular system disorders, 4:2890 
Musgrave block, 1:409 
Mushet, Robert F., 5:4140 
Mushrooms, 3:/836, 1839-1840, 
4:2891-2894 
basidiomycete, 4:2891, 2906, 3115 
hallucinogenic, 3:2048, 2050, 
4:2893-2894, 2908 
mycorrhizal, 4:2892, 2907 
mycotoxins, 4:2908-2909 
Music 
downloading, 4:3270 
figurative numbers, 3:1726, 1726 
savants, 5:3799, 3800 
Music players 
personal, 4:3269-3270, 3270 
phonographs, 4:3289-3291 
Music recordings. See Recordings 
Musical instruments 
harmonics, 3:2061 
resonance, 5:3690-3691 
stringed, 3:1819, 2061 
synthesizers, 6:4271—4272 
Musk, 4:2896, 5:3944 
Musk deer, 2:1252 
Musk shrews, 5:3915 
Musk turtles, 6:4492 
Muskellunges, 4:3340 
Muskmelons, 3:1981—1982 
Muskoxen, 1:820, 4:2538, 2894-2896, 
2895 
Muskrats, 4:2896-2898, 2897 
Musky rat-kangaroos, 3:2404 
Musophagidae. See Turacos 
Musquash. See Muskrats 
Mussel-peckers. See Sea-pies 
Mussels, 1:605—607 
aquaculture, 1:629 
predators, 3:2412—2413 
zebra, 1:607, 3:2349, 2353 
Mussolini, Benito, 4:2933 
Mustangs, 3:2161 
Mustard family, 4:2898, 2898-2899 
indicator species, 3:2270 
tumbleweeds, 6:4472 
uses, 3:2113, 4:2898 
Mustard gas, 2:884, 4:2899-2900, 
6:4664, 4666 
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Mustela spp., 4:2784, 6:4668-4669 
Mustela africana, 6:4669 
Mustela altaica. See Alpine weasels 
Mustela erminea. See Ermines 
Mustela eversmanni. See Steppe 
polecats 
Mustela frenata. See Long-tailed 
weasels 
Mustela kathiah. See Yellow-bellied 
weasels 
Mustela lutreola. See Eurasian minks 
Mustela lutreolina. See Java weasels 
Mustela macrodon. See Sea minks 
Mustela nigripes. See Black-footed 
ferrets 
Mustela nivalis. See Common weasels 
Mustela nudipes. See Bare-footed 
weasels 
Mustela putorius. See European 
polecats 
Mustela sibirica. See Siberian weasels 
Mustela vison. See American mink 
Mustelidae, 1:449, 4:2645, 2784, 
5:3943, 6:4668, 4710 
See also Ferrets; Otters 
Mutagenesis, 3:2263, 4:2903-2904, 
2904-2905 
Mutagens, 4:2901—2903 
Mutations, 3:1875—1876, 4:2904-2905 
bacterial, 1:173-174 
for brewing, 1:661 
from caffeine, 1:716 
in cancer, 1:743 
deletion, 4:2904 
DNA analysis, 3:1899 
in evolution, 3:1652—1653, 
1659-1660, 1661 
frame-shift, 4:2901 
gene, 3:1877-1879 
germ cell, 3:1907, 4:2901, 2903 
Huntington’s disease, 3:2190—2191 
inherited disorders from, 
3:2298-2299 
insertion, 4:2904 
medical genetics, 4:2672—2673 
in meiosis, 4:2674-2675 
microbial genetics, 4:2746-2747 
missense, 4:2904 
nonsense, 4:2904 
point, 3:1661, 1877, 1878, 4:2903 
radiation exposure, 5:3591 
revertant, 6:4697 
somatic cell, 3:1907, 2176, 4:2901, 
2903 
spontaneous, 3:1907, 4:2902 
types, 3:1907 
viral, 6:4578 
Mute swans, 6:4257, 4258 
Mutillidae, 6:4635 
Mutons, 3:1875—-1876 
Mutualism, 4:2905—2906, 
6:4261-4263, 4262 
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invasive species, 3:2352 
lichens, 4:2506, 6:4261—4262 
nitrogen fixation, 4:3002—3003, 
6:4262 
orchids, 4:2905, 3109 
sea anemones, 2:1027, 
5:3823-3824 
Muybridge, Edward, 4:2862, 3310 
Muzaffarabad earthquake, 3:2134 
“My Food Pyramid,” 4:3060 
Myadestes townsendi. See Townsend’s 
solitaires 
Myanmar, 1:341—-342 
Myasthenia gravis, 1:417, 4:2890, 
2957, 2968 
Mycenae, 2:1426 
Mycobacterium avium, 4:2500 
Mycobacterium leprae, 4:2498—-2500 
Mycobacterium tuberculosis, 5:3699, 
6:4470 
Mycology, 3:1836 
Mycophobia, 4:2891 
Mycophycophata, 3:1840—-1841 
Mycoplasma pneumoniae, 5:3410, 
3411, 3699 
Mycoplasms, 4:3376, 3377 
Mycorrhiza, 3:1839—1840, 
4:2906-2907, 3367, 5:3755—-3756 
mushrooms, 4:2892, 2907 
nitrogen fixation, 4:3002, 6:4262 
orchids, 3:1840, 4:2907, 3109 
Mycorrhizae. See Mycorrhiza 
Mycosis fungoides, 4:2567 
Mycotoxins, 4:2810, 2908-2909 
Mycteria americana. See Wood storks 
Myctophidae. See Lantern fish 
Mydaus javanensis. See Malayan stink 
badgers 
Mydaus marchei. See Calamian stink 
badgers 
Myelin sheath, 1:38, 3:2028, 
4:2954-2955, 2963 
Myelogenous leukemia, 2:932, 4:2501 
Myelography, 5:3621 
Myeloma, 3:2255 
Myiarchus cinerascens. See Ash- 
throated flycatchers 
Myiarchus crinitus. See Great-crested 
flycatchers 
Myiopsitta monachus. See Monk 
paraketts 
Mylar, 5:3441 
Mylodon listai. See Ground sloths 
Mynah birds, 4:2909, 5:4115-4118 
Myocardial infarction. See Heart 
attack 
Myocardium. See Cardiac muscles 
Myocastor coypu. See Coypus 
Myoglobin, 2:865 
Myomas, 4:2890 
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Myomimus personatus. See Mouse- 
tailed dormice 


Myomorpha, 4:2741, 5:3753 
Myomoxpha, 4:2741 

Myopia, 5:3585—3587, 6:4597, 4598 
Myoprocta spp., 1:81 

Myosarcomas, 4:2890 

Myosin, 4:2888, 2889 

Myotonic dystrophies, 4:2958, 5:3575 
Myoxidae, 2:1372 

Myoxocephalus aenaeus. See 
Grubbies 


Myoxocephalus quadricornis. See 
Deepwater sculpins 


MyPyramid, 3:1781—1782 

Myrica spp., 6:4259 

Mpyrica asplenifolia. See Sweet fern 

Mprica carolinensis. See Bayberry 

Mpyrica cerifera, 6:4259 

Myrica gale, 6:4259 

Myricaceae. See Sweet gale family 

Mpyripristinae. See Soldierfishes 

Mpristica spp., 4:3054 

Mpristica fragrans, 4:3054-3055 

Myristicaceae. See Nutmeg 

Myristicin, 4:3055 

Myrmechophagidae, 1:237 

Myrmecobiidae. See Numbats 

Myrmecocystus mimicus. See 

Honeypot ant 

Myrmeleonidae, 1:266 

Myrmotherula fluminensis. See Rio de 
Janiero antwren 

Myrmotherula snowi. See Alagoas 
antwrens 


Myromecophaga tridactyla. See Giant 
anteaters 


Myrtaceae. See Myrtle family 
Myrtle family, 4:2910-2913, 2971 
Myrtoideae, 4:2911 

Myrtrales, 4:2911 

Myrtus spp., 4:2910, 2911 
Mystela rixosa. See Least weasels 
Mysticeti, 2:863, 864-868 

Mytilis spp. See Mussels 

Mytilus californianus, 3:2412-2413 
Myxedema, 4:2706 

Myxinidae, 3:2041 
Myxiniformes. See Hagfish 
Myxomatosis, 3:2434, 5:3862 


Myxomycetes. See Plasmodial slime 
molds 


Myxomycota, 5:3525—3526 
Myxophaga, 1:510 
Myzostomaria, 5:3857 


Myzus persicae. See Greenpeach 
aphids 


IN 


N-body problem, 1:834-835, 
4:2915-2917 
n-butane, 1:703—705 
n-butyl group, 1:140 
N-methyl-D-aspartic acid (NMDA), 
4:3170 
N-type semiconductors, 2:1341, 1516, 
3:2313-2314, 6:4418-4419 
Naboom, 5:4092—4093 
Nacissus pseudonarcissus. See 
Daffodils 
acolepsy, 1:187 
AD (Nicotinamide adenine dinu- 
cleotide), 2:1229, 3:2422—2424, 
4:2712 
Nadjakov, Georgi, 4:3301 
NADPH. See Nicotinamide adenine 
dinucleotide phosphate 
Naegleria fowleri, 1:186, 4:3208 
Nagasaki, 4:3039, 3041, 5:3614, 
6:4663 
Nagoaka, Hantaro, 1:385 
NAGPRA (Native American Grave 
Protection and Repatriation Act), 
1:298 
NAI (NASA Astrobiology Institute), 
1:352 
Nail-tailed wallabies, 3:2403 
Naja melanoleuca. See Forest 
cobras 
Naja naja. See Asian cobras 
Naja naja naja. See Indian cobras 
Naja naja sputatrix, 2:1461 
Naja nigricollis. See Black-necked 
cobras 
Nake-faced tamarins, 4:2629 
Nake mole-rats, 4:2811 
Naked-soled gerbils, 3:1938 
Nandiniinae, 2:957 
Nannopterum harrisi. See Galapagos 
cormorants 
Nanofiber filtration, 3:1728 
Nanolithography, dip-pen, 4:2920 
Nanometers, 2:1509 
Nanosella fungi. See Ant beetles 
Nanotechnology, 4:2917-2921 
medicine, 4:2758-2759, 
5:3743-3744 
mesoscopic systems, 
4:2703-2704 
See also Microtechnology 
Nanotubes, 4:2605, 2917-2918, 
2919 
Naphthalene, 3:2197 
Napier, John, 2:1405, 4:2550 
Napier’s constant. See E (number) 
Naprinol. See Acetaminophen 


N 
N 
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Napster, 2:1067 Great Observatories program, National Heart Institute, 2:923 
Narceus americanus, 4:2774 : 5:4027-4028 National Human Genome Research 
Narcinidae. See Electric rays infrared telescopes, 3:2294, 6:4318 Institute (NHGRI), 3:2184 
Narcolepsy, 5:3951, 3952 oo oe aes Station, National Institute for Occupational 
oe 1:197-199, 4:2921-2922, Titer nadenall Uiteaeisice ps and Health (NIOSH), 5:4185, 
laws and regulations, 4:2851 reas POU 2 ea ean Orne; National Institute of Arthritis, 
neurotransmitters and, : ; . Musculoskeletal and Skin Diseases, 
4:2968-2969 charge atacand 1:27 
; manned spacecraft, 5:4040—4048 : 
performance-enhancing, 4:3255 Mars exploration rovers, 4:2636, National Institute of Mental Health, 
Nares, George, 6:4512 2637-2639, 2638, 2639, 2641 1:255, 4:2880 
Narina trogons, 6:4446 Mars missions, 4:2635—2636, 2637, National Institute of Neurological 
Narlikar, Jayant Vishnu, 5:4128 2639, 3350, 5:4032 and Communicative Disorders and 
Narrow-footed marsupial mice, Mars Pathfinder, 1:352, Stroke (NINCDS), 2:1266, 3:2027 
4:2643 4:2635-2636, 2639-2643, 3350, National Institute of Standards and 
Narrow-leaved cattails, 1:819 5:3739 a Technology (NIST), 1:382 
Narrow-mouthed toads, 6:4380 Mercury mission, 4:2702 biometrics, 1:57] 
Narrow-toed toads, 6:4380 pier rat ra ae calibration, 1:733 
Narrowband measurements, 6:4395 ri onan : clipper chip, 2:959 
> Neptune missions, 4:2940—2947 role, 2:1625 
seals ue : planetary geology, 4:3357 National Institutes of Health (NIH) 
NASA. See National Aeronautics and remote sensing satellites, acupuncture, 1:40 
Space Administration 5:3678-3679 alternative madicie: 14157 
NASA Astrobiology Institute (NAI), robotic vehicles, 5:3739 artificial heart, 1:325 
1:352 Rossi X Ray Timing Explorer, attention-deficit hyperactivity dis- 
Nasal cavity, 5:3937 es ae order, 1:401 
Nasal sprays, 5:3698 ieee ; ; autism, 1:412 
Nasalis larvatus. See Proboscis sare a a aes cortical implants, 1:330 
monkeys \ yok Je. 5:3995 dementia, 2:1266 
Nasogastric tubes, 1:812 cnpenenta Peed gerontology, 3:1943 
, space probes, 5:4029-4033 Human Genome Project, 1:552 
Nasopharynx, 5:3409 Stardust mission, 2:1026, 4:3107 3:2182-2185 J al ; 
NASP (X-30 National Aero-Space Venus missions, 6:4562-4564 marijuana 4:2624 
Plane), 1:62 Wilkinson Microwave Anistropy obesity 4:3068 
Nassau groupers, 1:483 _ Probe, 1:73 | SIDS. 6-4217 
Nastic movement, 4:3318 wind tunnel testing, 6:4585 sleep disorders, 5:3954 


WMAP (Wilson Microwave 
Anisotropy Probe), 1:528 

x-ray astronomy, 6:4724-4725 

See also Galileo project; Hubble 


vision disorders, 6:4598 


National Missing Persons DNA 
Database, 4:2802 


Nasturtium officinale. See Watercress 
Nasua narica. See White-nosed coatis 
Nasua nasua. See Ring-tailed coatis 


National Academy of Science Space Telescope; New Horizon National Oceanic and Atmospheric 
Agent Orange, 1:75—76 (spacecraft); Space shuttles; Administration (NOAA), 
global warming, 3:1957 Viking project 2:1458-1459, 6:4672, 4707 
radiation SADOSUIe: 5:3593 National Audubon Society, 3:2124 National Organ Procurement and 
National Aeronautics and Space National Genter for Healit Statistics. Transplantation Network, 6:4429 


Administration (NASA) 3:2120. 6:4246 National Organ Transplant Act, 
airship exploration, 1:110 i 6:4429 


automatic pilot, 1:419 National Center for Supercomputing 


Cassini spaccctatt, 1/804 806 Applications, 3:2342 National Overflights Act, 4:3004 
3:2394, 4:2653, 3353, 5:3795, National Centers for Environmental National Pharmaceutical Stockpile 
6:4562 Prediction (NCEP), 6:4672 Program (NPS), 1:582 

COBE (COsmic Background National Commission for the National Primary Drinking Water 
Explorer), 2:1148, 3:2294-2295 Protection of Human Subjects of Regulations, 6:4650 

comets, 2:1025, 1026 Biomedical and Behavioral National Priorities List (NPL), 2:1099 

Compton Gamm Ray Research, 5:3542—3543 National Radio Astronomy 
Observatory, 3:1855, 1857, National Committee for Clinical Observatory, 5:3602 

D ee Laboratory Standards, 1:851 National Research Council, 3:1765 

Cop Space ra eS National Environmental Policy Act National Science Foundation, 2:1446 
explorer-class missions, 6:4509 : : ; 

extrasolar planets, 3:1682 Va ey IS 3:2341 

fuel celle, 71832 National Eye Institute, 5:3586 National Security Agency (NSA), 

gamma-ray astronomy, National Geographic Society, 2:1454 2:959 
3:1855—-1856 National Health Interview Survey, National SIDS Resource Center, 

gears, 3:1868 1:40 6:4215-4216 
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National Television Systems 
Committee (NTSC), 6:4569, 4570 
ational Toxicology Program, 1:779 
ational Weather Service (U.S.), 
3:2091, 6:4449, 4672-4673, 4675 
Native American Grave Protection 
and Repatriation Act (NAGPRA), 
1:298 
Native American Religious Freedom 
Act (1978), 1:298 
Native Americans 
albinism, 1:114, 115 
archaeogenetics, 1:289-290 
archaeology, 1:294 
brewing, 1:659 
corn, 2:1141 
cosmology, 1:286 
desertification, 2:1296 
diabetes mellitus, 2:1303 
earthen mounds, 4:2868—2870 
goldenseal, 3:1977 
graves, 1:298 
hallucinogens, 3:2048, 2050 
nuts, 4:3053 
oaks, 4:3065 
observatories, 1:287 
paleopathology, 4:3186 
rock art, 4:3275 
shell middens, 5:3911 
SIDS, 6:4216 
wildlife dependence, 6:4700 
Native elements, 4:2780 
Native species. See Endemic species 
Natron, 5:3981 
Natural communities. See Biological 
communities; Ecosystems 
Natural disturbances. See 
Disturbances, ecological 
Natural dyes, 2:1007 
Natural fibers, 4:2922—2928, 29231, 
2924t, 2926 
animal, 4:2922-2926, 29231 
mineral, 4:2927-2928 
vegetable, 4:29241, 2926-2927 
Natural gas, 3:1808—1809, 
4:2928-2931, 2929, 2929t, 
3276-3279 
deposits, 1:72, 411, 3:1808, 4:2930 
electric power generation, 3:1809 
liquefied, 3:1861, 4:2930—2931 
reserves, 4:3278—3279 
well drilling, 4:3086—-3088 
Natural killer cells, 3:2251, 2255, 
5:4186 
Natural language processing, 
1:328-329 
Natural numbers, 4:2931—2932 
addition, 1:51 
countable, 2:1160-1161, 1161+ 
geatest common factor, 3:2009 
positive, 5:3451 
properties, 1:304 
Natural resins, 5:3687—3688, 3688t 


N 
N 
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Natural resources, 5:3691 
Africa, 1:71-72 
Australia, 1:411 
conservation, 2:1598—1600 
continental shelf, 2:1111—-1112 
ecological economics, 
2:1439-1441 
ecological monitoring, 2:1445, 
1446 
energy efficient use, 2:1585—1588 
environmental ethics, 2:1598 
extinction and, 3:1679—1680 
forests, 3:1798 
in forests, 3:1792-1793 
human carrying capacity, 1:794 
human ecology, 3:2177 
non-renewable, 2:1440, 6:4249, 
4250, 4252 
non-valued, 6:4250—4251, 4252 
overuse, 3:2177 
population growth and, 2:1599 
renewable, 2:1258, 1440, 6:4249, 
4250, 4252 
sustainable development, 
6:4249-4253 
use of, 5:3448 
Natural resources conservation. See 
Conservation 
Natural selection, 5:3861-3862 
adaptation and, 1:44 
eusociality, 4:2813 
evolutionary rate of change, 
3:1660 
genetic individuals, 3:2271 
genotype changes, 3:1652 
gradualism, 3:1907 
growth in, 2:1302 
mutations in, 3:1878 
population genetics, 3:1907—1908 
process, 3:1661 
sociobiology, 5:3975 
survival of the fittest, 3:1661, 
1907-1908, 5:3861-3862, 
6:4249 
xenogamy, 6:4729-4730 
Nature 
fractals, 3:1809-1811 
photography, 4:3310 
uniformity of, 1:810, 
6:4522-4523 
Nature Conservancy, 2:1569 
Naturopathy, 1:158 
Nausithoe spp., 3:2386 
Nautical archaeology, 1:290, 
4:2932-2935 
Nautiloidea, 5:4094 
Nautilus (submarine), 6:4203, 4204 
Navigation 
aircraft, 1:106 
albatross, 1:111 
astrolabe measurements, 
1:355-356 
atomic clocks, 1:383 
charts, 1:798 


global positioning system, 
3:1965-1966 
inertial guidance systems, 1:418, 
3:2281-2282, 6:4204 
latitude and longitude, 3:2464 
LORAN system, 3:2219-2220, 
4:2552-2554 
migration, 4:2766-2767 
radiolocation, 3:2281 
robotic vehicles, 5:3737—3738 
satellite altimetry, 6:4513-4514 
sextants, 5:3892—3893, 3893 
submarines, 6:4204 
Navigation Satellite for Time and 
Ranging (Navstar), 3:1965 
Naviglio Grande Canal, 1:740 
Navistar International Corporation, 
1:84 
Navstar (Navigation Satellite for 
Time and Ranging), 3:1965 
Nazis, 1:244, 557, 2:1636 
NBS-1 (atomic clock), 1:382 
NCEP (National Centers for 
Environmental Prediction), 6:4672 
Nd:YAG lasers, 3:2458, 2459 
Neanderthals, 3:1912—1913, 
2180-2181 
Near Earth Asteroid Rendezvous- 
Shoemaker (NEAR-Shoemaker), 
4:2792, 5:4005 
Near-Earth asteroids, 1:835, 4:2787, 
2791, 2791t, 2935-2936 
Near-Earth Object Hazard Index, 
4:2935-2936 
Near Infrared Camera and Multi- 
Object Spectrometer (NICMOS), 
3:2171 
NEA R-Shoemaker (spacecraft), 
4:2792, 5:4005 
Nearsightedness. See Myopia 
Nebulae 
bright-line spectra, 4:3358—3362 
defined, 4:3358 
discovery, 2:1152 
ice on, 3:2234 
planetary, 4:3358, 3358-3362, 
3359, 3360, 3361 
solar nebula theory, 5:4003—4005 
zodiacal light, 6:4748 
See also Galaxies 
Necromancer (Gibson), 2:1069 
Necrosytres monachus. See Hooded 
vultures 
Nectar, 3:2186, 4:2937, 6:4705 
Nectar guides, 5:3380 
Nectarinia spp., 6:4230 
Nectarinia superba. See Superb 
sunbirds 
Nectariniidae. See Sunbirds 
Nectogale elegans, 5:3916 
Necturus maculosis. See Mudpuppies 
Needham, John, 5:4087—-4088 
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Needle-clawed bushbabies, 4:2556 
Needle grasses, 3:1991 
Needles 
acupuncture, 1:40, 41, 161 
sewing, 3:2058 
Neel, James, 5:3614 
Neel temperature, 4:2602 
Ne’eman, Yuval, 5:3569 
Negative, 4:2937-2938, 6:4265 
Negative feedback loops, 
3:2146-2147, 2147, 2152 
Negative numbers, 4:2937—2938 
Negative pressure ventilators, 5:3696 
Negative reinforcement, 5:3664—3667 
Negatives, photographic, 4:3309 
Neisser, Albert, 5:3898 
Neisseria gonorrhoea, 1:440, 443, 
5:3898 
Neisseria meningitidis, 1:443, 4:2686, 
2688 
Nelson, David, 4:2912 
Nelumbo spp., 6:4647 
Nelumbo lutea. See Water 
chinquapins 
Nemathelmithes, 4:3208 
Nematicides, 1:87, 4:3377 
Nematoda. See Roundworms 
Nematodes. See Roundworms 
Nematomorpha, 3:2159 
Nemertea. See Ribbon worms 
Neo-tethys, 2:1642 
Neoadjuvant chemotherapy, 1:748 
Neobratrachia, 3:1824-1825 
Neoceratodus spp, 4:2558, 2560 
Neodymium, 3:2453—2455 
Neodymium-143, 1:151 
Neodymium-doped yttrium alumi- 
num garnet (Nd:YAG) lasers, 
3:2458, 2459 
Neofelis nebulosa. See Clouded 
leopards 
Neolithic Age 
archaeogenetics, 1:288 
architecture, 1:686 
Iceman, 3:2241 
observatories, 1:286—287 
tools, 3:2058 
Neon, 5:3635—3637 
Neon lights, 1:283, 5:3637 
Neonatal jaundice, 3:2385 
Neoniphon spp., 5:4095 
Neopentyl group, 4:3243 
Neophoca cinerea. See Australian sea 
lions 
Neophron percnopterus. See Egyptian 
vultures 
Neopilina spp., 4:3179 
Neoprene, 3:2053, 5:3440 
Neoseiulus mackenziei, 6:4362 
Neoseps reynoldsi. See Sand skinks 


Neotamias spp., 2:906 
Neoteny, 5:3771 
Neotraginae, 2:1333, 1396 
Neotragini, 1:238 
Neotragus batesi. See Bates’ pygmy 
antelopes 
Neotragus moschatus. See Sunis 
Neotragus pygmaeus. See Royal 
antelopes 
Nepal, 1:342 
Nepenthes spp., 1:788 
Nepeta cataria. See Catnip 
Nephropidae, 4:2541 
Nephropoidea. See True lobsters 
Nephrops norvegicus. See Norwegian 
lobsters 
Nepridia, 3:1667 
Neptune, 1:832, 4:2938-2947, 2939, 
2940 
atmosphere, 4:2942—2943, 3353, 
3355-3356 
celestial mechanics, 1:832—833 
characteristics, 4:2938-2939 
composition, 5:4003 
discovery, 4:2938, 3351, 6:4531 
Great Dark Spot, 4:2940, 2943, 
2946 
Kuiper belt objects, 3:2425 
magnetic fields, 4:2941—2942, 2942 
moons, 4:2939-2940, 2944, 2945t 
Pluto’s orbit and, 5:3404 
radiation belts, 6:4546 
ring system, 4:2940, 2943-2944, 
3363, 3364 
rotation, 4:2940, 2942 
tidal effects, 1:833 
Voyager spacecraft, 4:2940-2946, 
2941, 6:4619 
Neptunium, 1:35—36, 2:1533, 1534 
Nereid (satellite), 4:2940, 2944 
Nereis spp., 5:3858 
Nereocystis spp. See Kelp 
Neroli oil, 2:955 
Nerve cells. See Neurons 
Nerve gas, 4:2947-2949, 2948, 2949 
chemical warfare, 2:885 
G-type, 5:3787 
VX agent, 4:2947, 2948, 
6:4625-4626 
See also Sarin gas; Tabun 
Nerve growth factor, 4:2949-2950 
Nerve impulses, 4:2950-2952, 2951, 
2955-2957, 2960-2961 
synapse, 6:4269-4270 
taser disruptions, 6:4287 
Nervous system, 1:205, 4:2952—2956, 
2953, 3122 
action potentials, 1:36—-38 
autonomic, 3:2086-2088, 4:2954 
central, 4:2952—2954 
demyelinated, 1:37-38 
information transfer, 1:572 
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muscular system and, 4:2888—2889 
octopus, 4:3081 
peanut worms, 4:3234 
peripheral, 4:2954, 5:3383 
seals, 5:3834 
somatic, 4:2888—2889, 2954 
tissue, 6:4377 
touch, 6:4397 
Nervous system disorders 
autoimmune, 1:417 
bacterial, 1:445 
neuromuscular, 4:2956—2960 
neuromyopathies, 4:2958—2959 
Nesius construction, 2:1394 
Nessler’s reagent, 1:180 
Nest boxes, 5:3709 
Nest parasites, 1:612, 6:4634 
Nestor meridionalis. See Kakas 
Nestor notabilis. See Keas 
Nests 
bird, 1:588, 4:3004, 3091, 6:4260, 
4683 
colonial, 6:4683 
dinosaur, 2:1337, 4:3175 
noise pollution effects, 4:3004 
saliva, 6:4260 
Net force, 3:1785 
Net primary productivity (NPP), 
2:1589, 3:1797 
Netherlands, 1:718, 2:1643, 4:2518 
Nets 
drift, 2:1380-1381 
purse seine, 6:4476 
Netscape Navigator, 3:2342 
Netted cloth, 6:4341 
Netted RADAR, 5:4133 
Network solids, 2:1205, 1207 
Networks 
computer, 2:1018, 1058-1059 
computer viruses, 2:1068—1069 
local area, 1:421, 2:1058 
neural, 2:1055, 1219 
organ donor, 6:4429 
telephone, 6:4309, 4309, 4310, 
4310 
virtual private, 2:1058 
wireless, 6:4709-4710 
eumann, John von, 1:724, 2:1057, 
1065, 3:1851 
Neural networks, 2:1055, 1219 
Neural tube defects, 5:4073-4075 
Neuraminidase, 3:2039, 2291, 6:4587 
Neurocytes. See Neurons 
Neurofibrillary tangles, 1:167—168 
Neurofibromatosis, 1:413 
Neuroglia. See Glial cells 
Neurolemma, 4:2963 
Neuroleptic malignant syndrome, 
1:264 
euroleptic state, 1:263 
euroleptics, 1:263—264, 5:3540, 
3814-3816, 6:4409 
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Neurologic disorders. See Nervous 
system disorders 
Neuromuscular diseases, 4:2956-2960 
Neuromyopathies, 4:2958—2959 
Neurons, 4:2960-2963, 2961, 2962 
action potentials, 1:36-38 
brain, 2:1495 
function, 1:655, 839 
motor, 4:2954, 2963 
nerve impulses, 4:2950-2951 
olfactory, 5:3963, 3964 
sensory, 1:839, 4:2954, 2963 
structure and function, 
4:2954-2955, 2960-2961, 2962 
transplantation, 1:656 
visual, 6:4593-4594, 4597-4598 
Neurontin, 1:254 
Neuropeptides, 4:2762-2763 
Neuropsychology, 4:3250 
Neuroptera, 1:266, 3:2429, 5:3969 
Neuroscience, 4:2963-2964 
Neurospora spp., 4:2747 
Neurospora crassa, 3:1838-1839 
Neurosteroids, 2:1261 
Neurosurgery, 4:2964-2967 
Neurotic anxiety, 1:269 
Neurotoxins. See Nerve gas 
Neurotransmitters, 4:2967-2969 
action potentials and, 1:38 
alkaloids, 1:137 
amphetamine effects, 1:188 
antidepressant effects, 1:255 
botulism, 1:643-644 
brain, 2:1495 
catecholamine, 2:1369 
excitatory, 4:2950—2951 
function, 1:655, 4:2967—2968 
inhibitory, 4:2951 
migraine headaches, 4:2762-2763 
muscle relaxants, 4:2884 
muscular system and, 4:2889 
nerve impulses, 4:2950-2951, 
2956 
nicotine, 2:943 
release of, 4:2961 
synapse, 6:4269-4270 
vision, 6:4594 
Neurotrichus gibbsii. See Shrew-moles 
Neutrality (psychology), 5:3533 
Neutralization, 4:2970-2971 
acid-base indicators, 3:2269 
chemical, 3:2072 
decontamination, 2:1249 
Neutrinos, 2:1094, 1235, 4:2971-2973, 
6:4197-4198, 4201 
Neutron activation analysis, 3:2379, 
4:2974 
Neutron bombs, 4:3042 
Neutron detectors, 4:3222 
Neutron spectroscopy, 6:4666 
Neutron stars, 3:1650, 4:2974-2977, 
2976, 5:3549 
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Neutrons, 4:2973-2974 
discovery, 1:384, 385-386, 394, 
4:2973, 6:4197 
mass of, 1:397 
nuclear fusion, 4:3023 
quarks, 4:3045 
spin of, 5:4073 
of stars, 1:361 
thermal, 4:3036 
Neutrophiils, 1:5, 619-620, 3:2251 
Nevada, 5:3618-3619 
Nevada Test Site (NTS), 5:3618—3619 
New England Digital Syclavier, 6:4272 
New Guinea 
Arapesh, 5:3546 
deforestation, 1:591—592 
Fore highlanders, 3:2427—2428 
New Guinea harpy eagles, 2:1406 
New Guinean native cats, 4:2643 
New Horizon (spacecraft), 5:4033 
Jupiter, 3:2394 
Kuiper belt objects, 5:3402-3403, 
3788-3789 
Pluto, 3:2425—2426, 4:3355, 
5:3407-3408 
New Madrid fault, 3:1697, 4:3013 
A New System of Chemical Philosophy 
(Dalton), 1:396 
New World camels, 1:738—739 
New World monkeys, 4:2835—2836, 
2981-2986 
New World porcupines, 5:3448 
New World quails, 5:3558 
New World rats and mice, 
4:2741-2742, 5:3641 
New World vultures, 1:592, 5:3634, 
3811, 6:4621-4624, 4622 
New World warblers, 6:4633-4635 
New Zealand snipes, 5:3785 
Newbold, Charles, 1:82 
Newborn infants 
Apgar scor, 1:272 
genetic screening, 3:1893, 1898 
growth hormones, 3:2023 
jaundice, 3:2385 
meningitis, 4:2686, 2687 
reflexes, 5:3660 
Newlands, John, 2:1529-1530 
Newman, J. F., 4:2948 
Newspaper recycling, 5:3648-3649 
Newsprint, 4:3198, 5:3650 
Newton, Isaac 
acceleration, 1:7-8 
alchemy, 1:117 
ballistics, 1:456 
binomial theorem, 1:534 
black holes, 1:608 
calculus, 1:726, 2:1290 
celestial mechanics, 1:831 
comets, 2:1024, 3:2046 
Coriolis effect, 1:197 
dynamic systems, 2:871 


Fraunhofer lines, 3:1814 

general relativity and, 5:3668—3669 

geologic time, 3:1923 

gravity, 3:2004-2005, 5:3672-3673 

heat, 3:2088 

heliocentric theory, 3:2099 

interferometry, 3:2321 

jet engines, 1:104, 3:2388 

Kepler’s laws, 1:359, 3:2410 

laws of motion, 6:4482 

light, 2:1003, 4:2513—2514, 3102 

Mathematical Principles of Natural 
Philosophy, 1:360 

matter, 4:2664 

momentum, 4:2829 

N-body problem, 4:2915 

net force, 3:1785 

Optics, 4:3102 

orbits, 4:3106 

parabolas, 4:3199 

physics history, 4:3328 

polar coordinates, 5:3419 

precession of the equinoxes, 5:3469 

Principia, 1:831, 2:1151, 3:2410, 
4:2664, 3328, 5:3469 

prisms, 5:3498 

propulsion, 5:3745 

rainbows, 5:3626 

scientific method, 5:3819-3820 

sextant, 5:3892 

special relativity and, 5:3673 

spectral lines, 5:4056 

spectrum, 5:4062, 4063, 4065 

star’s orbital motion, 1:531 

theory of limits, 4:2520 

tides, 6:4369 

torque, 6:4391 

tunneling, 6:4478-4479 

volume, 6:4616 


Newton (unit of measure), 3:1785, 


6:4391 


Newtonian liquids, 6:4592 
Newtonian telescopes, 4:2797 
Newton’s laws of motion, 


3:2467-2468, 4:2977-2979, 6:4482 
See also Laws of motion 


Newts, 1:189-191, 4:2980-2981, 298/, 


5:3770-3773 


NGC 253 galaxy, 5:4114 
Ngorongoro Crater, 1:70 
NHGRI (National Human Genome 


Research Institute), 3:2184 


Niacin, 6:4602-4604, 4603+ 
Niacin deficiency, 4:3056, 6:4602 
Nicandra physalodes. See Apple-of- 


Peru 


Niches, 3:2371—2372, 4:2986-2987 
Nichols terracing, 6:4335 
Nickel, 2:1528 


Australia, 1:411 
biomagnification, 1:563 
dietary, 6:4401 
electroplating, 2:1499 
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meteorites, 4:2736 
production, 1:774 
Nickel-beryllium alloys, 1:135 
ickel/cadmium cells, 1:493 
ickel-metal hydride batteries, 2:1475 
ickel tetracarbonyl, 1:775 
ickelodeon, 4:2863 
iclosamide, 1:257 
ICMOS (Near Infrared Camera and 
Multi-Object Spectrometer), 3:2171 
Nicoletiid bristletails, 1:667 
Nicoletiidae. See Nicoletiid 
bristletails 
Nicot, Jean, 4:2987 
Nicotiana spp., 6:4382 
Nicotiana tobacum. See Tobacco 
Nicotinamide, 1:175 
Nicotinamide adenine dinucleotide 
(NAD), 2:1229, 3:2422—2424, 4:2712 
Nicotinamide adenine dinucleotide 
phosphate (NADPH) 
anabolism, 1:195 
anaerobic respiration, 5:3694 
fermentation, 1:196—-197 
glycolysis, 1:196, 4:2712 
Krebs cycle, 3:2422—2424, 
4:2712-2713 
metabolism, 4:2710 
oxidation-reduction reactions, 
4:2711 
photosynthesis, 4:3317 
Nicotine, 1:46—47, 138, 2:943, 
4:2987-2988, 2992-2993, 6:4382 
Nicotine replacement therapy, 2:944, 
4:2987 
Nicotinic acid, 4:2747 
Nicotinic effect, 1:17 
Nicotinic receptors, 4:2988 
Niemann, Albert, 2:979 
Niepce, Joseph, 4:3308 
Night blindness, 4:3056—3057 
Night-blooming cactus, 1:710 
Night monkeys, 4:2835, 2981, 
2982-2983 
ight people, 1:555 
ight sweats, 4:2690 
ight terrors, 5:3953 
ight vision enhancement devices, 
4:2988-2989 
Nighthawks, 1:759, 3:1974-1975 
Nightjars, 1:758, 759, 3:1974-1975 
ightshades, 4:2989-2993, 2990, 
2991, 6:4381-4382 
See also Potatoes 
NIH. See National Institutes of 
Health 
Nile crocodiles, 2:1185, 1186, 1243 
Nile monitor lizards, 4:2833 
Nile perch, 2:1567, 3:2350, 2353 
Nile River, 1:150, 5:3732 
Nilgai, 1:820 
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Nimba otter shrews, 4:3143 
Nimbostratus clouds, 2:966 
NIMBY (not in my backyard) syn- 
drome, 3:2070, 2267 
NINCDS (National Institute of 
Neurological and Communicative 
Disorders and Stroke), 2:1266 
Nine-banded armadillos, 1:305, 305 
Nine-spine sticklebacks, 5:4168 
Niobium, 1:147, 2:1528, 4:2719 
NIOSH (National Institute for 
Occupational Safety and Health), 
5:4185, 4187 
Nipkow, Paul, 4:3304, 6:4319 
Nipponia nippon. See Crested ibises 
Nirenberg, Marshall W., 2:988—989, 
5:3724 
Nissl bodies, 4:2961 
NIST. See National Institute of 
Standards and Technology 
NIST-7 (atomic clock), 1:382 
NIST F-1 (atomic clock), 1:382 
Niter. See Potassium nitrate 
Nitidulidae, 1:513 
Nitrate 
algae, 1:127 
ammonification, 1:181, 182 
in compost, 2:1048 
denitrification, 2:1272—1273 
fertilizers, 1:86, 88, 3:1711 
nitrification, 4:2993-2995, 3000 
nitrogen cycle, 4:2999 
organic farming, 4:3117 
oxidation-reduction reaction, 
4:3156 
properties, 1:179 
water pollution, 1:182 
Nitric acid, 4:2993 
acid rain from, 1:18-19, 20, 100 
aqua regia, 3:2206 
production, 1:180, 4:2997 
Nitric oxide 
indoor air quality, 3:2273-2274 
nitrogen cycle, 4:2999 
nitrogen fixation, 4:3001—3003 
smog, 5:3966 
vehicle emissions, 4:2997—2998 
Nitrides, 4:2997 
Nitrification, 3:2413, 4:2993-2995, 
3000 
Nitrile, 1:175 
Nitrite 
cancer from, 1:780 
denitrification, 2:1272—1273 
mutagenic, 4:2901 
nitrification, 4:2993-2995, 3000 
Nitrobacter spp., 1:442, 3:2413, 4:2994 
Nitrocellulose, 4:3153, 5:3438 
Nitrogen, 4:2995-2998 
ammonia production, 1:178, 179, 
181-182, 3:2203—2204, 
4:2996-2997 
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atmospheric, 1:365—366, 369, 
3:2486, 4:2996-2997, 
2998-3001 

bacterial growth, 1:442 

balloons, 1:457 

composting ratio, 2:1047 

denitrification, 2:1272—1273 

in diamonds, 2:1311-1312 

explosives, 3:1674, 1676 

lakes, 3:2437 

in light bulbs, 3:2265 

liquefaction, 3:1861 

liquid, 4:2997, 6:4326 

organic farming, 4:3117 

planetary atmospheres, 4:3354 

plant assimilation of, 1:181—182 

Triton’s atmosphere, 4:2946 

wastes, 3:1667 

See also Nitrogen fertilizers 

Nitrogen cycle, 4:2997, 2998-3001, 
2999 

ammonification, 1:181 

bacterial growth, 1:442 

denitrification, 2:1272—1273 

fertilizers and, 1:182 

nitrification, 4:2993—2995 

oxidation-reduction reaction, 
4:3155 

Nitrogen dioxide, 3:2273-2274, 
4:2998, 2999 
Nitrogen fertilizers, 1:86—-87, 3:1711 

nitric acid, 4:2993 

nitrification, 4:2994-2995 

nitrogen cycle, 1:182, 4:3000-3001 

overuse, 1:100, 4:3117-3118 

production, 4:2996-2997 

water pollution, 4:2994—2995, 3001 

Nitrogen fixation, 4:3001-3003 

ammonia production, 1:179, 
3:2486 

cycads, 2:1220 

dinitrogen, 4:3000 

eubacteria, 2:1635 

fern-cyanobacteria symbiosis, 
3:1704 

high-biomass plants, 1:547 

legumes, 3:2486, 4:3000, 3002, 
5:3756 

mycorrhiza, 4:3002, 6:4262 

nitrification, 4:2994 

nitrogen cycle, 4:2999 

sweet gale family, 6:4259 

Nitrogen gas. See Dinitrogen 
Nitrogen mustards, 4:2900 
Nitrogen oxides 

acid rain, 1:18—-19 

catalytic converters, 1:809 

Clean Air Act on, 1:99-100 

from coal burning, 2:970 

emissions of, 1:23—24 

formation, 4:3160 

incineration emissions, 3:2268 

Nitrogen-saturated terrestrial ecosys- 
tems, 3:2470 
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Nitrogen triiodide, 1:179 
Nitrogenase, 1:179, 4:3000, 3002 
Nitroglycerin 
development, 3:1674 
explosions, 3:1676 
oxidation-reduction reaction, 
4:3153 
production, 3:1969, 4:2997 
rocket fuel, 5:3746 
Nitrosococcus spp., 4:2994 
Nitrosolobus spp., 4:2994 
Nitrosomonas spp., 1:442, 3:2413, 
4:2994, 3000 
Nitrosospira spp., 4:2994 
Nitrous oxide 
anesthesia, 1:212, 6:4244 
denitrification, 2:1272—1273 
dental anesthesia, 2:1276 
discovery, 1:211 
emissions, 4:2994 
greenhouse effect, 3:2013 
nitrogen cycle, 4:2999 
Nitzchia spp., 1:128, 5:3655 
Nitzchia occidentalis, 5:3655 
Nix, 3:2426-2427, 5:3406, 3407 
NMDA (AN-methyl-D-aspartic acid), 
4:3170 
NMR (Nuclear magnetic resonance), 
4:2599, 3027-3029 
No-see-ums, 6:4466 
No-tillage agriculture, 1:92 
No-tillage systems, 5:3993 
NOAA (National Atmospheric and 
Oceanographic Administration), 
2:1458-1459, 6:4672, 4707 
Nobel, Alfred, 3:1674-1675 
Nobelium, 1:35—36, 2:1534, 4:3266 
Nobile, Umberto, 1:110 
Noble firs, 3:1732 
Noble gases. See Rare gases 
Noble metals, 4:2717 
Noctilio spp. See Fisherman bats 
Noctilucent clouds, 2:967 
Noctuidae, 4:2860 
Nodal month, 2:1438-1439 
N 
Ne 


odes of Ranvier, 1:38, 4:2962—2963 
oesitta chrysoptera. See Organge- 
winged sittellas 
Noether, Emmy, 6:4269 
Noise pollution, 4:3003-3005, 5:4020 
Noise Pollution and Abatement Act, 
4:3004 
Nojima fault, 3:1697 
Nomadic peoples, 1:738 
Nomascus spp. See Crested gibbons 
Nomenclature 

anatomy, 1:206—207 

taxonomy, 6:4273-4274, 

4292-4293 

Nominal aphasia, 1:274 
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Non-Euclidean geometry, 3:1932, 
4:3005-3008 
Non-Hodgkins lymphoma, 
4:2567-2568 
Non-linear dynamic systems, 2:871 
Non-Newtonian liquids, 6:4592 
Non-ohmic conductors, 2:1482 
Non-point source pollution, 2:1558, 
4:3008, 3008-3009, 5:3430-3431, 
6:4650 
Non-Proliferation Treaty, 6:4659, 
4661-4662 
Non-RE®M sleep, 1:656, 3:2305, 
5:3947, 3949-3950 
Non-renewable natural resources, 
2:1440, 6:4249, 4250, 4252 
Non-spiny bandicoots, 1:460 
Non-steroidal anti-inflammatory 
drugs (NSAIDs), 3:2290 
Non-target species, 3:2117-2118, 
2301, 2315 
Nonane, 3:2198 
Nonantigenic substances, 1:249 
Nonchemical addiction. See Process 
addiction 
Noncommunicating hydrocephalus, 
3:2199 
Noncommutative groups, 
3:2019-2020 
Nonconformaties (geology), 6:4511 
Nondestructive testing, 6:4506 
Nonhuman animals. See Animals 
Noninsulin-dependent diabetes. See 
Type II diabetes 
Nonmetal elements, 4:3009, 
3260-3261 
Nonparalytic strabismus, 6:4599 
Nonsense mutations, 4:2904 
Nonsteroidal anti-inflammatory 
drugs (NSAIDs) 
analgesia effect, 1:197 
anti-inflammatory agents, 1:245 
arthritis, 1:313 
migraine headaches, 4:2764 
tonsillitis, 6:4383 
Nonstructural adhesives, 1:54 
Nonyl aldehyde, 1:123 
Nonzero-sum games, 3:1852 
Nor-epinephrine, 2:1575 
Noradrenaline, 6:4269-4270 
Norepinephrine 
amphetamine effects, 1:188 
beta-blockers, 1:522—524 
cardiac cycle, 3:2081, 2088 
function, 3:2154, 4:2968 
hypertension, 3:2222 
production, 1:57 
Norfolk Island, 2:1570 
Norge (airship), 1:110 
Nori (algae), 1:128 
Norias. See Waterwheels 


Normal anxiety, 1:269 
Normative data, 5:3538-3539 
Norplant, 2:1119 
North Africa ocean inundations, 
1:70-71 
North America 
aquaculture, 1:627 
Archean eon, 4:3011—3012 
Arctic region, 4:3015 
borders of, 4:3013-3014 
desertification, 2:1296 
development, 2:1598—1599 
donkeys and horses, 2:1367 
endemic species, 2:1570 
formation, 2:1412 
geology, 4:3009-3016, 3010 
Ice ages, 4:3015 
interior west, 4:3014—-3015 
Phanerozoic era, 4:3012—3013 
Proterozoic eon, 4:3012 
ungulates, 6:4521 
uplift, 6:4526—-4527 
North American porcupines, 5:3448 
North American river otters, 4:3145 
North American tribes. See Native 
Americans 
North Korea, 2:1384, 4:3038 
North Pole, 3:1921—1922, 5:3470 
magnetic, 1:300, 2:1420, 4:2602 
true, 2:1420, 4:2602 
North Star. See Polaris 
Northern bald ibises, 3:2232 
Northern black currants, 5:3802 
Northern blotting, 1:626 
Northern bog lemmings, 3:2490 
Northern chubs, 6:4215 
Northern clingfish, 2:959 
Northern dace. See Pearl dace 
Northern flickers, 6:4715—4716, 4717 
Northern flying squirrels, 5:4099 
Northern gannets, 1:637 
Northern goshawks, 3:2065 
Northern grass-of-parnassus, 5:3802 
Northern grasshopper mice, 
4:2741-2742 
Northern hairy-nosed wombats, 
6:4711-4712 
Northern harriers, 3:2066 
Northern house mice, 4:2743 
Northern jacanas, 3:2383 
Northern maidenhair ferns, 4:2608 
Northern mockingbirds, 4:2806 
Northern native cats, 4:2643 
Northern orioles, 1:611, 4:3128 
Northern parulas, 6:4633 
Northern pike, 4:3339-3340 
Northern pintails, 2:1388 
Northern raccoons, 5:3580, 3581 
Northern rat-kangaroos, 3:2404 
Northern red-backed voles, 6:4615 
Northern red currants, 5:3803 
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Northern redhorse suckers, 6:4215 
Northern royal albatross, 1:112 


Northern screamers. See Black- 

necked screamers 

Northern shovelers, 2:1388 

Northern shrikes, 5:3917, 3918 

Northern spotted owls, 2:1567—1568, 

1597-1598, 4:3089, 3150, 3151-3152 

Northern suckers, 6:4215 

Northern wheatears, 6:4364, 4365 

Northrop, John, 2:1604 

Norwalk-like virus, 3:1776 

Norway lemmings, 3:2490 

Norway rats, 5:3641, 3642 

Norway spruces, 5:4090, 4091 

Norwegian lobsters, 4:2542 

Nose anatomy, 5:3936-3937 

Nose drops, 5:3698 

Nostoc spp., 1:676, 4:3002 

Not in my backyard (NIMBY) syn- 

drome, 3:2070, 2267 

Notacanthidae, 5:4077—4078 

Notacanthiformes, 3:2055, 

5:4077-4078 

Notacanthoidei, 3:2055 

Notacanthus chemnitzii, 5:4078 

Notechis scutatus, 2:1463 

Notemigonus crysoleucas. See Golden 
shiners 

Nothocrax spp., 2:868 

Nothofagus spp., 1:504-505 

Nothoprocta perdicaria. See Chilean 
tinamous 

Nothosaurs, 4:3182 

Notochord, 2:924 

Notonecta undulata, 6:4461 

Notonectidae. See Backswimmers 

Notophthalmus spp., 4:2980 

Notophthalmus meridionalis. See 
Black-spotted newts 

Notophthalmus perstriatus. See 
Striped newts 

Notophthalmus viridescens. See Red- 
spotted newts 

Notopteroidea. See Featherbacks 

Notropis spp., 4:2786 

Notropis cornutus. See Silver shiners 

Noturus spp. See Madtoms 

Nova, 1:14, 4:3016-3017, 6:4551 

Novadex. See Tamoxifen 

Novocain, 4:3017-3018 

Noyce, Robert, 3:2313, 4:2749 

NPL (National Priorities List), 2:1099 

NPP (Net primary productivity), 

2:1589, 3:1797 

NPS (National Pharmaceutical 

Stockpile Program), 1:582 

NSA (National Security Agency), 
2:959 


NSAIDs. See Nonsteroidal anti- 
inflammatory drugs 
NSFNET, 3:2341 
NTS (Nevada Test Site), 5:3618-3619 
NTSC (National Television Systems 
Committee), 6:4569, 4570 
Nubian wild asses, 1:346, 2:1367 
Nuclear demagnetization, 2:1200 
Nuclear fallout. See Radioactive 
fallout 
Nuclear fission, 1:395, 4:3018-3019, 
3019, 3020, 3035-3038 
actinides, 1:35 
history, 4:3018—3019, 3034 
power plants, 4:3031-3035 
process, 3:1676—-1677, 4:2973-2974 
radioactive fallout, 5:3608 
radioisotope production, 
3:2378-2379 
submarine reactors, 6:4204 
uranium, 6:4528, 4529 
weapons, 4:3039 
Nuclear fusion, 1:395, 4:3023-3027, 
3024, 3034 
cold, 4:3026-3027 
plasma confinement, 5:3382 
process, 3:1673, 1676-1677 
radioactive fallout, 5:3608—3609 
red giant stars, 5:3652—3653, 3653, 
3654 
sun, 6:4227 
tritium, 6:4444 
weapons, 4:3039, 6:4663 
Nuclear magnetic resonance (NMR), 
4:2599, 3027-3029, 5:4061 
Nuclear medicine, 1:571, 4:3029-3031 
radioactive tracers, 4:3029-3030, 
5:3614-3616, 3619-3620 
radioisotopes in, 5:3619-3620 
See also Radioactive tracers 
Nuclear Non-Proliferation Treaty, 
4:3043 
Nuclear power, 4:3020, 3031-3035, 
3037 
accidents, 4:3033, 3038, 5:3456, 
3593, 3609-3610, 3612 
controversies, 4:3022, 3032-3034 
fuel reprocessing, 5:3617 
future of, 4:3034-3035 
future use, 1:153—-154, 4:3023 
neutrons in, 4:2973—2974 
nuclear reactors for, 4:3021—3023 
radiation exposure, 5:3593 
radioactive isotopes in, 1:36 
radioactive pollution, 5:3612-3613 
See also Nuclear reactors 
Nuclear reactions 
big bang theory, 2:1153—1154 
chain, 4:3018—3022, 3019, 
3036-3037 
D-D, 4:3026 
D-T, 4:3026 
energy from, 2:1581 
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heavy elements from, 2:1535, 
1536-1537 

neutrinos from, 4:2971—2973 

process, 3:1676—1677 

radioisotope production, 
3:2378-2379 

sun, 6:4227 

thermonuclear, 1:454, 2:1300, 
4:3024 

transuranium elements from, 
2:1532, 1533 

tritium, 4:3026, 6:4444 

See also Nuclear fission; Nuclear 
fusion 


Nuclear reactors, 4:3035-3038, 3036 


N 


N 
N 


N 
N 
N 


boiling water, 4:3032, 3037 
chain reaction in, 4:3019—3020 
gas, 4:3037 
history, 4:3034 
for nuclear power plants, 
4:3021-3023 
number of, 4:3031 
pressurized water, 4:3021—3022, 
3037 
radioactive fallout, 5:3609 
reprocessing facilities, 6:4661, 4662 
rockets, 5:3747 
submarines, 6:4204 
uranium fuel, 6:4529, 4660 
uclear Regulatory Commission, 
5:3612, 3618 


uclear surveys, 6:4209 


uclear Test Ban Treaty, 
3:1856-1857 


uclear transfer (cloning), 2:960, 961 
uclear waste. See Radioactive waste 


uclear weapons, 4:3038-3043, 
6:4662-4667 

ballistic missiles, 1:454 

bioterrorism, 1:581 

decontamination, 2:1250 

detection methods, 6:4665—4666 

earthquakes from, 3:1698 

electromagnetic pulse, 
2:1505-1507 

environmental effects, 4:3041, 
3043-3044 

explosions, 3:1673 

fission-fusion-fission, 4:3040 

fuel production, 4:3022, 3037 

fusion, 4:3039 

missile warheads, 1:454, 4:3041, 
5:3748 

radiation exposure, 5:3593, 3612 

radioactive fallout, 5:3608—3610 

tests, 5:3593, 3609-3610, 3612 

thermonuclear, 1:454 

weapons-grade plutonium & ura- 
nium, 6:4659-4662 

See also Atomic bombs 


Nuclear winter, 4:3041, 3043-3044 
Nucleation, 4:2732 
Nucleic acid probes. See DNA probes 
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Nucleic acids, 2:1280, 4:3044-3045 
hybridization, 2:1359 
origin of life, 4:3124 
phosphorus and, 4:3293 
See also DNA; RNA 
Nucleons, 4:3045 
Nucleoside analogs, 1:96 
Nucleosomes, 2:937 
Nucleotide excision repair, 
4:2903-2904 
Nucleotide substitutions, 4:2904 
Nucleotide triplets, 2:1283 
Nucleotides, 2:1282, 5:3723 
Nucleus 
binding energy, 4:2649 
cellular, 4:3045—3046, 3368 
Nude mice, 1:226 
Nudibranchia, 5:3959, 3966, 3968 
Null hypothesis, 2:892, 5:4125 
Nulon, 1:175 
Numbats, 4:3046-3047, 3047 
Number theory, 2:1202—1203, 4:2660, 
2932, 3047-3050 
Numbering systems. See Numeration 
systems 
Numbers 
amicable, 1:174 
Avogadro’s, 1:431-432 
cardinal, 1:782, 4:3111-3112, 
3112t 
complex, 2:1036—1038, 1038, 
3:2245, 4:2663 
composite, 4:3047, 3049 
coordination, 2:1206—1207 
even, 3:1649 
figurative, 3:1724, 1724-1727, 
1725, 1726 
history, 4:2660 
imaginary, 3:2245 
infinite, 3:2288—2289 
irrational, 1:276, 304, 
3:2288-2289, 2365, 
5:3639-3641, 6:4412 
law of large numbers, 5:3502 
mach, 4:2573—2575, 2574 
natural, 1:51, 304, 2:1160-1161, 
1161¢, 4:2931-2932 
negative, 4:2937-2938 
odd, 3:1649 
ordinal, 4:3111—3112, 3112r 
oxidation, 4:3154 
pentagonal, 3:1725-1726 
perfect, 4:3252-3253 
positive, 5:3450—-3451 
prime, 4:3047, 3048, 3049, 3253, 
5:3490-3491, 3864, 3925 
properties, 1:304—-305 
quantum, 5:3568—3569 
random, 5:3630-3632 
rational, 1:304, 2:1161, 
5:3639-3640, 3640-3641 
real, 1:304, 347, 4:2519-2521, 
5:3646, 3646-3647 
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Reynolds, 1:59, 60, 3:1757, 
6:4485-4486 
Roman, 4:3051, 3052 
root of, 5:3595-3596 
sequences, 5:3863—-3865 
signed, 1:52, 4:2881—2882 
square, 3:1724, 1725, 5:3864 
transcendental, 5:3647, 
6:4411-4412 
transfinite, 3:2289 
Numenius americanus. See Long- 
billed curlews 
Numenius borealis. See Eskimo 
curlews 
Numenius phaeopus. See Whimbrels 
Numenius tahitiensis. See Bristle- 
thighed curlews 
Numeration systems, 4:3050—3053, 
3050 
base 60, 4:3051, 5:3640, 6:4747 
Hindu-Arabic, 1:51, 303, 3:1721, 
4:3051, 6:4747 
Roman, 4:3051, 3052, 6:4747 
See also Decimal fractions 
Numerical taxonomy. See Phenetics 
Numerical weather forecasting, 
6:4673-4674 
Numida meleagris. See Helmeted 
guineafowl 
Numididae, 3:2030 
Nuphar spp. See Spatterdock 
Nurse sharks, 5:3904 
Nursery diarrhea, 2:1594 
Nut-sedges. See Papyrus sedges 
Nuthatches, 4:3053-3054, 3054 
Nutmeg, 4:3054—3055 
Nutra Sweet Co., 3:1937 
Nutraceuticals, 3:1901 
N 
N 


utrias. See Coypus 
utrient cycling 
carbon, 1:575 
ecological integrity, 2:1443 
in ecosystems, 2:1451—1452 
keystone species, 3:2413 
photic zone, 4:3298 
scavengers, 5:3810—3811 
slash-and-burn agriculture, 
5:3945-3946 
soil formation, 5:3987, 3992 
Nutrient deficiency diseases, 
4:3055-3059 
See also Malnutrition 
Nutrients, 4:3059 
blood, 1:617 
blood plasma transport, 
5:3381-3382 
cell, 1:840 
coral reefs, 2:1136 
decomposition, 2:1247 
food web, 3:1773 
limiting, 4:3294-3295 
soil, 1:90-91 
wetlands, 6:4689 


Nutrition, 4:2612, 3059-3062, 3060 
See also Diet 
Nutritional supplements 
diet and, 4:3058 
uses, 1:158-159, 4:3058, 3061 
vitamins, 6:4604—4605 
Nuts, 4:3053, 3060 
Nutshells (bivalves), 1:605—607 
Nuttall’s woodpeckers, 6:4717 
Nux vomica tree, 1:139, 4:3062 
Nyctanassa violacea. See Yellow- 
crowned night herons 
Nyctea scandiaca. See Snowy owls 
Nyctereutes procyoniodes. See 
Raccoon dogs 
Nycteris grandis. See Slit-faced bats 
Nyctibiidae. See Potoos 
Nyctibius griseus. See Common 
potoos 
Nycticebus coucang. See Sunda slow 
lorises 
Nycticebus pygmaeus. See Pygmy slow 
lorises 
Nycticorax nycticorax. See Black- 
crowned night herons 
Nyctidromus albicollis. See Pauraques 
Nylon 
fibers, 1:320t 
formation, 1:520 
history, 5:3438 
production, 1:180, 5:3440 
silk replacement, 4:2925 
Nymphaea spp., 6:4647 
Nymphaea elegans. See Blue water 
lilies 
Nymphaea nelumbo. See Sacred 
lotus 
Nymphaea nucifera. See Oriental 
sacred lotus 
Nymphaea odorata, 6:4647 
Nymphaea tuberosa, 6:4647 
Nymphaeacea, 6:4646 
Nymphalidae, 1:699 
Nymphicus hollandicus. See 
Cockatiels 
Nyquist sampling theorem, 1:200 


lo 


O-chlorobenzolmalononitrile, 
2:884-885 

O horizon. See Humus 

O stars, 5:4160, 4161 

O157:H7, 2:1625—-1626, 3:1776, 
4:3229, 6:4648 

Oak-pine forests, 2:1584—1585 

Oak root rot, 4:3064 

Oak wilt, 4:3064 
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Oaks, 1:504—505, 4:3063-3066 
Australian, 3:2350 
cork, 1:471, 504-505, 2:1138-1139, 
4:3065 
mycorrhizal, 4:2907 
tannins, 1:471 
Oates, Richard, 5:3472 
Oats, 3:1994, 4:3371 
Oaxacan pocket gophers, 3:1978 
Oberon (satellite), 4:2944, 
6:4530-4531, 4535 
Obesity, 1:467, 2:1428, 1429-1430, 
4:3066-3071 
appetite suppressants for, 
1:468-469, 4:3071 
bariatric therapy, 1:467-469 
growth hormones, 3:2025 
metabolism, 4:2708 
morbid, 2:1430, 4:3070 
Obligate anaerobes, 1:284 
Obligate bacteria, 1:442, 4:3229 
Obligate halophiles, 1:442 
Obligate parthenogenesis, 4:3218 
Oblique triangles, 6:4440 
O’Brien, S., 1:680 
Observation 
biological, 1:559 
learning, 3:2477-2478 
Observatories 
airborne, 3:2293—2294 
astrophysics, 1:365 
history, 1:286—287 
infrared detection, 3:2293 
Mauna Kea, 3:2293 
Mt. Wilson, 4:2666 
See also Space-based observa- 
tories; Telescopes 
Obsessions, 4:3072—3073 
Obsessive-compulsive disorder 
(OCD), 2:1053—1054, 4:3072, 5:3544 
Obsessive-compulsive personality 
disorders, 2:1053 
Obsidian, 3:2243 
Obsidian hydration dating, 1:301 
Obtuse angles, 1:218 
Obtuse triangles, 6:4440 
Occluded front, 1:98 
Occupational exposures, 1:746, 789, 790 
OCD (Obsessive-compulsive disor- 
der), 2:1053—1054, 4:3072 
Ocean basins, 4:3073, 3074-3076 
Ocean currents. See Currents 
Ocean floor 
abyssal plains, 1:7 
bathymetric maps, 1:484-485 
continental rise, 2:1110-1111 
continental shelf, 2:1109-1110, 
1111-1112 
continental slope, 2:1110 
paleomagnetism, 4:3177-3178, 
5:3395 
robotic vehicles, 5:3739 


underwater exploration, 
6:4512-4521 
uplift, 6:4526 
Ocean inundations, 1:70—71 
Ocean layers. See Ocean zones 
Ocean ridges, 3:2214, 4:3074, 6:4526, 
4608 
See also Mid-Atlantic Ridge; Mid- 
Ocean Ridge 
Ocean sunfish, 4:3076 
Ocean thermal energy conversion, 
1:156 
Ocean triggerfish, 6:4438 
Ocean waves 
barrier islands, 1:478—479 
sedimentary environment, 5:3851 
shoreline protection, 5:3913—3915 
Ocean zones, 4:3076-3078 
Oceanic crust, 2:1102, 1417-1418, 
5:3392-3393, 3395-3396 
Oceanic islands. See Islands 
Oceanic-oceanic plates, 5:3394, 
3396-3397 
Oceanodroma leucorhoa. See Leach’s 
storm petrels 
Oceanography, 2:1416, 4:3078-3079, 
3079, 6:4512-4513 
Oceans, 4:3073-3074 
ancient North America, 4:3013 
bathymetric maps, 1:484-485 
biomes, 1:569 
carbon cycle, 1:771 
deep water, 2:1214, 5:3852 
ecological productivity, 2:1447 
ecological pyramids, 2:1449 
food web, 4:3332-3333 
formation, 2:1103, 1412-1413 
global warming, 3:1967 
microorganisms, 6:4648-4649 
mountain ranges, 3:2370 
photic zone, 4:3296—3298 
sedimentation, 5:3849 
temperature, 2:1132, 1135, 6:4518 
underwater exploration, 
6:4512-4521 
upwellings, 1:569, 4:3297, 6:4527 
waste dumping, 6:4638 
water in, 3:2209 
Ocellated ant-thrush, 1:237 
Ocellated turkeys, 6:4487 
Ocelots, 1:817 
Ochotona spp. See Pikas 
Ochotona princeps. See American 
pikas 
Ochotonidae, 3:2431 
Ochratoxin A, 4:2908 
Ochroma pyramidale. See Balsa wood 
Ocimum basilicum. See Basil 
OCR (Optical character recognition), 
1:462-463, 4:2583, 5:3806 
Octadecanethiol, 4:2920 
Octagons, 5:3436 
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Octalactone, 4:3244 
Octane, 3:2198 
Octet rule, 4:2504, 3079-3080 
Octopus, 1:560, 4:2828, 3080, 
3080-3081 
Octyl aldehyde, 1:123 
Ocular albinism, 1:113, 114, 115 
Ocular disorders. See Vision disorders 
Ocular tumors, 6:4601 
Oculocutanious albinism, 1:113, 114 
Ocyopidae, 2:1167 
Odd-nosed leaf-monkeys, 3:2450 
Odd numbers, 3:1649 
Oddleg calipers, 1:734 
Odhner, Willgodt Theophile, 1:723 
Odobenidae. See Walruses 
Odobenus rosmarus. See Walruses 
Odocoileinae, 2:1252, 1255 
Odocoileus hemionus. See Mule deer 
Odocoileus virginianus. See White- 
tailed deer 
Odocoileus virginianus clavium. See 
Key deer 
Odonata, 6:4465 
Odontology, 4:3081, 3082 
Odontophoridae, 5:3558 
Odontotermes obesus, 6:4332 
Odor perception, 2:890 
Oe (Oersteds), 4:2603 
Oedipus complex, 5:3532 
Oenanthe oenanthe. See Wheatears 
Oersted, Hans Christian, 1:164, 
2:1502, 4:2596, 2601, 6:4302 
Oersteds (Oe), 4:2603 
Oestridae, 6:4466 
Oestrus ovis. See Sheep bot flies 
Ogalalla aquifer, 2:1296, 3:2211, 
6:4206 
Oglethorpe oaks, 4:3064 
Ohio buckeyes, 3:2158, 2158 
Ohio River, 5:3731 
Ohm, Georg, 2:1469, 1477 
Ohms, 2:1469, 1477, 1488 
Ohm’s law, 2:1477, 1478, 1479, 1488, 
4:3082 
Oil (petroleum), 4:3276, 3276-3279 
Australia, 1:411 
bioremediation, 1:572—573 
consumption, 4:3278 
deposits, 3:1808 
electric power generation, 3:1809 
hydrogenation, 3:2208 
reserves, 4:3278—3279 
See also Petroleum 
Oil droplet experiments, 1:384, 397 
Oil embargo, 2:1585, 4:2655 
Oil seeps, 4:3086 
Oil spills 
bioremediation, 1:572—573 
as chemical warfare, 2:886, 4:3084 
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environmental effects, 3:1809, 
4:3085—3086 
environmental ethics, 2:1598 
from oil wells, 4:3083 
Oil tankers, 4:3083—3086 
Oil-of-verbena, 6:4565 
Oil-of-violets, 6:4574-4575 
Oil-of-wintergreen, 3:2093—2094 
Oil well drilling, 4:3086, 3086-3088, 
6:4206 
Oilbirds, 1:758—759 
Oils (animal and vegetable) 
calories, 1:734 
dietary need for, 4:3060 
vs. fats, 3:1692 
fish, 6:4439 
hydrogenation, 3:1693, 2204, 2208 
olive, 4:3092 
palm, 4:3189-3190 
sesame, 5:3873 
stearic acid production, 
5:4138-4139 
wintergreen, 6:4709 
Okapia johnstoni. See Okapis 
Okapis, 3:1952-1955, 1953 
Olanzapine, 5:3816 
Olber, Wilhelm, 1:73 
Olbers, Heinrich, 2:1152 
Olber’s paradox, 2:1152 
Old-growth forests, 3:2270, 
4:3088-3092, 3089, 3090 
orangutans, 4:3105 
rainforest, 5:3627, 3629, 3630 
restoration ecology, 5:3708 
sequoias, 5:3868 
spotted owls, 4:3152 
Old World camels, 1:736—738 
Old World monkeys, 4:2835—2836 
Old World porcupines, 5:3448, 3450 
Old World quails, 5:3558 
Old World rats and mice, 4:2741, 
2742-2743, 5:3641 
Old World vipers, 6:4575—4576 
Old World vultures, 5:3634, 3811, 
6:4624 
Old World warblers, 6:4633—4635 
Old World weasels. See Common 
weasels 
Oldham-Gutenberg discontinuity. 
See Gutenberg discontinuity 
Oldown tools, 3:2057 
Oldsquaws, 2:1389 
Olea europea, 4:3092 
Oleaceae. See Olive family 
Olefins. See Alkenes 
Oleoresins, 5:3688 
Olfactory neurons, 5:3963, 3964 
Olfactory sense. See Smell 
Oligochaeta, 5:3857, 3858 
Oligotrophic lakes, 2:1132, 1646, 
3:2436 
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Olivaceous cormorants, 2:1140 

Olive baboons, 1:163 

Olive-backed orioles, 4:3128 

Olive colobus monkeys, 2:1003 

Olive family, 4:2516, 3092-3094 

Olive oil, 4:3092 

Olive-sided flycatchers, 6:4499 

Oliver, James, 1:82 

Olivine, 1:645, 3:1919, 5:3750 

Olson, Harry, 6:4272 

Olympic marmots, 4:2631 

Olympic sports, 3:2408, 4:3253 

Olympus Mons, 4:2634 

Oman, 1:339 

O’Meara, Edmund, 6:4606 

Omega-3 fatty acids, 3:2083, 6:4439 

Omega-6 fatty acids, 6:4439 

Omnibus Trade and Competitiveness 
Act, 4:2738-2739 

Omnivores, 3:1771, 2119, 4:3094, 
6:4447 

OMS (Orbital Maneuvering System), 
5:4036, 4037 

On-line document delivery, 5:3495 

On the Development of the Egg and 
Chick (Fabrici), 2:1556 

On the Formed Fetus (Fabrici), 2:1556 

On the Generation of Animals 
(Harvey), 2:1556 

On the Motive Power of Fire (Carnot), 
5:4136 

On the Origin of Species (Darwin), 
1:559, 3:1650-1651, 1656, 1754, 
1905 

On the Revolution of Celestial Spheres 
(Copernicus), 3:1916 

Onagers, 1:346 

Oncogenes, 1:743, 744, 6:4590 

Oncohynchus spp. See Pacific salmon 

Oncopeltus fasciatus. See Large milk- 
weed bugs 

Oncorhynchus spp. See Pacific salmon 

Ondatra zibethicus. See Muskrats 

One-color light. See Monochromatic 
light 

One-dimensional vision systems, 
4:2581 

One-to-one correspondence, 
4:3094—3095, 3095t 

One-wattled cassowaries, 3:1749 

O’Neill, Eugene, 4:2851 

Onions, 4:2517, 2518, 2519, 5:3757, 
6:4556, 4557 

Onnes, Heike Kammerling, 2:1199, 
1201, 3:1862, 4:2696 

Onopordum spp., 6:4359 

Onopordum acanthium. See Scottish 
thistles 


Onycholgalea spp. See Nail-tailed 
wallabies 


Onycoteuthis spp., 4:2829 
Oogenesis, 3:1853—1854, 4:3147, 
5:3684 
Oomycota, 5:3526 
Oort, Jan, 3:2425 
Oort cloud, 3:2425 
comets, 2:1021, 1022, 1025 
Planet X, 4:3352 
planetary formation, 5:4005 
Opahs, 4:3096 
Opals, 5:3927 
Opaque, 2:1005 
Oparin, Aleksandr Ivanovich, 1:352, 
2:880, 4:3124 
OPEC (Organization of Oil Exporting 
Countries), 2:1587, 4:2655 
Open fetal surgery, 5:3482-3483 
Open-heart surgery, 6:4246 
Open-hearth furnaces, 5:4140-4141, 
4142 
Open-loop machines, 1:419, 
5:3871-3872 
Open ocean biome, 1:569 
Open-pit mining, 4:2783 
Open-Source Initiative, 4:3096 
Open-source software, 4:3096—3097 
Open-water food web, 1:126, 127 
Openbill storks, 5:4175 
Opeophrynella spp., 6:4379 
Opera glasses, 1:533 
Operant conditioning, 1:517, 
2:1074-1076, 3:2477, 5:3664-3665 
Operating systems, 2:1066 
“Operation Sea Spray,” 1:558 
Ophioglossum reticulatum, 3:1706 
Ophioloite mountains, 4:2872 
Ophiolte suites, 5:3393 
Ophiomorus spp. See Snake skinks 
Ophiophagus hannah. See King cobras 
Ophiostoma ulmi, 2:1550, 3:2352 
Ophisternon spp., 6:4256—4257 
Ophiuchus, 4:3017 
Ophrys spp., 4:2905 
Opiates, 1:197—199, 3:2048, 
4:2968-2969 
Opiliones. See Harvestmen 
Opioid analgesics, 2:985 
Opioid antagonists, 4:2922 
Opioids, 4:2922 
Opisthobranchia, 5:3959, 3966-3967, 
3968 
Opisthocomidae. See Hoatzins 
Opisthocomus hoazin. See Hoatzins 
Opisthosoma, 1:280 
Opium, 1:46, 4:2921—2922, 5:3444 
Opium poppies, 1:137—138, 2:985, 
4:2851, 2921, 5:3443-3444 
Opossums, 4:3097, 3097-3098 
Oppenheimer, J. Robert, 4:3020, 
3039, 5:3549 
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Opportunistic infection, 1:93, 4:3229 
Opportunistic species, 4:3098-3099 
Opportunity (Mars rover), 
4:2637-2639, 2641-2642 
Opposittinae, 4:3216 
Optic chiasma, 6:4594—4595 
Optic fibers. See Fiber optics 
Optic nerve, 1:615, 3:1685—1686, 
6:4601-4602 
Optical brighteners, 4:3301 
Optical cavity lasers, 3:2458 
Optical character recognition (OCR) 
digital scanners, 5:3806 
machine vision, 4:2583 
mail delivery, 1:462—463 
Optical data storage, 3:2459, 
4:3099-3102, 6:4570 
See also Compact disc (CD); 
Digital video disc (DVD) 
Optical electronics, 2:1518-1579 
Optical fibers. See Fiber optics 
Optical interference, 3:2321 
Optical isomers, 5:4165 
Optical phenomena, atmospheric, 
1:375, 375-377, 376 
Optical radiation detectors, 
5:3588-3589 


Optical sensors, 4:2581—2583, 
5:3743 

Optical spectroscopy, 6:4666 

Optical telescopes, 5:3601, 6:4312, 
4313, 4316-4318, 4319¢ 

Optically stimulated luminescence, 
2:1239 

Optically stimulated luminescence 
dosimetry (OSLD), 2:1374 


Optically variable devices (OVDs), 
4:2837 


Optics, 4:3102-3104, 3329 

Opticsi (Newton), 4:3102 

Opuntia spp., 1:710, 711-712, 3:2118 

Opuntia compressa. See Beaver-tails 

Opuntia ficus-indica. See Prickly pear 
cactus 

Opuntia fulgida. See Chollas 

Opuntia imbricata, 1:710 

Opuntia lindheimeri, 1:710 

Opuntia macrorhiza, 1:710 

Oral cancer, 2:943 


Oral contraceptives, 1:466, 
2:1118-1120, 1121-1122, 6:4736 

Oral rehydration therapy, 6:4457 

Oral stage, 5:3532 

Orange-eyed pytilia, 6:4658 

Oranges, 2:953, 954, 955, 956 

Orangutans, 1:270—271, 4:3104—-3106 

Orbital maneuvering system (OMS), 
5:4036, 4037 

Orbital telescopes, 3:2169 


Orbits, 1:360—361, 3:1963, 
4:3106-3108 
asteroids, 5:4002 
celestial mechanics, 1:831 
celestial sphere, 1:836 
chaos theory, 1:835 
Charon, 5:3405 
comets, 3:2046, 4:3107-3108, 5:4002 
companion, 1:347 
discovery, 2:1151, 3:2410—2412 
elliptical, 2:1022, 1549, 3:1917, 
2046, 4:3107, 3349-3350, 
5:3407 
extrasolar planets, 3:1681 
Halley’s comet, 3:2046 
hyperbolic, 1:836, 3:2411, 2412, 
4:3107 
Kepler’s laws, 1:360—361, 530-531, 
831, 3:2098-2099, 2409-2412 
Mercury, 4:2698-2699, 5:3669, 3674 
molecular shape, 4:2818—2819 
moon, 4:3107 
Neptune, 4:2939 
parabolic, 2:1022, 3:2411-2412 
Pauli’s exclusion principle, 3:1666 
perturbation theory, 4:3107 
Pluto, 1:835, 4:2788, 5:3403, 3406, 
3407, 3711 
prograde, 5:3711 
resonance phenomena, 1:832-833 
retrograde motion, 5:3710—3711, 
3711 
stars, 1:530—531, 4:3108 
three-body problem, 1:834 
trajectory building, 1:835-836 
triton, 4:2939-2940 
Uranus, 5:3711, 6:4531 
Venus, 5:3711, 6:4559 
See also Earth’s orbit 
Orca whales. See Killer whales 
Orchard dormice, 2:1372 
Orchid family, 4:2907, 3108, 
3108-3111 
flowers of, 3:1754 
mutualism, 4:2905, 3109 
mycorrhizal, 3:1840, 4:2907, 3109 
pollination, 4:3109, 5:3428 
seeds, 5:3855 
tropical rainforest, 5:3628 
Orchidaceae. See Orchid family 
Orchis spp., 4:3110 
Orchis rotundifolia. See Round-leaved 
orchis 
Orchis spectabilis. See Showy orchis 
Orcinus orca. See Killer whales 
Ordered sets, 3:2280, 5:3875 
Ordinal numbers, 4:3111-3112, 3112t 
Ordovician period, 1:70-71 
Ord’s kangaroo rats, 3:2400 
Ore bodies, 4:2875 
Oreectolobiformes, 5:3904 
Oreeoscoptes montanus. See Sage 
thrashers 
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Oregon grapes, 1:463 
Oreophasis spp., 2:868 
Oreortyx pictus. See Mountain quails 
Oreotragus oreotragus. See 
Klipspringers 
Ores, 4:2717—2718, 3112-3115, 5:3751 
See also Mining 
Organ-grinders monkeys. See 
Guenons 
Organ of Corti, 2:1245, 1246, 1410, 
3:2075-2076 
Organ-pipe cactus, 1:710, 711 
Organ pipes, 1:31 
Organ systems, 4:3122-—3123 
See also Organs 
Organ transplantation. See 
Transplantation 
Organelles, 1:844, 2:1637, 
4:3115-3116 
Organge number 5, 3:2044 
Organge-winged sittellas, 4:3053 
Organic agriculture. See Organic 
farming 
Organic chemistry, 1:27, 2:877, 888, 
908-909 
Organic compounds, 1:767—768, 
2:1051 
dyes and pigments, 2:1397—1398 
hydrocarbons, 3:2194 
hydrogen in, 3:2203 
insecticides, 3:2300 
Organic farming, 4:3117-3121, 3118 
agronomy research, 1:91 
composting, 2:1046—1048 
crop rotation, 2:1186, 1188 
development, 1:89 
pesticides, 4:3378 
Organic geochemistry, 3:1919 
Organic glues, 1:54 
Organic halides, 3:2043-2044 
Organic matter (soil), 1:90, 
4:3117-3118, 5:3987, 3992 
Organic pesticides, 1:88 
Organic phosphorus herbicides, 
3:2116 
Organisms, 4:3121 
aerobic, 1:58 
anaerobic, 1:196 
autotrophic, 1:431 
diploid, 1:141 
domains, 2:1366 
endothermic, 2:1578 
life history, 4:2508—2509 
limiting factors, 4:2521—2522 
unicellular, 4:3121 
See also Genetically modified food 
and organisms 
Organization of Oil Exporting 
Countries (OPEC), 2:1587, 4:2655 
Organizational psychology, 5:3535 
Organobromides, 3:2043—2044 
Organochlorines, 1:89, 3:2043 
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Organofluorides, 3:2043—-2044 
Organoiodides, 3:2043—2044 
Organophosphates, 3:2300, 2302, 
4:2948 
Organs, 2:1198, 4:3115, 3122-3123, 
6:4429, 4430 
See also Transplantation 


Orgasm, 5:3682, 3686 

Oribis, 2:1396 

Oriental cockroaches, 2:985 

Oriental ginseng, 3:1951 

Oriental planetrees, 4:3348 

Oriental poppies, 5:3443 

Oriental pratincoles, 2:1163 

Oriental rat fleas, 3:1743-1744, 6:4496 
Oriental sacred lotus, 6:4647 

Oriental shrimps, 1:629 


Oriental white-backed vultures, 
6:4624 
Oriental white-eyes, 6:4694 
Origanum majorana. See Sweet 
marjoram 
The Origin of Continents (Wegener), 
2:1106 
Origin of life, 2:1414, 4:3123-3127 
chemical evolution, 2:879-881 
Gaia hypothesis, 3:1843 
geomicrobiology, 3:1934 
Phanerozoic era, 4:3012-3013 
The Origin of Life on Earth (Oparin), 
2:880 
The Origin of Species by Means of 
Natural Selection (Darwin), 6:4249 
Origin of the universe. See Big bang 
theory; Steady state theory 
Orinoco crocodiles, 2:1185 
Orioles, 1:611, 4:3127-3129, 5:4048 
Oriolidae. See Orioles 
Oriolus cruentus. See Black-and- 
crimson orioles 


Oriolus flavocinctus. See Yellow 
orioles 

Oriolus oriolus. See Golden orioles 

Oriolus saittatus. See Olive-backed 
orioles 


Oriolus xanthornis. See Black-headed 
orioles 


Orion (constellation), 5:4106—4107, 
4111, 6:4552 


Orion (spacecraft), 4:2847, 5:4048 
Orion Nebula, 3:2344, 2345, 5:4113 
Orionid meteor shower, 4:2735 


Ornamental horticulture. See 
Horticulture 


Ornithine transcarbamylase (OTC) 
deficiency, 3:1887 


Ornithischia, 4:3182 
Ornithology, 4:3128-3129, 3/29 
Ornithorhynchidae. See Platypus 
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Ornithorhynchus anatinus. See 
Platypus 
Oro, Juan, 4:2772 
Orochol-E, 2:921 
Orogeny, 6:4300-4301 
Andes, 5:4022 
Australia, 1:405, 410 
bedrock, 1:503 
Caledonian, 2:1641 
earthquakes and, 2:1423 
Europe, 2:1640—1642, 1644-1645 
fault movements, 3:1696 
Himalayas, 3:2134 
landform formation, 3:2450 
North America, 2:1412, 
4:3009-3016 
plate tectonics, 4:2871—2873, 
5:3393 
shoreline protection, 5:3913 
uplift, 6:4526 
Oropharynx, 5:3409 
Oropouche virus, 6:4749 
Orris, 3:2361 
Orrorin tugenensis, 3:2180 
Ortalis spp. See Chachalacas 
Ortalis vetula. See Chachalacas 
Orthodontics, 2:1278 
Orthogeomys cuniculus. See Oaxacan 
pocket gophers 
Orthomyxoviruses, 3:2291, 6:4590 
Orthonectida, 4:2704 
Orthopedic surgery, 4:3130-3131 
Orthopedics, 4:3129-3132 
Orthoptera, 6:4627 
Orthotics, 5:3511 
Orycteropodidae, 1:1 
Orycteropus afer. See Aardvark 
Oryctolagus cuniculus. See European 
rabbits 
Oryx, 1:239, 3:2062, 4:3132, 3/33 
Oryx gazella. See Oryx 
Oryx gazella beisa. See Beisa oryx 
Oryx gazella dammah. See Scimitar- 
horned oryx 
Oryx gazella gazella. See Gemsboks 
Oryx gazella leucoryx. See Arabian 
oryx 
Oryza glaberrima, 5:3726 
Oryza sativa. See Rice 
Oryzorictinae, 6:4329 
Osage-orange, 4:2877 
Osbornictis piscivora, 3:1911—1912 
Oscillating reactions (chemistry), 
4:3133-3134 
Oscillations, 4:3134-3136 
resonance, 5:3690 
solar irradiance, 6:4392—4393 
wave motion, 6:4656—-4657 
Oscillators, 2:1517, 3:2458 
Oscilloscopes, 4:3136 
Oscines, 5:4017 


Oseltamavir, 3:2040 
OSLD (Optically stimulated lumines- 
cence dosimetry), 2:1374 
Osmium, 2:1528, 5:3471 
Osmosis, 4:3136—-3138, 3137, 
3138 
bacterial growth, 1:441 
cell membrane, 1:849, 2:1321 
cellular, 4:3137-3138, 3139-3140 
circulatory system, 2:945 
reverse, 2:1292, 1293, 3:2061, 2356, 
6:4645 
solutions, 5:4013 
Osprey, 1:592, 5:3633 
Ossicles, 2:1409, 3:2075 
Ossification, 4:3140, 5:3940 
Osteald process, 1:180 
Osteichthyes. See Bony fish 
Osteoarthritis, 1:313, 374, 4:3070, 
3131 
Osteoblasts, 4:3140, 3141, 
5:3940 
Osteoclasts, 4:3141, 5:3940 
Osteocytes, 4:3140, 5:3940 
Osteogenesis imperfecta, 4:3141 
Osteoglossidei. See Bonytongues 
Osteology, 4:3186, 5:3933-3934 
Osteoporosis, 1:77, 3:2154, 4:3132, 
3140-3143, 5:3941 
Osteroglossids, 4:2848 
Ostospermophilus spp., 5:4098 
Ostracion spp., 1:648 
Ostracion immaculatus. See Pacific 
boxfish 
Ostracion lentiosus. See Pacific 
boxfish 
Ostracion meleagris. See Pacific 
boxfish 
Ostrich ferns, 3:1706, 6:4556 
Ostriches, 3:1746, 1747, 1747-1748 
Ostrya virginiana. See Eastern hop 
hornbeams 
Ostwald, Friedrich, 3:1831 
Ostwald process, 1:808 
O’Sullivan, Timothy, 4:3310 
Otaria byronia. See South American 
sea lions 
Otariidae. See Sea lions 
OTC deficiency, 3:1887 
Otididae. See Bustards 
Otidiphaps nobilis. See Pheasant 
pigeons 
Otis, Elisha Graves, 2:1546, 1547 
Otis tarda. See Great bustards 
Otis tetrax. See Little bustards 
Otocolobus manul. See Pallas cats 
Otolemur crassicaudatus. See Greater 
bushbabies 
Otter civets, 2:958 
Otter shrews, 4:3143 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Otters, 4:3143-3146, 3144 
river, 4:3144, 3145 
sea, 1:127-128, 3:2409, 2413, 
4:3086, 3144, 3144-3145, 5:3709 
Otto, Nikolaus August, 2:1316 
Otus asio. See Eastern screech owls 
Ouachitas, 4:3013 
Ouevenne, Théodore, 2:1332 
Ounces, troy, 5:3471 
Our Common Future (United 
Nations), 2:1090 
Ourebia ourebi. See Oribis 
Outback (Australia), 1:408 
Outbreeding. See Xenogamy 
Outcrops, 1:502—503, 3:1922—1923, 
4:3146 
Outer Himalayas, 3:2133-2134 
Outliers, 4:2874 
Ovarian cancer, 6:4271 
Ovarian cycle, 4:3146-3148 
Ovaries, 2:1575, 3:1853, 5:3682, 3684 
OVDs (Optically variable devices), 
4:2837 
Oven cleaners, 1:165, 5:3984-3985 
Ovenbirds, 4:3148-3149 
Ovens, microwave, 5:3690 
Overfishing. See Fishing 
Overharvesting, 2:1440, 3:1680, 
6:4250 
See also Conservation 
Overhunting. See Hunting 
Overnutrition, 4:2611 
Overpopulation. See Population 
growth and control (human) 
Overshot waterwheels, 6:4482-4483 
Overtones, 3:2061 
Overuse syndrome, 1:789 
Overweight, 4:3066, 3068 
Ovibos moschatus. See Muskoxen 
Ovibus. See Muskoxen 
Ovibus moschatus. See Muskoxen 
Oviparous animals, 4:3149 
Oviraptor spp., 2:1338, 4:3175 
Oviraptosaurs, 2:1338 
Ovis spp. See Sheep 
Ovis aries, 2:1191, 4:2538 
Ovis musimon. See European mouflons 
Ovis orientalis. See Asiatic mouflon 
Ovoviviparous animals, 1:191, 
4:3149-3150, 6:4605 
Ovulation 
contraception, 2:1117, 1118, 1119, 
5:3685 
hormone regulation, 3:2152 
infertility, 3:2286 
menopause, 4:2689 
ovarian cycle, 4:3146—-3147 
ovaries in, 2:1575 
Owens, Michael J., 3:1961 
Owens, Richard, 2:1334, 1599, 4:3218 


Owen’s chameleons, 2:870 
Owen’s Valley pupfish, 3:2416 
Owl parrots, 4:3216 
Owlet-nightjars, 1:758, 759 
Owls, 1:592, 4:3150, 3150-3152, 
5:3633, 3634 
barn, 1:592, 4:3150, 3151 
spotted, 2:1444, 1567-1568, 
1597-1598, 4:3089 
Ox warble flies, 6:4466 
Oxalic acid, 1:777, 4:3152-3153 
Oxazepam, 6:4410 
Oxbow lakes, 3:2435 
Oxen, 4:2537-2538 
Oxeye daisy, 2:1038 
Oxidases, mixed-function, 2:1101 
Oxidation, 6:4679-4680 
actinides, 1:36 
aerobic, 1:58 
aging and, 4:2902 
butylated hydroxyanisole, 1:705 
chemical oxygen demand, 2:881 
combustion as, 2:1019-1020 
decontamination, 2:1249—1250 
food preservation, 3:1780-1781 
iron, 3:2364-2365 
Krebs cycle, 3:2422—2424 
metabolism, 4:2711 
oil spills, 4:3084-3085 
peroxisomes in, 1:843—844 
Oxidation numbers, 4:3154 
Oxidation-reduction reaction, 
4:3153-3157, 3160-3161 
corrosion, 2:1147, 4:3155, 3161 
electrochemical cells, 1:847 
equations, 2:1616 
Krebs cycle, 3:2423—2424 
metabolism, 4:2711 
Oxidation state, 4:3157 
Oxides, 3:1832, 4:3160 
See also specific oxides 
Oxidizing smog, 5:3966 
Oxidoreductases, 2:1606 
Oxidus gracillus, 4:2774 
Oxpeckers, 3:1953, 5:4115 
Oxyacetalene welding, 6:4683, 4685 
Oxygen, 4:3157-3161 
allotropes, 1:146 
atmospheric, 1:365—366, 379, 
3:1843 
atomic weight, 1:396 
biochemical oxygen demand, 
1:538-539 
biosphere increase, 1:575—576 
blood gas analysis, 1:622-623 
blood plasma, 5:3382 
cellular respiration, 5:3694—-3695 
decompression sickness, 5:4012 


Earth’s crust, 2:1525, 4:2778, 2778t 


formation, 2:1536 
isotopes, 1:397-398 
in lakes, 3:2436 
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liquefaction of, 2:1197, 1199 
oxidation-reduction reaction, 
4:3154-3155 
periodic table, 4:3263 
in photosynthesis, 4:3316-3317 
production, 2:1497, 4:3158—3159 
in respiration, 5:3692—3693 
from water, 1:849 
water molecules from, 4:2824 
Oxygen carriers, artificial, 4:3255 
Oxygen demand, chemical, 2:881 
Oxygen oxides, 4:3160 
Oxygen radicals. See Free radicals 
Oxygen saturation, 1:623 
Oxygen toxicity, 1:539 
Oxyhemoglobin, 1:773-774 
Oxyhydrogen torch, 3:2204 
Oxyporhamphus micropterus. See 
Smallwing flying fish 
Oxytocin, 1:594, 2:1573, 3:2153 
Oxytropis spp. See Milk vetches 
Oxyura dominica. See Masked ducks 
Oxyura jamaicensis. See Ruddy ducks 
Oxyuranus scutellatus. See Taipans 
Oxyurinae. See Stiff-tailed ducks 
Oystercatchers, 4:3161, 5:3912 
Oysters, 1:605—607, 629 
Ozone, 4:3162-3163 
atmospheric, 1:366 
atmospheric temperature, 1:379 
Clean Air Act on, 1:99-100 
formation, 1:99, 4:3158, 5:3840 
greenhouse effect, 3:2013 
oxidation-reduction reaction, 
4:3156 
photochemistry, 4:3299-3300 
smog, 1:99, 4:3162, 5:3965, 3966 
water treatment, 6:4652 
Ozone layer depletion, 1:366, 368, 
4:3163-3165, 3164 
Antarctic hole, 1:235—236, 2:916, 
3:2054, 4:3164 
catalysis in, 1:809 
CFCs in, 1:63, 64-65, 100, 368, 
2:915-918, 3:2044, 2054-2055 
chlorine depletion of, 1:368 
environmental effects, 4:3158 
formation, 1:366 
Montreal Protocol, 1:368, 2:911, 
917-918, 3:2044, 2054-2055, 
4:3165 
photochemical reactions, 5:3430 


Ip 


P-type semiconductors, 2:1341, 1516, 
3:2313-2314, 6:4418-4419 
P waves 
electrocardiography, 2:1492 
seismic, 2:1418, 1419, 1424 
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p53, 1:744 
PABA (Para-aminobenzoic acid), 
1:259-260 
Pabst, Hans Joachim, 3:2388 
PAC (Powdered activated carbon), 
5:3433 
Pacemakers, 3:2081, 2087, 
4:3167-3169, 3168 
Pacific barracudas, 1:477 
Pacific boas, 1:632 
Pacific boxfish, 1:649 
Pacific dogwood, 2:1364, 1365 
Pacific giant salamanders, 5:3772 
Pacific halibut, 3:1738 
Pacific loons, 4:2551, 2551 
Pacific mackerels, 4:2587 
Pacific Ocean, 2:1412, 5:3825 
Pacific Plate, 4:3014 
Pacific Rim, 6:4608 
Pacific salmon, 1:628, 5:3775, 3776 
Pacific sardines, 3:2126, 5:3786—3787 
Pacific willows, 6:4703 
Pacific yews, 1:471, 4:3324, 6:4271, 
4740, 4741-4742 
Pacinian corpuscles, 6:4397 
Packaging, biodegradable, 1:541 
PaCO) (Partial pressure of carbon 
dioxide), 1:623 
Padda oryzivora. See Java finches 
Paddle wheels, 6:4482 
Pademelons, 3:2403 
Padlocks, 4:2545 
Paeolithic tools, 3:2057—2058 
Paeonacceae, 4:3244 
Paeonia spp. See Peonies 
Paeonia brownii, 4:3244 
Paeonia californica, 4:3244 
Paeophyta. See Kelp 
Paganini, Nicolo, 1:174 
Page, Irvine, 3:2221 
Pagoda flower, 6:4565 
Pagophila eburnea. See Ivory gulls 
Pagophilus groenlandicus. See Harp 
seals 
Pain, 4:3169-3172 
in animals, 6:4606, 4607 
phantom limb, 1:194, 4:3170 
physiology, 1:197 
prostaglandins in, 1:197, 4:3170 
sensation of, 6:4397 
Pain management, 4:3171—3172 
acupuncture, 1:41 
alkaloid drugs, 1:137—138 
morphine, 4:2851 
narcotics, 4:2921—2922 
sickle cell anemia, 5:3923 
See also Analgesia; Anesthesia 
Paint 
emulsions, 2:1561 
lead, 3:2472 
RADAR-absorbent, 5:4130 
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Painted buckeyes, 3:2158 

Painted mackerels. See Ceros 

Painter, T. S., 2:1382 

Paintings, cave, 4:3274-3276 

Pair bonds, 1:112 

Pakistan, 1:342 

PAL (Phase-alternating line), 
6:4569 

Palaquium javanse, 3:2034 

Palaquium oblongifolia, 3:2034 

Palate, cleft, 1:598 

Palatine bones, 5:3937 

Palawan stink badgers, 1:451 

Palawan tree shrews, 6:4436 

Pale-tethys, 2:1642 

Paleobotany, 1:301—302, 3:1926, 
4:3172-3173, 3173 

Paleoclimate, 3:1927, 4:3173-3175 

Paleoecology, 3:1803, 4:3175, 5:3852 

Paleoethnobotany, 1:301—302, 4:3173 

Paleolithic era, 1:289 

Paleomagnetic dating, 1:300 

Paleomagnetism, 4:3175-3178, 
3177-3178, 5:3395-3396 

Paleontology, 3:2178, 4:3178-3185, 
3179 

Paleopathology, 4:3186-3187 

Paleosuchus palpebrosus. See Dwarf 
crocodiles 

Paleosuchus trigonatus. See Smooth- 
fronted crocodiles 

Paleozoic era, 2:1641 

Paleozoology, 3:1926-1927 

Palidotomy, 4:3213 

Palindrome, 4:3187 

Palinuridae. See Spiny lobsters 

Palladium, 2:1528, 5:3471 

Pallas cats, 1:817 

Palliative surgery, 1:748 

Palm cockatoos, 2:983, 4:3215 

Palm-nut vultures, 6:4624 

Palm oil, 4:3189-3190 

Palm Pilot, 4:3268 

Palmar surface, 1:207 

Palmer, Daniel David, 1:160 

Palmer, Nathaniel, 1:234 

Palmeria dolei. See Crested 
honeycreepers 

Palms, 2:1219, 4:3187-3190, 3/88, 
3189 

Palometas, 3:2384 

Palynology, 2:1237—1238, 4:3173, 
3190-3191, 5:3425-3427 

PAM (Pralidoxime iodide), 5:3788 

PAM (Primary amebic meninogence- 
phalitis), 1:186, 4:3208, 6:4625 

Pampas grasses, 3:1995 

PAN (Peroxy acetic nitrate), 4:3162 

Pan-African event, 2:1640 


Pan paniscus. See Bonobos 
Pan troglodytes. See Common 
chimpanzees 
Panadol. See Acetaminophen 
Panaeolus campaulatis, 3:2050 
Panama Canal, 1:739, 741, 4:2544 
Panax spp. See Ginseng 
Panax ginseng. See Oriental ginseng 
Panax quinquifolium. See American 
ginseng 
Panax trifolium. See Dwarf ginseng 
Pancam Mast Assembly, 4:2638 
Pancreas, 2:1326, 1327-1328, 1574, 
3:2154-2155 
Pancreatic enzymes, 2:1226, 1227 
Pancreatic hormones, 2:1327, 
3:2154-2155 
Pandaka pygmaea. See Philippine 
gobies 
Pandanaceae, 5:3821 
Pandanales, 5:3821 
Pandanus odoratissimus. See 
Breadfruit paradanus 
Pandanus tectorius. See Thatch 
screwpines 
Pandanus utilis. See Common 
screwpines 
Pandanus vetchii, 5:3822 
Pandas, 1:496, 4:3191-3194, 3/92 
Pandemics 
Black Death, 1:678, 2:1594, 
3:1743-1744, 6:4665 
cholera, 2:921 
defined, 2:1609 
SARS, 5:3878 
Pandion haliaetus. See Osprey 
Pandionidae, 1:592, 5:3633, 3634 
Pandora (moon), 5:3793 
Paneolus spp., 4:2893 
Paneth, F., 5:3594 
Pangaea, 1:71, 2:1105—1109, 1/07 
Pangasianodon giga. See Giant catfish 
Pangenesis, 3:1651 
PanGeometry, 4:3007 
Pangolins, 4:3194-3196, 3/95 
Panic attacks, 6:4409, 4411 
Panic grasses, 3:1991, 6:4472 
Panicum spp. See Panic grasses 
Panicum capillare. See Tumble 
panicgrass 
Panicum miliaceum. See Proso millet 
Pannonian Basin, 2:1644 
Panorpidae. See True scorpion flies 
Panorpodidae, 5:3820 
Pansies, 6:4574-4575 
Panspermia, 4:3126—3127 
Pantheon, 1:688 
Panthera leo. See Lions 
Panthera onca. See Jaguars 
Panthera pardus. See Leopards 
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Panthera tigris. See Tigers 
Pantherinae, 1:8/5, 815-816 
Panting, 6:4327 
Pantothenic acid, 6:4602-4604 
Panulirus argus. See Caribbean spiny 
lobsters 
Panulirus interruptus. See West Coast 
spiny lobsters 
PaO2 (Partial pressure of oxygen), 
1:623 
Pap smear, 2:1403, 3:2036 
Papanicolaou, George, 2:1403, 3:2036 
Papaver spp., 5:3443 
Papaver aculeatum, 5:3443 
Papaver dubium. See Common 
poppies 
Papaver nudcaule. See Iceland poppies 
Papaver orientale. See Oriental 
poppies 
Papaver radicatum. See Arctic 
poppies 
Papaver rhoeas. See Corn poppies 
Papaver somniferum. See Opium 
poppies 
Papaveraceae. See Poppies 
Papayas, 4:3196 
Paper, 4:3196-3199 
adhesives for, 1:55 
bindle, 1:532—-533 
bleaching, 1:613 
manufacturing, 1:419-420 
photocopying, 4:3302 
recycling, 5:3650 
waste, 3:2443 
Paper birch, 1:585 
Paper electrophoresis, 2:1520 
Paper mulberries, 4:2877 
Papilionidae. See Swallowtail 
butterflies 
Papin, Denis, 5:4134 
Papio cynocphalus. See Common 
savanna baboons 
Papio hamadryas. See Hamadryas 
baboons 
Papio papio, 1:436 
Papoviruses, 6:4589-4590 
Pappogeomys spp. See Yellow-faced 
pocket gophers 
Pappogeomys neglectus. See 
Queretaro pocket gophers 
Pappus of Alexandria, 6:4391 
Paprika, 6:4556 
Papuan frogmouths, 1:759 
Papuan mynahs, 4:2910 
Papyrus sedges, 5:3842, 3843 
Para-aminobenzoic acid (PABA), 
1:259-260 
Para rubber trees, 5:4092, 6:4620 
Parabolas, 4:3199-3201, 3200, 3201 
algebraic equations, 1:201—202 
conic sections, 2:1082, 1083-1084 


flight paths, 1:456 
spirals, 5:4080 
Parabolic orbits, 2:1022, 3:2411—2412 
Parabuteo unicinctus. See Harris’ 
hawks 
Paracelsus, 3:2203 
Paracentrotus lividus, 5:3830 
Parachute geckos, 3:/869 
Paracrine modulators, 2:1555 
Paradigms, 5:3818-3820 
Paradisaea raggiana. See Raggiana 
birds of paradise 
Paradisaea rudolphi. See Blue birds of 
paradise 
Paradisaeidae, 1:589 
Paradise flycatchers, 4:2830, 2831 
Paradise tanagers, 6:4280 
Paradise widowbirds, 6:4681 
Paradoxurinae, 2:957 
Paraffin, 3:1780 
Paraffin hydrocarbons. See Alkanes 
Parafon. See Chlorzoxazone 
Paraformaldehyde, 1:122 
Paragonimus westermani, 4:3206 
Paraguay, 5:4025 
Parakeets, 4:3214-3217 
Paralichthys dentatus. See Summer 
flounder 
Paralichthys lethstigma. See Southern 
flounder 
Parallax, 1:524—-525, 4:3202-3203, 
3203, 3359 
Parallel, 4:3204 
Parallel evolution, 3:1658-1659 
Parallel lines, 2:1350 
Parallel-plate capacitors, 1:757 
Parallel postulate, 4:3006—3007, 3204 
Parallel terracing, 6:4335 
Parallelepiped prisms, 5:3498—3499 
Parallelograms, 3:1931, 4:3204, 
5:3436, 3557 
Paralysis, 4:2957 
Paralytic rabies, 5:3578, 3579 
Paralytic shellfish poisoning, 2:1102, 
5:3417, 3655 
Paralytic strabismus, 6:4599 
Paramagnetism, 2:1125, 4:2603 
Paramecia, 3:1667, 5:3524, 3529 
Paramecium spp. See Paramecia 
Paramyxovirus, 6:4590 
Paranoid schizophrenia, 5:3812 
Parapoxviruses, 6:4586 
Paraquay tea, 1:138, 3:2143 
Parasagitall planes, 1:206 
Parasipidosiphon spp., 4:3234 
Parasites, 4:3204-3207 
beetles, 1:512 
brood, 3:2308 
copepods, 2:1127 
fungi, 3:1837 
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heterotrophic, 3:2131 
lampreys, 3:2439 
livestock, 1:88 
mesozoa, 4:2704 
nest, 1:612, 6:4634 
Parasitic diseases, 4:3204—3207, 
3208-3210, 3209 
antihelmintics for, 1:256—257 
dementia from, 2:1268 
plant, 4:3377 
Parasitic jaegers, 5:3943 
Parasitism, symbiotic, 6:4261 
Parasitology, 4:3204—3205, 
3208-3210, 3209 
Parasol mushrooms, 4:2893 
Parasomnias, 5:3953—3954 
Parastacidae, 2:1172 
Parasympathetic nervous system, 
3:2086-2088, 4:2954 
Parathyroid glands, 2:1573—-1574, 
3:2153-2154 
Parathyroid hormone, 3:2153—2154 
Parathyroid hormone deficiency, 
3:2154 
Parchment, 5:3910 
Parchment worms, 5:3858 
Pardofelis marmorata. See Marbled 
cats 
Pardongs. See Breadfruit paradanus 
Pare, Ambrose, 1:193, 2:1275, 6:4244 
Paregoric, 1:46 
Parelaphostrongylus tenuis. See 
Brainworms 
Parenchymatous cells, 4:3366, 6:4713 
Parenchymula, 5:4086 
Parentage testing, 4:3227-3229 
Parenteral nutrition, 4:2612 
Parenting 
autism, 1:413 
chimpanzees, 2:901—902 
imprinting, 3:2259 
macaques, 4:2573 
mammals, 4:2613 
Parents 
foster, 1:760 
Mendelian genetics, 4:2685 
Parexocoetus mesogaster. See Short- 
winged flying fish 
Paridae. See Tit family 
Parietal lobe, 5:4067—4068, 4083 
Paristiopterus labiosus. See Giant 
boarfish 
Parity, 4:3210 
Parkes, Alexander, 5:3438 
Parkesine, 5:3438 
Parkinson, James, 4:3211 
Parkinson disease, 2:1267, 
4:3210-3213 
CNS transplantation for, 
6:4429-4430 
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dopamine, 2:1367, 1369, 4:2968, 
3211 
stem cells for, 5:4162-4163 
Parkinsonism, 5:3815—3816 
Parks, 3:2441, 5:3515-3517 
Parma wallabies, 3:2403 
Parnassia palustris. See Northern 
grass-of-parnassus 
Parotid glands, 5:3774 
Parrots, 4:3214, 3214-3217, 3215, 
5:3893 
Parry, William Edward, 6:4512 
Parsec, 4:3202 
Parsley, 1:792, 3:2113 
Parsnips, 1:791, 797, 793, 6:4557 
Parsons, Charles, 5:4136, 
6:4483-4484 
Parthenocissus quinquefolia. See 
Virginia creeper 
Parthenocissus tricuspidata, 3:1989 
Parthenogenesis, 1:223—224, 275, 
2:1557, 4:3218-3219 
Partial migration, 4:2766 
Partial pressure, Dalton’s law of, 
5:4013 
Partial pressure gradient, 1:538-539 
Partial pressure of carbon dioxide 
(PaCO3), 1:623 
Partial pressure of oxygen (PaO2), 
1:623 
Particle accelerators. See Accelerators 
Particle detectors, 4:3219-3224, 3220, 
3221, 3222 
Particle radiation, 5:3591 
Particle-reinforced composites, 
2:1043 
Particles 
discovery, 6:4196-4198 
elementary, 6:4196, 4199, 4199z, 
4200t 
fundamental, 5:4100-4103, 41014, 
4102t, 41032, 6:4189 
Heisenberg uncertainty principle, 
3:2095-2096 
mole of, 4:2811 
parity, 4:3210 
string theory, 6:4189-4190 
symmetry, 6:4268-4269 
tunneling, 6:4478—4481, 4479 
virtual, 5:3564, 6:458 14582 
See also Quantum mechanics; 
Subatomic particles 
Particulate radiation, 5:3587—3588 
Particulates 
atmospheric, 1:367 
Clean Air Act on, 1:99-100 
cloud microphysics and, 5:3478 
decrease in, 1:100 
incineration, 3:2267—2268 
indoor air quality, 3:2274 
pollution control strategies, 
5:3431-3433 
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smog, 5:3965 
See also Air pollution 
Partridges, 4:3224, 3225 
Parts, interchangeable, 4:2649, 2652 
Parts per million/billion, 2:1072 
Parturition. See Birth 
Parula americanus. See Northern 
parulas 
Parulidae, 4:3149, 5:4048 
Parulinae, 5:4048 
Parus atricapillus. See Black-capped 
chickadees 
Parus bicolor. See Tufted titmice 
Parus carolinensis. See Carolina 
chickadees 
Parus gambeli. See Mountain 
chickadees 
Parus hudsonicus. See Boreal 
chickadees 
Parus inornatus. See Plain titmice 
Parus rufescens. See Chestnut-backed 
chickadees 
Parvoviruses, 6:4590 
Pascal, Blaise, 1:534, 722, 4:3226, 
5:3499, 3630 
Pascal (unit of measure), 5:3488, 
6:4524 
Pascal’s principle, 3:1759 
Pascal’s triangle, 1:534, 4:3225-3227 
Paschen limit, 4:3362 
Paspalum spp., 4:3002 
Passenger pigeons, 4:3334, 3335, 
6:4701 
Passer domesticus. See House 
sparrows 
Passerculus princeps. See lpswhich 
sparrows 
Passerculus sandwichensis. See 
Savanna sparrows 
Passerculus sandwichensis princeps. 
See Ipswhich sparrows 
Passerella iliaca. See Fox sparrows 
Passeriformes 
classification, 1:586, 4:3053, 
5:3917, 4115 
flycatchers, 6:4498 
song birds, 5:4017 
vireos, 6:4579 
Passiflora spp. See Passion flower 
Passiflora edulis, 4.3227 
Passiflora incarnate. See Maypops 
Passifloraceae, 4:3227 
Passion flower, 4:3227 
Passive range of motion exercise, 
3:1670 
Passive remote sensing, 5:3677, 3678 
Passive smoking. See Environmental 
cigarette smoke 
Passive SONAR, 5:4016—4017 
Passwords, computer, 2:1058 
Pasta, 6:4692 


Pasteur, Louis 
fermentation, 1:443, 2:1604, 
3:1701 
germ theory, 1:250, 559, 3:1940, 
1941, 1942, 2246, 6:4225 
immunology, 3:2254 
pasteurization, 3:1779 
pathology, 4:3231 
rabies vaccine, 5:3577 
spontaneous generation, 4:3124, 
5:4088 
tartaric acid crystals, 2:1204, 
6:4286 
Pasteurella pestis. See Yersinia pestis 
Pasteurization, 1:443, 3:1779-1780, 
6:4506 
Pastinaca sativa. See Parsnips 
Pasture, 5:3632 
Pasture grasses, 3:1995 
Patagona gigas. See Giant 
hummingbirds 
Patagonian Highlands, 5:4021, 
40244025 
Patau syndrome, 2:929—930, 930, 
3:1893 
Patella (anatomy), 5:3939 
Patella spp., 4:2522 
Patella vulgata. See European limpets 
Patellagastropoda, 4:2522 
Patellidae, 4:2522 
Patentee (locomotive), 6:4405 
Paternity testing, 4:3227-3229 
Path rushes, 5:3766, 3767 
Pathfinder Lander mission, 4:2637, 
5:4032, 6:4571 
Pathogens, 4:3229-3230, 3376 
Pathologists, 1:428, 3:1789 
Pathology, 2:1230, 4:3230-3231 
paleopathology, 4:3186—3187 
plant, 4:3376 
Patriot Act, 1:66 
Pattern dye, 6:4340 
Pattern transfers, 4:2918 
Paul, Robert W., 4:2862 
Paul (apostle), 2:1426 
Pauli, Wolfgang, 3:1665 
neutrinos, 4:2972, 6:4197 
quantum electrodynamics, 5:3563 
quantum mechanics, 5:3566 
See also Pauli’s exclusion principle 
Pauling, Linus, 2:877-878, 1376, 
4:3058-3059 
Pauli’s exclusion principle, 
3:1665-1666, 4:2975, 5:3566 
actinides decay, 1:35 
quarks, 5:3570, 6:4198 
Paullinia tree, 1:716 
Pauraques, 3:1975 
Paurometabolism, 2:984 
Pauxi spp., 2:868 
Pavement, 3:1817, 4:3005 
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Pavlov, Ivan Petrovich 
classical conditioning, 1:517, 
2:1074-1075, 3:2477, 
5:3664—3665 
coagulation process, 1:251 
Pavo cristatus. See Blue peafowl 
Pavo muticus. See Green peafowl 
Pawpaws. See Papayas 
Payen, Anselme, 1:808 
Payloads (missile), 1:454 
PBBs (Polybrominated biphenyls), 
5:3434-3435 
PBFA process, 4:3026 
PCBs. See Polychlorinated biphenyls 
PCN (Personal Communications 
Network), 1:853 
PCR. See Polymerase chain reactions 
PDAs (Personal digital assistants), 
4:3267-3269, 3268, 5:3412-3413 
Peach-faced lovebirds, 4:3217 
Peaches, 5:3759 
Peachleaf willows, 6:4703 
Peacocks, 4:3233, 3233 
Peafowl, 4:3232-3233, 3233 
Peano, Giuseppe, 5:3451, 3453-3454 
Peanut worms, 4:3234 
Peanuts, 3:2487 
Pearl dace, 4:2786 
Pearls, 1:606, 720, 6:4512 
Pearlwort, 1:232 
Pears, 3:1983-1985, 4:3372 
Peary caribou, 1:783 
Peas, 4:2683—2684, 3371, 6:4556 
Pease, Francis, 3:2324 
Peat bogs, 4:3191 
Peat mosses, 1:676, 677-678, 4:2854, 
2856 
Pebbles, 5:3845, 3846r 
Pecans, 6:4629, 4629, 4630 
Peccaries, 4:3235, 3235-3236 
Pectin, 1:854 
Pectoral girdle, 5:3939 
Peculiar galaxies, 3:1847 
Pedaliaceae, 5:3873 
Pedicle flap, 5:3383 
Pedicularis furbishiae. See Furbish’s 
lousewort 
Pediculus humanus. See Human lice 
Pedigree analysis, 3:1899, 
4:3236-3238, 3237 
Pedipalps, 1:280—281 
PEG-ADA, 1:43, 44 
Pegasidae, 5:3829 
Pegasiformes, 5:3829 
Pegasus volitans, 5:3829 
Pelagic cormorants, 2:1140 
Pelagic realm, 4:3076-3078 
Pelagic sea snakes, 2:1462—1463 
Pelagic sea turtles, 6:4492-4493 


Pelamis platurus. See Pelagic sea 
snakes 
Pelecaniformes, 6:4447 
Pelecanus conspicillatus. See 
Australian pelicans 
Pelecanus crispus. See Dalmation 
pelicans 
Pelecanus erythrorhynchos. See 
American white pelicans 
Pelecanus occidentalis. See Brown 
pelicans 
Pelecanus onocrotalus. See European 
white pelicans 
Pelecanus philippensis. See Spot-billed 
pelicans 
Pelecanus rufescens. See Pink-backed 
pelicans 
Pelecanus thagus. See Peruvian brown 
pelicans 
Peleini, 1:238 
Pelicans, 3:2353, 4:3238, 3238-3239 
Pellagra, 4:3056, 6:4602 
Pelobatidae. See Spadefoot toads 
Pelomedusidae. See African sideneck 
turtles 
Peltogyne paniculata. See Purpleheart 
Pelvic adhesions, 3:2285, 2286 
Pelvic bones, 1:243 
Pelvic inflammatory disease (PID), 
3:2284 
Pelvic region, 1:207, 5:3939 
Pelycosaurs, 4:3181—3182, 3182 
Pemberton, John, 2:978, 980 
Pemphigus vulgaris, 1:417 
Pen ionization dosimetry, 
2:1373-1374 
Pen-tailed tree shrews, 6:4435 
Penaeus spp., 1:629 
Pencil cactus, 5:4093 
Pendentive domes, 1:688 
Pendulums, 3:1818 
Penelopina spp., 2:868 
Penfield, Wilder, 1:655—656, 4:2963 
Penguins, 1:233—234, 3:1747, 
4:3239-3242, 3240 
Penicillin, 1:245, 246 
allergy, 1:249 
discovery, 1:445, 4:2810, 5:3899 
molds, 4:2810 
scarlet fever, 5:3809 
sexually transmitted diseases, 
5:3899 
sickle cell anemia, 5:3923 
Penicillium spp., 4:2809 
Penicillium camemberti, 4:2810 
Penicillium chrysogenum, 4:2810 
Penicillium notatum, 1:445, 3:1840, 
4:2810 
Penicillium roquefortii, 4:2810, 5:3910 
Penile erection, 5:3681—3682 
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Penile prosthetics, 5:3890 
Peninsulas, 4:3242-3243, 3243 
Penis, 5:3545, 3681-3682 
Penis transplantation, 6:4427 
Penn, William, 4:3064 
Pennsylvanian period, 1:71 
Pentaceropsis recurvirostris. See 
Long-snouted boarfish 
Pentacerotidae, 1:630 
Pentaerythritol tetranitrate (PETN), 
3:1676 
Pentagonal numbers, 3:1725—1726 
Pentamidine, 5:3411, 3955-3956 
Pentane, 4:2928, 3243-3244 
Pentanoic acid, 5:3510 
Pentatomidae. See Stink bugs 
Pentene, 3:2196 
Pentodes, 6:4542 
Pentose phosphate pathway, 4:2712 
Pentyl group, 4:3243-3244 
Pentyne, 3:2196 
Penumbral lunar eclipses, 2:1437 
Penzias, Arno, 1:527, 2:1147, 1151, 
1153, 5:4127-4128 
Peonies, 4:3244—3245 
Peophagus grunninens. See Yaks 
Pep pills. See Amphetamines 
Pepper (spice), 1:138, 4:3245 
Pepper trees, 1:804 
Peppercorns, 4:3245 
Peppermint, 3:2113, 4:2793 
Peppers (Capsicum), 4:2990, 2991, 
2991, 6:4382, 4556 
Peppershrikes, 6:4579, 4580 
Pepsin, 2:1324 
Pepsis mildei. See Tarantula wasps 
PEPSSI (Pluto Energetic Particle 
Spectrometer Science Investigation), 
4:3355, 5:3408 
Peptide bonds. See Peptide linkage 
Peptide linkage, 2:1604, 1605, 4:3245, 
5:3518-3519 
Peptidoglycans, 1:284 
Pepto Bismol, 6:4502 
Per-capita environmental impact, 
5:3445, 3448, 3691 
Perameles bougainvillea. See Barred 
bandicoots 
Peramelidae, 1:460 
Perca spp., 4:3251 
Perca flavescens. See Yellow perch 
Perca fluviatilis. See European perch 
Perca shrenki, 4:3251 
Percent, 4:3246 
Perception, 4:3246-3251 
cognition, 2:996 
depth, 2:1286—1289, 1287, 4:3248 
learning, 3:2477 
psychological studies, 5:3534, 
3535 
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Perch, 4:3251 
Nile, 2:1567, 3:2350, 2353 
yellow, 1:23, 4:3251 
Perched aquifers, 1:280 
Perching birds. See Passeriformes 
Perchlorate, 1:179 
Perciformes, 1:215, 4:2626, 3251 
Percoidei, 4:3251 
Percopsidae. See Trout-perch 
Percopsis spp. See Trout-perch 
Percopsis omiscomaycus, 6:4459-4460 
Percopsis transmontana, 6:4459-4460 
Percussion drilling, 4:3086 
Perdix perdix. See Gray partridges 
Peregrine falcons, 1:592, 3:1688—1691, 
1689, 4:3252 
DDT biomagnification, 1:564, 
2:1244 
endangered species list, 3:2302, 
4:3252 
Peregrinus of Marincourt, 4:3175 
Perey, Marguerite, 1:134 
Perfect crystals, 1:6 
Perfect numbers, 4:3252—3253 
Perfluorocarbons, 3:2043 
Performance-enhancing drugs, 
4:3253-3256, 3254 
Perfumes, 1:123, 2:1626, 6:4574-4575 
Perfusion pump, 1:324-325 
Pericardium, 3:2080 
Périer, Florin, 1:370 
Perimenopause. See Menopause 
Period prevalence, 2:1611 
Periodic Abstinence, 2:1118 
Periodic comets, 2:1022, 1024 
Periodic functions, 4:3256—3258, 
3257, 3258 
Periodic limb movement (PLM), 5:3952 
Periodic table, 1:35—36, 4:3258-3266, 
3261, 3264 
atomic number, 1:388—389, 394 
atoms, 1:400 
development, 1:391, 2:887, 1526, 
4:3259-3260 
layout of, 4:3260—3262, 3261 
metals, 4:2714-2715 
Pauli’s exclusion principle, 3:1666 
research, 4:3264—-3265 
transuranium elements, 
2:1532-1533, 4:3264-3265 
Periodical cicadas, 2:940, 940 
Periodicity (trigonometry), 6:4443 
Periodontitis, 2:1278, 1279 
Periophthalmus spp. See Mudskippers 
Peripheral acting adrenergic antago- 
nists, 3:2225 
Peripheral nervous system, 4:2954, 
5:3383 
Peripherally acting muscle relaxants, 
4:2885 
Periphyton, 1:126 
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Periplaneta americana. See American 
cockroaches 
Periplanone B, 6:4271 
Perissodactyla, 2:1366, 6:4521 
Peristalsis, 2:1322 
Peritoneal dialysis, 2:1310 
Peritoneoscopy, 2:1577 
Peritonitis, 6:4496 
Periwinkle, rosy, 1:137, 543, 2:1191 
Periwinkles (snails), 5:3968 
PERK (Prospective evaluation of 
radial keratotomy), 5:3586 
Perkin, William Henry, 2:1398 
Perlemon, Al, 6:4272 
Permafrost, 4:3266-3267 
Permian period 
cycads, 2:1221 
mass extinction, 1:543—544, 
3:1678, 4:3182 
seed ferns, 5:3854 
squid, 5:4094 
Permian-Triassic boundary, 4:2647, 
2648 
Permineralization, 3:1803, 1806 
Permits (fish), 3:2384 
Perna, Nicole, 2:1625 
Pernicious anemia, 1:210, 416, 4:3057 
Perodictus potto. See Pottos 
Perognathus spp. See Pocket mice 
Peromyscus leucopus. See White- 
footed mice 
Peromyscus maniculatus. See Deer 
mice 
Peroneal muscular atrophy. See 
Charcot-Marie-Tooth disease 
Peronosporaceae, 4:2767 
Perorcytes broadbenti, 1:461 
Peroryctidae, 1:460 
Perot, Alfred, 3:2323 
Peroxidase, 3:1788 
Peroxisomes, 1:843-844 
Peroxy acetic nitrate (PAN), 4:3162 
Peroxy acids, 4:2900 
Peroxyacetyl nitrate, 5:3966 
Peroxygen bleach, 1:613 
Perpendicular, 3:/929, 1929-1930, 
4:3267 
Perrin, Jean, 1:673 
Persea americana. See Avocado 
Persecution delusions, 5:3540 
Perseid meteor shower, 4:2735—2736 
Perseus-Pegasus Filament, 6:4233 
Persian architecture, 1:687 
Persian cats, 1:818 
Persimmons, 2:1432, 1433 
Persistent vegetative state, 
2:1014-1015 
Persistent weather forecasting, 6:4673 


Personal Communications Network 
(PCN), 1:853 


Personal digital assistants (PDAs), 
4:3267-3269, 3268, 5:3412-3413 
Personal music players, 4:3269-3270, 
3270 
Personality 
development, 5:3532 
psychoanalytic theory, 
5:3531-3532 
Personality disorders, 2:1053, 
4:2878-2881 
Personality psychology, 5:3535 
Persons, C. J., 6:4271 
Persoz, Jean Francois, 1:808 
Perspectiva (Bacon), 4:2751, 2754 
Perspective, linear, 2:1287 
Perspiration, 6:4327 
Perturbation theory, 1:831—832, 
4:3107 
Pertussis. See Whooping cough 
Peru, 1:209, 3:1957, 5:4023—4024 
Peruvian boobies, 1:638 
Peruvian brown pelicans, 4:3239 
Peruvian cormorants, 2:1140 
Peruvian terns, 6:4334 
Pest management, 4:3272 
biological, 1:275, 3:2316, 4:3119 
conventional, 3:2314-2315, 2315 
integrated, 3:1842, 2303, 
2314-2317, 2315, 4:3119, 3271 
organic farming, 4:3119 
Pesticide poisoning, 1:89 
Pesticide resistance, 5:3861 
Pesticides, 1:87—88, 4:3270—-3271 
agronomy research, 1:92 
aircraft spraying, 1:85 
aphids, 1:275 
bioaccumulation, 1:536 
biological, 3:1901—-1902 
broad-spectrum, 4:3270 
environmental effects, 1:88-89, 
3:2314-2315 
hazardous waste from, 3:2069 
inorganic, 1:87—88 
in integrated pest management, 
3:2314, 4:3271 
monoculture, 2:1188 
non-target effects, 3:2315 
organic, 1:88, 4:3378 
organic farming, 4:3119 
phenyl group, 4:3286 
secondary pollutants from, 5:3840 
wildlife threat, 6:4701 
See also Herbicides; Insecticides 
Pests, 4:3271-3273, 3272 
See also Weeds 
PET. See Positron-emission 
tomography 
PET (Polyethylene terephthalate), 
3:1970-1971, 1971 
Petit, Alexis Therese, 4:2819 
Petit mal seizures, 1:253, 254, 2:1496, 
1612 
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Petitea spp., 6:4565 
PETN (Pentaerythritol tetranitrate), 
3:1676 
Petrels, 1:233, 4:3273-3274 
Petrie, William Mathews Flinders, 
3:1662, 5:4181 
Petrified Forest, 5:3866 
Petrochelidon pyrrhonota. See Cliff 
swallows 
Petrochemicals, 3:2197-2198 
Petrodromus spp., 2:1543 
Petrogale spp. See Rock wallabies 
Petrogale xanthopus. See Yellow- 
footed rock wallabies 
Petroglyphs, 4:3274-3276 
Petrographs, 5:3459 
Petroica phoenicea. See Flame robins 
Petroleum, 3:1808—1809, 4:3276, 
3276-3279 
distillation, 2:1351 
economics, 1:422 
geochemical prospecting, 3:1918, 
4:3276, 3278, 3279 
geologic maps, 3:1923 
hazardous waste from, 3:2069 
planetary geology studies, 4:3357 
polymers from, 5:3439 
refining, 4:3277 
reserves, 4:3278-3279 
Petroleum deposits, 1:72, 
2:1111-1112, 1265, 4:3277-3278 
Petroleum gas, liquefied, 3:1861 
Petrology, 3:1926 
Petromysoniformes. See Lampreys 
Petromyzon spp., 3:2439 
Petromyzon marinus. See Sea 
lampreys 
Petroselinum crispum. See Parsley 
Petroselinum hortense. See Parsley 
Petroselinum hortense tuberosum. See 
Turnip parsley 
Petrus Peregrinus of Marincourt, 
4:3175 
Pets, 6:4263 
See also Domestic animals 
Petsai, 4:2899 
Petunia x hybrida, 6:4382 
Petunias, 6:4382 
Pew Internet and American Life 
Project, 3:2343 
Pewter, 1:147 
Peyer’s patches, 3:2250, 4:2566, 2567 
Peyote, 1:711, 3:2050 
Pfeiffer, Richard, 3:2248 
PH value, 4:3279-3280, 32807 
acid-base indicators, 3:2269-2270 
acid rain, 1:21, 22, 5:3477 
bacterial growth, 1:441 
blood, 1:684—685 
blood gas analysis, 1:623 
buffers in, 1:684-686 


chemical weapons detection, 
6:4666 
enzymes, 2:1607 
liming agents for, 1:87 
neutralization, 4:2970—2971 
plant disease prevention, 4:3378 
Phacellodomus rufifrons. See Rufous- 
fronted thornbirds 
Phacochoerus aethiopicus. See 
Warthogs 
Phaenostictus mcclennani. See 
Ocellated ant-thrush 
Phaeognathus hubrichti. See Red Hills 
salamanders 
Phaeophyta, 3:2408, 5:3525 
Phaerozoic eon, 2:1640 
Phaethon aethereus. See Red-billed 
tropic birds 
Phaethon lepturus. See White-tailed 
tropic birds 
Phaethon rubricauda. See Red-tailed 
tropic birds 
Phaethontidae. See Tropic birds 
Phage typing, 1:444 
Phages. See Bacteriophages 
Phagocytosis, 1:843, 850 
Phainopepla nitens, 6:4659 
Phalacrocoracidae, 2:1140 
Phalacrocorax auritus. See Double- 
crested cormorants 
Phalacrocorax bougainville. See 
Peruvian cormorants 
Phalacrocorax carbo. See Great 
cormorants 
Phalacrocorax olivaceous. See 
Olivaceous cormorants 
Phalacrocorax onslowi. See Chatham 
Island shags 
Phalacrocorax pelagicus. See Pelagic 
cormorants 
Phalacrocorax penicillatus. See 
Brandt’s cormorants 
Phalacrocorax perspicillatus, 2:1141 
Phalacrocorax urile. See Red-faced 
cormorants 
Phalaenoptilus nuttallii. See Common 
poorwills 
Phalanger matanim. See Telefomin 
cuscus 
Phalanger orientalis. See Common 
cuscus 
Phalangeridae, 4:3280 
Phalangers, 4:3280-3281 
Phalaris arundinacea. See Reed can- 
ary grass 
Phalaropes, 5:3784-3785, 3912 
Phalaropus lobatus. See Red-necked 
phalaropes 
Phallic stage, 5:3532 
Phallus inpudicus. See Stinkhorn 
fungus 
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Phaner furcifer. See Fork-marked 
dwarf lemurs 
Phanerozoic era, 2:1641, 4:3012-3013 
Phantom limb pain, 1:194, 4:3170 
Phantom midges, 6:4466-4467 
Pharaoh’s ant, 1:267 
Pharmacogenetics, 4:3281-3282 
Pharomachrus mocinno. See Quetzals 
Pharyngeal cancer, 2:943 
Pharyngitis, streptococcal, 5:3809 
Pharynx, 5:4067 
PHAs (Potentially hazardous aster- 
oids), 4:2936 
Phascogale spp. See Brush-tailed 
marsupial mice 
Phascolarcidae, 3:2418 
Phascolarctos cinereus. See Koalas 
Phascolosoma spp., 4:3234 
Phase-alternating line (PAL), 6:4569 
Phase-change recordings, 2:1395 
Phase transition, 4:2602—2603 
Phaseolus spp. See Beans 
Phasianidae 
guineafowl, 3:2030 
partridges, 4:3224 
peafowl, 4:3232 
pheasants, 4:3282 
prairie chickens, 5:3463 
quails, 5:3558 
tragopans, 6:4402 
turkeys, 6:4487 
Phasianus colchicus. See Ring-necked 
pheasants 
Phasianus versicolor. See Japanese 
pheasants 
Phasmidae, 6:4627 
Phasotrons, 1:12 
Pheasant pigeons, 4:3334 
Pheasant-tailed jacanas, 3:2383 
Pheasants, 4:3282-3284, 3283 
Pheidole tepicana, 1:266 
Phelmariurus dochotomus. See 
Hanging fir mosses 
Phenacetin. See Acetaminophen 
Phenacomys intermedius. See Heather 
voles 
Phenethylamine, 1:187 
Phenetics, 6:4295 
Phenobarbital, 1:254, 2:1613 
Phenol, 1:520 
Phenolics, 5:3689 
Phenolphthalein, 3:2269, 5:3869 
Phenotype, 1:221, 3:1651, 1913-1915, 
1914 
evolution, 3:1652 
frequency-dependent selection, 
5:3861 
genotype relationship, 1:540, 
4:2685 
individuals, 3:2271 
microbial genetics, 4:2746 
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natural selection, 5:3862 
plasticity, 3:2271, 2438 
virus, 6:4578, 4579 
wild type genes, 6:4696 
Phentermine, 1:469 
Phenyl acetate, 2:1628 
Phenyl group, 4:3284-3286, 3285 
Phenyl salicylate, 2:1627 
Phenylalanine, 4:2705, 3286-3287 
Phenylalanine hydroxylase, 4:3287 
Phenylephrine, 4:3285 
Phenylethyl alcohol, 4:3285 
Phenylformic acid. See Benzoic acid 
Phenylketonuria (PKU), 3:1892, 
4:2705, 3286-3287 
Phenylthiocabamide, 6:4290 
Phenytoin, 6:4410 
Pheochromocytoma, 1:58 
Pheromones, 4:3287-3288 
ants, 1:268, 4:3288 
moths, 4:2860 
sense of smell, 5:3964 
Pheuctinus ludovicianus. See Rose- 
breasted grosbeaks 
Pheuctinus melanocephalus. See 
Black-headed grosbeaks 
Philacte canagica. See Emperor geese 
Philemon yorki. See Helmeted friar 
birds 
Philiponos, Johannes, 3:2003 
Philippine colugos, 2:1010—1012 
Philippine gobies, 1:636, 3:1976 
Philippine gymnures, 3:2095 
Philippine monkey-eating eagles. See 
Monkey-eating eagles 
Philippine tarsiers. See Mindanao 
tarsiers 
Philippine tree shrews, 6:4436 
Philippine warty pigs, 4:3337 
Philippines 
geography, 1:342 
Mt. Pinatubo, 3:2238, 6:4612 
soil conservation, 5:3991 
Phillips, Peregrine, 6:4223 
Philodendron, 1:333 
Philohela minor. See American 
woodcocks 
Philosopher’s stone, 1:116 
Philosophie Naturalis Principia 
Mathematica (Newton), 3:2005 
Philosophie zoologique (Lamarck), 
3:1651, 2438 
Phishing, 3:2336 
Phlebitis, 6:4363 
Phloem, 1:470, 3:2475, 4:3367, 5:3755, 
6:4433 
Phloemys cumingi. See Slender-tailed 
cloud rats 
Phlogiston, 2:1019 
Phlox, 4:2856, 3288-3289 
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Phlox divaricata. See Blue phlox 
Phlox pilosa. See Downy phlox 
Phlox subulata. See Moss pinks 
Phobias, 4:3289 
Phobos, 4:2636—2637 
Phoca hispida. See Ringed seals 
Phoca vitulina. See Harbor seals 
Phocarctos hookeri. See Hooker’s sea 
lions 
Phocidae. See True seals 
Phocomelia, 6:4342 
Phodendron scandens. See 
Philodendron 
Phodilus spp., 4:3151 
Phoebastria fusca. See Sooty albatross 
Phoebastria nigripes. See Black- 
footed albatross 
Phoebes, 6:4499 
Phoenicians, 2:1114, 5:3973 
Phoenicopteridae. See Flamingos 
Phoenicopterus andinus. See Andean 
flamingos 
Phoenicopterus chilensis. See Chilean 
flamingos 
Phoenicopterus jamesi. See James’s 
flamingos 
Phoenicopterus minor. See Lesser 
flamingos 
Phoenicopterus ruber. See Common 
flamingos 
Phoenix spp., 4:3188 
Phoenix dactylifera. See Date palms 
Phoenix theophrasti. See Cretan palms 
Pholidota, 4:3194 
Pholomachus pugnax. See Ruffs 
Phomopsons, 4:2908 
Phonograph, 4:2598, 3289-3291 
Phoradendron spp., 4:2798 
Phoradendron flavescens, 4:2798 
Phoresy, 2:1027 
Phoronidae. See Phoronids 
Phoronids, 4:3291 
Phorphyra spp., 1:128 
Phosgene, 2:884 
Phosophate, algae, 1:127 
Phosphates 
biodegradable, 1:541 
industrial uses, 3:2276 
neurotransmitters, 4:2967 
organic farming, 4:3117 
removal, 4:3295—3296 
uses, 4:2676 
Phosphatidylcholine. See Lecithin 
Phospholipids, 1:841, 3:2480, 4:2676, 
3294 
Phosphorescence, 2:1398, 3:1760, 
4:2557, 2781 
Phosphoric acid, 3:1832, 4:2527, 
3291-3292 


Phosphors, 1:814, 3:1763, 4:2557, 
6:4743 
Phosphorus, 2:1528, 4:3292-3293 
allotropes, 1:146 
discovery, 2:1526, 4:3293 
fertilizers, 1:86—-87, 3:1711, 4:3293 
herbicides, 3:2116 
lakes, 3:2437 
in lakes, 3:2436 
limiting factor, 4:2522, 3294-3295 
naming, 4:3266 
organic farming, 4:3117 
physiologic role, 4:3061 
red, 1:146, 4:3292 
in steel, 5:4141 
water pollution, 4:2676, 3293 
white, 1:146, 4:3292 
Phosphorus-32, 5:3620 
Phosphorus cycle, 4:3293-3295, 3296 
Phosphorus oxychloride, 4:3293 
Phosphorus pentasulfide, 4:3293 
Phosphorus removal, 4:3295-3296 
Phosphorus sesquisulfide, 4:3293 
Phosphorylation, oxidative, 4:2711 
Photic zone, 4:3077, 3296-3298, 
6:4648 
Photo-ionization, 4:3359, 3359-3361 
Photo multiplier tubes, 4:3221 
Photoautotrophs, 1:431, 2:1584, 1635 
Photocells. See Photoelectric cells 
Photochemistry, 4:3298-3301, 5:3430, 
3840, 3965 
Photoconductivity, 4:3305 
Photocopying, 4:3301-3303 
Photodetectors, 6:4412 
Photodissociation, 4:3299—3300 
Photodynamic therapy, 3:2460, 2461 
Photoelectric cells, 4:3303-3304, 
3305, 5:3743, 6:4412 
Photoelectric effect, 4:3304-3306 
alkali metals, 1:133 
Bohr model, 1:633 
Compton effect, 2:1052 
detection devices, 3:2293, 4:3221 
discovery, 4:2514-2515, 3316, 
5:3565 
Photoelectrons, 4:3304, 3316 
Photoengraving, 4:3311-3312 
Photogrammetry, 4:3306, 3306, 
6:4249 
Photographic plates, 1:392, 4:3309 
Photography, 4:3308, 3308-3313 
aerial, 3:1936 
black and white, 5:3494-3495 
color, 3:2266, 4:3312 
digital scanners, 5:3806 
electronic, 4:3313-3315 
instant, 4:3312 
resolution of, 4:3307, 3307 
satellite, 4:3307, 3307 
three-dimensional, 3:2145 
Photogravure, 5:3495 
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Photoheterotrophs, 1:442 
Photoionization, 3:2359 
Photoisomerization, 4:3317-3318 
Photolithography, 4:2531, 5:3495 
Photometry, infrared, 3:2293 
Photons, 4:3315-3316, 6:4196 
atomic spectroscopy, 1:389-390 
Bohr model, 1:386 
detection, 1:365 
exchange of photons (QED) the- 
ory, 3:1986 
lasers, 3:2457-2458 
Planck’s constant, 4:3346 
Poynting-Robertson effect, 1:834 
quantum computers, 5:3562-3563 
virtual, 5:3564, 6:4581 
Photoperiodism, 1:554 
Photophores, 3:2452 
Photoreactive keratectomy (PKR), 
5:3586 
Photoreceptors 
eye, 3:1685 
pigments, 4:3319-3320 
in pollination, 5:3429 
Photorefractive keratectomy, 
3:2459-2460 
Photoresistive thermal detectors, 
3:2293, 4:2532 
PhotoSecession, 4:3310 
Photosensitivity, 1:114 
Photosphere, 5:4107, 6:4228, 4392 
Photosynthesis, 4:3316-3318 
autotrophs, 1:431 
biomass, 1:565 
bryophytes, 1:674 
C4, 2:1142, 3:2474, 5:3797-3798 
carbohydrates from, 1:765 
carbon cycle, 1:769 
carbon dioxide, 1:772 
carotenoids, 5:3380 
chlorophyll, 2:919 
chloroplasts, 2:919-920 
coral reefs, 2:1131 
ecological pyramids, 2:1448 
energy from, 1:575 
energy transfer, 2:1589 
food web, 3:1771 
lakes, 3:2436 
leaves, 3:2473, 2474 
littoral zone, 6:4648 
liverworts, 1:675 
magnesium, 1:135 
mosses, 4:2854 
ocean zones, 4:3077 
oxidation-reduction reaction, 
4:3155 
oxygen, 4:3158 
photic zone, 4:3297 
photochemistry, 4:3300 
plant pigments in, 5:3379 
rate of, 3:1761 
trophic levels, 6:4446 


Phototropism, 1:442, 515-516, 
4:3318-3320, 3319 
Phototubes, 6:4542 
Phototypsetting, 5:3495 
Photovoltaic cells, 1:155, 2:1518, 
4:3320-3323, 3321 
International Space Station, 
3:2332 
photoelectric effect, 4:3304, 3305 
Photovoltaic detectors, 3:2293 
Phragmites communis. See Reeds 
Phthalic anhydride, 2:1628 
Phthirus pubis. See Crab lice 
Phycobilins, 5:3381 
Phycomyes blakesleeanus, 3:1838, 
4:3320 
Phylactolaemata, 4:2857 
Phyllodactylus tuberculoses. See Leaf- 
toed geckos 
Phyllopteryx spp., 5:3831 
Phyllostachys spp., 3:1995 
Phyllotaxy, 3:2475 
Phylloxera, 3:1984 
Phylogeny, 3:1653—-1654, 
4:3323-3325, 6:4273, 4294 
Phylum, 6:4293 
Phymatidae. See Ambush bugs 
Physailla pellucids. See Glass catfish 
Physalia physalis. See Portuguese 
man-of-war 
Physarum polycephalum, 5:3956 
Physeter catodon. See Sperm 
whales 
Physical chemistry, 2:888 
Physical examination, 2:1307 
Physical geology, 3:1926 
Physical metallurgy, 4:2720-2721 
Physical mineralogy, 4:2776 
Physical quenching, 4:3300 
Physical stress, ecological, 2:1442 
Physical therapy, 4:3325-3327 
Physical weathering, 5:3844, 
6:4678-4679 
Physics, 4:3327, 3327-3330 
biological, 1:571-572 
classical, 4:3329 
modern, 4:3329—3330 
Physiological psychology, 5:3535 
Physiology, 4:3330-3331 
comparative, 4:3331—3332 
ecological, 4:3331 
sense, 4:3249-3250 
space flight, 5:4046-4047 
speech, 5:4066-4067 
Phytase, 6:4416 
Phytochromes, 3:1756, 5:3380 
Phytomass, 1:565 
Phytophthora spp., 4:3064 
Phytophthora infestans, 
5:3458 
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Phytoplankton, 1:126, 127, 
4:3332-3333 
Antarctica, 1:232 
ecological pyramids, 2:1449 
energy transfer, 3:2119 
limiting factors, 4:2522 
photic zone, 4:3296-3298 
red tides, 5:3655—3656 
upwellings, 6:4527 
zooplankton, 6:4751 
Pi, 4:3333 
Pia, 4:2685—2686 
Piaget, Jean, 2:995 
Pianos, 3:2061 
Piazzi, Giuseppe, 4:2788 
Picathartes, white-necked, 1:435 
Picathartes gymnocephalus. See 
White-necked picathartes 
Piccard, Auguste, 1:485, 6:4515—4516 
Piccard, Jacques, 6:4515-4516 
Picea spp. See Spruces 
Picea abies. See Norway spruces 
Picea breweriana. See Brewer spruces 
Picea engelmannii. See Engelmann 
spruces 
Picea glauca. See White spruces 
Picea mariana. See Black spruces 
Picea polita. See Tigertail spruces 
Picea pungens. See Blue spruces 
Picea rubens. See Red spruces 
Picea sitchensis. See Sitka spruces 
Picidae, 6:4714, 4722 
Piciformes, 1:463, 6:4395 
Pickerel, 4:3339 
Pickering, Edward C., 5:4054 
Pickering, William Henry, 5:3404 
Pickford, Martin, 3:2180 
Pickfordiateuthis pulchella, 5:4095 
Pickles, 3:1702, 1779 
Picks, 3:2057—2058 
Pick’s disease, 2:1267 
Picloram, 2:885 
Picocurie, 5:3623 
Picoides albolarvatus. See White- 
headed woodpeckers 
Picoides arcticus. See Black-backed 
woodpeckers 
Picoides borealis. See Red-cockaded 
woodpeckers 
Picoides nuttallii. See Nuttall’s 
woodpeckers 
Picoides pubescens. See Downy 
woodpeckers 
Picoides scalaris. See Ladder-backed 
woodpeckers 
Picoides stricklandi. See Strickland’s 
woodpeckers 
Picoides tridactylus. See Three-toed 
woodpeckers 
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Picoides villosus. See Hairy 
woodpeckers 
Picornaviridae, 3:1783 
Pictet, Raoul, 2:1197, 1199, 3:1862 
Pictographs, 4:3274-3276 
Piculets, 6:4714-4718 
PID (Pelvic inflammatory disease), 
3:2284 
Pie charts, 5:4124 
Pied avocets, 5:4169 
Pied-billed grebes, 3:2010, 2011 
Pied flycatchers, 4:2831 
Pied stilts, 5:4169 
Pied tamarins. See Bare-faced tamarins 
Piedmont glaciers, 3:1956 
Pieridae, 1:699 
Piers, bridge, 1:664-665 
Pierson correlation coefficient, 5:4125 
Piezoelectric crystals, 5:3487, 3605, 
6:4504-4505 
Pig-footed bandicoots, 1:460, 46/ 
Pig iron, 3:2362, 2363, 5:4140 
Pigeon hawks. See Merlins 
Pigeon peas, 3:2488 
Pigeons, 4:2767, 3333-3335, 3334 
Pigments, 2:1006—1007, 1397-1399 
anticorrosive, 2:1398 
Chinese green, 1:682 
photoreceptor, 4:3319-3320 
pictograph, 4:3275, 3276 
plant, 5:3379-3381 
Pigs, 4:2538-2539, 3336-3339, 3337 
genetically modified, 6:4416 
number of, 2:1191, 4:2537 
xenografts, 6:4430 
See also Peccaries 
Pigweed. See Amaranth family 
PIH (Prolactin inhibiting hormone), 
3:2152 
Pihas, 2:1156 
Pikaia, 4:3180, 3/80 
Pikas, 3:2431—2432 
Pike, 4:3339, 3339-3340 
Pike blennies, 1:614 
Pilbara craton, 1:409 
Pileated woodpeckers, 6:4715, 4716, 
4717 
Pili, 1:440, 841 
Piliocolobus spp. See Red colobus 
monkeys 
Pilkington, Alistair, 3:1961 
Pilocarpine, 1:137 
Pilocarpus spp., 1:137 
Pilot, automatic, 1:418-419 
Piltdown hoax, 3:2179, 4:3340, 5:4182 
Pima cotton, 2:1156 
Pimenta dioica, 4:2912 
Pimm, Stuart, 3:1771 
Pimpinella anisum. See Anise 
Pin-cushion cactus, 1:710 
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Pin-tailed weaverbirds, 6:4681 
Pin-tumbler locks, 4:2545 
Pinaceae, 4:3341, 5:4089 
Pinales, 2:1085 
Pinchot, Gifford, 2:1088, 1089, 1599 
Pincus, Gregory, 2:1119 
Pine grosbeaks, 1:782, 3:1729 
Pine martens, 4:2645 
Pine siskins, 3:1730—-1731 
Pine squirrels. See Red squirrels 
Pineal gland (endocrine), 2:1573 
Pineal organ (optic), 6:4468-4469 
Pineapple, common, 1:668 
Pinecone fish, 4:3340-3341 
Pinel, Philippe, 5:3530 
Pines, 2:1085, 4:334/, 3341-3344 
acid rain effects, 1:22 
bristlecone, 4:3343, 5:3867 
jack pine, 3:1797, 4:3343, 5:3486, 
3709, 6:4699 
knobcone, 4:3343, 6:4699 
pitch, 4:3343, 5:3688 
plantations, 2:1192, 4:3345 
ponderosa, 4:3162, 3343 
taxonomy, 2:1085, 6:4432 
Pinesap, 3:2093 
Pinicola enucleator. See Pine grosbeaks 
Pinions, 3:1868 
Pink-backed pelicans, 4:3238, 3239 
Pink bollworms, 4:2859 
Pink cockatoos, 2:983 
Pink-footed geese, 3:1874 
Pink salmon, 5:3777 
Pinnipedia, 5:3826, 3832 
Pinophyta. See Conifers 
Pintails, 2:1385, 1388 
Pinus spp. See Pines 
Pinus aristata. See Bristlecone pines 
Pinus attentuata. See Knobcone pines 
Pinus banksiana. See Jack pines 
Pinus coulteri. See Big cone pines 
Pinus lambertiana. See Sugar pines 
Pinus merkusii, 4:3341—-3342 
Pinus mugo. See Mugo pines 
Pinus ponderosa. See Ponderosa pines 
Pinus rigida. See Pitch pines 
Pinus strobus. See Eastern white pines 
Pinworms, 1:256, 4:3205 
Pinyon pines, 4:3343 
Pioneer (spacecraft), 3:2393, 5:4007 
Pions, 6:4197, 4200 
Pipe organ, 1:31 
Pipefish, 4:3344-3345, 3345 
Pipelines 
natural gas, 4:2928—2930 
oil spills, 4:3084 
Piper spp., 4:3245 
Piper betel. See Betel leaf 
Piper nigrum. See Black pepper 
Piperazine, 1:257 


Piperceaea, 4:3245 

Pipile spp., 2:868 

Piping plovers, 5:3402 

Pipits, 6:4627 

Piplio chlorurus. See Green-tailed 
towhees 

Piplio erythrophthalmus. See Rufous- 
sided towhees 

Piplio fuscus. See Brown towhees 

Pipra spp. See Golden-headed 
manakins 

Pipridae. See Manakins 

Pipsissewa, 6:4709 

PIR (Protein Identification 
Resource), 1:551 

Piranga flava. See Hepatic tanagers 

Piranga ludovicianus. See Western 
tanagers 

Piranga olivacea. See Scarlet tanagers 

Piranga rubra. See Summer tanagers 

Pirarucus. See Arapaima 

Pirquet, Clemens von, 3:2249 

Pisaster ochraceous. See Sea stars 

Pisobia cooperi. See Coopet’s 
sandpipers 

Pistachio nuts, 1:803, 803 

Pistacia lentiscus, 1:804 

Pistacia terebinthus. See Terebinth trees 

Pistacia vera. See Pistachio nuts 

Pistol shrimps, 5:3918 

Pistol Star, 5:4113 

Pistons, 3:2328—2330 

Pit vipers, 5:3969-3970 

Pitangus sulphuratus. See Kiskadee 
flycatchers 

Pitcairnia feliciana, 1:668 

Pitch, aircraft, 1:104, 5:3871 

Pitch (from pines), 5:3688 

Pitch pines, 4:3343 

Pitchblende, 1:136 

Pitcher plants, 1:786, 787 

Pithecia spp. See Sakis 

Pithecia monachus. See Monk sakis 

Pithecia pithecia. See White-faced 
sakis 

Pitheciidae, 4:2981—2982 

Pitheciinae, 4:2984 

Pithecophaga jefferyi. See Monkey- 
eating eagles 

Pithys albifrons. See White-faced anti- 
catcher 

Pitt-Rivers, Augustus Henry Lane 
Fox, 3:1662, 5:4181 

Pituitary adenomas, 2:1216—-1217 

Pituitary gland, 2:1573, 3:2023, 
2152-2153 

Pituitary tumors, 3:2223 

Pitvipers, 6:4575, 4576, 4576-4577 

Pius XII, 2:1118 

Pixels, 2:874 


GALE ENCYCLOPEDIA OF SCIENCE 4 


PKR (Photoreactive keratectomy), 
5:3586 
PKU (Phenylketonuria), 3:1892, 
4:2705, 3286-3287 
Place-value numeration system, 
4:3051-3053 
Placebos, 4:3345-3346 
Placenta, 1:595 
Placentalia, 4:2613 
Placer gold, 5:3472—3473 
Placoderms, 5:3903, 6:4566 
Placodonts, 4:3182 
Plague 
biological warfare, 6:4664-4665 
black-footed ferrets and, 
3:1707-1708 
bubonic, 1:582, 678-680, 679, 
2:1594, 3:1743-1744 
vaccines, 2:1347 
Plain titmice, 6:4377 
Plains 
abyssal, 1:7, 4:3075 
coastal alluvial, 1:149 
soils, 5:3989-3990 
Plains bison, 1:601 
Plains spadefoot toads, 6:4380 
Plains viscachas, 2:905 
Plains zebras. See Common 
zebras 
Planarians, 3:1667, 1739 
Planck, Maxwell 
atomic model, 1:386 
blackbody radiation, 1:613 
Bohr model, 1:633 
electromagnetic spectrum, 2:1508, 
5:3565 
grand unified theory, 3:1985 
light, 5:3568 
optics, 4:3102 
photons, 6:4196 
photovoltaic cells, 4:3321 
physics history, 4:3328 
Planck’s constant, 4:3346 
radiation, 1:393 
spectrum, 5:4063 
statistical mechanics, 5:4122 
thermodynamics, 6:4355 
Planck Time, 2:1155 
Planck’s constant, 4:3346-3347 
atomic model, 1:386 
blackbody radiation, 1:613 
electromagnetic spectrum, 
2:1508 
momentum, 4:2829 
photoelectric effect, 4:3305 
quantum mechanics, 5:3565 
spectral lines, 5:4057 
spectrum, 5:4063 
wave motion, 1:387 
Plane curves, 2:1215—1216 
Plane family, 4:3347-3348 
Planers, 4:2578 


Planes, 4:3347 
anatomical, 1:206—207 
geometry, 3:1928 
inclined, 4:2586 
parallel, 4:3204 
perpendicular, 3:/929, 1929-1930, 
4:3267 
projective, 5:3505 
Planes, air. See Aircraft 
Planet X, 4:3351-3352 
Planetary astronomy, 4:3350 
Planetary atmospheres, 4:3352-3356 
Planetary geology, 4:3356—3358 
Planetary nebulae, 4:3358, 
3358-3362, 3359, 3360, 3361 
Planetary orbits. See Orbits 
Planetary Plasma and Atmospheric 
Research Center (PPARC), 
3:2334 
Planetary ring systems. See Ring sys- 
tems, planetary 


Planetary scanners, 5:3805 
Planetesimals, 2:1411, 5:4005 
Planetoids. See Minor planets 


Planets, 4:3348-3351 
aerodynamics, 1:835 
astrolabe measurements, 1:355—356 
celestial sphere, 1:836-839 
composition, 5:4002—4003 
defined, 3:1680, 2425, 4:3349 
detection of, 4:3350-3351 
distance to, 5:4002 
dwarf, 3:1680, 4:2788, 3349-3350, 
3351-3352, 5:3788 
extrasolar, 3:1680—1683, 
4:3350-3351 
formation, 2:1411—1412, 4:3353, 
5:4004—4005 
gas (giant), 4:3349-3350, 3353, 
3355-3356 
magnetosphere, 4:2605, 2605-2606 
minor, 4:2787-2792, 2789, 2790, 
27901, 2791t 
N-body problem, 1:834-835, 
4:2915-2917 
perturbation theory, 1:831—832 
resonance phenomena, 1:832-833 
retrograde motion, 5:3710—3711, 
3711 
rotation, 5:3762-3764 
surface temperature, 4:3354 
terrestrial, 4:3353, 3354-3355 
three-body problem, 1:834 
trajectory building, 1:835—-836 
undiscovered, 4:3351—3352 
See also Orbits; Solar system; spe- 
cific planets 
Planigale spp. See Fat-skulled marsu- 
pial mice 
Planimetric maps, 1:798 
Planipennia, 3:2429 


Planispheric astrolabe, 1:355—356 
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Plankton, 3:2436, 4:3364 
See also Phytoplankton; 
Zooplankton 
Plant breeding, 1:643, 4:3370-3375 
Plant bugs. See Leaf bugs 
Plant cells, 4:3368—3369 
Plant diseases, 4:3375-3378 
Plant lice. See Aphids 
Plant pigments, 5:3379-3381 
Plantae. See Plants 
Plantains, 1:460 
Plantanus kerrii, 4.3348 
Plantar surface, 1:207 
Plantations, tree, 2:1192—1193, 
4:3091, 3345, 5:4090, 6:4565, 4716 
Plants, 4:3364—-3370 
acid rain effects, 1:22 
air, 1:670 
alkaloids, 1:137 
annual, 5:3855 
Antarctica, 1:232 
aquatic, 2:1646, 4:3294 
aromatic, 3:2113 
asexual reproduction, 1:337 
behavior, 1:515—516 
bioassays, 1:537 
biodiversity, 2:1632 
biomagnification, 1:563 
Biosphere Project, 1:578 
buds, 1:683-684 
capillary action, 1:758 
carnivorous, 1:516, 785-788, 786, 
787, 3:2475-2476, 5:3479 
cell membranes, 1:854—855, 
4:3368-3369 
cells, 1:839, 840, 841 
cellulose, 1:854-856 
cloning, 2:961, 4:3373 
day-neutral, 3:1756 
desert, 2:1294, 1383 
development, 4:3367—3368 
drugs from, 1:543, 2:1191, 
1631-1632, 3:2114 
dyes from, 2:1397—1398 
edible, 2:1631 
endangered species, 1:761—762 
energy budgets, 2:1582, 1585 
erosion, 2:1622 
ethnobotany, 2:1630-1632 
evolution, 4:3365—3366 
extinct, 1:543 
Fibonacci sequence, 3:1722 
flowering, 1:217, 2:1008, 5:3891, 
3894, 3895-3896 
fossils, 4:3172-3173, 3173 
genetically modified, 3:1895, 1908 
geochemical analysis, 3:1918 
global warming, 3:2014-2015 
Golgi body, 1:854, 4:3369 
gravity and, 3:1937-1938 
habitat, 3:2041 
herbaceous, 2:1139-1140 
horticultural, 3:2165-2166 
indicator species, 3:2270 
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insect mutualism, 4:2905 
integumentary system, 3:2317 
island, 3:2368—2369 
long-day, 3:1755-1756 
metabolism, 1:642 
mitochondrial genome, 4:3115—3116 
nitrogen for, 1:181—182 
number of species, 2:1631 
organelles, 1:844 
organs, 4:3115 
osmosis, 4:3139 
ozone exposure, 4:3162—3163 
photoautotrophic, 1:431 
photoperiodism, 1:554 
post-wildfire, 6:4699 
predator-prey relationships, 
5:3489 
productivity, 2:1448, 1450 
proteins, 1:178 
rainforest, 1:542 
reintroduction programs, 
1:761-762 
ruderal, 2:1034, 4:2508-—2509, 
3098-3099 
short-day, 3:1755-1756 
spores, 5:4088—4089 
structure, 4:3121, 3365, 3367 
successional communities, 
6:4212-4214 
taxonomy, 4:3366—3367, 
6:4296-4297 
transpiration, 6:4424-4425 
vascular, 2:945 
wetlands, 6:4689 
woody, 1:683-684 
xenogamy, 6:4729-4730 
xerophytic, 1:709 
See also Crops 
Plaques 
atherosclerotic, 1:309-311, 310 
dental, 2:1277, 1278 
Plasma, 5:3381-—3382 
blood, 1:617, 624, 2:949, 4:3139, 
5:3381-3382 
physics, 2:1482, 5:3382 
state of matter, 5:4121 
stealth technology, 5:4132 
Plasma expansion, 4:3256 
Plasma membranes. See Cell 
membranes 
Plasma television, 6:4322 
Plasma torches, 2:1468 
Plasma torus, 3:2397 
Plasmapheresis, 3:2028 
Plasmid vectors, 3:1894-1895 
Plasmids 
archaebacteria, 1:284 
bacteria, 1:440 
episomes, 2:1613 
recombinant DNA, 5:3647, 6:4415 
Plasmodial slime molds, 5:3956 


Plasmodium spp., 4:2609, 3205, 3209, 
5:3526, 3530, 6:4467 
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Plasmodium falciparum, 4:2609, 2610, 


6:4455, 4467 
Plasmodium malariae, 4:2609 
Plasmodium ovale, 4:2609 
Plasmodium vivax, 4:2609 
Plasmolysis, 1:441 
Plaster of paris casting, 4:2720 
Plasterer bees, 1:506 
Plastic forming, ceramics, 2:861 
Plastic surgery, 5:3382-3384, 6:4246 
Plasticity, phenotype, 3:2271, 2438 
Plasticizers, 2:1626 
Plastics, 5:3385-3391, 3387-3388t, 
33891, 3390 
acetone for, 1:16 
adhesives for, 1:54 
biodegradable, 1:541-542 
history, 5:3385, 3438 
incineration, 3:2268 
production, 1:119 
RADAR-absorbent, 5:4132 
recycling, 5:3439, 3650 
structure and properties, 
5:3385-3386, 33861 
thermoplastics, 1:54, 2:1045, 
5:3386-3390, 3387-3388t, 
3686t 


thermosetting, 1:54, 5:3389-3390, 


3389 
waste, 3:2443 
See also Polymers 
Plastids, 1:844, 4:3368-3369 
Platanaceae. See Plane family 
Platanista gangetica, 2:864 
Platanista minor, 2:864 
Platanos. See Plantains 
Platanthera spp., 4:3110 
Platantus orientalis. See Oriental 
planetrees 
Platanus spp. See Plane family 
Platanus occidentalis. See American 
sycamores 
Platanus recemosa. See California 
sycamores 
Platanus wrightii. See Arizona 
sycamores 
Platanus X hybrida. See London 
planetrees 
Plate tectonics, 2:1418, 5:3391-3399, 
3392, 3394, 6:4301 
Andes, 5:4022 
asthenosphere, 1:348-349, 
5:3392-3393 
Australia, 1:406-407 


continent formation, 2:1102-1104, 


5:3397 
earth’s crust, 1:349, 5:3392-3393 
erosion, 2:1622—1623 
Europe, 2:1637—-1640 
faults, 3:1694 
global climate change, 3:1963 
Himalayas, 3:2134-2135, 5:3393 


hot spots, 3:2167 
ice ages, 3:2238 
island formation, 3:2370—2371 
isthmus formation, 3:2380 
landforms from, 3:2449 
margins, 5:3394, 3396-3397 
mass extinction, 4:2648 
metamorphism, 4:2725 
North Africa, 1:71 
North America, 4:3009-3016 
orogeny, 4:2871—2873, 5:3393 
paleomagnetism, 4:3177-3178, 
5:3395-3396 
rate of movement, 5:3396 
sea level, 5:3825 
stream channel changes, 
5:4183-4184 
study of, 3:1926 
uplift, 6:4525-4527, 4526 
See also Earthquakes 
Platelet aggregation, 1:17, 18 
Platelets, 1:311, 620, 2:949, 950 
Platinum, 2:1528, 5:3471, 3473-3474 
catalysis, 1:807 
uses, 4:3114, 5:3474 
Platinum cathode cells, 1:491 
Platinum metals, 2:1531 
Plato 
chemical elements, 2:1526 
conditioning, 2:1074 
crystals, 2:1204 
memory, 4:2677 
Mercury, 4:2698 
Timaeus, 5:3399 
Platonic solids, 5:3399 
Platycercus spp. See Rosellas 
Platyhelminthes, 3:1739, 4:3178-3179 
Platymonas convolutae, 1:127 
Platypus, 4:2841—2842, 5:3399-3401, 
4076, 6:4605 
Platyrrhini, 4:2835—2836 
Playback head, 4:2596—2597, 2597 
Playcercinae. See Broad-tailed 
parrots 
Playfair, John, 6:4511, 4522 
Playing cards, 2:1016, 5:3631 
PLD (Pulsed-laser deposition), 6:4236 
Pleasing lacewings, 3:2429 
Plecoptera, 5:4174, 6:4465 
Plectranthus spp., 4:2793 
Plectrophenax hyperboreus. See 
McKay’s buntings 
Plectrophenax nivalis. See Snow 
buntings 
Plegadis chihi. See White-faced ibises 
Plegadis flacinellus. See Glossy ibises 
Pleiades, 5:4110, 4/// 
Pleistocene Epoch, 2:1643, 
3:1679-1680, 1963, 5:3420 
Pleonosporum spp., 1:126 
Plesiosauria, 2:1340, 4:3/83 
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Plethodon cinereus. See Red-backed 
salamanders 
Plethodon nettingi. See Cheat 
Mountain salamanders 
Plethodon shenandoah. See 
Shenandoah salamanders 
Plethodontidae, 5:3771, 3772 
Pleurodira. See Sideneck turtles 
Pleuronectes platessa. See European 
plaice 
Pleuronectidae. See Flatfish 
Pleuroploca gigantea. See Florida 
horse conch 
Pleurothallis spp., 4:3108 
Pleurotomaria spp., 5:3967 
Plimsoll marks, 1:694 
Pliny the Elder, 1:720 
Pliny’s reaper, 1:82—83 
Pliocene period, 1:71, 3:2134 
PLM (Periodic limb movement), 
5:3952 
Ploceidae, 3:1729, 5:4048, 6:4682 
Ploceus cucullatus. See Village 
weavers 
Ploceus socius. See Social weavers 
Plovers, 2:1163, 5:3401, 3401-3402, 
3784, 3912 
Plowing 
contour, 2:1114-1115, ///5, 
5:3993 
erosion from, 2:1623 
weed control, 4:3272 
Plows, 1:81—82, 83 
“Plum pudding” atomic model, 
1:384-385, 392 
Plumed scorpionfish, 5:3820 
Plumier, Charles, 3:1944 
Plums, 4:3372, 5:3462, 3759, 3786 
Pluripotent stem cells, 1:619, 4:2567 
Plutinos, 4:2787 
Pluto, 4:2787-2788, 5:3402-3408, 
3403, 3404 
atmosphere, 4:3355-3356, 5:3404 
Cassini spacecraft, 1:806 
celestial mechanics, 1:832—833 
classification, 4:3349—3350, 5:3788 
composition, 3:2424—2425, 5:3405 
discovery, 4:3351, 5:3404-3405 
Galileo project, 3:1850 
heliopause, 5:4007 
IAU on, 3:2425, 2426-2427, 
4:2788, 5:3407 
moons, 3:2426-2427, 5:3402, 3403, 
3406, 3407 
orbit, 1:835, 4:2788, 5:3403, 3406, 
3407, 3711 
tidal effects, 1:833 
See also Charon 
Pluto Energetic Particle Spectrometer 
Science Investigation (PEPSSD), 
4:3355, 5:3408 


Plutonium, 1:35—36 
alpha particle decay, 1:152 
discovery, 2:1533, 1534 
nuclear power, 4:3031 
nuclear reactors, 4:3035—-3036 
weapons-grade, 4:3022, 3037, 
3039-3040, 6:4659-4662, 4660 
Plutonium-239, 6:4663 
Plutons, 4:2873 
Pluvialis aegyptius. See Egyptian 
plovers 
Pluvialis dominica. See Golden 
plovers 
Pluvialis squatarola. See Black-bellied 
plovers 
PMS (Premenstrual syndrome), 
4:2695 
Pneumatic caissons, 1:717, 718 
Pneumatic tires, 1:85 
Pneumococcus spp., 2:1280-1281, 
5:3699 
Pneumocystis carinii, 5:3410, 3411 
Pneumonia, 2:1625, 5:3409, 
3409-3412, 3699, 3706 
Pneumonic plague, 1:679 
Pneumonoconioses, 5:3700 
Pnicogens, 2:1530 
Pnogo pygmaeus. See Orangutans 
Poa spp. See Blue grasses 
Poa compressa, 5:3710 
Poa pratensis. See Kentucky blue 
grass 
Poaceae. See Grasses 
Pocket gophers, 3:1978—-1980 
Pocket mice, 3:2400 
Podagarus strigoides. See Tawny 
frogmouths 
Podargidae. See Frogmouths 
Podargus papuensis. See Papuan 
frogmouths 
Podcasts, 5:3412-3413, 3413 
Podiatry, 5:3414 
Podiceps auritus. See Horned grebes 
Podiceps caspicus. See Eared grebes 
Podiceps cristatus. See Great crested 
grebes 
Podiceps dominicus. See Least grebes 
Podiceps grisgena. See Red-necked 
grebes 
Podiceps taczanowskii. See Junin 
grebes 
Podicipedidae. See Grebes 
Podicipediformes. See Grebes 
Podilymbus gigas. See Giant pied- 
billed grebes 
Podilymbus podiceps. See Pied-billed 
grebes 
Podogymnura truei. See Philippine 
gymnures 
Podophyllum peltatum. See 
Mayapples 
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Podosolization, 3:2470 
Poecilia reticulata. See Guppies 
Poecilocapsus lineatus. See Four-lined 
plant bugs 
Pogonia ophioglossoides. See Rose 
pogonia 
Pogonophora. See Beardworms 
Pogson, Norman Robert, 5:4155 
Pohlia spp., 1:675 
Poikilothermic animals, 1:190, 5:3905 
Poincaré, Henri, 2:996, 5:3674 
Poinsettia, 5:4092 
Point bar, 1:149 
Point mutations, 3:1661, 1877, 1878, 
4:2903 
Point source, 4:3009, 5:3414-3415 
air pollution, 2:1558, 4:3009, 
5:3414-3415, 3415 
water pollution, 5:3430-3431, 
6:4650 
Point triangulation, 4:2582—2583 
Pointman project, 1:76 
Points (geometry), 3:1928, 
4:2582-2583, 5:3414 
Poise (unit of measure), 6:4592 
Poiseuille, Jean Louis Marie, 6:4592 
Poison-arrow frogs, 3:1825 
Poison hemlock (Conium macula- 
tum), 1:139, 792 
Poison hemlock (Taxus canadensis). 
See Canadian yews 
Poison ivy, 1:803, 804 
Poison oak, 1:804 
Poisoning, 5:3415-3417 
alkaloids, 1:139 
arsenic, 6:4401 
benzene, 1:520 
cane toads, 6:4381 
carbon dioxide, 3:2273 
carbon monoxide, 1:773—774, 774, 
3:2273 
chelation therapy, 2:876 
chemical warfare, 2:884, 887 
chlordane, 2:907 
hemlock, 1:792 
insecticides, 3:2301 
lead, 2:1387, 3:2471, 2472-2473, 
5:3431, 6:4401 
lily family, 4:2519 
mercury, 4:2696, 2697, 6:4401 
metals, 2:1101, 5:3416 
milk vetches, 3:2489 
mushrooms, 4:2893-2894 
PBBs, 5:3434-3435 
pesticide, 1:89 
phosphorus, 4:3293 
rats, 5:3643-3644 
ricin, 5:3726, 3727 
shellfish, 2:921, 1102, 5:3417, 
3655-3656 
snake bites, 2:1463—-1464 
strychnine, 1:139, 4:3062 
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tabun, 6:4278-4279 
Toxicodendron spp, 1:804 
VX agent, 6:4625 
See also Food poisoning 
Poisons, 5:3415-3417 
Poisonwood, 1:804 
Polar bears, 1:495, 497-498 
Polar coordinates, 5:3417-3419, 34/8, 
3419 
celestial sphere, 1:837—838 
conic sections, 2:1084 
rotation, 5:3763 
spirals, 5:4079—4080 
Polar covalent bonds, 4:2826 
Polar ice caps, 3:2234, 5:3419-3421 
freshwater in, 1:229, 3:2209, 2214, 
5:3419 
melting, 3:1967 
Mercury, 4:2702 
moon, 4:2846 
solar illumination patterns, 5:4000 
stratospheric clouds, 1:368 
Polaris, 1:837, 838, 5:3470, 3892, 
6:4550 
Polarity, 1:755, 2:878, 1420 
Polarizing microscopes, 4:2752 
Polaroid Cameras, 4:3312 
Polder, 2:1643 
Polecats, 3:1707, 6:4669 
Polemonium spp. See Jacob’s ladder 
Poles (geography) 
atmospheric circulation, 
1:372-373 
geographic, 3:1921—1922 
magnetic, 1:300, 3:1921—1922, 
4:3175-3178 
South Pole, 1:231, 234, 
3:1921-1922 
See also North Pole 
Polihierax semitorquatus. See Pygmy 
falcons 
Polio. See Poliomyelitis 
Poliomyelitis, 5:3421-3435 
iron lung for, 5:3422, 3696 
vaccines, 2:898, 1347, 5:3422, 3423, 
3718 
Polioptila caerulea. See Blue-gray 
gnatcatchers 
Polioptila melanura. See Black-tailed 
gnatcatchers 
Poliovirus, 6:4578 
Polistes fuscatus. See Polistes wasps 
Polistes wasps, 6:4636 
Pollen, 5:3425 
allergies from, 1:143 
fossils, 4:3172—3173, 3190-3191, 
5:3425-3427 
Pollen analysis, 2:1237—1238, 4:3173, 
3190-3191, 5:3425-3427 
Pollination, 5:3427-3429, 3428 
angiosperms, 1:217 
artificial hybridization, 4:3373 
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bats for, 1:490 
bees, 1:507, 508 
beetles, 1:513 


cross-pollination, 3:1755, 4:3370, 


3372, 5:3428, 3854 
fruit, 3:1829 
hummingbirds, 3:2186 
hybridization, 4:3371—3372 
insect, 5:3429, 3758 
invertebrates, 3:2259 
moths, 4:2860 
mutualism, 4:2905 
nectar, 4:2937 
orchids, 4:3109, 5:3428 
pines, 4:3342 
roses, 5:3758 
seed, 5:3854-3855 
wind, 5:3428, 3758 
Polling organizations, 5:3781—3782 
Pollution, 5:3429-3431, 3430 
bioaccumulation, 1:536—537 
bioassays, 1:537 
bioremediation, 1:572-574 
vs. contamination, 2:1100 
ecological stress from, 5:4188 
environmental stress, 2:1442 
extinction, 3:1680 


food web contamination, 3:1772 


land use planning, 3:2442 
natural resources and, 5:3691 
noise, 4:3003-—3005, 5:4020 


non-point source, 2:1558, 4:3008, 


3008-3009, 5:3430-3431 
point source, 2:1558, 4:3009, 


5:3414-3415, 3415, 3430-3431 


primary, 1:99 

radioactive, 5:3610—-3614 

secondary, 1:99, 5:3840 

wildlife threat, 6:4701 

See also Air pollution; Water 
pollution 


Pollution control, 5:3431-3434, 3432 


Pollution Prevention Act, 5:3431 
Polonium, 2:1528, 5:3590 
Polyacrylamide blotting analysis, 
1:626 
Polyacrylamide gel electrophoresis, 
5:3521 
Polyamides, 1:180 
Polyandry, 1:587, 3:2383 
Polyatomic anions, 1:226 
Polybius, 6:4302 
Polyborus plancus. See Crested 
cracacaras 
Polybrominated biphenyls (PBBs), 
5:3434—3435 
Polycarbonate polymers, 5:3441 
Polychaeta, 5:3857—3858, 3859 
Polychlorinated biphenyls (PCBs), 
3:2052, 5:3435 
bioaccumulation, 1:536, 2:1141, 
3:1772 
biomagnification, 1:563—564 


Polychloroprene, 2:911 
Polychromators, 5:4059 
Polyculture, 2:1190-1191 
Polycyclic aromatic hydrocarbons, 
4:2635, 2902, 5:3435-3436 
Polydactyly, 1:600, 2:930 


Polyester, 1:3197, 2:1044, 5:3441, 3689 


Polyethylene, 2:910, 1633, 5:3439 

Polyethylene terephthalate (PET), 
3:1970-1971, 1971 

Polygamy, 1:587, 590-591 

Polygenic diseases, 3:2299 

Polygonaceae, 1:682, 5:3722 

Polygons, 5:3436, 3436-3437, 3436r 

area of, 1:201 


circumscribed and inscribed, 2:950 


prisms, 5:3498 
quadrilateral, 5:3557, 3557 
Polyhedrons, 5:3399, 3437 
Polyimide resins, 2:1045 
Polymer Handbook (Bandrup and 
Immergut), 4:2840 
Polymerase 
DNA, 2:1283, 3:1906, 5:3724 
RNA, 5:3724 
Polymerase chain reactions (PCRs), 
4:3231-3232 
archaebacteria, 1:285 
biological weapons detection, 
6:4666-4667 
complementary DNA, 2:1035 
DNA technology, 2:1359, 1360, 
1361 
enzymatic engineering, 2:1603 
FISH procedure, 1:184-185 
forensic analysis, 3:1790 
genetic identification of microor- 
ganisms, 3:1897 
multiplex, 3:1897 
parentage testing, 4:3228 
reverse transcriptase, 3:1897 
Thermus aquaticus in, 3:1934 
uses, 3:1908, 4:3232 
Polymerization, 4:2839, 5:3386, 
3439-3440 
Polymers, 1:319-321+, 320-322, 
5:3385—3391, 3438-3442 
acetic acid, 1:15 
addition, 4:2839, 5:3439-3440 
adhesives, 1:54 
chlorinated hydrocarbon, 2:909, 
910 
chlorine-containing, 3:2053 
condensation, 5:3440-3441 
dielectrics, 2:1314 
elasticity, 2:1465—1466 
formaldehyde, 1:175 
LEDs, 3:2482 
natural, 5:3439 
photovoltaic cells, 4:3323 
polycarbonate, 5:3441 
production, 1:119, 320-321, 520, 
5:3386 
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resins, 5:3687, 3688-3689, 3689¢ 
structure and properties, 
5:3385-3386, 3386 
Polymetamorphism, 4:2726 
Polymorphisms 
forensic analysis, 5:3871 
genetic testing, 3:1899 
parentage testing, 4:3228 
single nucleotide, 3:2184—-2185 
Polymyositis, 1:416 
Polynesian megapodes, 4:2867 
Polynesian rats, 5:3643 
Polynesians, 6:4512 
Polynomial equations, 3:1687, 6:4412 
Polynomials, 4:2882, 5:3442 
Polynucleotide phosphorylase, 2:988 
Polyols, 1:118 
Polyomaviruses, 6:4589-4590 
Polypeptides, 1:177, 2:1574 
Polyphaga, 1:510 
Polyplacophora, 2:906 
Polyploidy, 2:931, 3:1705, 2192 
Polypodium polypodioides. See 
Resurrection ferns 
Polyprion americanus. See Wreckfish 
Polypropylene, 2:910, 5:3440 
Polyprotodontia, 4:2644 
Polysticta stelleri. See Steller’s eiders 
Polystoechotidae. See Giant 
lacewings 
Polystyrene, 1:520, 2:909, 5:3386, 
3440 
Polytelitinae. See Long-tailed parrots 
Polyunsaturated fats, 6:4439 
Polyurethane, 5:3689 
Polyvinyl chloride (PVC), 2:910, 
3:2053, 5:3439-3440 
Polyzoa, 4:2856 
Pomacanthidae, 1:215 
Pomanders, 2:955 
Pomarine jaegers, 5:3943 
Pomelos. See Grapefruit; Shaddocks 
Pompeii, 4:3371, 5:4180, 6:4613 
Pompilidae. See Spider wasps 
Poncelet, Jean-Victor, 2:1097 
Pond turtles, 6:4492 
Ponderosa pines, 4:3162, 3343 
Pondimin. See Fenfluramine 
Ponds, 1:568, 573, 6:4688 
Pongidae, 2:900 
Pongo abeli. See Sumatran 
orangutans 
Pongo pygmaeus. See Bornean 
orangutans 
Ponies, 3:2161 
Pons, Stanley, 4:3026—3027 
Pontiac fever, 3:2484 
Pontoon bridges, 1:666 
Pooecetes gramineus. See Vesper 
sparrows 


Pools, car, 4:2655 
Poor Relief Act, 5:3662 
Poorwills, common, 1:759, 3:1975 
Po’ouli, 3:2148 
Pop sociobiology, 5:3975 
Pope’s pit vipers, 6:4576 
Poplars, 2:1192, 3:2021 
Poppies, 5:3442-3444, 3443 
California, 4:3372, 5:3443 
opium, 1:137—138, 2:985, 4:2851, 
2921, 5:3443-3444 
Population (human), 5:3445-3448 
aging of, 3:1943 
global, 1:794 
prehistory, 1:794, 5:3444, 3446 
Population biology, 2:1450 
blood types, 5:3870 
carrying capacity, 1:793-794, 
6:4701 
chaos theory, 2:873 
deforestation and, 2:1259 
ecological monitoring, 2:1445 
irruptive populations, 3:2490, 
6:4701 
limiting factors, 2:1450, 
4:2521—2522 
niche, 2:1028 
wildlife, 6:4701 
Population genetics, 3:1907—1908 
Population growth and control 
(human), 5:3444-3445 
arithmetic models, 3:2021, 2022, 
2023 
carrying capacity, 1:793-794, 
5:3444, 3445-3446, 3447 
future of, 5:3447-3448 
geometric increase in, 2:1599 
natural resources, 5:3691 
population explosion, 2:1599 
Population star classification, 
5:4156-4157 
Population studies 
archaeogenetics, 1:288—290 
paleopathology, 4:3186—3187 
samples, 5:3780—3782 
Populations (statistics), 5:4122 
Populus tremuloides. See Trembling 
aspen 
Porcupines, 5:3448-3450, 3449 
Porichthys spp., 6:4379 
Porifera. See Sponges (Porifera) 
Pork, 4:3205, 6:4437, 4438 
Porolithon spp., 1:126 
Porphyrias, 4:2705 
Porphyrins, 4:2511, 2513 
Porphyrula martinica. See Purple 
gallinules 
Porpita spp., 3:2215 
Porpoises, 2:863—868, 1380, 
1434-1435, 6:4476 
Porter, Edwin S., 4:2862 
Portier, Paul, 3:2249 
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Portland cement, 1:691, 2:860, 
1072-1074 
Portugal, 2:1139 
Portugal oil, 2:955 
Portuguese man-of-war, 3:2387 
Porzana carolina. See Soras 
Positional cloning, 1:580 
Positive feedback loops, 3:2152 
Positive numbers, 5:3450-3451 
Positive pressure ventilators, 
5:3695-3696 
Positive reinforcement, 3:2477, 
5:3664-3667 
Positron-emission tomography 
(PET), 4:3030-3031, 5:3451-3453, 
3452, 3622 
antimatter, 1:259 
in brain research, 1:656 
radioactive tracers, 5:3615, 3620 
Positrons, 1:258, 262, 387, 2:1514, 
6:4197 
Possums, 4:3281 
Post-mortem. See Autopsies 
Post-polio syndrome, 5:3424—3425 
Post-traumatic stress disorder 
(PTSD), 5:4185 
Postassium hydroxide, 1:165 
Posterior surface, 1:206 
POSTNET bar codes, 1:462-463 
Postoperative infection, 6:4225 
Postulates, 5:3453-3454, 3508 
Postuovulatory phase, 4:3147—3148 
Posture, upright, 3:2179 
Potamogale spp., 4:3143 
Potamogale yelox. See Giant otter 
shrews 
Potamogalinae, 4:3143 
Potamogetonaceae, 2:1456 
Potamotrygonidae. See Freshwater 
stingrays 
Potash, 1:86 
Potassium, 1:132—134 
acid rain effects, 1:20, 21 
action potentials, 1:37 
aluminum from, 1:164 
Earth’s crust, 2:1525 
fertilizers, 1:86—-87, 134, 5:3457 
flame analysis, 3:1736 
in hearing loss, 2:1246 
physiologic role, 4:3061 
radioactive dating, 5:3607 
sodium ion exchange, 3:2355 
Potassium aluminum sulfate, 5:3454 
Potassium-argon dating, 1:302, 
2:1239, 3:1925 
Potassium bitartrate. See Potassium 
hydrogen tartrate 
Potassium dichromate, 4:3156 
Potassium hydrogen tartrate, 
5:3454-3455, 3981 
Potassium iodide, 5:3456, 3456 
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Potassium nitrate, 1:490, 4:2996, 
5:3456-3457 
Potassium permanganate, 3:1970, 
4:3156 
Potassium peroxymonosulfate, 
2:1249-1250 
Potassium salts, 3:2276-2277 
Potassium stearate, 5:4139 
Potato blight, 4:2991, 5:3458 
Potato famine, 1:643, 4:2991, 3376, 
5:3458, 6:4469 
Potato leafhoppers, 3:2476—2477 
Potato tuberworms, 4:2859 
Potatoes, 4:2990-2991, 5:3457-3458, 
3458, 6:4381-4382 
alkaloids, 1:139 
crop value, 6:4469 
genetically modified, 3:1901, 
4:3375 
root systems, 5:3757 
seed, 1:683 
sweet, 6:4259, 4736 
Potential energy, 2:1579, 1580, 1582, 
6:4480 
Potential fields, 3:1935, 6:4208 
Potentially hazardous asteroids 
(PHAs), 4:2936 
Potentilla spp. See Cinquefoil 
Potentilla canadensis, 5:3760 
Poterium spp., 5:3758 
Potholes, 6:4688 
Potomac aqueduct, 1:278 
Potoos, 1:758, 759 
Potoroos, 3:2404 
Potorous spp. See Potoroos 
Potsherds, 5:3459 
Pott, Percivall, 1:742, 779, 4:2901 
Potter wasps. See Mud-dauber wasps 
Pottery 
glazes, 1:302 
history, 5:3458—3459 
oxidation-reduction reaction, 
4:3153 
Pottery analysis, 5:3458-3460 
dating techniques, 2:1237, 
1238-1239, 5:3460 
typological classification, 5:3460 
Pottos, 4:2554—2556, 5:3510—3511 
Pouched mice, 4:2643 
Poulson, Valdemar, 4:2598 
Poultry, 4:2506, 2537, 2540 
See also specific species 
Pound locks, 4:2543 
Powder metallurgy, 4:2721 
Powdered activated carbon (PAC), 
5:3433 
Powdery mildew, 4:2767 
Powell, John Wesley, 2:1088 
Power lines, 2:1505, 1506, 1507 
The Power of Movement in Plants 
(Darwin), 4:3318 
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Power plants. See Electric power 
generation 
Power steering, 5:3871 
Power supply, electrical, 2:1482-1486, 
1488 
Power take-off, 1:85 
Pox, rickettsial, 5:3727, 3728 
Poxviridae, 6:4555, 4586 
Poynting-Robertson effect, 1:834, 
836, 6:4748 
PPARC (Planetary Plasma and 
Atmospheric Research Center), 
3:2334 
PPL 15 (star), 1:671 
Prader-Willi syndrome, 2:931, 932 
Prairie badgers, 1:449—450 
Prairie chickens, 3:2021, 5:3463-3464, 
3464 
Prairie dogs, 3:1707—1708, 5:3465, 
3465-3466, 4096, 4097-4098 
Prairie falcons, 3:1690, 1691, 4:2766, 
5:3466-3467 
Prairie roses, 5:3761 
Prairie School (architecture), 1:754 
Prairie thistles, 6:4359 
Prairie voles, 6:4615 
Prairies, 5:3461-3463, 3462 
prescribed burns, 5:3485—-3486 
rangeland, 5:3632 
restoration ecology, 5:3708, 
3709-3710 
short-grass, 3:1992 
See also Tallgrass prairies 
Pralidoxime iodide (PAM), 5:3788, 
6:4625 
Prandtl, Ludwig, 1:521, 3:1758, 
6:4485-4486 
Praseodymium, 3:2453—2455 
Pratincoles, 2:1162-1163 
Pratt, John Henry, 3:2376 
Pravdich-Neminskii, Vladimir 
Vladimirovich, 2:1494 
Prawns, 1:629, 2:1192, 1196-1197 
Praying mantis, 5:3467-3468, 3468 
Pre-diabetes, 2:1304 
Pre-monkeys. See Prosimians 
Precambrian era, 5:4094 
Precatory peas. See Rosary beans 
Precession 
calendars and, 1:730 
celestial mechanics, 1:834 
of the equinoxes, 5:3468-3471, 
3470, 3649 
Precious metals, 5:3471-3474, 3472 
Precious stones. See Gemstones 
Precipitation, 5:3474-3478 
chemical, 5:3433, 3474-3475, 
3847 
fog, 3:1768 
grasslands, 3:2000 
horticulture and, 3:2164—-2165 


hydrologic cycle, 3:2209-2210 
meteorological, 5:3474, 3475, 
3475-3478 
Precipitators 
electrostatic, 1:65, 3:2267, 5:3432 
mass wasting, 4:2659 
paleoclimate, 4:3173-3175 
soil leaching, 3:2470 
stream channel changes, 
5:4183-4184 
Precipitin, 5:3870 
Precision, vs. accuracy, 1:14 
Precision casting, 4:2720 
Precocial species, 1:588 
Precocious puberty, 5:3545 
Predator-prey relationships, 5:3489 
biological community, 1:553 
community ecology, 2:1028 
evolution, 5:3489 
food web, 3:1773 
Predators, 5:3478-3479, 3479 
biomagnification, 3:1772 
captive breeding, 1:761 
cattle, 1:823 
chlorinated hydrocarbons in, 2:1102 
commensalism, 2:1027 
deer, 2:1254 
elimination programs, 2:1089 
endangered species, 2:1566—1567 
food web, 3:1772, 1773 
gulls as, 3:2032 
higher-order, 2:1443, 1449, 6:4447 
introduced species, 2:1567, 3:2350, 
5:3625 
invasive species, 3:2352 
keystone species, 3:2412-2413 
reintroduction programs, 1:762 
satiation, 5:3489 
savanna, 5:3798 
Predatory mites, 6:4362 
Predictions (scientific method), 
5:3817, 3818 
Prednisone, 5:3424 
Prefabricated houses, 4:2651 
Preformationism, 2:1301, 1556-1557 
Pregnancy 
anticoagulants, 1:253 
barbiturates, 1:465 
chickenpox, 2:893-894 
cigarette smoke, 2:943 
DES in, 2:1317-1319 
diabetes, 2:1304 
ectopic, 2:1318, 3:2286 
hormone regulation, 3:2155 
multiple, 5:3482, 3483-3484 
reproductive toxins, 5:3686 
Rh factor, 5:3714-3716 
Pregnancy tests, 3:2174 
Prehensile-tailed porcupines, 5:3450 
Prehistory 
archaeology, 1:294, 295 
architecture, 1:686—-687 
ceramics, 2:859 
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copper use, 2:1129 
human population, 1:794, 5:3444, 
3446 
migration, 1:288—290 
rock art, 4:3274-3276 
rocks used in, 5:3749 
Premature aging, 2:961—962 
Premature infants, 6:4397 
Premenstrual syndrome (PMS), 
4:2695 
Premna spp., 6:4565 
Prenatal diagnosis 
albinism, 1:115 
anticonvulsants, 1:254 
chorionic villus sampling, 
2:924-925, 932 
congenital disorders, 2:1079 
Down syndrome, 2:1379 
FISH analysis, 3:1761-1762 
genetic disorders, 3:1891, 1893 
Huntington’s disease, 3:2191 
karyotype analysis, 3:2408 
muscular dystrophy, 2:1404 
prenatal surgery, 5:3481 
spina bifida, 5:4075 
Tay-Sachs disease, 6:4299 
ultrasonic, 6:4506-4507 
See also Amniocentesis 
Prenatal surgery, 5:3479-3484, 3480, 
3481, 6:4226-4247 
Prepro-TRH178-199, 5:4187 
Presbyopia, 6:4597, 4598 


Prescribed burns, 5:3484—-3486, 3485, 


3868, 6:4697-4700 

Preservation 

archaeologic sites, 1:296 

cryogenic, 2:1201-1202 

See also Food preservation 
Preservation ethic, 2:1598 
Preservatives, 1:87 

See also Food preservation 
Pressure, 5:3486-3488 

partial, 5:4013 

properties of gases, 3:1862—1863, 

1864, 1865 

selective, 3:1660 

sensation of, 6:4397 

stellar structure, 5:4104-4105, 

4158 

unit of measure, 5:3488, 6:4524 

vapor, 6:4548-4549, 4548r 

water, 3:1758—1759 

See also Atmospheric pressure 
Pressure cookers, 5:4136—4137 
Pressure cycled ventilators, 5:3696 
Pressure die casting, 4:2721 
Pressure drag, 1:60 
Pressure filters, 3:1727 
Pressure gradient, 1:538—539, 6:4705 
Pressure points, acupressure, 1:40 
Pressure ulcers. See Decubitus ulcers 
Pressure welding, 4:2722 


Pressurized water reactors (PWR), 
4:3021—3022, 3037 
Prestige (tanker), 4:3083 
Prevalence rate, 2:1610-1611 
Preventive medicine, 2:1347—1348 
Prevost, J. L., 3:1853 
Prey, 5:3489 
See also Predator-prey 
relationships 
Priapism, 5:3922 
Prickly ash, 2:953 
Prickly pear cactus, 1:710, 7/0, 711, 
712 
cactus moths, 4:2860 
environmental impact, 3:2350 
herbicides, 3:2118 
Prickly poppies, 5:3443 
Priestley, Joseph 
ammonia, 1:178 
carbon dioxide, 1:772 
carbon monoxide, 1:773 
combustion, 2:1019 
coulombs, 2:1159 
electrostatic devices, 2:1522 
geochemistry, 3:1919 
nitrogen, 4:2995 
nitrous oxide, 2:1276 
oxidation-reduction reaction, 
4:3153 
oxygen, 4:3158 
plant metabolism, 1:642 
Primaquine, 4:2610, 3282 
Primary amebic meninogencephalitis 
(PAM), 1:186, 4:3208 
Primary colors, 2:1007 
Primary consumers, 1:553, 2:1589, 
3:1771, 2119, 6:4446-4447 
See also Herbivores 
Primary disease prevention, 2:1348 
Primary hypertension, 3:2223, 2224 
Primary pollutants, 1:99 
Primary producers 
ecological productivity, 2:1447, 
1450 
food web, 1:553, 2:1590, 3:1771 
phosphorus cycle, 4:3294-3295 
photic zone, 4:3297 
predator-prey relationships, 3:1773 
trophic levels, 6:4446 
Primary reinforcement, 5:3664 
Primary succession, 6:4211—4212 
Primata. See Monkeys 
Primates, 5:3489-3490, 3490 
biomedical research, 6:4607 
communication, 3:2178—2179 
comparative genomics, 
3:1912-1913 
puberty, 5:3544-3545 
Prime meridian, 1:799, 837 
Prime numbers, 5:3490-3491 
formula, 4:3048 
Mersenne, 4:3253 
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number theory, 4:3047, 3049 
sequences, 5:3864 
sieve of Eratosthenes, 5:3925 
Prime polynomials, 5:3442 
Primitive atmosphere 
Miller-Urey experiment, 
4:2772-2773, 2773, 2883, 
3124-3125 
Murchison meteorite, 4:2883 
origin of life, 2:880, 4:3124—3125 
Primroses, 5:3491-3492, 3492 
Primula spp. See Primroses 
Primula auricula, 5:3492 
Primula borealis. See Arctic primroses 
Primula denticulata, 5:3492 
Primula floribunda. See Himalayan 
primroses 
Primula kewensis. See Kew primroses 
Primula laurentiana, 5:3492 
Primula mistassinica. See Birds’-eye 
primroses 
Primula obcontia, 5:3492 
Primula stricta. See Arctic primroses 
Primula veris. See European cowslips 
Primula verticillata, 5:3492 
Primulaceae, 5:3491 
Prince, William, 4:3372 
Prince Albert’s lyrebirds. See Albert’s 
lyrebirds 
Prince Ruspoli’s turacos, 6:4482 
Principia (Newton), 1:831, 2:1151, 
3:2410, 4:2664, 3328, 5:3469 
Principle of aggregate tree growth, 
2:1269 
Principle of equivalence, 5:3670—3671 
Principles of Geologyi (Lyell), 
6:4522 
Printers 
dot-matrix, 5:3496 
dye-sublimation, 6:4201 
ink jet, 5:3497 
laser, 5:3496—-3497 
Printing, 5:3492-3497 
block, 5:3493, 6:4340 
color, 2:1006—-1007 
history, 5:3492-3494 
lithography, 1:802, 4:2531—2532, 
2918, 5:3495, 6:4729 
maps, 1:802 
roller, 6:4340 
stencil, 6:4340 
textiles, 6:4340 
Prion disorders, 2:1174-1175, 5:3497 
Gerstmann-Straussler-Scheinker 
disease, 3:2427, 5:3498 
kuru, 2:1174, 1268, 3:2427-2428, 
5:3498 
See also Bovine spongiform ence- 
phalopathy; Creutzfeldt-Jakob 
disease 
Prions, 2:1174-1175, 5:3497-3498 
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Priotelus temnurus. See Cuban 
trogons 
Priroda module, 4:2795 
Prisms, 1:533, 5:3498-3499 
Prisoners of war, 1:557 
Pristidae, 5:3801 
Pristiophoriformes, 5:3903 
Pristits pectinata. See Small tooth 
sawfish 
Pristits perotteti. See Large-tooth 
sawfish 
Prius (Toyota), 2:1477, 1586, 3:2193 
Privet, 3:1984, 4:3092 
Proanura, 3:1822 
Probability theory, 4:2661, 
5:3499-3502 
quantum electrodynamics, 5:3564 
quantum mechanics, 5:3565 
variance, 6:4553 
weather forecasting, 6:4673 
Probes, DNA. See DNA probes 
Probes, space. See Space probes 
Problem of Points (game), 4:3226 
Problem solving, 1:130, 328, 330, 
2:996 
Probosciger aterrimus. See Palm 
cockatoos 
Proboscis, 1:701 
Proboscis monkeys, 3:2450, 5:3503 
Proboscis worms. See Ribbon worms 
Procaine hydrochloride. See 
Novocain 
Procavia capensis. See Rock hyraxes 
Procavia syriacus. See Syrian hyraxes 
Procedural memory, 4:2679, 2680 
Procellariformes, 1:111 
Procellariidae, 4:3273 
Procelliformes, 4:3273 
Process addiction, 1:45—49 
Process-based computer modeling, 
2:1064 
Procnias spp. See Bell-birds 
Procolobus spp. See Red colobus 
monkeys 
Procolobus kirkii. See Zanzibar red 
colobus monkeys 
Procolobus versus. See Olive colobus 
monkeys 
Procoptodon goliah, 3:2402 
Procreation, 3:1709 
Proctor, Richard Anthony, 2:1025 
Procurement policies, 5:3649 
Procyon gloveralleni. See Barbados 
raccoons 
Procyon lotor. See Northern raccoons 
Procyonidae, 2:975, 5:3580 
Producers, primary. See Primary 
producers 
Producers, secondary, 2:1447 
Product (mathematics), 1:303 
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Productivity 
biological community, 1:553 
ecological, 2:1447, 1450 
ecological pyramids, 2:1447-1449, 
1448 
economic, 5:3448 
forests, 3:1796—-1797 
mass production, 4:2651, 2652 
net primary, 2:1589, 3:1797 
phosphorus cycle, 4:3294—3295 
Proganochelys spp., 6:4490 
Progesterone 
birth, 1:593-594 
function, 3:2155 
hormone replacement therapy, 
4:2689-2690, 2691-2692 
menopause, 4:2689, 2690-2691 
menstrual cycle, 4:2693-2694 
ovarian cycle, 4:3147 
production, 3:2174 
Progestin, 2:1119 
Progne subis. See Purple martins 
Prognostic maps, 6:4675 
Prograde orbits, 5:3711 
Programmable automation, 1:421 
Programmed cell death. See 
Apoptosis 
Programming languages. See 
Computer languages 
Progressive multifocal leukoencepha- 
lography, 6:4590 
Progressive muscular atrophy, 4:2959 
Progressive slope method, 3:2445 
Project Phoenix, 5:3877 
Projectile motion. See Ballistics 
Projections, map, 1:484, 800 
Projective geometry, 5:3503-3505, 
3504, 3505 
Projectors, motion picture, 
4:2864-2865 
Prokaryotes, 5:3505—3506 
bacteria, 1:439 
cell division, 1:845—-847 
cell membranes, 4:2675 
cell structure and function, 
1:839-840, 841 
chromosomes, 2:934 
evolution, 2:879-880, 5:3505, 
6:4263 
flagella, 3:1734, 1735 
metabolism, 4:2713 
microbial genetics, 4:2746 
structure, 4:2750, 5:3505, 3506 
Prokhorov, Alexander, 4:2645 
Prolabia pulchella. See Handsome 
earwigs 
Prolactin, 4:2731, 5:4187 
Prolactin inhibiting hormone (PIH), 
3:2152 
Prolixin. See Fluphenazine 
ProMavica, 4:3313 
Promazine, 1:263, 5:3815 


Prometheus (moon), 5:3793 
Promethium, 3:2453-2455 
Prompting techniques, 2:1054 
Promyllantor latedorsalis, 6:4464 
Pronation, 1:207 
Pronghorn antelopes, 5:3506-3507 
Proof, 5:3508-3509 
Prop roots, 5:3756 
Propagation, 1:337, 3:1829, 
1983-1985, 5:3758 
Propane 
alkyl groups from, 1:140 
liquefied, 4:2930, 5:3509 
in natural gas, 4:2928, 2929 
propyl group, 5:3509-3570 
uses, 3:2195, 5:3509-3510 
Propanediols, 6:4410 
Propanol, 1:118 
Propcephalus crotali, 6:4382 
Propellants, 1:180 
Propellers, aircraft, 1:103—104, 106 
Propene, 3:2196 
Proper motion (astrometry), 1:357 
Property rights, 2:1598 
Propham, 5:3510 
Prophase, 4:2673—2674, 2802-2803, 
2803 
Prophylactic surgery, 1:748 
Propionaldehyde, 1:123 
Propionic acid, 1:721, 777 
Propithecus spp. See Sifakas 
Propithecus diadema. See Diademed 
sifakas 
Propithecus tattersalli. See Golden 
crowned sifakas 
Propithecus verreauzi. See Verreaux’s 
sifakas 
Proportional radiation detectors, 
5:3589-3590 
Propranolo, 3:2222 
Proprionibacterium acnes, 1:28 
Propulsion systems, 5:3745-3746, 
4031, 4035-4036 
Propyl group, 1:140, 5:3509-3570 
Propyl N,N-diethylsuccinamate, 
5:3510 
Propylene, 1:118, 5:3509-3510 
Propyne, 3:2196 
Prosimians, 5:3510-3511 
aye-ayes, 1:433 
lemurs, 3:2490, 2493 
lorises, 4:2554 
Prosimii, 5:3510-3511 
Proso millet, 3:1994 
Prosobranchia, 5:3966—3967, 3968 
Prosoma, 1:280 
Prosopis juliflora. See Mesquite 
Prospecting, geochemical, 
3:1917-1919 


GALE ENCYCLOPEDIA OF SCIENCE 4 


Prospective evaluation of radial kera- 
totomy (PERK), 5:3586 
Prostaglandins 
acetylsalicylic acid and, 1:17 
in inflammation, 1:245 
menstrual cycle, 4:2695 
in pain, 1:197, 4:3170 
Prostate, 5:3681 
Prostate cancer, 6:4538 
Prostate gland, 6:4538 
Prostate specific antigen, 6:4538 
Prosthetics, 5:3511-3515, 3512 
artificial limbs, 1:193, 194, 4:3130, 
5:3512-3513 
joint replacement, 4:3130, 3131, 
5:3511, 3513, 3513-3514 
penile, 5:3890 
rehabilitation, 5:3663 
Prosthodontics, 5:3511 
Protactinium, 1:35—36 
Protandry, 3:2120 
Protarchaeiopteryx, 2:1337 
Protea spp. See Proteas 
Protea cynaroides, 5:3515 
Proteaceae, 5:3515 
Proteas, 2:1593, 5:3515 
Protease inhibitors, 1:95 
Protected areas, 5:3515-3517 
Protein (dietary) 
animal, 1:178 
calories, 1:734 
digestion, 2:1324 
metabolism, 4:2711 
plant, 1:178 
sources, 4:3060 
soybeans, 5:4026 
Protein deficiencies, 4:3057—3058 
Protein-energy malnutrition, 4:2611, 
2612, 3057-3058 
Protein Identification Resource 
(PIR), 1:551 
Protein synthesis, 3:1906, 4:2814, 
5:3518-3519 
antimetabolites, 1:260 
chromosomes, 2:937 
codons in, 2:988 
DNA in, 2:934, 5:3518 
ribosomes, 5:3725, 3725 
RNA in, 2:934, 5:3518, 3734-3735 
Proteinaceous infectious particle 
(PrP), 5:3497 
Proteinases, 2:1326 
Proteinoids, 2:880-881, 4:3125 
Proteins, 5:3517—3520 
amide bonds, 1:175 
amino acid formation of, 
1:176-178 
antifreeze, 2:1198 
bacterial, 1:444 
blood, 1:617, 5:3381 
cellular respiration, 5:3695 
chromosome, 2:936—937 


control, 2:1607 
cross-linkage, 1:78 
electrophoresis, 2:1519-1521, 1520 
function, 1:841, 5:3521 
gene splicing, 3:1879-1882 
genes and, 1:540 
hormones, 2:1573 
integral, 4:2676 
molecular clock, 3:1657 
origin of life, 4:3124, 3125-3126 
peptide bonds, 4:3245 
sequencing, 1:551, 5:3865-3866 
structure, 1:550, 551, 2:1208, 
5:3518-3520, 3521 
transmembrane, 1:850 
transport, 4:2676 
Proteles cristatus. See Aardwolves 
Proteolytic activation, 2:1607 
Proteomics, 5:3520—3522 
Proterozoic eon, 2:1640—-1641, 4:3012 
Proteus (satellite), 4:2944 
Prothonotaries, 6:4633 
Prothrombin, 1:620 
Protista, 5:3522-3527, 3523 
disease transmission, 5:3526—3527 
structure, 1:839, 4:2750, 3121 
taxonomy, 4:3365, 5:3522—3523, 
6:4296-4297 
Protium, 3:2203 
Proto-oncogenes, 1:743 
Protobalanus spp. See Intermediate 
oaks 
Protobionts, 2:880-881 
Protobranchia, 1:605—607 
Protochordata, 1:307 
Protogyny, 3:2120 
Proton-beam therapy, 2:1225 
Proton exchange membrane cells, 
3:1832 
Protonotaria citrea. See 
Prothonotaries 
Protons, 5:3527—3528 
atomic model, 1:394 
atomic number, 1:389 
Bronsted-Lowry acids, 1:26 
discovery, 1:384, 385, 
5:3527-3528, 6:4196-4198 
mass, 1:397, 5:3528 
nuclear fusion, 4:3023 
quarks, 4:3045, 5:3528 
Protoplanets, 3:1682 
Protopterus spp., 4:2558, 2559 
Protostars, 5:4113-4114 
Protostelids, 5:3956 
Prototypes, 2:1590-1591 
Protozoa, 5:3528—-3530, 3529 
classification, 5:3523—3524, 6:4751 
excretory system, 3:1666—-1667 
parasitic, 4:3205, 3208 
spores, 5:4088 
structure, 4:2750, 5:3529, 3529 
water contamination, 6:4648 
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Protozoa infections, 2:1400, 4:3205, 
6:4749 

Protozoans. See Protozoa 

Protractors, 1:218 

Proust, Joseph Louis, 2:1050 

Proxima Centauri, 4:3202, 5:4107, 
4109 

Proximal end, 1:207 

PrP (Proteinaceous infectious parti- 
cle), 5:3497 

Prudhoe Bay pipeline, 4:3084 

Pruisner, Stanley, 5:3497 

Prunus spp., 3:1983, 5:3758, 3760 

Prunus avium. See Sweet cherries 

Prunus cerasus. See Sour cherries 

Prunus maritima. See Beach plums 

Prunus serotina. See Black cherries 

Prunus triflora, 4:3372 

Prunus virginiana. See Choke cherries 

Prusiner, Stanley B., 3:2427, 2428 

Prussic acid, 5:4092 

Pryor, Richard, 2:981 

Przewalski’s horses, 3:2159, 2/60, 
2160-2161 

Ps mesons, 5:3570 

Psallus seriatus. See Cotton 
fleahoppers 

Psathyrella spp., 4:2893 

Psephotus dissimilis. See Hooded 
paraketts 

Pseudibis davidsoni. See White-shoul- 
dered ibises 

Pseudogenes, 3:1657 

Pseudohermaphrodites, 3:2120, 
5:3891 

Pseudomonas spp., 1:442, 443 

Pseudomonas aeurginosa, 2:1226 

Pseudomonas cepacia, 2:1226 

Pseudomyrmex ferruginea, 4:2905 

Pseudopentaceros spp., 1:630 

Pseudoplasmodium, 5:3956 

Pseudopleuronectes americanus. See 
Common flounder 

Pseudopodal movement, 1:185—186 

Pseudorca crassidens. See False killer 
whales 

Pseudostars, 1:670-672 

Pseudotachylyte, 2:1423 

Pseudotriton ruber. See Red 
salamanders 

Pseudotsuga spp. See Douglas firs 

Pseudotsuga macrocarpa. See Big- 
cone Douglas firs 

Pseudotsuga menziesii. See Douglas 
firs 

Pseudoviridae, 5:3712 

Psidium spp., 4:2911 

Psidium littorale, 4:2913 

Psilocin, 4:2908 

Psilocybe spp., 4:2908 
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Psilocybe mexicana. See 
Teonanacatyl 
Psilocybe stuntzii, 3:2050 
Psilocybin, 4:2893, 2908 
Psilophyta, 6:4692 
Psilotaceae, 6:4692 
Psilotum spp. See Whisk ferns 
Psilotum nudum, 6:4693 
Psittacidae. See Parrots 
Psittacinae, 4:3216 
Psittaculirostria diophthalma. See 
Double-eyed fig-parrots 


Psittirostra kona. See Grosbeak 
finches 
Psoroptes ovis. See Sheep scab mites 
Psoroptidae, 4:2800 
PSR B1257 + 12, 5:3550 
PSR J1748-2446ad, 5:3550 
PSR1257.12, 3:1681 
Psychedelics, 3:2048 
Psychiatric assessment, 1:402 
Psychiatry, 5:3530-3531 
Psychoactive drugs, 4:2968 
Psychoanalysis, 5:3530, 3531-3534, 
3535 
memory, 4:2677, 2681 
phobias, 4:3289 
Psychodynamic therapy, 5:3531 
Psychogenic amnesia, 1:183 
Psychology, 4:3250, 5:3534-3536 
Psychometry, 5:3536-3539 
Psychoneuroimmunology, 3:2254 
Psychophysical theory, 4:3249 
Psychosexual development, 5:3532 
Psychosis, 5:3539-3541 
antipsychotic drugs for, 
1:263-264, 5:3540 
psychosurgery for, 5:3543 
Psychostimulants, 1:402 
Psychosurgery, 5:3541-3544 
Psychotherapy 
attention-deficit hyperactivity dis- 
order, 1:402 
depression, 2:1286 
medical, 5:4186—-4187 
multiple personality disorder, 
4:2880 
psychoanalytic, 5:3533 
schizophrenia, 5:3816 
stress, 5:4186-4187 
Psychrometer, sling, 3:2185 
Psychrophiles, 1:441 
Pt electrodes, 6:4238 
Ptarmigan, 3:2020-2021 
Ptelea trifoliata. See Three-leaved hop 
trees 
Pteridophytes, 4:2560, 5:3628 
Pteridospermales. See Seed ferns 
Pterobranchi, 1:29 
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Pterocnemia pennata. See Darwin’s 
rheas 
Pterodroma phaeopygia. See 
Galapagos petrels 
Pteroglossus spp. See Aracari toucans 
Pteroglossus viridus, 6:4396 
Pteronura brassiliensis. See Giant 
otters 
Pterosauria. See Pterosaurs 
Pterosaurs, 1:544, 2:1340, 4:3184, 
3184, 5:3687 
Pterygota, 3:2304, 5:4185 
Pterygotus rhenanus. See Giant sea 
scorpions 
Ptilocercus lowii. See Pen-tailed tree 
shrews 
Ptilonorhynchidae. See Bowerbirds 
Ptilonorhynchus violaceus. See Satin 
bowerbirds 
Ptolemaic model, 1:359 
Ptolemy 
Antarctica, 1:234 
cartography, 1:797—798 
cosmology, 2:1151 
geocentric theory, 3:1915 
retrograde motion, 5:3711 
trigonometry, 6:4440 
PTSD (Post-traumatic stress disor- 
der), 5:4185 
Ptychodera spp., 1:29 
Ptychodiscus spp., 1:128, 5:3655 
Ptychodiscus brevis, 5:3655 
Ptychozoon kuhli. See Parachute 
geckos 
Puberty, 3:2024, 4:2695, 5:3532, 
3544-3547, 3684 
Public health, 2:1347, 1611 
Public Health Service. See U.S. Public 
Health Service 
Public Utilities Regulatory Policies 
(PURPA), 2:994 
Publishing 
desktop, 5:3495—3497 
digital scanners, 5:3806 
Puccinia graminis. See Wheat rust 
Puccinia graminis tritici. See Wheat 
rust 
Puck (satellite), 6:4536 
Pudu spp., 2:1252 
Pueblan culture, 1:287, 2:1296 
Pueraria lobata. See Kudzu 
Puerperal fever, 1:265 
Puerto Rican nightjars, 3:1975 
Puffballs, giant, 4:2892 
Puffbirds, 5:3548 
Puffing Billy (locomotive), 6:4404 
Puffins, Atlantic, 1:404 
Pug mills, 1:662 
Pulex irritans. See Human fleas 
Pulleys, 1:81, 4:2585-2586 


Pulmonary edema, 5:3700 
Pulmonary embolism, 2:1551—1552 
Pulmonary veins, 6:4558 
Pulmonata, 5:3967, 3968 
Pulmowrap, 5:3696 
Pulomonata, 5:3958—3959 
Pulozyme, 2:1227 
Pulp 
paper, 4:3197-3198 
textile, 1:613 
Pulsars, 5:3549-3550 
binary, 4:2976, 5:3550, 3672 
radiation belts, 6:4546 
radio astronomy studies, 
5:3603-3604 
Pulsed-laser deposition (PLD), 6:4236 
Pumice, 3:2243 
Pump-and-treat systems, 2:1099 
Pumpelly, R., 3:1662, 5:4181 
Pumpkins, 1:659, 3:1981, 6:4556 
Pumps 
perfusion, 1:324—325 
steam engines, 5:4134 
vacuum, 6:4541 
Punch grafts, 1:29 
Punctuated equilibrium, 3:1659, 
1907-1908, 5:3550-3552 
Pungitius pungitius. See Nine-spine 
sticklebacks 
Pupfish, 3:2414, 2415-2416 
Pupil (binoculars), 1:533 
Pupil (eye), 6:4594, 4596 
Puppets, 4:2866 
Purcell, Edward M., 4:2599, 3027 
Pure Food and Drug Law, 2:978, 981, 
4:2851 
Purkinjie cells, 3:2080—2081, 2087, 
5:3497 
PURPA (Public Utilities Regulatory 
Policies), 2:994 
Purple-faced, hooded-black leaf- 
monkeys, 3:2451 
Purple-faced leaf-monkeys, 3:2450 
Purple finches, 3:1729 
Purple foxglove, 2:1331, 3:2114, 
5:3972 
Purple gallinules, 5:3624 
Purple loosestrife, 3:2349 
Purple martins, 6:4254, 4255 
Purple mulberry, 6:4565 
Purpleheart, 3:2487—2488 
Purse seine nets, 6:4476 
Purshia tridentata. See Bitterbrush 
Pussy willows, 6:4705 
Putrefaction, 5:3935 
Puya raimondii, 1:668 
PVC (Polyvinyl chloride), 2:910, 
5:3439-3440 
PWR (Pressurized water reactors), 
4:3021-3022, 3037 
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Pycnogonida, 5:3829 
Pycnonotidae. See Bubuls 
Pycnonotus spp., 1:692-693 
Pycnonotus jocosus. See Red-whis- 
kered bubuls 
Pycnonotus zeylanicus. See Y ellow- 
crowned bubuls 
Pygmy chimpanzees. See Bonobos 
Pygmy corydoras, 1:810 
Pygmy falcons, 5:3634 
Pygmy hippopotamus, 3:2135, 2137 
Pygmy marmosets, 4:2628, 2629-2630 
Pygmy nuthatches, 4:3054 
Pygmy parrots, 4:3216 
Pygmy right whales, 2:863 
Pygmy shrews, 5:3915 
Pygmy slow lorises, 4:2555 
Pygmy spotted skunks, 5:3944 
Pygmy tarsiers, 6:4285 
Pygmy three-toed sloths, 5:3958 
Pygmy weasels. See Least weasels 
Pylodictus olivaris. See Flathead 
catfish 
Pyracantha spp., 1:197 
Pyracantha coccinea, 5:3761 
Pyralidae, 4:2859—2860 
Pyramids 
ecological, 2:1447—1449, 1448 
Egyptian, 5:3552, 3553, 4170, 
6:4248 
geometric, 5:3552—3553, 3553 
polyhedrons, 5:3437 
Pyrantel pamoate, 1:257 
Pyrethrin, 1:88 
Pyrethroids, 3:2300 
Pyrethrum, 2:1041 
Pyrochephalus rubinus. See Vermilion 
flycatchers 
Pyroclastic deposits, 6:4610 
Pyroclastic surge, 6:4610 
Pyroligneous acid, 1:15 
Pyrolitic release experiment, 6:4573 
Pyrometers, 6:4358 
Pyrophosphate, 1:53 
Pyroxene, 5:3750 
Pyrrhula pyrrhula. See Bullfinches 
Pyrrophyta, 1:125 
Pyrus spp., 3:1983-1985 
Pyruvate 
anaerobic respiration, 5:3694 
cellular respiration, 5:3695 
glycolysis, 3:1972, 4:2712 
Krebs cycle, 3:2422—2424 
Pyruvic acid, 4:2710 
Pythagoras 
amicable numbers, 1:174 
figurative numbers, 3:1724 
fractals, 3:1810 
mathematics, 4:2660 
natural numbers, 4:2931 


physics, 4:3328 
platonic solids, 5:3399 
rational numbers, 5:3639 
real numbers, 5:3646 
Pythagorean theorem, 1:201, 3:2351, 
5:3554, 6:4343, 4442 
Pytheas of Massalia, 6:4369 
Python anchietae. See Angola pythons 
Python curtus. See Blood pythons 
Python molurus. See Asian rock 
pythons 
Python regius. See Royal pythons 
Python reticulatus. See Reticulated 
pythons 
Python sebae. See African rock 
pythons 
Pythonidae. See Pythons 
Pythons, 5:3554, 3554-3555, 
3969-3970, 3971 
Pytilia afra. See Orange-eyed pytilia 


Io 


QCD (Quantum chromodynamics), 
5:3570 
QED. See Quantum electrodynamics 
Qi, 1:41 
Qiviut, 4:2896 
QRS complex, 2:1492 
QSO (Quasi-stellar objects), 5:3572 
Quadrants, 5:3892 
Quadraplex, 6:4303 
Quadraspidiotus perniciosus. See San 
Jose scale 
Quadratic equations, 5:4015 
Quadrilaterals, 3:1931, 5:3557, 3557 
Quaggas, 6:4746 
Quails, 4:3004, 5:3558, 3558-3559 
Quaker parrots, 5:3893 
Qualitative analysis, 5:3559-3560, 
3818 
Quamaradeen, 3:1778 
Quantitative analysis, 4:2661, 
5:3560-3562, 35611, 3639, 3818 
Quantum chromodynamics (QCD), 
5:3570 
Quantum computers, 5:3562—3563 
Quantum electrodynamics (QED), 
5:3563-3564 
Feynman diagrams, 3:1713—1715, 
1714 
grand unified theory, 3:1986 
Quantum mechanics, 5:3564—3567, 
3565 
absolute zero, 1:6 
atomic model, 1:386—387 
biophysics, 1:572 
black holes, 1:610 
Copenhagen interpretation, 4:2830 
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electron clouds, 2:1514-1515 
electrons, 2:1514 
galaxy formation, 1:528-529 
grand unified theory, 3:1985—1987 
gravity, 3:1987, 2006, 6:4190 
Heisenberg uncertainty principle, 
3:2095—2096 
history, 5:3565—3566 
momentum, 4:2829 
nanotechnology, 4:2919-2920 
NMR, 4:3028 
physics history, 4:3330 
spin in, 5:4073 
statistical mechanics, 5:4122 
tunneling, 6:4479, 4480 
Quantum number, 5:3568-3569 
Quantum physics. See Quantum 
mechanics 
Quaoar, 3:2427 
Quarantine, 1:679, 5:3881 
Quarks, 2:1512, 4:3045, 5:3569-3571, 
6:4197-4201, 4199¢ 
discovery, 5:3528, 6:4197 
spin of, 5:3570, 4073 
Standard Model, 5:4101-4102, 
41031 
Quartz 
astroblemes, 1:355 
composition, 3:1919, 5:4171 
crystals, 2:1204, 5:3927 
geodes, 3:1920 
gold in, 4:3113 
metamorphic, 5:4170 
sand, 5:3782, 3783 
Quartz crystal clocks, 6:4374 
Quartzite, 5:4170 
Quasar 3C273, 5:3571—-3572 
Quasars, 3:1847—1848, 5:357/, 
3571-3573 
active galactic nuclei, 1:39 
age of, 5:4127 
astrometric measurements, 1:357 
gravitational lens, 3:2001—2002, 
5:3573 
Milky Way Galaxy, 4:2771 
radio astronomy, 5:3603 
x-ray output, 6:4724 
Quasi-stellar objects (QSO), 5:3572, 
3603 
Quasi-stellar radio sources. See 
Quasars 
Quaternary ammonium, 1:265 
Qubits, 5:3562-3563 
Queen Anne’s lace, 1:793 
Queen bees, 1:506—507 
Queen conchs, 5:3967 
Queen whydahs, 6:4681 
Queensland groupers, 1:483 
Queensland wombats, 6:4711-4712, 
4712 
Quelea quelea. See Queleas 
Queleas, 6:4682 
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Queloz, Didier, 4:3350 

Quenching, physical, 4:3300 

Quercu lobata. See Valley oaks 

Quercus spp. See Oaks 

Quercus agrifolia. See California live 
oaks; Coastal life oaks 

Quercus douglasii. See Blue oaks 

Quercus engelmanii. See Oglethorpe 
oaks 

Quercus havardii. See Shin oaks 

Quercus kelloggi. See California black 
oaks 

Quercus macrocarpa. See Bur oaks 

Quercus muehlenbergii. See 
Chinkapin oaks 

Quercus oglethropensis. See 
Oglethorpe oaks 

Quercus prinus. See Chestnut oaks 

Quercus robur. See English oaks 

Quercus suber. See Cork oaks 

Quercus virginiana. See Live oaks 

Queretaro pocket gophers, 3:1978 

Quetzals, 5:3574, 6:4445 

Quick-freezing technique, 3:1779 

Quick lime. See Calcium oxide 

Quills, 5:3448, 3449, 3449 

Quillworts, 4:2561 

Quince, 3:1983-1985, 5:3758 

Quinine, 1:137, 144, 5:3574-3575, 
6:4270-4271, 4454 

See also Cinchona bark 

Quinolone antibiotics, 1:246 

Quokkas, 3:2403 

Quolls, 4:2643 


Er 


R layer, 3:2151, 5:3988-3989 
Rabbit fever. See Tularemia 
Rabbit fish. See Chimaeras 
Rabbits, 3:2431-2434 
animal models, 3:2176 
breeding, 3:1721 
domestic, 3:2433-2434, 4:2539 
invasive species of, 3:2353 
pregnancy tests, 3:2174 
Rabi, Isidor, 1:382, 4:3027 
Rabies, 5:3577-3580, 3578 
Rabies vaccines, 1:250, 2:1564, 
5:3577, 3578 
Rabinowitz, David Lincoln, 4:3352 
Raccoon dogs, 1:753 
Raccoons, 5:3579, 3580-3582, 358] 
Racquet-tailed rollers, 5:3755 
Radar, 2:1515, 5:3582-3585, 3583 
antennas, 4:3201, 5:3583, 3584 
Doppler effect, 2:1372, 5:3584, 
6:4390, 4708 
electrical power supply, 2:1483 
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ground-sensing, 1:293 
navigation, 1:106 

netted, 5:4133 

polar coordinates, 5:3418 
SIR-C/X-SAR, 1:294-295 

vs. SONAR, 5:4016 

stealth technology, 5:4130-4134 


Radar platforms, airships, 1:110 
Radarsat, 5:3679 


Radiactively active gases (RAGs), 
3:2014, 2015 


Radial drills, 4:2579 


Radial keratotomy, 5:3585, 
3585-3587 


Radial-velocity technique, 3:1681, 
1682 


Radian, 1:218 


Radiation, 5:3587-3588 

adaptive, 4:2829 

anthropogenic, 5:3591, 3593 

background, 5:3591, 6:4724 

blackbody, 1:527, 612-613, 2:1153 

cancer from, 1:742, 746, 779, 780 

cosmic background, 2:1147-1149, 
1151, 1153, 5:3611, 4127-4129 

discovery, 1:392, 394, 5:3590 

dosimetry, 2:1374 

evolutionary, 2:1570 

fossil, 2:1148 

Hawking, 1:610, 3:1650 

hypothermia, 3:2227 

incident, 5:3678 

infrared, 2:1507—1510, 3:1967, 
5:3591, 4131, 6:4508, 4671 

mutagenic, 4:2901, 2902 

nonionizing, 5:3610-3611 

particle, 5:3591 

particulate, 5:3587—3588 

stress, 2:1442 

synchrotron, 1:13, 39, 607, 
6:4728-4729 

temperature regulation, 6:4327 

See also Electromagnetic radia- 
tion; Ionizing radiation; 
Ultraviolet radiation 

Radiation belts 

artificial, 6:4545-4546 

extraplanetary, 6:4546 

Van Allen, 2:1420, 5:4006—4007, 
6:4543-4546, 4544 


Radiation detectors, 2:1374, 5:3588, 
3588-3590, 3591 

dosimetry, 2:1373-1374 

film, 2:1373, 5:3588-3589 

Geiger counter, 2:1373, 4:3018, 
3219-3220, 3220, 5:3588, 3589, 
6:4554-4555, 4666 

Geiger-Muller counter, 2:1149, 
5:3589-3590 

scintillation, 4:3220-3221, 
5:3589 

units of measure, 5:3611 


Radiation exposure, 5:3588, 
3590-3593 
biological effects, 5:3613—3614 
ecological stress from, 5:4188 
fallout, 5:3607, 3608-3610, 3611 
radioactive pollution, 5:3610—3614 
space flight, 6:4546 
thyroid gland uptake, 5:3456 
units of measure, 6:4524 
Radiation fog, 3:1768-1769 
Radiation therapy, 1:748, 
3:2141-2142, 5:3620, 3622-3623 
Radiator, cavity, 1:613 
Radicals, free. See Free radicals 
Radicals (atomic), 5:3593-3595 
Radicals (mathematics), 5:3595-3596 
Radio, 5:3596, 3596-3601 
amplifiers, 2:1517 
history, 2:1515, 5:3596-3597 
telemetry, 6:4305 
transistors, 4:3269 
transmitters, 2:1515, 5:3597 
ultrasonic delay, 6:4507 
Radio astronomy, 1:362, 5:3601-3604 
Radio Corporation of America. See 
RCA 
Radio galaxies, 5:3603 
Radio-immunoassay, 3:2379 
Radio Science Experiment (REX), 
4:3355-3356, 5:3408 
Radio telescopes, 5:3601—3602, 3877, 
6:4318-4319 
Radio waves, 5:3604—3606 
active galactic nuclei, 1:39 
AM, 2:1509, 1510, 5:3597, 3598, 
3599 
amplifiers, 1:191—192 
antenna, 1:239—240 
discovery, 1:361, 5:3596—3597, 3604 
electromagnetic spectrum, 
2:1507-1510 
FM, 1:12, 2:1509, 1510, 5:3597, 
3598, 3599, 3605 
from Jupiter, 3:2398 
missile guidance systems, 5:3749 
modulation, 5:3597—3598, 
3605-3606 
propagation, 5:3598-3599, 
3604-3605 
SETI, 5:3876-3878 
shortwave, 5:3597, 3600 
See also Microwaves 
Radioactive dating, 1:302, 
5:3606-3607 
development, 1:294, 3:2378 
earthen mounds, 4:2870 
half-life, 3:1924, 2042, 5:3607 
isotope analysis, 3:2379-2380 
moon rocks, 4:2845 
plate tectonics, 5:3393, 3395 
pollen, 2:1237, 4:3191, 5:3426 
radioactive decay, 2:1239-1240, 
3:1805, 1923, 1924-1926 
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radiocarbon, 1:317, 2:1239-1240, 
3:2241, 5:3607, 3911 
rocks, 5:3393, 3395 
Radioactive decay 
dating techniques, 2:1239-1240, 
3:1805, 1923, 1924-1926 
focused ion beam analysis, 3:1767 
geologic time, 3:1923, 1924-1926 
geometric model, 3:2022—2023 
geomicrobiology, 3:1934 
half-life, 3:2042—2043 
meteorites, 3:1925—1926 
neutrinos, 4:2972 
radioisotopes for, 3:2378 
virtual particles, 6:4581 
Radioactive fallout, 5:3591, 3607, 
3608-3610, 3611 
Radioactive heavy metals, 1:35-36 
Radioactive iodine, 5:3456 
Radioactive isotopes. See 
Radioisotopes 
Radioactive pollution, 5:3610-3614 
Radioactive tracers, 3:2379, 
5:3614-3616, 3615, 3619-3620 
deuterium, 2:1300 
diagnostic imaging, 5:3452, 3620 
isotopes, 2:1300 
MRI of, 4:2600 
nuclear medicine, 4:3029—3303, 
5:3614-3616, 3619-3620 
tritium, 6:4444 
Radioactive waste, 4:3022, 
3033-3034, 5:3613, 3616-3619 
Radioactivity 
biological effects, 5:3613—3614 
defined, 5:3591 
discovery, 1:392, 394, 5:3590 
leukemia from, 4:2501 
from nuclear power plants, 4:3033 
from nuclear weapons, 4:3041 
simulated, 6:4209 
subsurface detection, 6:4209 
Radiocarbon dating, 1:317, 
2:1239-1240, 3:2241, 5:3607, 3911 
Radioimmunoassay, 4:3030 
Radioisotopes, 1:400, 3:2377—2379 
alpha particle, 1:151—152 
atomic weight, 1:398 
decay of, 1:35, 151-152 
geochemical analysis, 3:1917 
half-life, 3:2042—2043 
isotope analysis, 3:2379-2380 
laboratory production, 1:151 
in medicine, 5:3619—3620 
metamorphism, 4:2728 
neutron activation analysis, 4:2974 
periodic table, 4:3263 
production, 3:2378-2379 
uses, 3:2379 
See also Radioactive tracers 
Radiolocation navigation, 3:2281 
Radiology, 5:3620-3623 
Radionuclides, 4:3029—3303 


Radiopaque contrast medium, 5:3621 


Radiopharmaceuticals. See 
Radioactive tracers 


Radiosonde, 1:370 
Radish, 4:2899, 6:4557 
Radium, 1:134—-136, 5:3590, 6:4529 
Radium chloride, 1:136 
Radius (bone), 5:3939 
Radon, 5:3623-3624, 3635-3637, 
6:4529 
alpha particle decay, 1:152 
exposure, 1:780, 5:3591 
geochemical analysis, 3:1918 
indoor air quality, 3:2274 
Radon-222, 5:3607, 3611 
Rads, 5:3591 
Rafts, balsa, 5:3929 
Rag paper, 4:3196—3197 
Raggiana birds of paradise, 1:590, 591 
RAGs (Radiactively active gases), 
3:2014, 2015 
Ragweeds, 2:1041—1042, 5:3426 
Ragwort, European, 3:2316 
Railroads, 1:690, 6:4402—4408, 4403 
See also Trains 
Rails, 5:3624-3625 
Railway cars, refrigerated, 
5:3661-3662, 3662 
Rain, 5:3475—3478 
See also Acid rain; Precipitation; 
Thunderstorms 
Rain-bow birds, 1:504 
Rainbow finches. See Gouldian 
finches 
Rainbow lorikeets, 4:3216, 3217 
Rainbow runners, 3:2384 
Rainbow trout, 1:628, 2:1192, 5:3777 
Rainbows, 1:376—377, 2:1003, 
5:3625-3627 
Raindrops, 1:367 
Rainforests, 3:1796, 5:3627—3630 
crops, 2:1190 
evergreen, 3:1796 
temperate, 1:542, 567, 5:3627-3630 
upland, 2:886 
See also Tropical rainforests 
Rainwater killifish, 3:2414 
Raja batis. See European skates 
Raja binoculata. See Big skates 
Raja erinacea. See Little skates 
Raja laevis. See Barndoor skates 
Rajiformes, 1:796, 5:3644-3645, 3801, 
3932 
Rallidae. See Rails 
Rallus elegans. See King rails 
Rallus limicola. See Virginia rails 
Rallus longirostris. See Clapper rails 
Raloxifene, 4:3142 
RALPH (spectrometer), 5:3408 
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RAM (Random-access memory), 
2:1062-1063, 1519 

Raman, C. V., 5:4062 

Raman spectroscopy, 5:4062, 
6:4665-4666 

Ramapithecusi spp., 3:2179-2180 

Ramayana spp., 5:3718 

Rambouillet sheep, 5:3909, 3910 

Ramjets, 3:2388-2389 

Ramon y Cajal, Santiago, 1:655, 
5:3963 

Ramonda spp., 3:1944-1945 

Ramphastidae. See Toucans 

Ramphastos spp., 6:4396 

Ramphastos swainsonii. See Chestnut- 
mandibled toucans 

Ramphastos toco. See Toco toucans 

Rampino, M. R., 4:2648 

Ramsar Convention, 6:4690 

Ramsay, William, 1:151, 5:3636 

Ramsden, Jesse, 6:4248 

Ramsey-Hunt syndrome, 5:3912 

Ramus, 3:2202 

Rana catesbeiana. See Bullfrogs 

Rana pipiens. See Leopard frogs 

Ranches, game, 4:2539 

Randolph, Thomas Mann, 2:1114 

Random, 5:3630-3632, 3781 

Random-access memory (RAM), 
2:1062-1063, 1519 

Randomly amplified polymorphic 
DNA (RAPD), 3:1788 

Range of motion exercise, 3:1670 

Rangeland, 5:3632-3633 

Rangifer tarandus. See Caribou 

Rangifer tarandus caribou. See 
Barren-ground caribou 

Rangifer tarandus groenlandicus. See 
Barren-ground caribou 

Rangifer tarandus pearyi. See Peary 
caribou 

Rangifer tarandus tarandus. See 
Reindeer 

Ranidae, 3:1825 

Rankine, William J. M., 6:4325, 4485 

Rankine scale, 6:4325, 4358 

Ranoidea, 3:1825 

Ranunculaceae, 1:698, 4:3244 

Ranunculus spp., 1:698 

Ranunculus abortivus. See Wood 
buttercups 

Ranunculus acris. See Meadow 
buttercups 

Ranunculus aquatilis. See Water 
crowfoot 


Ranunculus arvensis. See Corn 
crowfoot 


Ranunculus asiaticus. See Garden 
buttercups 
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Ranunculus cymbalaria. See Seashore- 
buttercups 
Ranunculus gmelini. See Yellow 
water-crowfoot 
Ranunculus lapponicus. See Lapland 
buttercups 
Ranunculus nivalis. See Snow 
buttercups 
Ranunculus repens. See Creeping 
buttercups 
RAPD (Randomly amplified poly- 
morphic DNA), 3:1788 
Rapeseed. See Canola 
Raphanus sativus. See Radish 
Raphia spp., 4:3190 
Raphia fainifera, 4:3188 
Raphia fiber, 4:3190 
Raphicerus campestris. See Steenbok 
Raphicerus melanotis, 2:1396 
Raphicerus sharpei, 2:1396 
Raphidia bicolor, 5:3969 
Raphidiidae. See Snakeflies 
Raphus cucullatus. See Dodos 
Rapid eye movement (REM) sleep, 
1:656, 5:3949-3950 
hibernation, 3:2131 
information processing, 
5:3947-3948 
insomnia, 3:2305 
narcolepsy, 5:3952 
parasomnias, 5:3953—3954 
Raptors, 1:592, 2:1243, 1244, 3:2302, 
5:3633-3635 
See also Eagles; Falcons; Hawks 
Rare earths. See Lanthanides 
Rare gases, 2:1530, 4:3263, 
5:3635-3637 
Rare genotype advantage, 
5:3637-3638 
RAS (Reticular activating system), 
2:1012 
Raspberries, 4:3272—3273, 5:3758 
Rat-bite fever, 5:3642 
Rat fish. See Chimaeras 
Rat-flea typhus. See Endemic 
typhus 
Rat-kangaroos, 3:2404 
Rat typhus, 5:3727 
Rate, 5:3638 
calculus, 1:726—-727, 727 
evolutionary, 3:1659-1660 
instantaneous, 2:1290 
Rate of change. See Rate 
Rathje, William L., 2:1630 
Ratio, 5:3638-3639 
Ratio schedules, 5:3665 
Rational numbers, 1:304, 2:1161, 
5:3639-3640, 3640-3641 
Rationalization (mathematics), 
5:3640-3641 
Ratitae. See Flightless birds 
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Rats, 5:3641-3644, 3642 
giant, 2:1427 
kangaroo, 3:2400, 2400-2401, 
4:3004 
marsupial, 4:2643—2644 
mole-rats, 4:2811—2813, 2812 
Old World, 4:2741, 2742-2743, 
5:3641 
Rattans, 4:3190 
Rattlesnakes, 6:4576 
Rattus exulans. See Polynesian rats 
Rattus novegicus. See Norway rats 
Rattus rattus. See Black rats 
Rauwolfa serpentina, 3:2221 
Ravens, 2:1194, 1196, 4:3129 
Ravenscroft, George, 3:1960 
Ray-finned fish, 4:3251 
Rayleigh, John William Strutt, 
5:3565, 3636, 3644, 4015 
Rayleigh scattering (light), 5:3644, 4062 
Rayleigh waves (seismic), 2:1424 
Rayon, 1:319¢ 
Rays, 1:796—-797, 5:3644-3646, 3645, 
3932 
Razor-billed auks, 1:404 
Razor shells, 1:605—607 
RCA (Radio Corporation of 
America), 2:1055, 1515, 4:2863 
RCMP (Royal Canadian Mounted 
Police), 1:625 
RCRA (Resource Conservation and 
Recovery Act), 2:1099, 3:2068, 
2070-2071 
RDA (Recommended daily allowan- 
ces), 4:3058 
Reaction turbines, 6:4483 
Reactions. See Chemical reactions 
Read method, 1:596 
Read only memory (ROM), 4:3100 
Reading disorders, 2:1401 
Reading machines, Kurzweil, 6:4273 
Reagan, Ronald, 3:2331, 4:3004 
Real estate development. See 
Development; Land use 
Real numbers, 1:304, 5:3646, 
3646-3647 
associative property, 1:347 
theory of limits, 4:2519-2521 
Reality, virtual, 6:4582—4586 
Reality anxiety, 1:269 
Reapers, 1:82—83, 84 
Rear-projection television, 6:4322 
Rear-wheel drive, 1:424 
Rearrangement, genetic, 3:1877 
Reasoning 
behavior, 1:517—518 
deductive, 6:4267 
inductive, 6:4267 
quantitative, 4:2661 
symbolic logic, 6:4264-4268 
Reber, Grote, 5:3603 


Rebound headaches, 4:2764 
Recall, 4:2678, 2680 
Recessive inheritance, 3:1906—1907 
autosomal, 2:1245-1246 
carriers, 1:790 
genetic disorders, 3:1890—1891, 
1891-1892 
homozygous, 2:1225—1226 
Mendelian genetics, 4:2685 
in selective breeding, 1:221 
Rechargable batteries, 1:493 
Reciprocal altruism, 1:163 
Reciprocals (mathematics), 5:3647 
Reclamation processes, 1:292 
Recognition (memory), 4:2680 
Recombinant DNA technology, 
2:1284, 1361-1362, 5:3647 
biochemistry research, 1:540 
cloning, 2:960 
gene splicing, 3:1879-1882, 
1883-1884 
history, 1:579, 2:1281, 5:3647 
molecular biology, 4:2814 
plasmid vectors, 3:1895, 6:4415 
uses, 2:1362, 5:3647 
vaccines, 6:4540-4541 
Recombinant human growth hor- 
mone (rhGH), 3:2024 
Recombination, genetic, 3:1878, 1907, 
5:3895, 6:4578 
Recommended daily allowances 
(RDA), 4:3058 
Reconstruction, crime scene, 2://78, 
1179-1181 
Reconstructive surgery, 2:1063—1064, 
3:1791, 5:3383-3384 
Reconstructive theory, 4:2677—2678 
Recordable and erasable-rewritable 
CDs (CD-RWs), 2:1032, 1331, 
4:3100 
Recordings 
analog, 2:1329, 1330-1331 
digital, 2:1329-1331, 4:2598, 
6:4272, 4570 
DVD, 2:1330, 1395-1396, 4:3270 
helical, 6:4568 
magnetic tape, 4:2595—2599, 2596, 
2597, 2604, 6:4567, 4567-4568 
music synthesizers, 6:4272 
personal music players, 
4:3269-3270, 3270 
phase-change, 2:1395 
phonograph, 4:2598, 3289-3291 
podcasts, 5:3412-3413 
transverse, 6:4568 
video, 2:1329-1330, 5:3743, 
6:4567, 4567-4571, 4568 
Recreational activities, 1:477-478, 
3:1793 
Recreational drugs, 1:137—138, 
187-188 
Recrystallization, 4:2726 
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Rectal glands, 5:3905 
Rectangles, 3:1931, 4:3204, 5:3648, 
3648 
Cartesian coordinate plane, 1:795, 
795-796 
quadrilateral, 5:3557 
Rectangular coordinate systems, 
1:799, 800 
Rectification, 2:1483 
Recurrence relations (mathematics), 
2:1017 
Recurvirosteridae, 5:3912, 4168, 4169 


Recurvirostra americana. See 
American avocets 
Recurvirostra andina. See Andean 
avocets 
Recurvirostra avosetta. See Pied 
avocets 
Recurvirostra noveaehollandiae. See 
Red-necked avocets 
Recycling, 3:2267, 5:3648-3652, 3649, 
6:4636 
biodegradable substances, 1:541 
energy efficiency, 2:1587 
iron, 5:4146 
landfill materials, 3:2444, 2446 
lead from, 3:2471 
plastics, 5:3439, 3650 
sustainable development, 6:4252 
toxic waste, 6:4640 
Red alders, 1:586, 4:3002 
Red algae, 1:126, 128, 5:3525, 3527 
Red-backed sakis. See Black-bearded 
sakis 
Red-backed salamanders, 1:191, 
5:3770, 3772 
Red-backed sandpipers, 5:3784 
Red-backed squirrel monkeys, 
4:2983, 2984, 2986 
Red-banded thrips, 6:4361 
Red-bellied newts, 4:2980, 5:3772 
Red-bellied woodpeckers, 6:4717 
Red-billed dwarf hornbills, 3:2156 
Red-billed tropic birds, 6:4448 
Red blood cells, 1:677, 618-619, 619 
anemia, 1:209 
glycerol in, 3:1969 
osmosis, 4:3139 
structure and function, 1:618-619, 
2:949, 4:3046 
Red bread mold, 3:1838-1839 
Red-breasted blackbirds, 1:612 
Red-breasted geese, 3:1874 
Red-breasted mergansers, 2:1386, 
1390 
Red-breasted nuthatches, 4:3054 
Red-breasted sapsuckers, 
6:4717-4718 
Red buckeyes, 3:2158 
Red clover, 3:2486 


Red-cockaded woodpeckers, 2:1568, 
6:4716, 4717 
Red colobus monkeys, 2:1002—1003 
Red crossbills, 3:1730 
Red-crowned barbets, 1:464 
Red-crowned cranes, 2:1170 
Red-crowned parrots, 4:3217 
Red currants, 5:3802 
Red deer, 2:/253, 1254-1255 
Red-eared sliders. See Red-eared 
turtles 
Red-eared turtles, 6:4492, 4493 
Red eft, 5:3772 
Red-eyed vireos, 6:4579-4580, 4580 
Red-faced cormorants, 2:1140 
Red-faced mousebirds, 4:2876 
Red-faced warblers, 6:4633 
Red-faced waxbills. See Orange-eyed 
pytilia 
Red-flowered hedgehog cactus, 1:711 
Red-footed boobies, 1:638 
Red foxes, 3:1656 
Red-fronted gazelles, 3:1867 
Red-fruited currants, 5:3803 
Red giant stars, 5:3652—3655, 3653, 
3654, 4148-4149 
dying, 5:4161 
formation and structure, 2:1536, 
5:3652-3653, 4159 
population classification, 5:4156 
supernovas, 6:4239 
Red grouse, 3:2021 
Red guenons, 3:2027 
Red hartebeests, 3:2063 
Red-headed parrot finches, 6:4658 
Red-headed trogons, 6:4445-4446 
Red-headed woodpeckers, 5:4117, 
6:4717 
Red Hills salamanders, 5:3773 
Red jungle fowl, 4:2540, 3283 
Red kangaroos, 3:2402, 2402, 2403 
Red knots, 5:3785 
Red-legged earwigs, 2:1427 
Red-legged thrushes, 6:4365 
Red List of Threatened Species, 
2:1565-1566 
Red mangroves, 4:2614, 26/5 
Red maples, 4:2621 
Red meerkats. See Yellow mongooses 
Red mites, 4:2799 
Red mulberries, 4:2877 
Red-napped sapsuckers, 6:4718 
Red-necked avocets, 5:4169 
Red-necked grebes, 3:2010, 2011 
Red-necked phalaropes, 5:3785 
Red oaks, 4:3063, 3064, 3065 
Red-osier dogwood, 2:1364 
Red ovenbirds, 4:3149 
Red pandas, 4:3191, 3192, 3193-3194 
Red phosphorus, 1:146, 4:3292 
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Red quebracho, 1:804 
Red Quenn hypothesis, 5:3638 
Red raspberries, 4:3272-3273 
Red sage, 3:2456 
Red salamanders, 4:2980 
Red shift. See Redshift 
Red-shouldered hawks, 1:707, 3:2064 
Red Spot. See Great Red Spot 
(Jupiter) 
Red-spotted newts, 1:191, 4:2980, 
5:3771-3772 
Red spruces, 5:4090 
Red squirrels, 5:4097, 4097, 6:4293 
Red-tailed black cockatoos, 2:983 
Red-tailed hawks, 1:592, 706-707, 
3:2064, 2065, 5:3633-3634 
Red-tailed tropic birds, 6:4448 
Red-throated loons, 4:2551 
Red tides, 1:125, 128, 5:3525, 
3655-3656, 6:4649 
Red-toothed shrews, 5:3916 
Red uakaris, 4:2984 
Red water fever, 5:3530 
Red-whiskered bubuls, 1:693 
Red-winged blackbirds, 1:611—612 
Red-winged pratincoles, 2:1163 
Red wolves, 1:751, 753 
Reddish egrets, 3:2123 
Redemption centers, 5:3650 
Redeye bass, 1:481 
Redfin pickerel, 4:3339 
Redfin suckers, 6:4215 
Redheads (ducks), 2:1387, 1389 
Redi, Francesco, 3:1940, 4:3124, 
5:4087 
Redoubt Volcano, 6:4612 
Redox reaction. See Oxidation- 
reduction reaction 
Redpolls, common, 3:1730 
Redshift, 1:525, 2:1152, 5:3572, 3603, 
3656-3658 
Redtail triggerfish, 6:4438 
Reducing smog, 5:3965 
Reductio ad absurdum, 5:3509, 6:4268 
Reduction division. See Meiosis 
Reduncini, 1:238, 6:4653 
Reduviidae. See Assassin bugs 
Redwings, 6:4364 
Redwoods, 2:1085, 5:3867—3868, 
6:4255, 4256 
old-growth, 5:3629 
prescribed burns, 5:3486 
size, 6:4434 
Reed, Walter, 6:4738 
Reed buntings, 5:4051 
Reed canary grass, 3:1996 
Reed-Sternberg cells, 3:2141, 4:2567 
Reedbucks, 1:238, 3:2061 
Reedmaces. See Cattails 
Reeds, 3:1992 


4937 


xapuy jesauay 


General Index 


Reef lobsters, 4:2541 
Reefs. See Corals and coral reefs 
Rees, Charles Thomas, 4:3222—3223 
Reeves, A. H., 2:1330 
Reference frames, 5:3669-3670 
Reference junction, 6:4358 
Reflecting telescopes, 6:4314, 4315 
Reflections, 4:2512, 5:3658, 
3658-3660, 3659 
atmospheric, 1:375 
optics, 4:3103-3104 
seismic, 6:4207, 4516 
symmetry, 6:4268 
total internal, 3:1715—-1716, 
4:3103 
wave, 6:4657 
Reflectors 
microwave communications, 
4:2761 
parabolic, 4:3201 
Reflexes, 1:517, 4:2889, 5:3660-3661 
Refracting telescopes, 6:4313—4314, 
4314, 4315 
Refraction 
atmospheric, 1:375 
light, 2:1003—1004, 4:3103-3104 
rainbows, 5:3626 
seismic, 6:4207—4208 
Snell’s law of, 3:1715-1716 
wave, 6:4657 
Refractive errors (vision), 
6:4598-4599 
Refractory bricks, 1:662 
Refrigerated trucks and railway cars, 
5:3661-3662, 3662 
Refrigeration 
ammonia-cycle, 2:917, 5:3662 
carbon dioxide, 1:772 
CFCs, 2:915-916 
cryogenic, 2:1200 
hydrochlorfluorocarbons, 3:2201 
Refuges, ice age, 3:2235-2236 
Regelation, 3:2233 
Regency TR-1, 4:3269 
Regeneration 
forests, 3:1794, 6:4212—4213 
starfish, 5:4115 
Regenerative fuel cells, 3:1832 
Regional anesthesia, 1:213, 596-597 
Regional metamorphism, 4:2725, 
2727 
Regolith, 4:2637 
Regular prisms, 5:3498—3499 
Regulidae, 3:2417 
Regulus (star), 5:4106-4107 
Regulus calendula. See Ruby-crowned 
kinglets 
Regulus ingicapillus. See Firecrests 
Regulus regulus. See Goldcrests 
Regulus satrapa. See Golden-crowned 
kinglets 
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Rehabilitation, 5:3662—3664 
cardiac, 3:1671 
stroke, 6:4192-4193 
Rehenium, 2:1528 
Rehiformes. See Rheas 
Reichs, Kathy, 2:1359 
Reid, Harry F., 3:1695 
Reid, John, 2:1522 
Reindeer, 1:783, 783-785, 4:2507, 
2539 
Reindeer lichens, 1:676, 3:1841, 
4:2507, 2508 
Reindeer mosses. See Reindeer 
lichens 
Reines, F., 4:2972 
Reinforcement (psychology), 
2:1075-1076, 3:2477, 5:3664-3667 
Reintroduction programs (endan- 
gered species), 1:760-762 
black-footed ferrets, 3:1708 
California condors, 1:761, 2:1078, 
5:3635, 6:4623 
peregrine falcons, 4:3252 
whooping cranes, 2:1171, 5:3709 
Reis, Johann Philipp, 6:4306 
Reitz, Bruce, 6:4427 
Rejection, organ transplant, 1:249, 
3:2249, 2256, 6:4246, 4427-4428 
Relation (mathematics), 5:3667-3668, 
3668 
Relative dating techniques, 
2:1236-1238, 4:3275 
Relative humidity, 6:4549 
Relativity theory. See General rela- 
tivity; Special relativity 
Relaxant drugs, 4:3255 
Relaxation techniques, 1:159—160, 
4:3172, 5:4187 
Relaxin, 3:2155, 5:3939 
Relearning, 4:2681 
Reliability, 5:3536—3537 
Relic radiation. See Cosmic back- 
ground radiation 
Relic sediment, 5:3851 
Religions 
astronomy, 1:359, 361 
autopsy, 1:429 
contraception, 2:1116—-1117 
geologic time, 3:1923 
Rem (Roentgen equivalent man), 
3:2360, 5:3591, 3611 
REM sleep. See Rapid eye movement 
(REM) sleep 
Remainders, subtraction, 6:4210 
Remediation. See Bioremediation 
Reminding, 4:2681 
Remixing, photic zone, 4:3297 
Remote manipulator system (RMS), 
5:3739 
Remote sensing, 1:292—293, 
5:3677-3679 


Remotely operated vehicles (ROV), 
6:4516, 4517 
Renaissance 
architecture, 1:689-690 
cartography, 1:798 
condoms, 2:1117 
physics, 4:3328 
sexually transmitted diseases, 
5:3898 
Renal failure. See Kidney failure 
Renewable energy sources. See 
Alternative energy sources 
Renewable natural resources 
ecological economics, 2:1440 
forests, 2:1258 
sustainable development, 6:4249, 
4250, 4252 
Renin, 1:57 
Renin-angiotensin-aldosterone sys- 
tem, 3:2221 
Repair genes, 1:744 
Repetitive motion injuries, 1:789, 790, 
4:3269 
Replica plating, 4:2746-2747 
Repliee QI Expo, 1:420, 5:3743 
Representation, mental, 4:2680 
Repressed memories, 4:2677, 2681 
Reprocessing facilities, 6:4661, 4662 
Reproduction, 4:2508—2509 
binary fission, 1:285 
butterflies, 1:701 
cloning and, 3:2176 
DDT effects, 2:1244, 3:2302 
eusociality, 4:2812—2813 
human, 3:2284 
ovarian cycle, 4:3146-3148 
parthenogenic, 1:223—224, 275, 
2:1557, 4:3218-3219 
protozoa, 5:3529 
salamanders, 5:3770—3771 
salmon, 5:3776 
seals, 5:3835 
sexual, 1:217, 2:1314, 5:3529, 
3679-3686, 3894-3896 
sharks, 5:3906-3907 
snakes, 5:3971 
sociobiology, 5:3975 
termites, 6:4331 
See also Asexual reproduction 
Reproductive cells. See Germ cells 
Reproductive system, 1:206, 4:3123, 
5:3679-3686, 3680, 3683 
female, 3:2035—2036, 2155, 
5:3682-3686, 3683 
hermaphrodite, 1:473, 483, 
3:2119-2120, 2415, 5:3891, 
3894 
male, 3:2155—2156, 5:3679-3682, 
3680 
Reproductive toxins, 5:3686 
Reptiles, 5:3687 
desert, 2:1294 
dinosaurs from, 2:1338 
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evolution, 4:3181—3182, 3/82, 
3183, 5:3687 
extinct, 1:543 
heart anatomy, 3:2077—-2079 
respiratory system, 5:3702 
sexual reproduction, 5:3896 
study of, 3:2125—2126 
taxonomy, 6:4566 
Republic (Plato), 4:2698 
Repulsion, magnetic levitation, 
4:2593 
Rescue archaeology. See Salvage 
excavations 
Research 
biomedical, 5:3717, 3718, 
6:4605—4607 
geology, 5:3752 
human subjects, 5:3542—3543, 
3899 
International Space Station, 
3:2332-2333 
in vitro and in vivo, 3:2262—-2263 
memory, 4:2680—2681, 2682 
nuclear reactors, 4:3037 
pathology, 4:3231 
periodic table, 4:3264-3265 
petroleum, 4:3278-3279 
See also Animal testing 
Reserpine, 1:137, 263, 3:2221 
Reservoirs, 3:1753, 2210, 2442, 5:3993 
Residual schizophrenia, 5:3813 
Residue biomass, 1:546 
Resins, 5:3687—3689, 36881, 3689t 
cation, 3:2354-2355 
Dragon’s blood, 4:2519 
ion exchange, 3:2354—2355, 2355 
natural, 5:3687—3688, 3688¢ 
synthetic, 5:3688—3689, 36887, 
3689t 
Resistance 
ecological stress, 5:4188 
electrical, 1:292—293, 2:1470, 1478, 
1480, 1486, 1488, 4:3082 
force, 4:2585 
genetically modified Bt crops, 
4:3375 
insecticide, 4:2610 
pesticide, 5:3861 
viral, 3:1659-1660 
See also Bacterial resistance; Drag 
Resistance thermometers, 6:4358 
Resistance welding, 6:4683, 4685 
Resistors, electronic, 2:1517 
Resolution 
digital recordings, 2:1330 
photography, 4:3307, 3307 
radio telescopes, 5:3602 
telescopes, 6:4313, 4315 
Resonance, 5:3689-3691 
Resonance fluorescence, 3:1759, 
1760-1761 
Resonance phenomena (celestial), 
1:832-833 


Resonance structures, 4:2504—2505, 
3285 
Kekule, 4:3285 
Resorts, beach, 1:480 
Resource Conservation and Recovery 
Act (RCRA), 2:1099, 3:2068, 
2070-2071 
Resources. See Natural resources 
Respiration, 5:3691—3694, 3702-3706 
aerobic, 1:442, 851-852, 2:1272, 
4:2711, 6:4360 
anaerobic, 1:196, 3:2430, 5:3694 
biochemical oxygen demand, 1:538 
buffers in, 1:684—-685 
chemoreception, 2:890 
denitrification, 2:1272 
sharks, 5:3905 
See also Cellular respiration 
Respirators, 5:3695-3696 
Respiratory acidosis, 1:685 
Respiratory diseases, 5:3697-3700, 
3706-3707 
spirometry, 5:3705, 4080-4081 
tropical areas, 6:4457-4459 
Respiratory failure, 2:1226 
Respiratory syncytial virus, 6:4590 
Respiratory system, 1:206, 4:3123, 
5:3700-3707, 3701, 3704 
immune function, 5:3409-3410 
speech, 5:4066—4067 
Resplendent quetzals. See Quetzals 
Response indicators, 2:1445—1446 
Resting antwrens, 1:237 
Resting membrane potential (RMP), 
1:37, 4:2951, 2956 
Restless leg syndrome, 5:3952 
Restoration ecology, 5:3707-3710 
Restriction enzymes, 1:440, 2:1281, 
1361-1362, 3:1881, 1908, 5:3647 
Restriction fragment length poly- 
morphisms (RFLPs), 2:1358, 
3:1908, 4:3228 
Restriction surgery, 1:468 
Resty blackbirds, 1:612 
Resurrection ferns, 3:1704 
Reticular activating system (RAS), 
2:1012 
Reticular connective tissues, 2:1086 
Reticulated giraffes, 3:1953 
Reticulated pythons, 5:3555 
Reticulated venation, 3:2474, 2475 
Reticulistics, 6:4296 
Retina 
anatomy and function, 3:1683, 
1685, 6:4594, 4595-4596 
detached, 6:4601 
Retinal (pigment), 4:3317 
Retinal disorders, 1:615 
Retinal disparity, 2:1288 
Retinal dystrophy, 6:4601 
Retinal implants, 1:331, 33/ 
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Retinal pigment epitherlium, 1:615 
Retinitis pigmentosa, 6:4601 
Retinoblastoma, 1:743, 3:1891, 6:4601 
Retinol. See Vitamin A 
Retrieval, memory, 4:2678 
Retrograde amnesia, 1:183 
Retrograde motion, 5:3710-3711, 
3711 
Retroviridae. See Retroviruses 
Retroviruses, 5:3711—3713, 6:4591 
in gene therapy, 3:1884, 1886 
genetics, 2:1283—1284, 6:4578 
replication of, 1:93 
RNA, 1:93, 5:3712-3713, 3735 
Reubens, Peter Paul, 2:1270 
Reverse faults, 3:1695—1696 
Reverse osmosis 
desalination, 2:1292, 1293, 3:2356, 
6:4645 
water softeners, 3:2061 
Reverse phase chromatography, 
5:3866 
Reverse transcriptase, 1:93, 96, 
2:1283-1284, 5:3712 
Reverse transcriptase polymerase 
chain reactions (RT-PCR), 3:1897 
Revertants (genetics), 6:4697 
Revetments, 5:3914 
REX (Radio Science Experiment), 
4:3355-3356, 5:3408 
Reye, Ralph D., 5:3714 
Reye’s syndrome, 1:18, 2:893, 1563, 
5:3714, 6:4554 
Reynolds, Osborne, 3:1757, 6:4485 
Reynolds, Richard, 6:4403 
Reynolds number, 1:59, 60, 3:1757, 
6:4485-4486 
RFLPs (Restriction fragment length 
polymorphisms), 2:1358, 3:1908, 
4:3228 
Rh factor, 5:3714—-3716, 3715 
antibody-antigen reaction, 1:249 
bloodstain evidence, 1:625 
fetal blood transfusions, 5:3482 
isoantibody analysis, 3:2373 
secretors, 5:3841—3842 
serology, 5:3870—3871 
Rh immune globulin, 5:3715—3716 
Rh incompatibility. See Rh factor 
Rhabda, Nicolaus, 1:722 
Rhabdoviruses, 6:4591 
Rhacophoridae, 3:1825 
Rhagoletis pmonella. See Apple 
maggots 
Rhamnaceae, 1:682 
Rhamnus caroliniana. See Carolina 
buckthorns 
Rhamnus cathartica. See European 
buckthorns 
Rhamnus frangula. See Glossy 
buckthorns 
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Rhamnus globossus, 1:682 
Rhamnus purshiana. See Western 
buckthorns 
Rhamnus utilis, 1:682 
Rhampholeon spp., 2:869-870 
Rhazes, 1:116, 2:913 
Rhea (moon), 1:806, 5:3793-3794 
Rhea americana. See Common rheas 
Rheas (birds), 3:1746, 1748 
Rhebok, 1:238, 3:2062 
Rheiformes, 6:4376 
Rheobatrachus silus. See Gastric- 
brooding frogs 
Rhesus disease, 1:249 
Rhesus monkeys, 3:2027, 4:2571, 
2572, 2572-2573, 5:3716-3718, 3717 
Rheum officinale, 5:3722 
Rheum palmatum. See China rhubarb 
Rheum rhaponticum, 5:3722 
Rheumatic fever, 5:3718-3720 
Rheumatoid arthritis, 1:313, 3/3, 
415-416, 4:3131 
rhGH (Recombinant human growth 
hormone), 3:2024 
Rhinceros hornbills, 3:2156 
Rhind Mathematical Papyrus, 5:4094 
Rhine River, 2:1645 
Rhinitis 
allergic, 1:141, 143, 257-258, 
2:1042, 5:3697-3698 
common cold, 5:3706 
Rhinoceros, 5:3720-3721, 3721, 
6:4702 
Rhinoceros sondaicus. See Javan 
rhinoceros 
Rhinoceros unicornis. See Great 
Indian rhinoceros 
Rhinoceros vipers, 6:4575 
Rhinocerotidae. See Rhinoceros 
Rhinophrynus dorsalis. See Burrowing 
frogs 
Rhinoplax vigil. See Helmeted 
hornbills 
Rhinoptilus africanus. See Double- 
banded coursers 
Rhinoptilus cinctus. See Three-banded 
coursers 
Rhinotermitidae, 6:4331 
Rhipidomys venezuelae. See Climbing 
mice 
Rhipidura albolimbata. See Friendly 
fantails 
Rhipidurinae. See Fantails 
Rhipsalis spp., 1:709 
Rhizobium spp., 3:2486, 4:3002, 
5:3756, 4026 
Rhizobium japonicum, 4:3000, 6:4262 
Rhizoids, 4:2854 
Rhizomatous begonias, 1:514 
Rhizomes, 5:3721—3722 
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Rhizophora spp., 4:2614, 2616 

Rhizophora apiculata, 1:75—76 

Rhizophora mangle. See Red 
mangroves 

Rhizophoracea, 4:2614 

Rhizopoda, 1:186, 5:3523 

Rhizopus, 4:2809, 2810, 5:3895 

Rhodium, 2:1528, 5:3471 

Rhododendron spp. See 
Rhododendrons 

Rhododendron maximum. See Great 
laurel 

Rhododendrons, 3:1984, 2091, 2091, 
2093 

Rhodophyta. See Red algae 

Rhodopsin, 5:3381 

Rhodostethia rosea. See Ross’s gulls 

Rhodymenia palmata. See Sea kale 

Rhoeo spp., 5:4072 

Rhombus, 3:1931, 4:3204 

Rhubarb, 5:3722, 6:4556 

Rhus spp., 1:804 

Rhus aromatica. See Fragrant sumacs 

Rhus copallina. See Mountain sumacs 

Rhus coriaria. See Siciian sumacs 

Rhus glabra. See Scarlet sumacs 

Rhus succedanea. See Indonesian 
sumacs 

Rhus trilobata. See Ill-scented- sumacs 

Rhus typhinia. See Staghorn sumacs 

Rhus verniciflua. See Lacquer trees 

Rhyacotritonidae, 5:3772 

Rhynchocoela. See Ribbon worms 

Rhynchocyon spp., 2:1543 

Rhynchopsitta pachyrhyncha. See 
Thick-billed parrots 

Rhynchospora spp. See Beak-rushes 

Rhyniopsida, 3:1705 

Rhyolite, 5:3750 

Rhyolitic magma, 4:2590, 6:4611 

Rhythm, speech, 5:4067 

Rhythm method (contraception), 
2:1116, 1118 

Rib vaults, 1:689 

Ribbon lightning, 4:2515 

Ribbon worms, 5:3722-3723 

Ribbonfish, 4:2626 

Ribes spp., 5:3801, 3803 

Ribes glandulosum. See Skunk 
currants 

Ribes grossularia. See Gooseberries 

Ribes hudsonianum. See Northern 
black currants 

Ribes lacustre. See Brislty black 
currants 

Ribes nigrum. See Black-fruited 
currants 

Ribes rubrum. See Red-fruited 
currants 


Riboflavin, 5:4076, 6:4602-4604, 
4603t 
Ribonuclease, 5:3723 
Ribonucleic acid. See RNA 
Ribose 5-phosphate, 4:2712 
Ribosomal RNA (rRNA), 4:3116, 
5:3724, 3725 
Ribosomes, 1:841, 842, 5:3725, 3725 
Ribozymes, 4:3126 
Ribs, 5:3937-3939 
Rice, 3:1994, 1995, 5:3726 
amino acids in, 1:178 
brewing, 1:660—661 
introduced, 3:2348 
Rice tenrecs, 6:4329 
Rice weevils, 1:512 
Richardson’s ground squirrels, 5:4098 
Richardson’s voles, 6:4615 
Richardson’s water voles, 6:4615 
Richer, Jean, 1:359 
Richter, Charles, 1:204, 2:1422—1423, 
3:2249, 5:3860 
Richter scale, 2:1422-1423, 5:3860 
Ricin, 5:3726-3727, 6:4665 
Ricinis communis. See Castor plant 
Rickets, 1:718, 3:2154, 4:3056, 5:3941, 
6:4602 
Ricketts, Howard Taylor, 5:3727 
Rickettsia, 3:1744, 4:3207, 
5:3727-3729, 6:4496 
Rickettsia akari, 5:3727, 3728 
Rickettsia montana, 5:3729 
Rickettsia parkeri, 5:3729 
Rickettsia prowazekii, 5:3727, 3728, 
6:4496 
Rickettsia rickettsii, 5:3727, 3728 
Rickettsia tsutsugamushi, 5:3727, 
3728, 6:4496-4497 
Rickettsia typhi, 5:3727, 3728, 6:4496 
Rickover, Hyman, 6:4204 
Ricord, Philippe, 5:3898 
Ridges, 3:2450, 4:3177-3178 
Riebeckite, 1:334 
Riemann, Georg Friedrich Bernhard, 
4:3007 
Rifampin, 3:2484, 4:2499 
Riffle-pools, 5:4183 
Rift Valley fever, 3:2107, 6:4749 
Rift valleys 
East Africa, 1:67—70, 2:1109 
Europe, 2:1638, 1638 
formation, 2:1103, 5:3393, 3397 
Mid-Atlantic Ridge, 6:4518 
North America, 4:3014-3015 
ocean basins, 4:3074 
paleomagnetism, 4:3177—3178 
Riftia spp. See Beardworms 
Right angles, 1:218 
Right handedness, 5:4083-4084 
Right prisms, 5:3498—3499 
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Right triangles, 6:4440, 4441 
Right whales, 2:863 

Rigid bearings, 1:452 

Rigor mortis, 5:3729-3730, 3730 
Rills, 5:3992 

Rimantadine, 3:2040 
Ring-billed gulls, 3:2031 
Ring-necked ducks, 2:1389 


Ring-necked pheasants, 4:3283, 3283 


Ring of Fire, 6:4608 


Ring systems, planetary, 4:3362-3364 


Jupiter, 3:2397, 4:3363, 3364 
Neptune, 4:2940, 2943-2944, 3364 
neptune, 4:3363 
Saturn, 4:3362—3363, 5:3791-3793, 
3792, 3794 
Uranus, 4:3363, 3364, 6:4531, 4534 
Ring-tailed coatis, 2:975—977 
Ring-tailed lemurs, 3:249/, 2492, 2492 
Ring-tailed mongooses, 4:2833 
Ringed ant-pipits, 1:228 
Ringed plovers, 5:3402 
Ringed seals, 1:497 
Ringer, Sydney, 1:718 
Ringtails, 5:3581 
Rio de Janiero antwren, 1:237 
Rio Earth Summit, 2:1090 
Rio Grande rift, 4:3014-3015 
Riolan, Jean, Jr., 6:4606 
Riparia riparia. See Bank swallows 
Riparian habitat, 5:3462 
Ripple voltage, 2:1484 
Riprap, 5:3913-3914 
Risk assessment (epidemiology), 
2:1602, 1611 
Risperdal. See Risperidone 
Risperidone, 5:3816 
Rissa tridactyla. See Kittiwakes 
Ritalin. See Methylphenidate 
Ritchey-Chretin Cassegrain 
Telescope, 3:2169 
Ritonavir, 1:95 
Rituals 
burial, 1:80 
pain in, 4:3171 
puberty, 5:3546—-3547 
seasonal changes, 5:3839 
Rivastigmine, 1:167 
River dolphins, 2:864, 866 
River hippopotamus. See Common 
hippopotamus 
River otters, 4:3144, 3145 
Rivers, 3:1819—1820, 5:3730-3733, 
3731 
acidified, 1:19 
alluvial systems, 1:147—151, 748 
bedding planes, 5:4178 
channels, 5:3848 
flow rate, 2:1232-1233 


hydrologic cycle, 3:2210-2211, 
5:3732 
landforms from, 3:2448 
mass wasting, 4:2657, 2659 
sedimentary environment, 5:3851 
watershed, 5:3731—3732, 
6:4654-4656 
See also Dams; Deltas 
Rivest, Ronald, 2:1203 
Rivulus marmoratus, 3:2415 
RMP (Resting membrane potential), 
1:37, 4:2951, 2956 
RMS (Remote manipulator system), 
5:3739 
RNA (Ribonucleic acid), 
4:3044-3045, 5:3723-3725, 3724, 
3733-3735 
blotting analysis, 1:625-627 
cellular nucleus, 4:3046 
complementary, 2:1035 
FISH analysis, 3:1761—1762 
function, 2:1282 
fungi, 3:1837 
in gene expression, 2:1283—1284, 
1302, 5:3724, 3735 
gene splicing, 3:1880 
hemorrhagic fevers, 3:2105 
heterogeneous nuclear, 
5:3734-3735 
messenger, 2:934, 988-989, 3:1906, 
4:2814, 5:3724, 3734-3738 
origin of life, 2:881, 4:3126 
palindrome, 4:3187 
plants, 4:3368, 3369 
protein synthesis, 2:934, 5:3518, 
3734-3735 
retroviruses, 1:93, 5:3712-3713, 
3735 
ribonuclease, 5:3723 
ribosomal, 4:3116, 5:3724, 3725 
self-replicating, 4:3126 
sequencing, 5:3865—3866 
small nuclear, 3:1880, 
5:3734-3735, 3736 
transcription, 4:2814, 3126, 5:3724 
transfer, 3:1880—1881, 4:3116, 
5:3724, 3734-3735 
viral, 6:4577-4578, 4586-4587, 
4589-4590, 4590-4591 
RNA function, 5:3733-3735, 3734 
RNA polymerase, 5:3724 
RNA splicing, 5:3735-3736 
Road salt, 1:15 
Roadrunners, 2:/209, 1209-1211 
Roads, Roman, 6:4403 
Roadside hawks, 3:2064 
Roan antelopes, 3:2062 
Robaxin. See Methocarbamol 
Robber crabs, 2:1168 
Robber flies, 3:1745, 6:4466 
Robertsonian translocation, 
2:93 1-932 
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Robins, 4:2831, 5:3736-3737, 6:4363, 


4363-4365 
Robinson, George M., 1:572 
Robokoneko, 1:420 
RoboMower, 5:3741 
Robotic Industries Association, 
1:420-421 
Robotic vehicles, 5:3737-3739, 3738, 
3740, 3741 
Robotics, 5:3739-3744, 3740 
artificial intelligence, 1:329-330, 
420 
biomimetics, 1:552 
bioterrorism, 1:582—583 
Cassini spacecraft, 1:805 
Galileo project, 3:/849, 1849-1851 
industrial, 1:345—346, 420-421, 
5:3740-3741 
machine vision, 4:2581—2584 
medicine, 1:421, 5:3743-3744 
surgery, 4:2966, 5:3743, 6:4247 
Viking project, 6:4571 
virtual reality, 6:4584 
See also Androids 
Robust white-eyes, 6:4694 
Roche, Edouard Albert, 1:833 
Roche lobe, 1:13 
Rock art, 4:3274-3276 
Rock cycle, 5:3751—3752, 3849 
Rock doves, 4:3334-3335 
Rock gobies, 3:1976 
Rock hyraxes, 3:2229 
Rock lobsters. See Spiny lobsters 
Rock maples. See Sugar maples 
Rock phosphate, 1:86 
Rock pythons, 5:3555, 3971 
Rock salt. See Sodium chloride 
Rock voles, 6:4615 
Rock wallabies, 3:2403 
Rock wrens, 6:4720 
Rocket (locomotive), 6:4404 
Rockets, 5:3744—-3749, 3745 
aerosol combustion in, 1:63-64 
atmospheric oberservation, 
1:370-371 
ballistic missiles, 1:453 
booster, 1:453-454, 5:4029-4030 
engines, 3:2387—2390 
liquid fuel, 1:453, 2:1201, 
5:3745-3746 
multistage, 5:3747 
solid-fuel, 1:453-454, 5:3746, 
4035-4036 
vernier jets, 5:4036 
Rockfalls, 4:2656—-2657 
Rockfowl, bareheaded, 1:435 
Rocks, 5:3749-3753 
argillaceous, 5:4171 
astroblemes, 1:355 
cap, 3:2449 
clastic, 5:3853 
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dating techniques, 1:300, 2:1238, 
5:3393, 3395 
evaporite, 5:3931 
felsic, 3:2242 
folds, 3:1770, 1770-1771 
geochemistry, 3:1919 
geologic correlation, 2:1144-1145 
geologic maps, 3:1922—1923 
historical geology, 3:2138 
mafic, 3:2242 
masonry, 5:4170-4174 
mass wasting, 4:2658 
moon, 4:2845 
outcrops, 1:502-503, 3:1922—1923, 
4:3126 
paleomagnetism, 5:3395 
radioactive decay, 3:1924-1926 
stratigraphy, 1:290-291, 294, 
2:1236-1237, 3:1804—1805 
subsurface detection, 6:4207—4209 
types, 5:3749-3751 
unconformities, 6:4510—-4512 
volcanic, 2:1239, 1420, 3:1920 
weathering, 6:4678-4680 
See also Basement rock; Igneous 
rocks; Metamorphic rocks; 
Sedimentary rocks 
Rocksuckers, 2:959 
Rockweed, 1:126 
Rockwell hardness test, 5:4144 
Rocky Mountain spotted fever, 
5:3727, 3728 
Rocky Mountains, 4:3014 
Rod numerals, 1:722, 723 
Rodale, J. I., 2:1047 
Rodentia. See Rodents 
Rodenticides, 1:87, 4:3271 
Rodents, 1:678—680, 2:1294, 5:3641, 
3753-3754, 3754 
Rodolia cardinalis. See Vedalia beetles 
Rodrigues Island, 2:1570 
Roe deer, 2:1255 
Roebuck, John, 6:4223 
Roentgen, Wilhelm, 1:392, 571, 
2:1276, 1508, 5:3621, 6:4725, 4727 
Roentgen equivalent man (rem), 
3:2360, 5:3591, 3611 
Roentgenium, 2:1525 
Rohrer, Heinrich, 4:2753 
Roll, aircraft, 1:104, 5:3871 
Rollandia microptera. See Short- 
winged grebes 
Roller printing, 6:4340 
Rollers (birds), 5:3754-3755 
Rolling-element bearings, 1:451—452 
ROM (Read only memory), 4:3100 
Roman Catholic Church, 1:731 
Roman numbers, 4:3051, 3052, 6:4747 
Roman Wall, 5:4170 
Romanesque architecture, 1:688—-689 
Romanov family, 2:1359 
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Romanov sheep, 5:3909 
Romans 
aqueducts, 1:278, 278 
architecture, 1:687—688 
asbestos, 1:334 
bricks, 1:661 
calendars, 1:730 
chemical warfare, 2:884 
contraception, 2:1116 
cosmology, 2:1151 
crocodiles, 2:1186 
crop rotation, 2:1187 
dentistry, 2:1274 
desalination, 2:1292 
donkeys, 2:1367 
electrostatics, 2:1510 
elevators, 2:1546 
Feast of Saturnalia, 5:3839 
Gaia hypothesis, 3:1843 
hypothermia, 3:2226 
lead, 3:2471 
lock and keys, 4:2545 
malaria, 6:4454 
mercury, 4:2696 
mining, 4:2782 
mirrors, 4:2797 
printing, 5:3493 
roads, 6:4403 
soap, 5:3973 
surgery, 6:4243 
surveying, 6:4248 
waterwheels, 6:4655 
Romneya spp., 5:3442, 3443 
Romneya coulteri, 5:3443 
Rondonia, Brazil, 5:3446 
Rondonia bushbirds, 1:237 
Rontgensatellit (ROSAT), 6:4724 
Roof rats. See Black rats 
Room and pillar mining, 5:3983, 
6:4206 
Roosevelt, Franklin D., 2:1089, 
5:3991 
Roosevelt, Theodore, 2:1088, 1599 
Roosts, 1:489, 6:4346 
Root (mathematics), 5:3595—3596 
Root cap, 5:3755, 3757 
Root system (plants), 4:3367, 
5:3755-3757, 3756 
edible, 2:1641, 6:4469, 4556-4557 
savanna, 5:3796-3797 
See also Mycorrhiza 
Rooting reflex, 5:3660 
Roozeboom, Hendrik Willem 
Bakhuis, 1:147 
Roquefort cheese, 5:3910 
Rorquals, 2:863, 864-868 
Rosa spp. See Roses 
Rosa arizonica. See Arizona roses 
Rosa arkansana. See Prairie roses 
Rosa canina. See Dog roses 
Rosa fendleri. See Fendler roses 
Rosa palustris. See Swamp roses 


Rosa virginiana, 5:3760 

Rosacea. See Rose family 
Rosary beans, 3:2489 

ROSAT (Rontgensatellit), 6:4724 
Rose-breasted grosbeaks, 1:782 


Rose family, 5:3758, 3758-3762, 3759, 
3768 


Rose leafhoppers, 5:3760 
Rose pogonia, 4:3110 
Rosebury, Theodor, 5:3898 
Rosellas, 4:3216 
Rosemary, 4:2793 


Roses (Rosa), 5:3758, 3759, 3760, 
3761 
Rosetta mission (European Space 
Agency), 2:1026, 4:3107—-3108 
Rosettus spp., 1:488 
Rosewoods, 3:2488 
Rosidae, 4:2911 
Rosins, 5:3688 
Rosmarinus officinalis. See Rosemary 
Ross, James, 1:233, 6:4512 
Ross, John, 6:4512 
Ross, Ronald, 4:2609, 2853 
Ross Ice Shelf, 1:231, 3:2240 
Ross seals, 1:233 
Rossi X Ray Timing Explorer, 3:1650 
Ross’s geese, 3:1870, 1873 
Ross’s gulls, 3:2032 
Ross’s turacos, 6:448/ 
Rostrhamus sociabilis. See Everglade 
snail kites 
Rosy finches, 3:1730 
Rosy periwinkle, 1:543, 2:1191 
Rotary drilling, 4:3087 
Rotating centrifuges, 1:858 
Rotation, 5:3762—3764, 3763 
ballistics, 1:456-457 
Coriolis effect, 2:1137-1138 
crop, 2:1186—1189, 1187, 4:3378 
laws of motion, 4:2978 
Neptune, 4:2940, 2942 
planetary atmosphere, 4:3354 
sun, 6:4228 
symmetry, 6:4268 
synchronous, 4:2699—2700 
Uranus, 5:4005, 6:4531, 4532, 4533 
velocity, 6:4559 
Venus, 5:4005, 6:4559-4560 
See also Earth’s rotation 
Rotenone, 1:88, 3:2488 


Rothschild’s mynahs, 4:2910, 
5:4116-4117 
Rotifers, 6:4751 
Rotors 
electric motors, 2:1472, 1474 
helicopter, 1:106 
Rouelle, Hillaire-Malin, 6:4537 
Rough dabs. See American plaice 
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Rough-legged hawks, 1:707, 3:2064, 
2065 
Rough-skinned newts, 4:2980, 2981, 
5:3772 
Rough-winged swallows, 6:4254 
Roughtsharks, 5:3903 
Round, Henry, 3:2482 
Round-leaved orchis, 4:3110 
Rounded arches, 1:687—688, 689 
Rounding (mathematics), 1:14-15 
Roundup. See Glyphosate 
Roundworms, 1:256, 5:3764 
antihelmintics for, 1:257 
ascariasis from, 6:4456 
brain, 1:652 
elephantiasis from, 2:1544 
life cycle, 2:1544 
parasitic, 4:3205—3206, 3208 
plant diseases, 4:3377 
soil, 5:3990 
Rous, Frances Peyton, 1:743, 5:3712, 
6:4591 
Rous sarcoma virus, 5:3712, 3713, 
6:4591 
Roux, Pierre-Paul-Emile, 3:2247 
Roux, Wilhelm, 2:1557 
ROV (Remotely operated vehicles), 
6:4516, 4517 
Rove beetles, 1:509 
Rovers, Mars, 4:2636, 2637-2639, 
2638, 2639, 2641-2642 
Rowan trees, 5:3761 
Rowland, Henry, 2:1320 
Rowntree, Leonard, 2:1309 
Royal antelopes, 2:1396 
Royal Canadian Mounted Police 
(RCMP), 1:625 
Royal Observatory, 1:799, 837, 3:2464 
Royal palms, 4:3190 
Royal penguins, 4:3241 
Royal pythons, 5:3555 
Royal Society for the Protection of 
Birds, 3:2124 
Royal terns, 6:4333, 4333 
Royal water lilies, 6:4647 
Roystonea regia. See Royal palms 
Requiem sharks, 5:3904 
RR Lyrae stars, 6:4551 
rRNA (Ribosomal RNA), 4:3116, 
5:3724, 3725 
RSA algorithm, 2:1203 
RT-PCR (Reverse transcriptase poly- 
merase chain reaction), 3:1897 
RU 486. See Mifepristone 
Rubber, 5:3440 
condoms, 2:1117 
elasticity, 2:1465—1466 
natural, 5:3687, 4091, 4092 
synthetic, 2:910-912 
vulcanization, 5:3440, 6:4620, 
4620-4621 


Rubber dandelions, 2:1041 
Rubber plants, 4:2877 
Rubber tree, 5:4092, 6:4620 
Rubbing alcohol, 1:118, 7/8 
Rubella, 1:597, 2:896, 5:3686 
Rubidium, 1:132—134 
Rubidium-87, 5:3607 
Rubies, 1:164, 2:860, 3:1760, 1760 
Rubus spp., 5:3758 
Rubus strigosus. See Red raspberries 
Ruby-crowned kinglets, 3:2418, 
6:4634 
Ruby-throated hummingbirds, 3:2187 
Ruddy ducks, 2:1386, 1387, 1388 
Ruddy turnstones, 5:3784 
Ruderal plants, 2:1034, 4:2508—2509, 
3098-3099 
Rufescent tinamous, 6:4376 
Ruffed grouse, 3:1797, 2020-2021 
Ruffed lemurs, 3:2492-2493, 2494 
Ruffini endings, 6:4397 
Ruffs, 5:3785 
Rufous-backed robins, 5:3737, 6:4365 
Rufous-browned peppershrikes, 
6:4580 
Rufous-fronted thornbirds, 4:3148 
Rufous-sided towhees, 5:4050-4051 
Rugs, 6:4340 
Rule of Detachment, 6:4267—-4268 
Ruler-and-compass constructions, 
3:1928 
Rumford, Count von. See Thompson, 
Benjamin 
Ruminants 
digestion, 1:821—822, 855, 2:1253, 
5:3765 
mutualism, 6:4262 
Rumination, 1:821—822, 855, 5:3765 
Run-of-the-river hydroelectricity, 
3:2210 
Running addiction, 1:48 
Runoff, 3:2210, 5:3431, 3884-3885 
See also Water pollution 
Rupicola spp. See Cocks-of-the-rock 
Rupicola rupicola. See Guianan cocks- 
of-the-rock 
Rural land use, 3:2441, 2442 
Rushes, 3:2164, 5:3765-3767, 3766 
Ruska, Ernst, 4:2752 
Russel, Walter, 6:4444 
Russell, Henry Norris, 1:362, 3:2128 
Russell’s vipers, 6:4576 
Russia 
abacus, 1:2 
Antarctic exploration, 1:234 
drought, 2:1384 
eastern, 1:341 
International Space Station, 
3:2330-2334 
Mir Space Station, 4:2794-2796 
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Non-Proliferation Treaty, 6:4659 
nuclear weapons tests, 5:3610 
stealth technology, 5:4132 
Strategic Arms Reduction Treaty, 
4:3043 
See also Soviet Union 
Russian pigweed, 6:4472 
Russian thistles, 6:4360, 4472 
Russian tumbleweed. See Russian 
thistles 
Rust. See Corrosion 
Rusts (fungus), 3:1704, 5:3767-3768 
Ruthenium, 5:3471 
Rutherford, Ernest 
alpha particle decay, 1:151, 393 
atomic model, 1:385, 386, 392-393, 
400 
Bohr model, 1:633 
isotopes, 3:2377 
nitrogen, 4:2995 
nucleons, 4:3045 
protons, 5:3527, 6:4196 
quantum mechanics, 5:3565 
scintillation detectors, 
4:3220-3221 
tritium, 6:4444 
tunneling, 6:4479-4480 
Rutherfordium, 2:1535 
Rutherium, 2:1528 
Rutways, 6:4402—4403 
Ruwenzori otter shrews, 4:3143 
Ruysch, Fredrik, 2:1572 
Rye, 4:2893 


Ez 


S-T segment, 2:1492 
S-type asteroids, 4:2789 
S-waves 

asthenosphere, 1:348 

seismic, 2:1418, 1419, 1424, 5:3393 
SA (sino-atrial) node, 1:781, 

2:947-948, 4:3167, 3168 
Sabatier, Paul, 1:773 
Sabella spp. See Fanworms 
Saber-toothed cats, 1:818 
Sabin, Albert, 5:3422 
Sabin (nerve gas), 2:885 
Sabin vaccine, 5:3422 
Sabine’s gulls, 3:2032 
Sable antelopes, 3:2062 
Sables, 4:2645 
Sac fungi, 3:1838-1839 
Saccamoeba spp., 1:186 
Saccharin, 2:1221 
Saccharomyces spp., 3:1838, 6:4737 
Saccharomyces cerevisiae, 3:2184, 
5:3521, 6:4737 

Saccharomyces ellipsoides, 3:1988 
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Saccharum officinale. See Sugarcane 

Saccheri, Girolamo Girolamo, 4:3006 

Saccoglaossus spp., 1:29 

Saccular aneurisms, 1:214 

Sachs, Bernard, 6:4298 

Sachs, Julius von, 3:2213 

Sacral region, 1:207 

Sacramento suckers, 6:4215 

Sacred ibises, 3:2231 

Sacred lotus, 6:4647 

Sacrificial anodes, 1:227, 2:1147 

Sacrificial wells, 4:2934-2935 

Sacrum, 5:3937 

SAD (Seasonal affective disorder), 
1555 

Saddle-back tamarins, 4:2629 

Saddlebill storks, 5:4175, 4176 

Safe Drinking Water Act, 2:1100 

Safflower, 2:1040 

Saffron, 3:2361 

Saffron crocuses, 3:2361 

Sagan, Carl, 4:2641, 3041, 3043 

Sagan Memorial Station, 4:2641 

Sage, 3:2113, 4:2793 

Sage sparrows, 5:4050 

Sage thrashers, 4:2806 

Sagebrush, 5:3762 

Sagebrush voles, 6:4615 

Sagitall planes, 1:206 

Sagitta spp., 1:306—-307 

Sagittal suture, 1:206 

Sagittariidae. See Secretary birds 

Sagittarius Ati, 4:2771 

Sagittarius serpentarius. See Secretary 
birds 

Sagnac, George, 3:2323 

Sagnac cyclic interferometers, 3:2322, 
2322-2323 

Sago palms, 2:1219, 4:3189 

Saguaro cactus, 1:710-711 

Saguinus spp. See Tamarins 

Saguinus bicolor. See Bare-faced 
tamarins 

Saguinus fuscicollis. See Saddle-back 
tamarins 

Saguinus imperator. See Emperor 
tamarins 

Saguinus oedipus. See Cotton-top 
tamarins 

Sahara desert, 1:71, 2:1296 

Sahel region, 2:1296, 1384, 4:2844 

Sahelanthropus tchadensis, 3:2180 

Saiga antelopes, 5:3769, 3770 

Saiga tatarica. See Saiga antelopes 

Sail, solar, 1:836 

Sailfish, 4:2626, 6:4261 

Sailplanes. See Gliders 

Saimiri boliviensis. See Bolivian 
squirrel monkeys 
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Saimiri oerstedti. See Red-backed 
squirrel monkeys 
Saimiri sciureus. See Common squir- 
rel monkeys 
Saimiri vanzolinii, 4:2983 
Saint, Thomas, 5:3887 
Saintpaulia spp. See African violets 
Sakis, 4:2835, 2982, 2984, 2986 
Salam, Abdus, 4:2601 
Salamadroidea, 4:2980 
Salamanders, 1:189-191, 4:2980, 
5:3770-3773, 3771 
Salamandra atra. See European 
salamanders 
Salamandridae. See Newts 
al-Salar, Husam al-Din, 4:3006 
Salicaceae, 6:4703 
Salicylates, 1:244 
Salicylic acid. See Acetylsalicylic acid 
Saline implants, 5:3514 
Salinity 
coral reefs, 2:1132 
irrigation, 3:2366 
lakes, 3:2434, 2436 
Saliva, 2:1324, 3:1673, 5:3773-3775, 
3774 
bird’s-nest soup, 6:4260 
secretors, 5:3841 
taste, 6:4291 
Saliva tests, 5:3774, 3774-3775 
Salix spp. See Willow family 
Salix alaxensis. See Feltleaf willows 
Salix alba. See White willows 
Salix amygdaloides. See Peachleaf 
willows 
Salix arctica, 6:4704 
Salix babylonica. See Weeping 
willows 
Salix bebbiana. See Bebb willows 
Salix carolineana. See Coastal plain 
willows 
Salix discolor. See Pussy willows 
Salix fragilis. See Crack willows 
Salix lasiandra. See Pacific willows 
Salix lasiolepis. See Arroyo willows 
Salix mackenzieana. See Mackenzie 
willows 
Salix nigra. See Black willows 
Salix viminalis. See Basket willows 
Salk, Jonas, 2:1347, 5:3422 
Salk vaccine, 5:3422, 3423 
Salmeterol, 1:351 
Salmo spp., 5:3775 
Salmo gairdneri. See Rainbow trout 
Salmo salar. See Atlantic salmon 
Salmo trutta. See Brown trout 
Salmon, 5:3775, 3775-3777 
Atlantic, 1:628, 2:1192, 
5:3775-3776, 3777 
in brackish water, 1:652 


infectious hematopoietic necrosis 
virus, 2:1363 
migration, 4:2767 
Pacific, 1:628, 5:3775, 3776 
Salmon, Daniel, 3:2246 
Salmonella spp., 2:1593, 3:1775, 1776, 
4:2902, 5:3777-3779 
Salmonella enteritidis, 5:3777-3779 
Salmonella typhi, 6:4494-4495 
Salmonella typhimurium, 1:173 
Salmonelleae. See Salmonella spp. 
Salmonflies. See Stoneflies 
Salmonidae. See Salmon 
Salmoniformes, 5:3775 
Salpinctes obsoletus. See Rock wrens 
Salpingotus spp. See Three-toed dwarf 
jerboas 
Salps, 5:3829-3830 
Salsola kali. See Russian thistles 
Salt, table. See Sodium chloride 
Salt balance, 1:111, 5:3905 
Salt domes, 6:4208 
Salt licks, 2:1181 
Salt marshes, 3:1992, 2414-2415 
Salt substitutes, 4:2529 
Salting (food preservation), 3:1778 
Saltpeter. See Potassium nitrate 
Salts, 5:3779-3780 
blood, 1:617 
buffers, 1:686 
dissociation, 2:1349 
inorganic, 4:2512 
road, 1:15 
sea, 1:367 
Salt’s dik-diks, 2:1333 
Saltwater, 5:3780 
buoyancy, 1:694 
desalination, 2:1292-1293, 3:2356, 
5:4120-4121, 6:4645 
drinking, 1:111 
electrolysis, 2:1498 
geochemical analysis, 3:1918 
intrusion, 3:2019, 5:3780 
metals from, 4:2718 
microorganisms, 6:4648—4649 
sodium chloride from, 5:3983 
volume of, 3:2214 
See also Marine ecosystems; 
Oceans 
Saltwater crocodiles, 2:1185 
Salty taste, 6:4289-4291 
Saluyt space station, 4:2794 
Salvage excavations, 1:297 
Salvarsan, 4:2501, 5:3899 
Salvelinus spp. See Charrs 
Salvelinus fontinalis. See Brook trout 
Salvelinus namaycush. See Lake trout 
Salvia spp., 4:2793 
Salvia officinalis. See Sage 
Salvia sclarea. See Clary 
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Salyut Space Station, 5:4034, 4041, 
4044 
Samarium, 3:2453—2455 
Samarium-147, 1:151 
Same-sex mating, 1:223-224 
Samos aqueduct, 1:278 
Samples, 5:3780-3782 
San Andreas fault, 2:1423, 3:1694, 
1697, 5:3392, 6:4205 
San Blas Indians, 1:114 
San Clemente Bewick’s wrens, 6:4721 
San Clemente sage sparrows, 5:4052 
San Diego Wild Animal Park, 2:1078 
San Francisco, California 
Bay Bridge, 1:663-664 
earthquake, 2:1422, 1426, 3:1695, 
1697 
San Joaquin River, 5:3733 
San Jose scale, 5:3804 
San Marcos salamanders, 5:3773 
Sand, 5:3782-3783 
angle of repose, 4:2658 
barrier islands, 1:477-480 
beach formation, 2:974 
liquefaction, 2:1425 
mass wasting, 4:2657—2668 
particle size, 1:367, 5:3845, 3846r 
washovers, 1:479 
Sand cats, 1:817 
A Sand County Almanac, 2:1599 
Sand devils, 5:3903 
Sand dollars, 5:3783 
Sand dunes. See Dunes 
Sand martins. See Bank swallows 
Sand-mold casting, 4:2720 
Sand skinks, 5:3942 
Sand tigers, 5:3904, 3904 
Sandage, Allen Rex, 5:3572 
Sandboas, 1:631, 632 
Sanderlings, 5:3785 
Sandfish, 1:482, 5:3783-3784 
Sandflies, 6:4455 
Sandhill cranes, 2:1169, 1171 
Sandia National Laboratory, 5:3739, 
6:4666 
Sandpipers, 5:3401, 3784, 3784-3785, 
3912 
Sandstone, 1:502, 5:3782, 4170-4171 
Sanger, Frederick, 3:1903, 2309 
Sanger, Margaret, 2:1117-1118 
Sanger-Coulson procedure, 5:3865, 
3866 
Sangihe tarsiers, 6:4285 
Sanguinaria canadensis. See 
Bloodroot 
Sanitary landfills. See Landfills 
Santa Anna wind, 5:3837 
Santa Cruz long-toed salamanders, 
5:3773 
Santos-Dumont, Alberto, 1:108 


Sap, 6:4434 
Sap green dyes, 1:682 
Sapodilla trees, 5:3786 
Saponification, 1:56, 4:2527, 
5:3973-3974 
Sapotaceae, 3:2034 
Sapphires, 1:164, 2:860 
Saprophytes, 1:442, 2:1247, 1248, 
4:2892 
Sapsuckers, 6:4716, 4717-4718 
Sapwood, 6:4713 
Saquinaviras, 1:95 
Sarcodina, 1:186, 4:3208 
Sarcogyps calvus. See Indian black 
vultures 
Sarcomas, 1:743, 745, 3:2326, 5:3700 
Sarcomeres, 4:2888 
Sarcophilus harrisii. See Tasmanian 
devils 
Sarcoptergians, 2:989 
Sarcoramphus papa. See King vultures 
Sarcoscypha coccinea. See Scarlet elf 
cups 
Sardina spp., 5:3786 
Sardina pilchardus, 5:3786 
Sardinella spp., 5:3786 
Sardinella aurita, 5:3786 
Sardines, 3:2126, 5:3786-3787 
Sardinops spp., 5:3786—3787 
Sardinops sagax. See Pacific sardines 
Sargasso Sea, 1:126 
Sargassum weed, 1:126, 5:3831 
Sargocentron spp., 5:4095 
Sargocentron xantherythrum. See 
Hawaiian squirrelfish 
Sarin gas, 1:581, 2:887, 4:2947-2948, 
2949, 5:3787-3788, 6:4664 
Saros cycle, 2:1439 
Sarracenia purpurea. See Pitcher 
plants 
SARS (Severe acute respiratory syn- 
drome), 2:1611, 5:3878-3882 
Sarsaparilla, 2:1626 
Sarus cranes, 2:1170 
Sassafras, 3:2466 
Sassafras albidum. See Sassafras 
Satellite altimetry, 6:4513-4514 
Satellite dishes, 1:239, 240 
Satellites, 5:3788-3789, 3789 
archaeologic site detection, 1:292 
atomic clocks, 1:383 
cellular telephones, 1:852-853 
communications, 1:421, 5:3605, 
3788, 4036 
Earth’s rotation, 2:1421 
geostationary, 6:4709 
global positioning system, 
3:1965-1966 
microwave communications, 
4:2761 
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military, 5:4037-4038 
photography resolution, 4:3307, 
3307 
remote sensing, 5:3678—3679 
Vela, 3:1856-1857 
weather, 1:371 
See also Moons; specific satellites 
Satin bowerbirds, 1:646-647, 647 
Sato, Tsutomu, 5:3585 
Saturated fatty acids, 3:1692—1693, 
2204 
Saturated hydrocarbons. See Alkanes 
Saturated solutions, 5:4010 
Saturation, color, 2:1006 
Satureja hortensus. See Summer 
savory 
Saturn, 5:3790-3796, 3792 
atmosphere, 4:3353, 3355-3356, 
5:3790-3791 
Cassini spacecraft, 1:805-806, 
4:3353 
composition, 5:4003 
Great White Spot, 5:3791 
ice on, 3:2234 
moons, 5:3791t, 3793, 3793-3795 
radiation belts, 6:4546 
ring system, 4:3362-3364, 
5:3791-3793, 3792, 3794 
satellites, 5:3791t 
three-body problem, 1:834 
tidal effects, 1:833 
Voyager spacecraft, 5:3790, 3795, 
6:4619 
“Saturnian’’ atomic model, 1:385 
Saturniidae, 4:2860 
Satyr tragopans, 6:4402 
Satyridae, 1:699 
Saudi Arabia, 1:339, 2:1292 
Saunders Roe Nautical One (SRN1), 
3:2167 
Saurischia, 4:3182 
Sauromalus spp. See Chuckwallas 
Sauropods, 2:1334, 1339 
Saussure, Horace Bénédict, 1:370 
Savanna sparrows, 5:4050 
Savanna woodlands, 5:3632 
Savannas, 1:567, 2:1449, 5:3796-3799, 
3797, 6:4434 
Savant syndrome. See Savants 
Savants, 1:413, 5:3799-3801 
Savery, Thomas, 5:4134—-4135 
Sawfish, 5:3801 
Sawflies, 6:4465 
Sawgrass, 5:3843 
Saws, 3:2058, 4:2579-2580 
Sawsharks, 5:3903 
Sawyer, James, 5:3951 
Saxifraga spp., 5:3801—3803 
Saxifraga pensylvanica. See Swamp 
saxifrage 
Saxifragaceae. See Saxifrage family 
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Saxifrage family, 5:3801-3803, 3802 
Saxitoxin, 2:1102, 5:3417, 3655, 3656 
Sayornis phoebe. See Eastern phoebes 
Sayornis saya. See Say’s phoebes 
Say’s phoebes, 6:4499 
SBR (Styrene-butadiene), 5:3440 
SBSL (Single bubble sonolumines- 
cence), 5:4018 
SCA (Subsidiary Communications 
Authorization), 5:3597 
Scabies, 4:2799 
Scads. See Jacks (fish) 
Scalar, 1:7, 5:3803-3804 
Scale (size), 1:801 
Scale insects, 3:2316, 5:3804 
Scaled quails, 5:3559 
Scaleless blennies, 1:614 
Scaliger, Josephus Justus, 1:732 
Scallops, 1:605—607 
Scalopus aquaticus. See Common 
moles 
Scaly anteaters. See Pangolins 
Scaly-breasted lorikeets, 4:3217 
Scaly-tailed possums, 4:3281 
Scampi. See Norwegian lobsters 
Scandentia. See Tree shrews 
Scandium, 2:1528, 4:3260 
Scanners 
charge-coupled devices, 4:3315 
digital, 5:3805—3807 
finger, 4:2583—2584 
holographic optical elements, 
3:2146 
infrared detection, 3:2296—2297 
machine vision, 4:2581—2583 
Scanning electron microscopes, 
2:1230, 4:2752, 2754, 2755-2756, 
5:3807, 3807-3808, 3808 
Scanning monochromators, 4:2837, 
5:4059 
Scanning tunneling microscopes, 
4:2704, 2752-2753, 2756-2757, 
6:4481 
Scaphiopus holbrooki. See Eastern 
spadefoot toads 
Scaphopoda, 4:2828 
Scapolamine, 3:2051 
Scapula, 5:3939 
Scarab beetles, 1:510, 512 
Scarabaeidae. See Scarab beetles 
Scarlet elf cups, 4:2893 
Scarlet fever, 5:3809-3810 
Scarlet ibises, 3:2231 
Scarlet kingsnakes, 2:1463 
Scarlet snakes, 2:1463 
Scarlet sumacs, 1:804 
Scarlet tanagers, 6:4279, 4280 
Scarps, 3:2449 
Scartelaos spp., 3:1976 
Scatter graphs, 3:1990 
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Scattering (particles) 
atmospheric light, 1:376 
Kuiper belt objects, 3:2425 
tunneling, 6:4479-4480 

Scaumenacia spp., 4:2559 

Scaup, 2:1387, 1389 

Scavengers, 2:1027, 5:3810-3811, 

3811 

Scenopoeetes dentirostris. See Tooth- 

billed bowerbirds 

Schaefer, Vincent J., 6:4676-4677 

Schaller, George, 3:1979 

Schaudinn, Fritz Richard, 5:3898 

Schawlow, Art, 3:2456 

Schedules, operant conditioning, 

5:3665 

Scheele, Carl Wilhelm 
aldehydes, 1:122 
barium oxide, 1:470 
carbon dioxide, 1:772 
chlorine, 2:913 
combustion, 2:1019 
glycerol, 3:1968 
nitrogen, 4:2995 
oxygen, 4:3158 
potassium hydrogen tartrate, 

5:3455 

Schemas, 4:2680 

Schertel, Hans von, 3:2202 

Scheuchzeria spp., 1:307 

Scheutz, Edvard, 1:723 

Scheutz, George, 1:723 

Schiaparelli, Giovanni, 4:2632, 2699 

Schick test, 2:1344 

Schinopsis lorentzii, 1:804 

Schinus molle. See Pepper trees 

Schist, 4:2726, 5:4170, 6:4510, 4511 

Schistocerca gregaria, 3:1999 

Schistosoma spp., 2:1117, 4:3206 

Schistosoma japonicum, 6:4458 

Schistosoma mansoni, 4:3206 

Schistosomiasis, 6:4456—-4457, 4458 

Schistoste spp., 1:676 

Schizophrenia, 5:3539—3540, 

3811-3817 
antipsychotic drugs for, 
1:263-264, 5:3814-3816 
dopamine in, 2:1369 
neurotransmitters in, 4:2968 

Schizopyrenida, 1:186 

Schliemann, Heinrich, 5:4181 

Schlitz, Joseph, 1:659 

Schmidt, A. A., 1:251 

Schmidt, Hubert, 3:1662, 5:4181 

Schmidt, Maarten, 5:3572 

Schmiedeberg, Oscar, 2:1332 

Schmitt, Harrison, 4:3356 

Schneider, Kurt, 5:3813 

Schénlein, Johann, 3:2103 

Schou, Mogens, 4:2530 


Schrader, Gerhard, 4:2947 
Schrieffer, John Robert, 6:4235 
Schrédinger, Erwin 
atomic model, 1:386—387, 
394-395, 633-634 
electron clouds, 2:1515 
grand unified theory, 3:1985 
physics history, 4:3329 
quantum mechanics, 5:3566 
wave mechanics, 5:3568 
Schultes, H., 5:4018 
Schwabe, Samuel Heinrich, 4:2665, 
5:3994, 6:4225 
Schwann, T., 3:1853 
Schwann cells, 4:2962—2963 
Schwartz, K. V., 6:4296 
Schwarzschild, Karl, 1:608, 3:1649, 
5:3672 


Schwarzschild radius, 1:608, 609, 
3:1649, 2411-2412 

Schweigger, J. S. C., 2:913 

Schwinger, Julian, 5:3563 

SCID (Severe combined immunodefi- 
ciency), 1:43, 3:1895 

Scientific journals, 1:559 

Scientific method, 5:3817-—3820 

Scientific notation, 1:276 

Scientific Revolution, 6:4243-4244 

Scimitar-horned oryx, 4:3132, 3/33 

Scincidae, 5:3942 

Scincus spp. See Sandfish 

Scintigraphy, 2:1307, 5:3614-3615 

Scintillation cameras, 1:571, 5:36/5 

Scintillation detectors, 4:3220—3221, 
3221, 5:3588-3589 

Scirpus spp. See Bulrushes 

Scissor-tailed flycatchers, 6:4499 

Sciuridae. See Squirrels 

Sciuromorpha, 5:3753 

Sciurus spp. See Tree squirrels 


Sciurus alberti. See Tassel-eared 
squirrels 

Sciurus carolinensis. See Eastern gray 
squirrels 

Sciurus griseus. See Western gray 
squirrels 

Sciurus niger. See Eastern fox 
squirrels 

Sclera, 3:1684-1685 

Scleroderma, 1:416 


SCN (Suprachiasmatic nucleus), 
1:555 


Scolecophidia, 1:616, 5:3969-3970 


Scolopacidae, 2:1212, 5:3401, 3784, 
3912 


Scolopax saturata. See East Indian 
woodcocks 


Scolopendra gigantea, 1:856 
Scolytidae. See Bark beetles 
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Scolytus multistriatus. See Elm bark 
beetles 

Scolytus scolytus, 2:1550 

Scomber scombrus. See Atlantic 
mackerels 

Scomberomorus cavalla. See King 
mackerels 

Scomberomorus concolor. See 
Monterrey Spanish mackerels 

Scomberomorus maculatus. See 
Spanish mackerels 

Scomberomorus regalis. See Ceros 

Scomberomorus sierra. See Sierras 

Scombridae, 4:2626, 6:4474 

Scombroidei, 1:475, 4:2626 

Scophthalmus maximus. See Turbot 

Scopolamine, 4:2992, 6:4382 

Scoria, 3:2243 

Scorpaena grandicornis. See Plumed 
scorpionfish 

Scorpaena guttata. See California 
scorpionfish 

Scorpaenidae. See Scorpionfish 

Scorpio (constellation), 6:4552 

Scorpion flies, 5:3820 

Scorpionfish, 5:3820-3821, 3821 

Scorpions, 1:280, 3:2162, 6:4462 

Scorpius X-1, 6:4723 

Scotch broom, 3:2488 

Scotch pine, 1:22 

Scoters (ducks), 2:1389 

Scotland, 2:1644, 6:4510—4511 

Scotland Yard, 3:1786 

Scott, Robert, 1:234 

Scottish thistles, 6:4360 

Scouring rushes, 3:2164 

SCR 1845-6357 B, 1:671 

Scrapie, 3:2428, 5:3498 

Scratch tests, 4:2808—2809 

Screamers (birds), 5:3821 

Screech owls, 1:592, 4:3151 

Screening, hydraulic water, 1:297 

Screening tests, cancer, 1:747 

Screening tests, genetic. See Genetic 
screening 

Screw-worms, 3:2316, 6:4465 

Screwdrivers, 3:2058 

Screwpines, 5:3821-3822 

Screws, 4:2586—2587 

Scribner, Belding, 2:1310 

Scrophulariaceae. See Snapdragon 
family 

Scrotal cancer, 1:742, 779, 4:2901 

Scrotum, 5:3679 

Scrub typhus, 5:3727, 3728, 
6:4496-4497 

Scrubbers 

ultrasonic, 6:4505 
wet, 5:3432 
Scrubfowl, 4:2867 


SCSI (Small computer system inter- 
face), 2:1031 
Scuba diving, 1:694, 6:4514 
Scully, John, 4:3267 
Sculpins, 5:3822, 3822 
Scurvy, 2:954, 4:3055, 5:3941, 6:4602 
Scutellaria spp., 4:2793 
Scutigeromorpha spp., 1:856 
Scythe, 1:83 
SDS-PAGE (SDS-polyacrylamide gel 
electrophoresis), 2:1520-1521 
SDS-polyacrylamide gel electrophor- 
esis (SDS-PAGE), 2:1520-1521 
Sea anemones, 5:3822-3824, 3823 
commensalism, 2:1027, 
5:3823-3824 
hermaphrodites, 3:2119—2120 
The Sea Around Us (Carson), 2:1600 
Sea bass, 1:482-483, 3:2120 
Sea breezes, 3:2442-2443 
Sea canals, 1:739, 741 
Sea caves, 1:826 
Sea cucumbers, 5:3824 
Sea ducks, 2:1385 
Sea eagles. See White-tailed eagles 
Sea floor. See Ocean floor 
Sea-gulls. See Gulls 
Sea ice, 1:497-498 
See also Icebergs 
Sea Island cotton, 2:1156 
Sea Island Terminal, 4:3084 
Sea kale, 1:128 
Sea lampreys, 3:2440 
Sea level, 2:972-973, 5:3824-3825, 
3825 
atmospheric pressure, 1:378, 
3:2374 
barrier islands, 1:478—479 
coral reefs, 2:1134-1135 
fossils, 3:1804 
islands and, 3:2369-2370 
land below, 2:1643 
mass extinction, 4:2648 
North America, 4:3013 
paleoclimate, 4:3173—3175 
rising, 1:479, 494, 3:1957, 1967, 
2015, 5:3825 
shoreline protection, 5:3913, 3914 
storm surge, 5:4177-4178 
Sea lilies, 5:3825-3826 
Sea lions, 5:3826-3828, 3827, 
3832-3835, 6:4701 
Sea minks, 4:2785 
Sea moths, 5:3829 
Sea otters, 4:3/44, 3144-3145 
oil spills, 4:3086 
restoration ecology, 5:3709 
sea urchins, 1:127—128, 3:2409, 
2413 
Sea-pies, 4:3161 
Sea ravens, 5:3822 
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Sea salt. See Sodium chloride 
Sea slugs, 5:3959, 3967 
Sea snakes, 2:1461-1464 
Sea spiders, 5:3829 
Sea squirts, 5:3829-3830 
Sea stars, 3:2412-2413 
Sea surface temperature, 4:3173-3175 
Sea turtles, 2:1380, 6:4497, 4492-4493 
Sea urchins, 5:3830-3831 
fertilization, 3:1710 
kelp and, 1:127—128, 3:2409, 2413 
spiny, 2:1135 
Sea wasps, 3:2386 
Sea water. See Saltwater 
Seabirds, 1:233, 2:1380, 4:3086—3087 
Seaborg, Glenn, 2:1533, 1534, 1535, 
4:3264, 3266 
Seaborgium, 2:1535, 4:3265, 3266 
Seahorses, 5:3831, 3831-3832 
Sealants, dental, 2:1277 
Sealing wax palms. See Lipstick palms 
Seals, 5:3826, 3832, 3832-3835, 3833 
Antarctica, 1:233 
by-catch, 2:1380 
crabeater, 1:233, 5:3445 
fur, 2:1566, 5:3833 
ringed, 1:497 
Weddell, 1:233, 234, 6:4520 
Seamounts, 4:3075, 5:3836 
Search engines, Internet, 
3:2339-2340, 2340 
Search for Extra-Terrestrial 
Intelligence (SETI), 5:3876-3878 
Seas, inland, 2:1103 
Seashore biome, 1:569 
Seashore-buttercups, 1:699 
Seaside earwigs, 2:1427 
Seaside sparrows, 5:4051 
Seasonal affective disorder (SAD), 
1:555 
Seasonal winds, 5:3836—-3838 
Seasons, 5:3838-3839, 3839 
celestial sphere, 1:838 
precession of the equinoxes, 
5:3470-3471 
solar illumination patterns, 
5:3998—4000 
Seawalls, 5:3913-3914 
Seaweed, 1:127, 128, 629, 5:3981 
Seaweed flies, 6:4466 
Sebaceous glands, 1:27 
Sebertia acuminatea, 1:563, 3:2270 
Sebum, 3:2319 
Secale cereale. See Rye 
SECAM (Sequential color with mem- 
ory), 6:4569 
Sechium edule. See Chayotes 
Second-degree burns, 1:695 
Second-generation languages, 2:1060 
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Second law of motion. See Laws of 
motion 
Second law of thermodynamics. See 
Laws of thermodynamics 
Second malignancy, 3:2142 
Second messenger system, 3:2155 
Secondary colors, 2:1007 
Secondary consumers 
food web, 2:1589, 3:1771 
savanna, 5:3798 
trophic levels, 6:4447 
zooplankton, 6:4751 
See also Carnivores 
Secondary disease prevention, 2:1348 
Secondary forests, 5:3629 
Secondary hypertension, 3:2223, 2224 
Secondary pollutants, 1:99, 5:3840 
Secondary producers, 2:1447 
Secondary xylem, 6:4713-4714 
Secondhand cigarette smoke. See 
Environmental cigarette smoke 
Seconds, 1:383, 4:2739-2740 
The Secret of Nature Revealed 
(Sprengel), 3:1754 
Secret writing, 5:4146-4147, 4147 
Secretary birds, 1:592, 5:3633, 3634, 
3840-3841, 3841 
Secretors, 5:3841-3842 
Security 
computer hardware, 2:1057—1059, 
1058, 1059 
computer software, 2:1067—1068, 
3:2338 
infrared detection devices, 3:2297 
robotic vehicles, 5:3739 
Sedatives, 6:4408 
Sedges, 5:3796-3797, 3842, 
3842-3843, 6:4477 
Sediment and sedimentation, 5:3844, 
3844-3850, 38467, 3847 
abyssal plains, 1:7 
alluvium, 1:147 
beach nourishment, 1:494-495 
beaches, 5:3913 
behind dams, 2:1233 
coral reefs, 2:1136 
dating techniques, 2:1239 
deforestation, 3:1797 
delta formation, 2:1262—1265 
folds, 3:1770-1771 
geologic maps, 3:1922—1923 
glacial, 1:410 
historical geology, 3:2138 
landforms, 3:2448 
mass wasting, 2:1620-1621, 
3:2448, 5:3844 
ore formation, 4:3113 
paleobotany, 4:3173 
palynology, 4:3191 
particle size, 5:3845, 3846r 
samples, 1:317 
sewage, 5:3883 
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stream channel changes, 
5:4183-4184 
structure, 5:3848 
subsidence, 6:4205—4206 
transport, 1:148—149, 2:1619, 
1620-1621 
water pollution, 6:4650 
See also Stratigraphy 
Sediment load, 5:3845-3846 
Sediment traps, 5:3914 
Sedimentary basins, 1:481, 5:3433 
Sedimentary environment, 
5:3846-3848, 3850-3852, 4183 
Sedimentary geochemistry, 3:1919 
Sedimentary rocks, 5:3750—3751, 
3853, 3853 
age correlations, 2:1144-1145 
erosion, 5:3752 
formation, 5:4170-4171 
fossilization, 3:1806 
geodes, 3:1920 
paleomagnetism, 4:3176 
strata, 5:4178-4179 
stromatolites, 6:4193-4194 
thickness of, 6:4208-4209 
unconformities, 6:4510-4512 
See also Stratigraphy 
Sedimentology, 3:1926 
Seed banks, 5:3856 
Seed bugs, 6:4461 
Seed ferns, 1:519, 5:3853-3854 
Seed-hair fibers, 4:2923t, 2926-2927 
Seed Savers’ Exchange, 4:3373 
Seeding clouds, 4:2732, 5:3477 
Seedlings, 4:3320, 3368 
Seeds, 5:3854-3857, 3855, 6:4505 
angiosperms, 1:217 
conifer, 1:217 
dispersal, 1:490, 3:2161, 
5:3855-3856, 6:4472 
dormant, 3:1942-1943, 4:3371, 
5:3856 
evolution, 5:3428 
Fibonacci sequence, 3:1722 
fire and, 6:4256 
formation, 2:1555 
germination, 3:1942—1943, 4:3368 
planting techniques, 1:83 
post-wildfire, 6:4699 
Seesaws, 6:4391 
Segmented worms, 5:3857—3859 
brain, 1:652 
excretory system, 3:1667 
respiration, 5:3692, 3693 
Segner, Johann Andreas von, 
6:4483 
Segre, Emilio, 1:262, 2:1533 
Seguin, Marc, 6:4404 
Seismic activity. See Earthquakes; 
Seismic waves 
Seismic transition zones, 
2:1416-1417, 1419 


Seismic waves, 2:1418, 1419, 1424 
Gutenberg discontinuity, 
3:2033-2034 
reflections, 6:4207, 4516 
refraction, 6:4207-4208 
S-waves, 2:1418, 1419, 1424, 
5:3393 
subsurface detection, 6:4207—4208 
travel of, 2:1416-1417 
See also Earthquakes 
Seismograph, 4:3279, 5:3859-3860 
Seismology, 3:1926, 1935 
Seismometers, 5:3859-3860 
Seismosaurus spp., 2:1339 
Seiurus aurocapillus, 4:3149 
Seizures 
anticonvulsants for, 1:253—254 
electroencephalography, 2:1496 
grand mal, 1:253, 254, 2:1496, 
1612, 1613 
Jacksonian, 2:1612 
magnesium sulfate for, 4:2592 
from meningitis, 4:2687 
petit mal, 1:253, 254, 2:1496, 1612 
See also Epilepsy 
Selachii. See Sharks 
Selaginelidae, 4:2561 
Selaginella spp. See Spike mosses 
Selaginella selaginoides, 4:2561 
Selaginellaceae, 4:2561 
Selaginellidae, 4:2560 
Seldane. See Terfenadine 
Select Committee on GRAS, 1:705 
Selection. See Natural selection 
Selection-cutting, 4:3091 
Selective breeding 
crops, 1:90 
domestic animals, 1:90, 220-222, 
4:2536-2537 
eugenics, 2:1635—-1636 
monoculture, 4:2837—2838 
plants, 4:3370-3371 
Selective estrogen receptor modula- 
tors (SERMS), 4:2692, 3142 
Selective pressure, 3:1660 
Selective serotonin reuptake inhibi- 
tors (SSRIs), 1:255 
Selectively permeable membranes, 
4:3139 
Selenarctos thibetanus. See Asiatic 
black bears 
SELENE (Selenological and 
Engineering Explorer), 5:4033 
Selenidera maculirostris. See Spot- 
billed toucanets 
Selenium 
antioxidant effect, 1:260—261 
bioaccumulation, 5:3416 
biomagnification, 1:563 
dietary, 6:4401 
indicator species, 3:2270 
periodic table, 4:3263 
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photoelectric cells, 4:3303 
properties, 2:1528 
Selenological and Engineering 
Explorer (SELENE), 5:4033 
Seleviniidae, 4:2741 
Self-aligning bearings, 1:452 
Self esteem, 1:48 
Self-examination, 1:747 
Self-fertilization, 5:3896 
Self-incompatibility mechanism, 
6:4730 
Self-ionization, 4:3280 
Self-pollination, 5:3854 
Selfish DNA, 3:1913 
The Selfish Gene (Dawkins), 5:3862 
Selmi, Francesco, 2:999 
Selye, Hans Hugo Bruno, 
5:4185-4186, 4187 
Semaeostomeae, 3:2386 
Semantic memory, 4:2679-2680 
Semen, 5:3681 
Semen analysis, 3:2284-2285 
Semi-evergreen tropical forests, 1:568 
Semicircular canals, 2:1410 
Semiconductors, 2:1469-1470 
calculators, 1:724 
complementary metal-oxide, 
6:4420 
development, 2:1516 
diodes, 2:1341 
electrical conductivity of, 
2:1480-1482 
Hall effect, 3:2045—2046 
intrinsic, 2:1481 
lasers, 3:2458 
LED, 3:2481-2483 
machine vision, 4:2583 
microchips, 4:2748 
n-type, 2:1341, 1516, 3:2313-2314, 
6:4418-4419 
nanotechnology, 4:2918-2920, 
2919 
night vision enhancement devices, 
4:2989 
p-type, 2:1341, 1516, 3:2313-2314, 
6:4418-4419 
photovoltaic cells, 4:3322, 3323 
silicon, 2:1481, 5:3928 
See also Integrated circuits 
Semidiurnal tides, 6:4371 
Semimajor axis, 1:358-359 
Seminal fluid, 5:3681 
Seminiferous tublues, 5:3679, 3681 
Semipalmated plovers, 5:3401, 3401, 
3402 
Semipalmated sandpipers, 5:3785, 
3912 
Semipermeable membranes, 4:3137, 
3137, 3138, 5:4013 
Semmelweis, Ignaz P., 1:265, 3:1941 
Semnopithecus auratus. See Ebony 
leaf-monkeys 


Semnopithecus entellus. See Hanuman 
langurs 
Semnopithecus geei. See Golden leaf- 
monkeys 
Semnopithecus johnii. See Purple- 
faced, hooded-black leaf-monkeys 
Semnopithecus pileatus. See Capped 
leaf-monkeys 
Semnopithecus vetulus. See Purple- 
faced leaf-monkeys 
Semotilus margarita. See Pearl dace 
Senecio spp., 2:1038 
Senecio adnivalis. See Giant senecios 
Senecio jacobea. See European 
ragwort 
Senefelder, Johann Alois, 4:2531 
Senegal bushbabies, 4:2556 
Senile cataracts, 6:4600 
Sensation, 5:3534 
Sense physiology, 4:3249-3250 
Senses 
adaptation, 1:45 
brain function, 1:655 
cats, 1:817 
cave fish, 1:828 
cetaceans, 2:865—866 
Sensing, remote, 1:292—293, 
5:3677-3679 
Sensors 
acoustic wave, 6:4666 
automation, 1:420 
color vision, 4:2582 
in electronics, 2:1517 
infrared, 3:2293—2294, 2295-2298, 
2296 
optical, 4:258 1—2583, 5:3743 
robotics, 5:3742—3743 
tactile, 5:3743 
thermocouple, 6:4350-4351 
virtual reality, 6:4583 
Sensory memory, 4:2678 
Sensory neurons, 1:839, 4:2954, 2963 
Sensory organs. See Senses 
Sentinel 1000 (airship), 1:110 
Sentinel palms, 4:3190 
Sentinels, biomimetic, 1:552 
Senut, Brigitte, 3:2180 
Separation science, 4:2805 
Sepia latimanus, 2:1218, 1218 
Sepia officinalis, 2:1218 
Sepiidae. See Cuttlefish 
Sepkoski, J. J., 4:2648 
Septic tanks, 5:3885 
Sequence stars, 5:4158 
Sequences (mathematics), 
5:3863-3865 
Sequencing (genetic), 5:3865-3866, 
3915 
See also DNA sequencing 
Sequential camshaft, 5:3887—3888 
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Sequential color with memory 
(SECAM), 6:4569 
Sequential hermaphrodites, 3:2120 
Sequestrants, 3:1780—-1781 
Sequoia spp. See Sequoias 
Sequoia gigantea. See Giant sequoias 
Sequoia sempervirens. See Redwoods 
Sequoiadendron spp., 6:4256 
Sequoias, 2:1085, 5:3866—3868, 3867, 
6:4434, 4697 
Serax. See Oxazepam 
Serenoa spp., 4:3188 
Serial endosymbiosis, 2:920 
Seriation, 2:1237, 5:3460 
Sericulture, 4:2924—2926 
Series (mathematics), 5:3864 
Serinus canaria. See Common 
canaries 
Seriola spp., 3:2384 
Seriola dumerili. See Amberjacks 
SERMS (Selective estrogen receptor 
modulators), 4:2692, 3142 
Serology, 5:3868-3871, 3869 
Serotonin, 2:943, 6:4269-4270 
Serotonin dopamine antagonists, 
5:3816 
Serotonin reuptake inhibitors, 2:1286, 
4:2764, 2968 
Serpentine, 1:563, 3:2270 
Serpentinite, 4:2728 
Serranus subligarins. See Sea bass 
Serranus subligarius. See Belted 
sandfish 
Serratia marcescens, 1:558 
Serritermitidae, 6:4331 
Sertoli cells, 5:3890—-3891 
Sertérner, Friedrich W., 4:2850 
Servals, 1:817 
Servomechanisms, 5:3871—3873 
Sesame, 5:3873 
Sesamum spp. See Sesame 
Sesamum indicum, 5:3873 
Sesamum oreintale, 5:3873 
Sespe Condor Sanctuary, 2:1078 
Set theory, 5:3873-3876, 3874, 3875 
See also Sets 
Setcreasea spp., 5:4072 
SETI (Search for Extra-Terrestrial 
Intelligence), 5:3876-3878 
Setonix brachyrurus. See Quokkas 
Setophaga ruticilla. See American 
redstarts 
Sets 
Boolean algebra, 1:639 
closure property, 2:964-965 
countable, 2:1160-1162, 11614, 
1162t 
defined, 5:3874 
finite, 5:3874 
functions, 3:1833—1834 
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inequality, 3:2279-2281 
infinite, 1:782, 2:1161—-1162, 1162z, 
4:3095, 5:3874 
maps and mapping, 4:2618-2620, 
2619 
mean of, 4:2671 
mode, 4:2806—2807 
natural numbers, 4:2932 
one-to-one correspondence, 
4:3094—3095, 3095t 
ordered, 3:2280, 5:3875 
properties, 5:3873-3876, 3874, 
3875 
solution, 3:2280 
uncountable, 5:3875 
universal, 1:639 
Settling chambers, 5:3432, 3883 
Seturner, F. W. A., 4:2921 
Seven-gilled sharks, 5:3903 
Seven Sisters (star cluster), 5:4110 
Severe acute respiratory syndrome 
(SARS), 2:1611, 5:3878-3882 
Severe combined immunodeficiency 
(SCID), 1:43, 3:1895 
Seveso, Italy, 2:1342 
Sevier mountains, 4:3014 
Seville (bitter) oranges, 2:956 
Sewage 
composition, 5:3882-3883 
coral reefs, 2:1136 
Decomposition, 5:3883, 3884 
effluent, 5:3883, 3884 
nitrogen cycle, 4:3001 
non-point source pollution, 4:3009 
sludge, 2:1047, 5:3883, 3884, 3885, 
6:4637 
Sewage treatment, 5:3433, 3882-3886 
bioremediation, 1:573—574 
oxidation-reduction reaction, 
4:3156 
oxygen treatment, 4:3160 
phosphorus removal, 4:3295—3296 
water treatment, 6:4651—4653, 
4652 
Sewing machines, 3:2278, 
5:3886-3888 
Sewing needles, 3:2058 
Sex addiction, 1:48 
Sex cells. See Germ cells 
Sex change, 5:3888-3890 
Sex chromosomes, 2:935 
aneuploidy, 2:930—931, 3:1893 
cell division, 2:929, 937 
genetic disorders, 3:1890—1891 
meiosis mutations, 4:2675 
sex determination, 5:3890—3891 
Sex determination, 1:243, 
5:3890-3892 
Sex hormones, 3:2024 
Sex-linked heredity, 3:2298 
Sex offenders, 2:1356-1357 
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Sex reassignment surgery, 
5:3889-3890 
Sex selection, 1:225 
Sex-sorted sperm, 1:225 
Sextants, 5:3892-3893, 3893 
Sexual arousal, 5:3682, 3685-3686 
Sexual behavior, 2:903—904, 4:3288, 
5:3547 
Sexual dimorphism, 1:590, 2:1434, 
5:3861, 3893-3894 
Sexual reproduction, 5:3679-3686, 
3894-3896 
angiosperms, 1:217 
diatoms, 2:1314 
protozoa, 5:3529 
Sexual sterilization, 2:1120—-1121, 
1636 
Sexually transmitted diseases, 2:1117, 
5:3896-3903, 3897 
Seychelles Islands, 2:1570 
Seychelles Islands coconuts, 5:3855 
Seyfert galaxies, 1:39, 3:1847, 5:3572 
SFC (Supercritical Fluid 
Chromatography), 2:927 
SGEMP (Systems-generated electro- 
magnetic pulse), 2:1507 
Shad, American, 3:2126—2127 
Shaddocks, 2:956 
Shadflies. See Mayflies 
Shading (perception), 2:1286 
Shaduf, 1:81, 2:1169 
Shagbark hickories, 6:4629 
Shaggy manes, 4:2893 
Shags. See Cormorants 
Sahara Desert, 2:1294 
Shakespeare, William, 5:3898, 6:4550 
Shale, 1:502, 5:3751, 4170-4171, 6:4511 
Shallow hibernation, 3:2133 
Shallow open-water wetlands, 6:4688 
Shamir, Adi, 2:1203 
Shampoos, 1:778 
Shape constancy, 4:3227 
Shapers (machine tools), 4:2578 
Shaping techniques, 2:1054, 
5:3665-3666 
Shapley, Harlow, 2:1152, 3:1844, 
2100, 4:2769-2770, 6:4551 
Shark fin soup, 5:3907 
Sharks, 1:796-797, 2:1380, 
5:3903-3908, 3904 
Sharp, Phillip, 5:3735 
Sharp-shinned hawks, 1:592, 3:2063, 
2065 
Sharp-tailed sparrows, 5:4050 
Shea, James H., 6:4523 
Shear stress, 2:1465, 6:4592 
Shearwaters, 4:3273-3274 
Sheep, 5:3908-3911, 3909 
cloned, 2:960, 962, 3:2175 
domestic, 4:2538, 5:3909-3910 


number of, 2:1191, 4:2537 
scrapie in, 3:2428 
Sheep bot flies, 6:4466 
Sheep scab mites, 4:2799 
Sheepshead minnows, 3:2414 
Sheet erosion, 5:3992 
Sheet lightning, 4:2516 
Sheet metal, 4:2722 
Shelf-margin reefs, 2:1135 
Shell midden analysis, 5:3911 
Shell mold casting, 4:2720 
Shellac, 5:3687 
Shellfish poisoning 
amnesic, 5:3655 
cholera from, 2:921 
diarrhetic, 5:3655 
paralytic, 2:1102, 5:3417, 3655 
red tides, 1:128, 5:3655—3656 
Shells, 3:2317, 4:2828-2829, 5:3523, 
3968 
Shenandoah salamanders, 5:3773 
Sheng, Pi, 5:3492 
Shephard, Alan B., 5:4042 
Shiatsu. See Acupressure 
Shield volcanoes, 4:2873, 6:4611 
Shielded metal arc welding (SMAC), 
6:4684 
Shift work, 1:556, 5:3953 
Shifting cultivation, 5:3945 
Shiga-like toxin, 2:1625 
Shigella spp., 2:1593, 1594 
Shigella dysenteriae, 2:1399-1400 
Shigellosis, 2:1399 
Shiitake, 4:2894 
Shin oaks, 4:3064 
Shingles, 2:893, 896, 5:3911-3912, 
6:4554-4555 
Shining cuckoos, 2:1210 
Shining sumacs, 1:804 
Ship rats. See Black rats 
Ships 
displacement, 1:694 
nautical archaeology, 4:2932-2935 
steam power, 3:2279, 6:4483-4485 
Shipworms, 1:605—607 
Shipwrecks, 4:2932-2935, 6:4520 
Shire horses, 3:2161 
Shivering, 3:2227 
Shock waves, 1:61, 4:2533-2534 
Shockley, William, 2:1516, 6:4542 
Shoe-billed kingfishers, 3:2416-2417 
Shoemaker, Carolyn, 3:2398 
Shoemaker, Eugene M., 1:354, 
3:2398 
Shoemaker-Levy comet, 2:1026, 
3:2392, 2398 
Shooting stars, 4:2733 
Shopping bags, biodegradable, 1:541 
Shore birds, 2:1181—1182, 5:3912 
Shoreline protection, 5:3913-3915 
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Short-billed marsh wrens, 6:4720 
Short bones, 5:3940 
Short-day plants, 3:1755—-1756 
Short-focal-length refracting tele- 
scopes, 2:1024 
Short-grass prairies, 3:1992 
Short-haried cats, 1:818 
Short-nosed cattle lice, 4:2506 
Short-nosed rat-kangaroos, 3:2404 
Short-tailed chinchillas, 2:905 
Short-tailed hawks, 3:2065 
Short-tailed monitor lizards, 4:2833 
Short-tailed shrews, 5:3916 
Short tandem-repeats (STRs), 2:1357, 
1358 
Short-term memory, 4:2678—2679 
Short-toed eagles, 2:1406 
Short-winged flying fish, 3:1767 
Short-winged grebes, 3:2010 
Shortgrass prairie, 5:3461 
Shortnose gars, 3:1860 
Shortwave radio, 5:3597, 3600 
Shotgun cloning, 5:3915 
Shotgun sequencing, 5:3866, 3915 
Shoulder blade, 5:3939 
Showerheads, low-flow, 6:4644—4645 
Showy lady-slippers, 4:3/08, 3110 
Showy orchis, 4:3110 
SHOX gene, 6:4489 
Shredding solid waste, 3:2445-2446 
Shrew-moles, 4:2827 
Shrews, 5:3915-3917 
classification, 6:4329 
elephant, 2:1542-1543, 1543, 
6:4435 
otter, 4:3143 
tree, 6:4435—-4437 
venomous, 4:2841—2842 
wood, 3:2095 
Shrike-vireos, 6:4579, 4580 
Shrikes, 5:3917, 3917-3918 
Shrimps, 1:629, 5:39/8, 3918-3919 
Shrub roses, 5:3761 
Shrubland deserts, 5:3632 
Shuffling cards, 2:1016 
SI. See International System of Units 
Siala sialis. See Western bluebirds 
Sialia currucoides. See Mountain 
bluebirds 
Sialia mexicana. See Western 
bluebirds 
Sialia sialis. See Eastern bluebirds 
Siamangs, 3:1946-1948, 1948 
Siamese cobras, 2:/462 
Siberia, 4:2843-2844 
Siberian blue robins, 5:3737 
Siberian cranes, 2:1171 
Siberian express, 1:98 
Siberian weasels, 6:4669 
Sibling species, 6:4499 


Sibutramine, 1:469, 4:3071 
Siccar Point, 6:4510-4511 
Siciian sumacs, 1:804 
Sick building syndrome, 3:2272, 
2274-2275 
Sickle cell anemia, 1:210, 619, 
5:3919-3925, 3920 
carriers, 1:790, 5:3920-3921 
causes, 1:177, 600, 3:1892, 
5:3920-3921 
childhood, 2:898 
hemoglobin in, 3:2102, 
5:3919-3920 
malaria and, 4:2610, 5:3921 
Sickle cell test, 5:3922 
Sickles, 1:83 
Sicyos angulatus. See Bur-cucumbers 
Side-angle-side congruence, 
2:1079-1080 
Side effects, extrapyramidal, 
5:3815-3816 
Side-stripped jackals, 1:752 
Sideneck turtles, 6:4492 
Sidereal days, 1:838 
Sidereal years, 1:730, 838, 6:4374, 
4559 
Siderite, 3:2363 
Sidetone, 6:4308 
Sidewinder missiles, 5:3748 
SIDS (Sudden infant death syn- 
drome), 6:4215-4218 
Siebe, Augustus, 6:4514 
Siemans, Frederick, 5:4140 
Siemans, William, 5:4140, 6:4303 
Siemens, Ernest Werner von, 2:1546 
Sierra Leone diamonds, 2:1311 
Sierra Nevadas, 4:3014 
Sierra redwoods. See Giant sequoias 
Sierras (fish), 4:2587—2588 
Sieve of Eratosthenes, 5:3925 
Sieverts, 5:3591, 3611 
Sifakas, 3:2493 
Sight. See Vision 


Sigmodontinae. See New World rats 
and mice 
Sigmoidoscopy, 2:1577—1578 
Sign language, 1:271, 2:904, 5:4066 
Signal-to-noise ratio (SNR), 
5:3582-3583 
Signatures 
digital, 2:1068 
doctrine of, 2:1041, 6:4630 
Signed numbers, 1:52, 4:2881—2882 
Silage, 3:1994 
Silene spp., 5:3768 
Silent Spring (Carson), 2:1242, 1600, 
3:2302, 4:3271 
Silica, 5:3928 
astroblemes, 1:355 
in ceramics, 2:859 
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continental crust, 2:1104 
geysers, 3:1946 
stones, 5:4171 
Silicates, 4:2779-2780, 5:3927-3928 
crystalline structure, 2:1207 
glass, 3:1960 
meteorites, 4:2736 
Silicic acid, 6:4680 
Silicon, 5:3926-3928 
amorphous, 4:3323, 5:3926 
crystalline structure, 4:3323, 
5:3926 
dietary, 6:4401 
Earth’s crust, 2:1525, 3:1919, 
4:2778, 2778t 
integrated circuits, 2:1516—-1517 
photovoltaic cells, 4:3305, 3321, 
3323 
production, 5:3782 
semiconductors, 2:1481, 5:3928 
steel alloys, 4:2719, 5:4141 
transistors, 6:4417-4418 
Silicon carbide, 1:3-4, 2:860, 1044, 
5:3928 
Silicon dioxide, 3:1959, 4:2590, 5:3927 
Silicon nitride, 2:861 
Silicone gel, 5:3514 
Silicones, 5:3928 
Silicosis, 5:3700 
Silk, 4:2922, 2924-2926, 2926, 6:4338 
Silk cotton family, 5:3929, 3929-3930 
Silk moths, 4:2860, 2877, 2924-2926 
Silk-oaks, 5:3515 
Silk spiders, 1:280-281 
Silk tree, 5:3929 
Silkworms. See Silk moths 
Silky anteaters, 1:238 
Silt, 5:3845, 3846r 
Silurian period, 1:71 
Siluridae spp., 1:811 
Siluriformes, 1:810 
Silver, 5:3471, 3473 
amalgam fillings, 2:1274-1275 
classification, 4:2780 
discovery, 2:1526 
electroplating, 2:1499 
in galvanic cells, 1:848 
mole of, 4:2811 
ores, 4:3112 
properties, 2:1528 
solder, 5:4007 
sterling, 1:147 
Silver bromide, 4:3309 
Silver carp, 4:2786 
Silver dik-diks, 2:1333 
Silver iodide, 5:3477 
Silver maples, 2:1033, 4:2621 
Silver/oxide zinc cell batteries, 1:491, 
492, 493 
Silver shiners, 4:2786 
Silverfish, 1:667 
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Silvery marmosets, 4:2628-2629 
Silviculture, 3:1794-1795 
Silybum spp., 6:4359 
Silybum marianum. See Milk thistles 
Simian immunodeficiency virus (SIV), 
5:3713 
Simian jackals, 1:752, 754 
Similars, law of, 1:161-162 
Simon, Herbert, 1:327 
Simple machines, 4:2584—2587, 2585 
Simple Mail Transfer Protocol 
(SMTP), 3:2336 
Simpson, James Young, 1:211, 2:909, 
918 
Simpson, O. J., 2:1358, 3:1791 
Simulated radioactivity, 6:4209 
Simulation, computer. See Computer 
modeling 
Simulation Model of Automobile 
Collisions (SMAC), 2:1064 
Simulators, flight, 6:4582—4583 
Simulidae, 6:4466 
Simultaneous equations. See Systems 
of equations 
Simultaneous hermaphrodites, 
3:2119-2120 
Sin Nombre virus, 3:2059 
Sinapis alba. See White mustard 
Sine function, 1:276 
Sinemet, 4:3213 
Singer, Isaac Merritt, 5:3887 
Singer, Peter, 6:4607 
Singing bush larks, 3:2455 
Singing voles, 6:4615 
Single bubble sonoluminescence 
(SBSL), 5:4018 
Single-cell microorganisms, 4:3123 
Single-housing planers, 4:2578 
Single locus probes (SLB), 4:3228 
Single-mode fiber optics, 3:1717, 1720 
Single Nucleotide Polymorphism 
Consortium, 3:2184 
Single nucleotide polymorphisms 
(SNPs), 3:2184-2185, 4:3228 
Single-phase induction motors, 
2:1474 
Single photon emission computerized 
tomography (SPECT), 4:3030-3031, 
5:3452, 3615, 3622 
Sinkholes, 3:2435, 5:3930-3932, 3931, 
6:4205 
Sino-atrial (SA) node, 1:781, 
2:947-948 
cardiac cycle, 3:2080—2081 
electrocardiography, 2:1490-1491 
rhythm control and impulse con- 
duction, 3:2087 
Sinosauropteryx, 2:1337 
Sinsuses, 5:3937 
Sintering, 2:861 
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Sinters, 3:1946 

Sinus arrhythmia, 2:1492 

Siphonaptera, 3:1743 

Siphonophora, 3:2387 

Sipunculida. See Peanut worms 

Sipunculus spp., 4:3234 

SIR-C/X-SAR Radar, 1:294-295 

Siren intermedia. See Lesser sirens 

Siren lacertina. See Greater sirens 

Sirenidae. See Sirens 

Sirens, 5:3770, 3772 

Sirius, 4:2516, 5:4154-4155, 6:4693 

Sisal, 1:172 

Sister chromatid, 2:936 

Sistrurus spp. See Rattlesnakes 

Sisymbrium altissimum. See Tumble 
mustards 

Site-directed mutagenesis, 4:2904 

Sitka spruces, 5:4090 


Sitophilus granarius. See Grain 
weevils 


Sitta spp. See Typical nuthatches 
Sitta canadensis. See Red-breasted 
nuthatches 
Sitta carolinensis. See White-breasted 
nuthatches 
Sitta pusilla. See Brown-headed 
nuthatches 
Sitta pygmaeus. See Pygmy 
nuthatches 
Sitter, Willem de, 2:1153 
Sittidae, 4:3053 
SIV (Simian immunodeficiency virus), 
5:3713 
Six-gilled sharks, 5:3903 
Six-rowed barley, 1:472, 3:1994 
Size constancy, 4:3227 
Sjogren’s syndrome, 1:416 
SKA (Square kilometer array), 6:4319 
Skarn, 4:2724 
Skate (submarine), 6:4204 
Skates (fish), 1:796—-797, 5:3644-3645, 
3932, 3932-3933 
Skelaxin. See Metaxalone 
Skeletal analysis, 5:3933-3935, 3934 
dating techniques, 2:1237—1238, 
1270-1271 
dinosaur bones, 2:1337 
DNA fingerprinting, 2:1359 
fossilization, 3:1806 
odontology, 4:3081 
paleopathology, 4:3186—3187 
taphonomy, 6:4281 
Skeletal muscles, 4:2886, 2887, 
2887-2889 
biochemical oxygen demand, 1:538 
muscle relaxants for, 4:2884—-2886 
reflexes, 5:3661 


Skeletal remains. See Skeletal analysis 


Skeletal system, 1:205, 4:3122, 
5:3935-3942, 3936, 3937, 3938 
appendicular, 5:3936, 3939 
axial, 5:3936-3939 
muscular system and, 4:2888—2889 
sponges, 5:4085 
Skew curves, 2:1215 
Skiff beetles, 1:510 
Skilletfish, 2:959 
Skimmers (dragonflies), 2:/379, 1380 
Skin, 1:205, 3:2251, 2317-2319, 2318 
Skin cancer 
causes, 1:742, 3:2319, 4:2901, 2903, 
3165, 5:3591 
mortality, 1:745 
Skin disorders, 3:2319 
autoimmune, 1:417 
bacterial, 1:445 
Skin fold test, 2:1429-1430 
Skin friction, 1:60 
Skin grafts, 1:29, 5:3383, 6:4426, 4428 
Skin patch tests, 1:143 
Skin peels, 5:3384 
Skin ulcers. See Decubitus ulcers 
Skinfold calipers, 4:3067 
Skinks, 5:3783, 3942, 3942-3943 
Skinner, B. F., 1:517, 2:1075, 5:3665 
SKIPJACK algorithm, 2:959 
Skippers (butterflies), 1:699 
Skirts, hovercraft, 3:2168 
Skuas, 5:3943 
Skull 
anatomy, 5:3936—-3937 
anthropometric measurement, 
1:243, 244 
Skullcaps, autumn, 4:2893 
Skunk cabbage, 1:333, 333, 6:4664 
Skunk currants, 5:3803 
Skunkbush, 1:804 
Skunks, 5:3943-3945 
Sky 
blue color of, 1:376, 2:1005—1006 
night, 2:1152 
Rayleigh scattering, 5:3644 
Sky people, 1:286 
Skylab, 5:4044 
Skylarks, 3:2455 
Skyscrapers, 1:718 
Skywriting, 6:4378 
SLAC (Stanford Linear Accelerator 
Center), 1:/0, 10-11 
Slag, 1:299, 3:2363, 5:4139-4140 
Slaked lime. See Calcium hydroxide 
Slamonella typhimurium, 1:337 
Slaraiinae, 1:614 
Slash-and-burn agriculture, 
2:1187-1188, 1259, 5:3945-3947, 
3946, 3991 
Slate, 4:2726, 5:3751 
Slaty ant-pipits, 1:228 
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Slave machines. See 
Servomechanisms 
SLB (Single locus probes), 4:3228 
SLBMs (Submarine-launched ballis- 
tic missiles), 1:453-454 
Sleep, 1:656, 5:3947-3950 
biological rhythms, 1:554 
infants, 6:4217, 4218 
non-REM, 1:656, 3:2305, 5:3947, 
3949-3950 
See also Rapid eye movement 
(REM) sleep 
Sleep apnea, 4:3070, 5:3951, 3952 
Sleep deprivation, 5:3948 
Sleep disorders, 5:3951-3954, 3952 
Sleep-wake cycle, 5:3949-3950, 3954 
Sleeping sickness, 5:3954—3956 
Sleepwalking, 5:3953 
Slender-billed vultures, 6:4624 
Slender-leaved sundews, 1:787 
Slender lorises, 4:2554, 2555 
Slender-tailed cloud rats, 5:3641 
Slide projectors, 4:3311-3312 
Slides. See Landslides 
Slime molds, 5:3525—-3526, 3956-3957 
Slimy sculpins, 5:3822 
Sling psychrometer, 3:2185 
Slipher, Vesto M., 1:525, 2:1152 
Slit-faced bats, 1:487 
Slit-shells, 5:3967 
Slopes 
erosion, 2:1621—1622 
mass wasting, 4:2656—2660 
Slot machines, 5:3631 
Sloth bears, 1:496, 498 
Sloths, 1:512, 5:3957, 3957-3958 
Sloughs, 6:4688 
Slovenian karst topography, 
3:2404-2406 
Slow lorises, 4:2555 
Slow twitch muscles, 4:2888 
Sludge, 2:1047, 5:3883, 3884, 3885, 
6:4637, 4652 
Slugs, 5:3958-3959, 3966 
Slumps (mass wasting), 4:2656 
Slurry, 3:1647 
Slurry explosives, 3:1677 
SMAC (Shielded metal arc welding), 
6:4684 
SMAC (Simulation Model of 
Automobile Collisions), 2:1064 
Small Astronomy Satellite-D. See 
International Ultraviolet Explorer 
Small-clawed otters, 4:3144, 
3145-3146 
Small Computer System Interface 
(SCSD, 2:1031 
Small Explorer program, 5:4033 
Small-flowered verbena, 6:4565 
Small intestines, 2:1326 


Small milkweed bugs, 6:4461 
Small mouth buffalos, 6:4215 
Small nuclear ribonucleoprotein 
(snRNP), 5:3736 
Small nuclear RNA (snRNA), 3:1880, 
5:3734-3735, 3736 
Small quantity generators (SQS), 
3:2069 
Small scale integration (SSD, 3:2313 
Small tooth sawfish, 5:3801 
Smalley, Richard Errett, 1:680, 4:2917 
Smallmouth bass, 1:481 
Smallpox, 5:3959, 3959-3961 
biological warfare, 1:582, 5:3960, 
3961, 6:4665 
causes, 1:582, 5:3959, 6:4555 
history, 3:1940—1941, 2246, 2254, 
5:3959 
Smallpox vaccines, 1:249—250, 2:895, 
3:1941, 2246, 5:3960, 3961, 6:4555 
Smallwing flying fish, 3:1767 
SMART-1, 4:2847 
Smart cards, 1:570 
“Smart phones,” 4:3268-3269 
Smeaton, John, 6:4655 
Smell, 5:3961-3965, 3962 
cats, 1:817 
cetaceans, 2:865-866 
chemoreception, 2:890 
taste, 6:4291 
territoriality, 6:4337 
Smelters, 1:20, 5:4139-4140 
Smilaceae, 4:2517 
Smilax spp., 4:2517 
Smiling, 5:3975 
Smilodon fatalis. See Saber-toothed 
cats 
Sminthopsis spp., 4:2643 
Smith, David W., 3:1711 
Smith, E. S., 5:3985 
Smith, H. D., 6:4663 
Smith, J. B. L., 2:990-991 
Smith, Sydney, 2:1332 
Smith, Theobald, 3:2246 
Smith, William, 2:1145, 3:1922, 1923 
Smith Papyrus, 6:4243 
Smithsonian Institution, 2:1454 
Smog, 1:99, 99, 3:1768, 5:3965-3966 
California, 4:3162, 5:3431, 3966 
incineration emissions, 3:2268 
nitrogen dioxide, 4:2998 
ozone in, 1:99, 4:3162, 5:3965, 3966 
Smoke, 1:64, 367 
Smoke detectors, 1:152 
Smoke trees, 1:804 
Smoked food, 3:1777-1778 
Smokeless tobacco, 2:941 
Smoking. See Cigarette smoke 
Smoking cessation, 2:943-944 
Smoot, George Fitzgerald, HI, 3:2295 
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Smooth-billed anis, 2:1210 
Smooth-fronted crocodiles, 2:1185 
Smooth muscles, 4:2886—2887, 
2889-2890, 5:3661 
Smooth newts, 4:2980 
Smooth otters, 4:3145 
Smooth sumacs, 1:804 
SMTP (Simple Mail Transfer 
Protocol), 3:2336 
Smuts, 5:3767, 3767-3768 
SN 1987A (star), 6:4552 
Snags (forestry), 4:3091, 6:4716 
Snail kites. See Everglade snail kites 
Snails, 4:2828, 5:3966-3969, 3967 
evolution, 4:2829, 5:3967-3968 
hermaphrodites, 3:2119-2120 
neurotransmitters, 4:2969 
Snake bites, 2:1463-1464 
Snake eagles. See Short-toed eagles 
Snake mackerels, 4:2626 
Snake-mouth orchids. See Rose 
pogonia 
Snake skinks, 5:3943 
Snakeflies, 5:3969 
Snakes, 5:3969-3972 
coral, 2:1461-1464 
desert, 2:1294 
elapid, 2:1461—1464, 1462, 
5:3969-3970 
ovoviviparous, 4:3149-3150, 
6:4605 
sea, 2:1461—1464 
tiger, 2:1463 
venom, 2:1463-—1464, 5:3970 
Snapdragon family, 5:3972, 
3972-3973 
Snapping shrimps, 5:3918 
Snapping turtles, 6:4492, 4493 
Snapshots, 4:3312 
Sneath, P. H. A., 6:4294, 4295 
Snell, George D., 3:2249 
Snell, Willebrord, 4:2513 
Snell’s law of refraction, 3:1715-1716 
Snider-Pellegrini, Antonio, 5:3392 
Snipes, 5:3784, 3785, 3912 
Snow, 1:21, 5:3475-3477 
Snow, John, 2:1610, 3:1941 
Snow buntings, 5:4051 
Snow buttercups, 1:699 
Snow finches, 3:1729 
Snow fleas, 5:4089 
Snow geese, 3:1870, 1872, 1873 
Snow leopards, 1:815, 816 
Snowbirds. See Snow buntings 
Snowdrops, 1:171 
Snowshoe hares, 3:2433, 6:4701 
Snowy egrets, 3:2123, 2125 
Snowy owls, 1:592, 4:3151 
Snowy plovers, 5:3402 
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SNPs (Single nucleotide polymorph- 
isms), 3:2184—-2185, 4:3228 
SNR (Signal-to-noise ratio), 
5:3582-3583 
snRNA (Small nuclear RNA), 3:1880, 
5:3734-3735, 3736 
snRNP (Small nuclear ribonucleo- 
protein), 5:3736 
Soap, 1:777-778, 3:1693, 1968, 
5:3973-3974, 4138-4139 
Soay sheep, 5:3908-3909 
Sobrero, Ascanio, 3:1674 
Social behavior, 1:518, 5:3974-3975 
Social phobia, 4:3289 
Social psychology, 5:3535 
Social weavers, 6:4681 
Society of Dyes and Colourists, 
2:1397 
Society of Thoracic Surgeons, 6:4360 
Sociobiology, 5:3974-3975 
Socrates, 1:792 
Sod webworms, 4:2860 
Soda ash. See Sodium carbonate 
Soda pop. See Cola beverages 
Sodbuster provision, 5:3992 
Soddy, Frederick, 1:151, 393, 2:1299, 
3:2377 
Sodium, 1:132—134, 5:3975-3978 
Earth’s crust, 2:1525, 5:3976 
lamps, 1:283 
octet rule, 4:3079-3080 
physiologic role, 4:3061 
potassium ion exchange, 3:2355 
production, 2:1497-1498, 
5:3976-3977 
properties, 1:133, 5:3976 
sodium chloride from, 4:2825 
uses, 1:133-134, 5:3977 
Sodium aluminate, 1:166 
Sodium aluminum sulfate, 1:165 
Sodium amides, 1:174 
Sodium amytal, 5:4082 
Sodium benzoate, 1:521, 5:3978-3980 
Sodium bicarbonate, 5:3980-3981 
alkalinity, 1:21 
blood gas analysis, 1:623 
buffers, 1:684 
citric acid with, 2:952 
ulcers, 6:4501 
uses, 1:134, 5:3980-3981 
Sodium carbonate, 5:3976, 3981-3982 
bleach, 1:613 
uses, 1:133-134, 5:3977-3978, 3982 
Sodium chloride, 5:3779-3780, 
3982-3984 
blood plasma, 5:3381 
crystalline, 2:1207 
electrolysis, 2:1497-1498 
formation, 4:2825 
industrial uses, 3:2277 
molecular formula, 4:2816 
octet rule, 4:3079—3080 
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particle size, 1:367 
production, 5:3976, 3983 
properties, 2:1500, 5:3983 
sources, 2:913 
uses, 1:134, 2:1254, 5:3977, 
3983-3984 
Sodium cyanide, 1:174 
Sodium hydrogen carbonate. See 
Sodium bicarbonate 
Sodium hydroxide, 5:3984—3985 
production, 2:1498, 5:3973 
uses, 1:133, 134, 5:3977, 3984-3985 
Sodium hypochloride, 1:613-614, 
5:3985-3986 
Sodium iodide, 5:3589 
Sodium nitrate, 4:2996, 2997 
Sodium nitrite, 1:133, 4:2997 
Sodium perborate, 1:614 
Sodium-potassium pump 
action potentials, 1:37 
cell membrane transport, 1:850 
electrocardiography, 2:1491 
nerve impulses, 4:2951, 2955-2956 
neurotransmitters, 4:2967 
Sodium silicate, 5:3978 
Sodium stearate, 5:4139 
Sodium sulfate, 1:133, 134, 5:3978 
Sodium/sulfur cells, 1:493 
Sodium tripholyphosphate, 1:541 
SOFIA (Stratospheric Observatory 
for Infrared Astronomy), 3:2294 
Soft drinks. See Cola beverages 
Soft-mud process, 1:662 
Soft pines, 4:3342 
Soft rushes, 5:3766, 3767 
Softshell turtles, 6:4491-4492 
Software. See Computer software 
Softwood, 6:4434, 4714 
SOHO (Solar and Heliospheric 
Observatory), 5:4001, 6:4229, 4232 
Soil, 5:3987, 3987-3991 
acidic, 1:87, 182, 4:2994 
acidification, 1:21, 91, 573, 3:2470 
agriculture and, 5:3989-3990 
alkaline, 1:87 
bioremediation, 1:572—573, 574 
Biosphere Project, 1:578 
contaminated, 2:1097—1100 
denitrification, 2:1272—1273 
desalination, 1:572 
desertification, 2:1294 
electrical resistivity measurements, 
1:292-293 
formation, 2:1621, 3:2470, 
5:3987-3988, 6:4678-4680 
grasslands, 3:2000 
horizons, 3:2151, 5:3987, 
3988-3989 
humus, 2:1045, 1046, 1247, 
3:2188-2189 
lateritic, 5:3946 


leaching, 3:2151, 2366, 2469-2470, 
5:3988 
liquefaction, 2:1425, 6:4205 
Mars, 6:4573 
mass wasting, 4:2658 
microorganisms, 5:3990 
neutralization, 4:2970—2971 
nutrient loss from, 1:90-91 
organic farming, 4:3117—-3118 
organic matter in, 1:90, 
4:3117-3118, 5:3987, 3992 
salinization, 3:2366 
savanna, 5:3798 
selenium, 1:563, 3:2270 
serpentine, 1:563, 3:2270 
stratigraphic mapping, 1:290-291 
tilth, 1:91, 4:3117-3118 
wetlands, 6:4689 
wildfires, 6:4698-4699 
See also Erosion 
Soil and Water Resource 
Conservation Act, 5:3992 
Soil conditioners, 1:87 
Soil conservation, 5:3991-3993, 
6:4335 
Soil Conservation Service, 5:3991 
Soil creep, 4:2658—2659 
Soil erosion. See Erosion 
Soil management 
agronomy research, 1:90-92 
conservation, 5:3991—3993 
drought, 2:1384 
horticulture, 3:2165 
plant disease prevention, 4:3378 
Sojourner rover, 4:2641 
Sokal, R. R., 6:4294, 4295 
Sola, Jose Comas, 5:3794-3795 
Solanaceae. See Nightshades 
Solanacene. See Nightshades 
Solanum spp., 1:139 
Solanum melongena. See Eggplant 
Solanuum tuberosum. See Potatoes 
Solar activity cycle, 5:3994-3996, 
3995, 3997, 6:4228-4229 
diurnal, 2:1354 
Little Ice Age, 6:4231-4232 
Maunder minimum, 4:2666, 3174, 
5:3994 
solar prominences, 5:4000—4001 
sunspots, 5:3994-3996, 3995, 
6:4229, 4230-4231 
total solar irradiance, 6:4393 
Solar and Heliospheric Observatory 
(SOHO), 5:4001, 6:4229, 4232 
Solar-B (spacecraft), 5:3997 
Solar calendars, 1:287, 730, 4:2869 
Solar cells. See Photovoltaic cells; 
Solar power 
Solar collection mirrors, 4:2797 
Solar constant, 3:1963, 6:4392 
Solar eclipses, 2:1435—1439, 1436r, 
1437 
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Solar energy 
atmospheric circulation, 
1:372-375 
atmospheric temperature, 
1:379-380 
ecological productivity, 2:1447, 
1450 
ecological pyramids, 2:1448 
in ecosystems, 2:1451—1452 
energy budgets, 2:1581—1582, 
1583-1584 
erosion from, 2:1619 
global climate, 3:1962-1963, 1964 
global warming, 3:1966 
greenhouse effect, 3:2012—2013 
incident, 2:1584 
Maunder minimum, 4:2665—2667 
ocean zones, 4:3077 
total solar irradiance, 6:4392-4395 
weather patterns, 6:4671 
winds, 6:4705 
Solar flares, 5:3599, 3994, 3997, 3997, 
3998, 6:4226 
Solar illumination, 5:3998-4000, 3999 
Solar irradiance, total, 6:4392-4395 
Solar luminosity, 6:4392 
Solar Maximum Mission, 6:4392 
Solar neutrino problem, 4:2971 
Solar Orbiter (spacecraft), 6:4392 
Solar power 
International Space Station, 
3:2332 
photovoltaic cells, 1:155, 2:1518, 
3:2332, 4:3304, 3305, 
3320-3323, 3321 
space probes, 5:4030—-4031 
thermal-electric, 1:155 
Solar prominences, 5:4000-4001, 
6:4226 
Solar radiation. See Electromagnetic 
radiation; Solar energy 
Solar sail, 1:836 
Solar storms, 5:3997 
Solar system, 2:1411, 4:3349-3350, 
5:4001-4006, 4002, 4003, 4004 
detetction of, 4:3350 
geocentric theory, 1:359, 360, 836, 
3:1915, 1915-1917, 1916, 2003, 
2089 
Kepler’s laws, 3:2409-2412 
scientific method and, 5:3818—3820 
solar nebula theory, 5:4003—4005 
See also Heliocentric theory 
Solar Terrestrial Relations 
Observatory (STEREO), 5:3995 
Solar time, 1:197, 383 
Solar tracking, 4:3320 
Solar wind, 5:4006—4007, 4159, 4160, 
6:4228 
aurorae, 6:4546 
Van Allen radiation belts, 6:4545 
Solar Wind Around Pluto (SWAP) 
instrument, 4:3355, 5:3408 


Solders and soldering, 3:2472, 4:2722, 
5:4007-4009, 6:4506 
Soldier termites, 6:4332 
Soldierfishes, 5:4095 
Sole, 3:1739 
Solea solea. See Dover sole 
Soleidae. See Sole 
Solenopsis invicta. See Fire ants 
Solid-fuel rockets, 1:453-454, 5:3746, 
4035-4036 
Solid geometry, 2:1193-1194, 3:1932 
Solid oxide fuel cells, 3:1832 
Solid-state lamps. See LEDs 
Solid state technology 
dosimetry, 2:1374 
lasers, 3:2458 
particle detectors, 4:3221—3222 
Solid waste 
composting, 3:2446—2447 
incineration, 3:2266—2267, 2446, 
6:4638 
landfills, 3:2443-2447, 2444 
municipal, 1:546, 6:4636-4639, 
4637 
shredding, 3:2445—2446 
See also Waste management 
Solidification of hazardous waste, 
3:2072 
Solids, 5:4118—-4119 
amorphous, 3:1959-1960 
defined, 4:2665 
network, 2:1205, 1207 
platonic, 5:3399 
thermal expansion, 6:4345 
vapor pressure, 6:4548 
volume, 6:4616-4617 
See also Crystals 
Solitary vireos, 6:4580 
Solomon’s seals, 4:2517 
Solon of Athens, 6:4664 
Solstice, 5:3838-3839, 3839, 4009 
celestial sphere, 1:838 
solar illumination patterns, 
5:3999-4000 
summer, 2:1619, 5:3838-3839, 
3839, 3999-4000, 4009 
winter, 1:286—287, 2:1619, 5:3839, 
3839, 3999-4000, 4009 
Solubility, 4:3084, 5:4010-4012, 4071, 
4013 
Solution caves, 1:826—827 
Solution mining, 5:3983 
Solution of an equation, 3:2280, 
5:4013-4015 
Solution-phase hybridization, 3:1897 
Solutions (chemical), 5:4010, 
4012-4013 
Solvay, Ernest, 5:3981 
Solvay process, 5:3981 
Solvent cement, 1:54 
Solvents, 1:15-16, 118, 5:4012-4013, 
6:4642 
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Somaclonal variation, 4:3373 
Somali wild asses, 1:346, 2:1367 
Soman, 4:2948 
Somateria fischeri. See Spectacled 
eiders 
Somateria spectablis. See King eiders 
Somatic cells 
discovery, 3:1906 
gene therapy, 3:1882, 1884 
hybridization, 4:3373 
mutations, 3:1907, 2176, 4:2901, 
2903 
radiation exposure, 5:3591 
Somatic hallucinations, 5:3813 
Somatic nervous system, 
4:2888-2889, 2954 
Somatostatin, 2:1574, 3:2154-2155 
Somatotropin, 3:2023-2025, 
4:3254-3255 
Sommerfeld, Arnold, 3:1665 
SONAR, 1:33, 5:4015-4017, 6:4507, 
4513 
Sonchus spp., 6:4360 
Song, 4:3129 
Song birds, 3:2307—2308, 4:3129, 
5:4017-4018 
Song sparrows, 5:4049, 4049 
Sonic boom, 1:61 
Sonnerat, Pierre, 3:2493 
Sonoluminescence, 4:2557, 5:4018 
Sonoran tiger salamanders, 5:3773 
Sony Corporation 
digital cameras, 4:3313 
robotic dog, 5:3743 
Walkman, 4:3269-3270 
Soot, 1:766, 771, 4:2901 
Sooty albatross, 1:112 
Sooty oystercatchers, 4:3161 
Sooty terns, 4:3004 
Soranos, 2:1118 
Soras, 5:3624 
Sorbents, 2:1249 
Sorbitol, 1:118 
Sorbus spp. See Mountain ash 
Sorbus aucuparia. See Rowan trees 
Sorby, Henry Clifton, 1:147 
Soredia, 4:2507 
Sorensen, S!ren Peter, 4:3280 
Sorex araneus. See Common shrews 
Sorex murinus. See Musk shrews 
Sorghum, 3:1994, 5:4018-4019 
Sorghum bicolor, 3:1994, 5:4018 
Soricidae, 5:3915 
Soricinae. See Red-toothed shrews 
Soroban, 1:2—3, 722 
Sosigenes, 1:730 
Soubeiran, Eugene, 2:918 
Sound 
crickets, 2:1176 
harmonics, 1:30—31, 3:2061 
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interference, 3:2320 
mach number, 4:2573—2575 
modulation, 5:3605—3606 
motion pictures, 4:2863, 
2864-2865 
physics of, 4:3329 
production, 1:30, 30-32 
radiation exposure, 5:3591 
reception of, 1:33 
speed of, 1:32—33, 2:1466, 
4:2573-2575, 5:4020 
stealth technology, 5:4131-4132 
stereo, 4:2598 
three-dimensional, 6:4584 
transmission of, 1:32—33 
in water, 5:4016, 4020 
Sound recordings. See Recordings 
Sound waves, 1:32—33, 5:4019-4020 


Doppler effect, 2:1370—1371, 1371, 


5:4019-4020 
elasticity, 2:1466 
high-frequency, 1:817 
luminescence, 4:2557 
music synthesizers, 6:4272 
resonance, 5:3689-3691 
ultrasonics, 6:4503-4504, 4504t 
Sounding devices, 6:4513 
Sour cherries, 5:3760 
Sour taste, 1:25, 6:4289-4291 
Source-region electromagnetic pulse 
(SREMP), 2:1507 
South Africa 
astroblemes, 1:355 
Bushveld Complex, 1:71 
elephants, 2:1542 
gold, 5:3472-3473 
platinum, 5:3473-3474 
South African oryx. See Gemsboks 
South America, 5:4020—4026, 402/ 
South American bitterns, 1:605 
South American lungfish, 
4:2558-2559 
South American sea lions, 5:3826 
South Asia, 1:342—343 
South Australia, 1:408 
South polar skuas, 5:3943 
South Pole, 1:231, 234, 3:1921-1922 
Southdown sheep, 5:3909 
Southeast Asia, 1:341-342 
Southern, E. M., 1:626 
Southern bald ibises, 3:2232 
Southern bearded sakis, 4:2986 
Southern blot analysis, 1:626, 
3:1896-1897 
Southern bluefin tunas, 6:4476 
Southern bog lemmings, 3:2490 
Southern Death Cult, 4:2869 
Southern emu-wrens, 6:4722 
Southern flounder, 3:1739 
Southern flying squirrels, 
5:4098-4099 
Southern fur seals, 1:233 
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Southern hairy-nosed wombats, 
6:4711-4712, 4712 
Southern magnolias, 4:2606 
Southern maidenhair ferns, 4:2608 
Southern mooneyes, 4:2848 
Southern opossums, 4:3097 
Southern prickly ash, 2:953 
Southern right whales, 2:863 
Southern river otters, 4:3145 
Southern screamers. See Crested 
screamers 
Soviet Union 
Aero-Buran spacecraft, 5:4034 
ballistic missiles, 1:454-455 
Chernobyl accident, 4:3033, 3038 
contraception, 2:1121 
electromagnetic pulse, 2:1507 
hydrogen bombs, 6:4663 
manned spacecraft, 5:4040, 4042, 
4045 
Mars exploration, 4:2637 
space probes, 5:4029 
Sow thistles, 6:4360 
Soybeans, 3:2487, 5:4026 
amino acids in, 1:178 
genetically modified, 3:1900, 1902 
processing, 4:2651 
Soyuz escape pod, 4:2796, 
5:4042-4043 
Space, 5:4027-4028 
absolute, 5:3669 
astrobiological research, 
1:353-354 
cylindrical coordinates, 5:3419 
exploration, 5:4027—4028 
extravehicular activity, 5:4042, 
4047 
microtechnology, 4:2759 
organic molecules in, 4:3126—3127 
physiological effects, 5:4046—4047 
research, 3:2333 
robotics, 5:3742 
See also Space probes; Space shut- 
tles; Spacecraft 
Space-based observatories, 
3:2168-2169, 5:4027-4028, 
6:4316 
achievements, 3:2173 
astrophysics, 1:365 
Beppo-SAX orbiting, 
3:1855-1856, 1857 
extrasolar planets, 3:1682, 
4:3350 
infrared, 6:4318 
International Ultraviolet 
Explorer, 1:609, 3:2334-2336, 
6:4508, 4509 
James Webb Space Telescope, 
3:2173, 5:4028 
Mars observations, 4:2633 
ultraviolet astronomy, 
6:4508-4509 
See also Hubble Space Telescope 


Space probes, 5:4028-4033, 4030, 4031 
astrobiological research, 1:353 
astrophysics, 1:365 
Halleys comet, 2:1025, 3:2047 
vs. manned spacecraft, 
5:4041-4042 

planetary atmosphere studies, 
4:3352-3353 

robotics, 5:3742 

See also specific projects 

Space shuttles, 5:4033-4040, 4034 
Atlantis, 3:2333, 5:4034-4040 
automatic pilot, 1:419 
Challenger, 3:2204, 2331, 

5:4033-4040, 4044 
Columbia, 3:1955, 2171, 2331, 
2333, 5:4033-4040, 4044 
Discovery, 3:2171, 2333, 2334, 
5:4034, 4034-4040 
Endeavor, 3:2170-2171, 
5:4034-4040 
Enterprise, 5:4034, 4044 
future of, 5:4048 
history, 5:4044-4045 
International Space Station and, 
3:2331, 2333-2334 
liquid hydrogen fuel, 3:2204 
orbiter, 5:4035 
reentry process, 5:4037, 
4038-4039, 4047-4048 
remote manipulator system, 5:3739 
Space stations. See International 
Space Station; Mir Space Station 
Space suits, 5:4047 
Space Telescope Imaging 
Spectrograph (STIS), 3:2171 

Space telescopes. See Space-based 

observatories 
Space-time 
curvature, 5:3671, 4027 
development, 2:1151 
event horizon, 3:1649—1650 
general relativity, 5:3670 
gravity and, 5:3669, 3671 
special relativity, 5:3675, 4027 
Space Transportation System (STS), 
5:4034-4044 

Spaceborn Imaging Radar C/X-Band 
Synthetic Aperture (SIR-C/X- 
SAR), 1:294-295 

Spacecraft 
biospheres for, 1:576 
CAD/CAM, 1:712 
centrifugation simulation, 1:858 
history, 5:4042-4045 
manned, 5:4040, 4040-4048, 404] 
radiation exposure in, 6:4546 
reentry process, 5:4047—4048 
trajectory building, 1:836 
See also Space probes; Space shut- 

tles; specific spacecraft 

Spacelab, 5:4036 

Spadefoot toads, 6:4380 
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Spadella spp., 5:4078 

Spain, 1:155 

Spalacidae, 4:2811 

Spallanzani, Lazarro, 1:488, 
5:4087-4088 

Spandex, 1:320¢ 

Spanish cedar. See Cigar-box cedar 

Spanish conquest, 2:978, 979 

Spanish flu epidemic, 3:2291 

Spanish mackerels, 4:2587 


Spanish moss, 1:668, 670, 676, 4:2856 


Spark-ignited engines, 2:1315, 1316, 
3:2328, 2329 

Spark plugs, 3:2329 

Spark transmitters, 5:3597 

Sparrowhawks, 3:2065 


Sparrows, 1:630, 3:2352, 5:4048-4052, 


4049 
Spartans, 2:884 
Spasms 
causes, 4:2957 
curare for, 2:1211—1212 
esophageal, 2:1328 
muscle relaxants for, 4:2884 
physical therapy, 4:3325—3326 
Spathites, 5:4099 
Spatial inversion, 4:3210 
Spatial mapping, 1:290-291 
Spatterdock, 6:4647 
Spawning, 5:3776 


Spea bombifrons. See Plains spadefoot 


toads 
Spea hammondi. See Western spade- 
foot toads 
Spear tips, 3:2057 
Spearfish, 4:2626, 6:4261 
Spearmint, 3:2113, 4:2793 
Special effects, 4:2865—2866 
Special relativity, 2:1511—-1512, 
5:3668, 3673-3677 
atomic clocks, 1:382—383 
Michelson-Morley experiment, 
4:2744-2745, 5:3673-3674 
nuclear weapons, 4:3039 
space-time, 5:3675, 4027 
Speciation, 3:1653, 5:4053 
allopatric, 5:4053 
competition, 2:1034 
divergent evolution, 3:1655—1656 
mountains and, 4:2874 
parallel, 3:1658-1659 
punctuated equilibrium, 
5:3550-3552 
sympatric, 5:4053 
Species, 5:4052-4054, 4053, 6:4292 
adaptation by, 1:44-45, 45 
biodiversity, 1:542—545 
carrying capacity, 1:793-794 
critical habitat, 2:1181—1182 
ecological stress, 5:4188 
economic value of, 2:1440 


edge, 2:1453 
endemic, 2:1569—1570, 
3:2165-2166, 2368-2369, 2371, 
2372, 5:3516-3517 
environmental stress, 2:1442 
evolutionary rate of change, 
3:1659 
extirpated, 2:1564 
indicator, 3:2270—2271 
keystone, 3:2412—2413 
large, 2:1443 
non-target, 3:2117-2118, 2301, 
2315 
number of, 1:220 
opportunistic, 4:3098—-3099 
phylogeny, 3:1653, 4:3323-3325 
role, 6:4700 
sibling, 6:4499 
sustainable systems for, 1:242—243, 
2:1441 
threatened, 2:1564 
See also Biodiversity; Endangered 
species; Extinction; Introduced 
species; Invasive species; 
Threatened species 
Species plantarum (Linnaeus), 1:559, 
6:4273 
Speciesism, 1:242 
Specific gravity, 2:1273, 4:2776, 2781, 
6:4503 
Specific heat. See Heat capacity 
Specific impluse, 5:3746-3747 
Speckle interferometry, 3:2324 
Speckled garden snails, 5:3968 
SPECT (Single photon emission 
computerized tomography), 
4:3030-3031, 5:3452, 3615, 3622 
Spectacled bears, 1:498, 499 
Spectacled eiders, 2:1389 
Spectral classification of stars, 1:362, 
363, 525, 3:2128-2129, 5:4054—4056, 
4055 
Spectral lines, 1:390, 5:4056-4058, 
4153 
Spectral tarsiers, 6:4285 
Spectrographs, 5:4057 
Spectrometry, 5:4059-4060, 4065 
alpha-particle X-ray, 4:2638, 
2639-2640 
Bragg, 6:4727-4728 
Hubble Space Telescope, 
3:2169-2170, 2171 
imaging, 5:4059-4060 
laser diode, 4:2759 
Mossbauer, 4:2638, 2858 
New Horizon mission, 5:3408 
radicals, 5:3594 
telescopes, 6:4316 
ultraviolet imaging, 4:3356, 5:3408 
See also Mass spectrometry 
Spectrophotometry, 1:537, 5:4059 
Spectropolarimeters, 5:4153-4154 
Spectroscopes, 5:4058—4060, 4059 
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Spectroscopic binary stars, 1:531, 
5:3657 
Spectroscopy, 5:4060-4062, 4064 

absorption, 5:3594, 4058, 4060, 
4064, 4065 

astronomy, 1:363 

astrophysics, 1:365 

atomic, 1:389, 389-390 

biological weapons detection, 
6:4666 

electron paramagnetic resonance, 
5:3594 

emission, 3:1735—1736, 5:4058, 
4060, 4064, 40644065 

fluorescent, 4:2557 

Hertzsprung-Russell diagram, 
3:2127-2128 

laser-based, 3:2460 

neutron, 6:4666 

optical, 6:4666 

photochemistry, 4:3298-3299 

Raman, 6:4665-4666 

spectral lines, 5:4057 


Spectrum, 5:4062-4065, 4063, 4064 
absorption, 5:4058, 4064, 4065 
BL Lacertae objects, 1:607 
bright-line, 4:3358-3362 
chlorophyll absorption, 2:919 
colors of, 2:1003 
diffraction grating, 2:1320-1321 
electromagnetic, 2:1507—1510, 
15087, 4:3102-3104, 
5:3656-3658 

emission, 5:4058, 4064, 40644065 

forbidden, 4:3361 

Fraunhofer lines, 3:1814—-1815 

Hertzsprung-Russell diagram, 
3:2127-2131, 2128 

light wavelengths, 2:1004 

stars, 1:362, 363, 525, 3:2128-2129, 
5:4054-4056, 4055 

Spectrum analyzers, 5:4060 

Speech, 1:32, 5:4066-4068 
brain function, 1:655 
split-brain functioning, 5:4083 
ultrasonic eavesdropping, 

6:4507 

Speech disorders, 1:277, 5:4068 

Speed 
aerodynamics, 1:103 
Bernoulli’s principle, 1:521—522 
derivatives, 2:129/, 1291-1292 
hypersonic, 4:2575 
laws of motion, 3:2467 
rate of, 5:3638 
supersonic, 1:61—62, 102, 4:2575 
synthesis, 6:4272—4273 
velocity, 6:4558-4559 
See also Speed of light; Speed of 

sound 

Speed (drug). See Amphetamines 

Speed lathes, 4:2576 

Speed limits, 3:1818 
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Speed of light 
Bose-Einstein condensates, 1:6 
cyclotrons, 1:12 
electromagnetic spectrum, 2:1509 
history, 4:3102—3103 
special relativity, 2:1511-1512, 
5:3673-3677 
wavelength, 2:1004 
Speed of sound, 1:32—33, 2:1466, 
4:2573-2575, 5:4020 
Spektr module, 4:2795, 2796 
Speleothems, 1:827, 4:3174 
Spence, Kenneth W., 3:2477 
Spencer, Herbert, 5:3861—3862 
Speothos venaticus. See Bush dogs 
Speotyto cunicularia. See Burrowing 
owls 
Sperm, 2:1575, 5:3681 
DNA in, 2:1282 
fertilization, 3:1709, 1709 
frozen, 2:1198 
infertility, 3:2284—2285 
maturation, 5:3545 
sex-sorted, 1:225 
Sperm count, 2:1122 
Sperm whales, 1:233, 2:864-865, 866, 
6:4520 
Spermatogenesis, 3:1853—1854, 2156, 
2285, 5:3679, 3681 
Spermicides, 2:1117, 1119-1120 
Spermophilus beecheyi. See California 
ground squirrels 
Sperry, Roger, 5:4081 
Sphaerodactylinae, 3:1868 
Sphagnidae. See Peat mosses 
Sphagnum moss, 1:22, 4:2855—2856 
Sphalerite, 2:1207 
Sphecotheres viridis. See Yellow figbirds 
Spheniscidae, 4:3240 
Sphenisciformes, 4:3240 
Spheniscus mendiculus. See Galapagos 
penguins 
Sphenodon guntheri, 6:4469 
Sphenodon punctatus, 6:4469 
Sphenodonta, 5:3687 
Sphenophyta. See Horsetail ferns 
Sphenophytina, 3:2163 
Spheres, 1:204, 4:2497, 5:4068 
Spherical coordinate systems, 5:3742 
Spheroides rubripes. See Japanese 
globe fish 
Sphingidae. See Hawkmoths 
Sphinx moths, 4:2860 
Sphygmomanometers, 3:2223 
Sphynx (cat), 1:818 
Sphyraena spp. See Barracudas 
Sphyraena argentea. See Pacific 
barracudas 
Sphyraena barracuda. See Great 
barracudas 
Sphyraena guachancho, 1:476 
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Sphyraena picudilla, 1:476 
Sphyraenidae, 4:2626 
Sphyrapicus nuchalis. See Red-napped 
sapsuckers 
Sphyrapicus ruber. See Red-breasted 
sapsuckers 
Sphyrapicus thyoideus. See 
Williamson’s sapsuckers 
Sphyrapicus varius. See Yellow-bellied 
sapsuckers 
Spice bush, 3:2466 
Spider crabs, 2:1167 
Spider mites, 4:2799 
Spider monkeys, 4:2835, 2982, 
2985-2986, 5:4069-4071, 4070 
Spider wasps, 6:4636 
Spiderhunters, 6:4230 
Spiders, 1:280—281, 5:3829 
Spiderwort family, 5:4071-4072, 4072 
Spike mosses, 4:2561 
Spike rushes, 5:3766 
Spilanthes, 4:2563 
Spill, Daniel, 5:3438 
Spilocuscus maculatus. See Spotted 
cuscus 
Spilocuscus rufoniger. See Black- 
spotted cuscus 
Spilogale spp. See Spotted skunks 
Spilogale putorius. See Common 
spotted skunks 
Spilogale pygmaea. See Pygmy 
spotted skunks 
Spin of subatomic particles, 5:3568, 
3570, 4072-4073, 6:4199, 4269 
Spina bifida, 1:598—599, 5:3480, 
4073-4075, 4074 
Spina Bifida Association, 1:599, 
5:4075 
Spinach, 4:2899, 5:4075—-4076, 6:4556 
Spinachia spinachia. See Fifteen-spine 
sticklebacks 
Spinacia spp. See Spinach 
Spinacia oleracea. See Spinach 
Spinal anesthesia, 1:213 
Spinal cord, 1:653, 4:2954 
Spinal cord injuries, 4:2950, 2965, 
5:4074 
Spinal manipulation, 1:160 
Spindles, tool, 4:2577, 2579 
Spine anatomy, 5:3937 
Spinner magnetometers, 4:3176 
Spinnerets, 1:320 
Spinning 
ballistics, 1:457 
polymers, 1:320-321 
textiles, 6:4338 
Spinosaurus spp., 2:1338 
Spiny anteaters, 4:2841—2842, 
5:4076—4077, 4077, 6:4605 
Spiny bandicoots, 1:460 


Spiny eels, 5:4077-4078 
Spiny-headed worms, 5:4078 
Spiny lobsters, 4:2541, 2542 
Spiny mice, 4:2743 
Spiny pocket mice, 3:2400 
Spiny sea urchins, 2:1135 
Spiny-tailed geckos, 3:1869 
Spiny-tailed iguanas, 3:2243 
Spiny tenrecs, 6:4329 
Spiny water fleas, 3:2349 
Spiral galaxies, 1:525—526, 3:1844, 
1846-1847, 1848 
Spiral nebulae. See Spiral galaxies 
Spiral phyllotaxy, 3:2475 
Spirals, 5:4078-4080, 4079 
Spirea spp., 5:3760 
Spirillium spp., 4:3002 
Spirit (Mars rover), 4:2637—2639, 
2641-2642 
Spirochetes, 1:440 
Spirogyra spp., 5:3525, 3895 
Spirometers, 5:3705, 4080-4081, 4087 
Spirostomun spp., 5:3528 
Spitteler, Adolf, 5:3438 
Spitting cobras, 2:1461 
Spitzer, Lyman, Jr., 3:2169, 5:3382 
Spitzer Space Telescope, 3:2169, 2294, 
5:4028, 6:4318 
Spizella arborea. See Tree sparrows 
Spizella passerine. See Chipping 
sparrows 
Splachnum spp., 1:676 
Splachnum luteum, 1:676 
Splachnum rubrum, 1:676 
Spleen, 3:2250, 4:2567 
Splenomegaly, 5:3921 
Splenoportography, 1:216 
Spliceosomes, 3:1880 
Split-brain functioning, 5:4081—4085, 
6:4193 
Split-half reliability, 5:3537 
Spondylitis, ankylosing, 1:416 
Sponges (Porifera), 3:2119-2120, 
4:3178, 5:4085—4087, 4086 
Sponges (vaginal), 2:1117, 1119-1120 
Spongiform encephalopathy 
bovine, 2:1175, 4:3120, 5:3498, 
6:4749-4750 
kuru, 3:2427—2428 
scrapie, 3:2428 
See also Creutzfeldt-Jakob disease 
Spongovostox apicedentatus. See 
Toothed earwigs 
Spontaneous generation, 2:880, 
4:3124, 5:4087—4088 
Spontaneous mutations, 3:1907, 
4:2902 
Spoon worms. See Echiuroid worms 
Sporadic meteors, 4:2733-2735 
Sporangiums, 5:3956 
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Sporer, Friederich Wilhelm Gustav, 
4:2665, 6:4231 
Spores, 5:4088—4089, 4089 
anthrax, 1:240, 241, 557-558, 
5:4088 
botulism, 1:643, 5:4088 
club mosses, 2:968—969, 5:4089 
ferns, 3:1703, 1705, 5:4089 
fossil, 4:3173, 3190-3191 
liverworts, 4:2535—2536, 5:4088 
lycophytes, 4:2561 
mosses, 4:2854, 5:4088 
sexual reproduction, 5:3895 
Sporophytes 
bryophytes, 1:675, 676 
evolution, 4:3366 
ferns, 3:1704-1705 
sexual reproduction, 5:3895—3896 
Sporozoa, 4:3208, 5:3523, 3524 
Sport-utility vehicles (SUVs), 2:1586 
Sportive lemurs, 3:2490, 2493 
Sports 
gender verification, 3:2408 
performance-enhancing drugs, 
4:3253-3256, 3254 
physical therapy, 4:3327 
Sports beverages, 2:1500 
Spot-billed ducks, 2:1390 
Spot-billed pelicans, 4:3238 
Spot-billed toucanets, 6:4396 
Spot welding, 6:4685 
Spotted bass, 1:481 
Spotted bowerbirds, 1:647 
Spotted coral-roots, 4:3110 
Spotted cuscus, 4:3281 
Spotted eagles, 2:1406 
Spotted fevers, 5:3727, 3728 
Spotted harriers, 3:2066 
Spotted hyenas, 3:2215—2216 
Spotted owls, 2:1444, 4:3151-3152 
northern, 2:1567—1568, 
1597-1598, 4:3089, 3150, 
3151-3152 
temperate rainforest, 5:3629 
Spotted salamanders, 5:3772 
Spotted sandpipers, 5:3785 
Spotted skunks, 5:3944 
Spotted spurges, 5:4093 
Spotted-tailed native cats, 4:2643 
Spotted wolf fish, 1:614 
Sprague’s pipits, 6:4627 
Sprains, 4:2890 
Sprats, 3:2126 
Sprawl (development), 1:422 
Spray cans, 1:63 
Spray drying, 3:1778 
Sprays, aerosol, 1:62—63 
Spreadsheet software, 2:1066 
Sprengel, Christian Konrad, 3:1754 
Sprengel, Herman, 3:2264 


Spreo pulcher. See Chestnut-bellied 
starlings 
Spreo superbus. See Superb starlings 
Spring (season), 5:3838—3839 
Spring crocuses, 3:2361 
Spring peepers, 1:191 
Springs (water), 3:1945—1946, 5:3731 
Springtails, 5:4089 
Sprinkler systems, 3:2365, 2368 
Spruce budworms, 3:1732, 1794, 
2315, 4:2859 
Spruces, 2:1085, 5:4089-4091 
bark, 1:471 
dating techniques, 2:1271 
paper, 4:3197 
plantations, 2:1192, 5:4090 
SPS (Standard positioning system), 
3:1965 
Spurge family, 5:4091, 4091-4093 
Sputnik, 1:455, 5:4029, 4040 
Sputum cytology, 1:747 
SQL (Structured Query Language), 
2:1061 
SQL Slammer, 2:1069 
SQS (Small quantity generators), 
3:2069 
Squalamine, 5:3908 
Squaliformes, 5:3903 
Squamata, 5:3687, 3970 
Squamous cell carcinomas, 3:2319 
Square kilometer array (SKA), 6:4319 
Square-lipped rhinoceros. See White 
rhinoceros 
Square matrix, 2:1298-1299 
Square numbers, 3:1724, 1725, 5:3864 
Square root, 5:3595, 3641, 4094 
Squares, 3:1931, 4:3204, 5:3648, 4093 
magic, 4:2589, 2589 
polygons, 5:3436 
quadrilateral, 5:3557 
Squaring the circle, 6:4412 
Squash, 3:1980-1983, 198/, 4:3375, 
6:4556 
Squash beetles, 1:512 
Squash bugs, 6:4461 
Squatina spp., 1:215 
Squatiniformes, 5:3903 
Squid, 4:2828, 5:4094—4095, 6:4520 
SQUID (Superconducting QUantum 
Interference Devices), 4:2603, 6:4236 
Squills, 4:2519 
Squirrel cage electric motors, 2:1474 
Squirrel fish, 5:4095-4096, 4096 
Squirrel monkeys, 4:2981, 2983-2984 
Squirrels, 5:4096-4099, 4097 
classification, 2:906, 4:2630, 
5:3465, 6:4293 
Grand Canyon speciation, 4:2874 
ground, 1:162, 163, 3:2732, 5:4096, 
4098 
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Squirting cucumbers, 3:1983 

SREMP (Source-region electromag- 
netic pulse), 2:1507 

Sri Lanka, 1:342-343, 2:1242 

SRNI1 (Saunders Roe Nautical One), 
3:2167 

SSC (Superconducting super colli- 
der), 1:12 

SSI (Small scale integration), 
3:2313 

SSRIs (Selective serotonin reuptake 
inhibitors), 1:255 

St. John’s lily, 1:171 

St. Martin, Alexis, 2:1324, 1326 

St. Patrick, 2:1437 

St. Peter’s Cathedral, 1:690 

St. Peter’s fish, 2:1372—1373 

Stabilization 

hazardous waste, 3:2072 
shoreline protection, 5:3914 

Stabilizing selection (evolution), 
5:3861 

Stable equilibrium, 4:3134-3135 

Stable flies, 6:4465 

Stachys spp., 4:2793 

Stack gases, 1:64, 65 

Staghorn sumacs, 1:804 

Stagnant hypoxia, 3:2229 

Stahl, Franklin W., 2:1360 

Stahl, Georg Ernst, 2:1019 

Stained glass windows, 3:1960 

Stainless steel, 3:2364 

Stains, cell, 1:443, 850-851 

Stalactites and stalagmites, 1:720, 826, 
827, 5:4099-4100, 4/00 

Stalin, Josef, 3:1937 

Stallman, Richard, 4:3096 

Stamens, 3:1755 

Stampfer, Simon Ritter von, 4:2861 

Standard anatomical position, 
1:206—207 

Standard deviation, 5:4125, 6:4553 

Standard Model, 5:4100-4103, 41017, 
41021, 41031, 6:4189 

Standard positioning system (SPS), 
3:1965 

Standing potential, 1:37 

Standing stones, 1:286—287, 2:1438, 
1439 

Stanford Linear Accelerator Center 
(SLAC), 1:70, 10-11 

Stanier, R. Y., 5:3522 

Stanley, Wendell M., 3:2291, 
4:3376 

Stapes, 1:33, 3:2075 

Staphylinidae, 1:509 

Staphyloccus spp., 1:445, 3:1776 

Staphyloccus aureus, 1:246, 446, 
6:4398-4399 

Staphyloccus epidermidis, 1:28 
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Stapling, stomach, 4:3070-3071 
STAR (Study of Tamoxifen and 
Raloxifene), 4:2692 
Star cactus, 1:711 
Star clusters, 5:4110-4111 
astrometric measurements, 1:357 
Hertzsprung-Russell diagram, 
3:2130 
superclusters, 3:2294, 6:4233—4234 
Star formation, 3:2294-2295, 
5:4111-4114, 4712 
Star-nosed moles, 4:2827 
Star thistles, 6:4360 
Starburst galaxies, 5:4114-4115 
Starches 
arrowroot, 1:308 
biomass, 1:565 
conversion to sugar, 1:807, 808 
fermentation, 3:1701—1702 
Stardust mission (NASA), 2:1026, 
4:3107, 5:4032 
Starers (infrared detectors), 3:2296, 
2297 
Starfish, 5:4//5, 4115-4116 
asexual reproduction, 1:336 
brittle, 1:667—-668 
crown-of-thorns, 2:1135 
feather, 3:1700—1701 
Starfish (nuclear test), 2:1507 
Stark, Johannes, 4:3299 
Starling, Ernest, 2:1327 
Starlings, 1:630, 3:2352, 5:4115-4118, 
4117 
The Starry Messenger (Galileo), 
6:4230 
Stars, 5:4103-4110, 4/04, 4108, 4109 
absolute-motion method, 1:525 
absorption lines, 3:2127—2128 
accretion disk, 1:13-14 
astrolabe measurements, 
1:355-356 
astrometric binary, 1:357 
astrometric measurements, 
1:356-358, 2:1054, 5:3892 
BL Lacertae objects, 1:607 
brightness, 5:4154—4155, 
6:4550-4551 
brown dwarfs, 1:670—672, 835, 
5:4109-4110 
celestial sphere, 1:836—839 
Cepheid variables, 1:74, 525-526, 
3:1845, 4:2770, 6:4551 
collapsing, 1:13—-14, 4:2975, 
5:4148-4151, 6:4239-4240 
constellations, 2:1094-1095, 1095 
Doppler shift, 1:363, 525 
double, 1:835, 4:3108 
dying, 2:1536—1537, 5:4108—4109, 
4161 
elements formed by, 2:1535—1537 
energy production, 5:4104-4105, 
4107, 4149, 4158, 6:4227 
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evolution, 1:361, 3:2130-2131, 
5:4147-4151, 4161, 6:4239 

giant, 3:2129-2130 

guest, 6:4239 

Hertzsprung-Russell diagram, 
1:362, 3:2127-2131, 2128, 2129 

hydrogen in, 3:2203 

hydrostatic equilibrium, 
5:4104-4105, 4105, 4106 

internal structure, 5:4104, 4/06, 
4157-4159 

light-years to, 4:2516 

luminosity, 1:362, 525, 5:4056, 
4107 

magnetic fields, 5:3996, 4152-4154 

magnitude, 1:362, 5:4154-4155 

main sequence, 3:2128—2129, 2/29 

mass, 3:2411, 5:4106, 4107, 4148, 
4161 

massive, 4:2974, 5:4149-4150, 
4160, 6:4239-4240, 4551 

N-body problem, 1:834-835, 
4:2915-2917 

neutron, 3:1650, 4:2974-2977, 
2976, 5:3549 

neutrons of, 1:361 

O, 5:4160, 4161 

orbits, 1:530-531, 4:3108 

parallax, 1:524—525, 4:3202-3203, 
3203, 3359 

redshift, 5:3657 

RR Lyrae, 6:4551 

sequence, 5:4158 

shooting, 4:2733 

solar cycles, 4:2666 

solar prominences, 5:4001 

spectral classification, 1:362, 363, 
525, 3:2128-2129, 5:4054-4056, 
4055 

spotted, 6:4551 

stellar population classification, 
5:4156-4157 

stellar winds, 5:3653—3654, 4107, 
4159-4162 

superclusters, 3:2294, 6:4233—4234 

supergiant, 3:2130, 5:4108-4109 

temperature, 5:4055—4056 

twinkling, 1:376 

ultraviolet astronomy, 
6:4508-4509 

variable, 5:4107-4108, 4108, 4109, 
6:4550-4553 

white dwarfs, 1:14, 361, 
4:3016-3017, 5:4109, 
4158-4159, 4161, 6:4693-4694 

Wolf-Rayet, 5:4160 

x-ray output, 6:4724 

See also Binary stars; Red giant 
stars; Star clusters; Star forma- 
tion; Sun 


Startle reflex, 5:3660 
Starvation, 3:2147 


State Energy Conservation Program, 
2:1587 


Statements 
algebra of, 6:4266-4267 
symbolic logic, 6:4265 
States of matter, 4:2665, 5:41/8, 
4118-4121, 4/19 
Static electricity, 2:1487, 1510-1511, 
1521-1523 
Static universe theory, 1:73 
Station model maps, 6:4675 
Stationary centrifuges, 1:857—858 
Stationary fronts, 1:98 
Statistical mechanics, 5:4121-4122 
Statistical parallax, 1:357 
Statistics, 5:4122-4126, 41237, 4125t 
descriptive, 5:4123 
inferential, 5:4125 
mode, 4:2806—2807 
samples, 5:3780-3782 
uncertainty, 4:2661 
variance, 5:4124, 6:4553 
Statoliths, 5:4095 
Stators, 2:1472 
Status epilepticus, 2:1612 
STDs. See Sexually transmitted 
diseases 
Steady state theory, 1:73, 527, 
2:1151-1152, 1153, 5:4126-4129 
Steady state weather forecasting, 
6:4673 
Stealth technology, 5:4130—4134, 
4131 
Steam engines, 5:4134-4136 
history, 2:1020, 3:2278, 2279, 
5:4134-4136 
locomotives, 6:4403-—4405 
superheated, 6:4405 
thermodynamics, 6:4355, 4357 
tractors, 1:84-85 
Steam power 
change of phase, 6:4353-4354 
cogeneration, 2:994 
energy, 2:1579, 5:4136 
gas liquefaction in, 3:1861 
generators, 3:1889 
ship propulsion, 3:2279, 
6:4484-4485 
turbines, 6:4483-4485 
Steam pressure sterilizers, 
5:4136-4138, 4137 
Stearic acid, 5:4138-4139 
Steatornis caripensis. See Oilbirds 
Stecknitz Canal, 1:740 
Steel, 5:4139-4146 
alloys, 1:146, 147, 4:2719, 
5:4142-4143 
architecture, 1:690-691 
Bessemer process, 1:147, 3:2363, 
4:2720, 5:4140, 4141-4142 
cantilever, 1:754 
carbon, 5:4141, 4142-4143 
casting, 4:2720, 5:4143-4144 
corrosion, 2:1147 
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engraving plates, 2:1593 
production, 3:2278, 2363, 
4:2718-2719, 5:4141-4144 
stainless, 3:2364 
testing, 5:4144-4145 
thermal expansion, 6:4345 
thermocouple monitors, 6:4351 
titanium alloys, 6:4378 
train tracks, 6:4406 
tungsten, 3:2364 
uses, 3:2363—2364 
Steel boats, 1:694 
Steenbok, 2:1396—-1397 
Steering systems, 1:427, 5:3871 
Steganography, 5:4146-4147, 4/47 
Steganura paradisea. See Widowbirds 
Stegosaurus spp., 2:1339 
Steiner, Jakob, 2:1097 
Stelgidopteryx ruficollis. See Rough- 
winged swallows 
Stellar evolution, 1:361, 3:2130-2131, 
5:4147-4151, 4161, 6:4239 
Stellar interferometry, 3:2323—2324 
Stellar magnetic fields, 5:3996, 
4152-4154 
Stellar magnitudes, 1:362, 
5:4154-4155 
Stellar populations, 5:4156-4157 
Stellar structure, 5:4104, 4/06, 
4157-4159 
Stellar winds, 5:3653—-3654, 4107, 
4159-4162 
Steller sea lions, 5:3826, 3828, 6:4701 
Steller’s eiders, 2:1389 
Steller’s jays, 2:1194 
Stelliferous Era, 2:1154 
Stem cells, 5:4/62, 4162-4164 
for ADA deficiency, 1:44 
embryonic, 3:2176, 5:4162-4164 
hematopoietic, 5:4162 
pluripotent, 1:619, 4:2567 
Stemless lady-slippers, 4:3110 
Stencil printing, 6:4340 
Steno, Nicolaus, 2:1144, 1204 
Stenolaemata, 4:2857 
Step-index fiber optics, 3:1716 
Stephenson, George, 5:4135, 6:4406 
Stephenson, Robert, 6:4404, 4405 
Steppe polecats, 3:1707 
Stepper motors, 5:3887—3888 
Stercorariidae. See Skuas 
Stercorarius longicaudus. See Long- 
tailed jaegers 
Stercorarius parasiticus. See Parasitic 
jaegers 
Stercorarius pomarinus. See Pomarine 
jaegers 
Sterculiaceae, 3:2420 
STEREO (Solar Terrestrial Relations 
Observatory), 5:3995 
Stereo sound, 4:2598 


Stereochemistry, 3:2375, 4:3288, 
5:4164-4167, 4165, 4166, 4167 
Stereoelectrical effect, 5:4167 
Stereoisomers, 3:2374—2375, 
5:4164-4165, 4166 
Stereopsis, 2:1288, 6:4593 
Stereoscopy 
cameras, 4:2641 
holography, 3:2145 
microscopes, 4:2752 
neurosurgery, 4:2966 
Stereotaxic instruments, 5:3542 
Sterile technique, 6:4225 
Sterilization 
sexual, 2:1120-1121, 1636 
steam pressure, 5:4136—-4138, 4137 
Sterling silver, 1:147 
Sterna albifrons. See Little terns 
Sterna bernsteini. See Crested-terns 
Sterna forsteri. See Forster’s terns 
Sterna fuscata. See Sooty terns 
Sterna hirundo. See Common terns 
Sterna lorata. See Peruvian terns 
Sterna paradisaea. See Arctic terns 
Sternidae, 6:4332 
Steroids, 2:1573 
adrenal, 1:56—57 
anabolic, 4:3253-3254 
for autoimmune disorders, 1:417 
Stevenson, Robert Louis, 4:2878 
Stevin, Simon, 3:2003 
Stewart, F. C., 2:1301 
Stewart, Robert L., 5:4036 
Stibitz, George, 1:724 
Stick-bond notation, 3:1799 
Sticklebacks, 1:516, 2:1164, 5:4168 
Stiegel, Henry William, 3:1960 
Stieglitz, Alfred, 4:3310 
Stiff-tailed ducks, 2:1386 
Stilbiscus spp., 6:4464 
Stilbiscus edwardsi, 6:4464 
Still-video cameras, 4:3313-3314 
Stillwater Complex, 5:3474 
Stiltia isabella. See Australian 
pratincoles 
Stilts, 5:3912, 4168-4169, 4/69 
Stimulated emissions, 3:2457—2458 
Stimulation, electric brain, 1:655—656 
Stimulus, 1:515, 5:4169-4170 
Stimulus-response theory, 
5:4169-4170 
Stingless bees, 1:507 
Stingrays, 5:3645, 3645-3646 
Stink badgers, 1:451 
Stink bugs, 6:4461 
Stinkhorn fungus, 4:2893 
Stipa spp. See Needle grasses 
Stipiturus malachurus. See Southern 
emu-wrens 
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STIS (Space Telescope Imaging 
Spectrograph), 3:2171 
Stitches, sewing, 5:3887 
STM. See Scanning tunneling 
microscopes 
Stoats, 6:4668-4669 
Stock market, 2:873 
Stock tickers, 6:4303-4304 
Stockholm Convention, 2:1244 
Stockings, nylon, 5:3441 
Stoichiometric coefficients, 2:1616 
Stoke’s law, 3:1759 
Stoma, 4:3163 
Stomach 
digestion, 2:1324—1326, 4:3115 
restriction surgery, 1:468 
ruminants, 5:3765 
Stomach bypass, 4:3070—-3071 
Stomach disorders, 2:1328 
Stomach stapling, 1:468, 4:3070-3071 
Stomach ulcers, 2:1328—1329, 
6:4501-4502 
Stomatoa, 1:669 
Stomoxys calcitrans. See Stable flies 
Stone, Edward, 1:17 
Stone Age 
caffeine use, 1:715 
Iceman, 3:2241 
pottery, 5:3458 
tools, 3:2057—2058 
Stone and masonry, 5:4170-4174 
Stone tools, 1:302, 3:2057—2058 
Stonefish, 5:3821 
Stoneflies, 5:4174, 6:4465 
Stonehenge, 1:286—287, 2:1438, 1439 
Stonerollers, 4:2786 
Stones, standing, 1:286—287, 2:1438, 
1439 
Stoneworts, 1:125—126 
Stoney, George Johnstone, 1:384, 
4:3045 
Storage, data. See Data storage 
Storage, memory, 4:2678 
Storage dams, 2:1231 
Storks, 3:2231, 5:4174-4176, 4175 
Storm surge, 5:3825, 4177-4178, 
6:4452 
Storms, 5:4176-4177, 4177 
dust, 2:1114, 1297, 5:3991 
geomagnetic, 2:1143, 5:3995 
magnetic, 2:1143, 6:4546 
Saturn, 5:3791 
solar, 5:3997 
tornadoes, 6:4367—-4368, 
4387-4391, 4388 
wind shear, 6:4708 
See also Cyclones; Precipitation; 
Thunderstorms 
Strabismus, 6:4597, 4599 
Stradivari, Antonio, 2:1270 
Straight angles, 1:218 


4961 


xapuy jesauay 


General Index 


Straightedge, 2:1097 
Strain, Hooke’s law, 2:1464 
Strain seismometers, 5:3859-3860 
Strand, K. A., 3:1681 
The Strange Case of Dr. Jekyll and 
Mr. Hyde (Stevenson), 4:2878 
Strangler figs, 5:3628 
Strassmann, Fritz, 2:1533, 4:3018, 
3039 
Strata, 5:4178-4179, 4179 
Strategic Arms Reduction Treaty, 
4:3043 
Strategic Petroleum Reserves, 
4:3278-3279 
Stratigraphic mapping. See 
Stratigraphy 
Stratigraphy, 5:4179-4180 
archaeological site, 1:290-291, 
294, 5:4180, 4181-4182 
dating techniques, 1:290-291, 294, 
2:1236-1237 
fossils, 3:1804—1805 
geologic time, 3:1923, 1924 
Stratosphere, 1:365, 367-368, 2:1413 
CFCs in, 2:915-918 
ozone layer depletion, 4:3163 
solar activity cycle, 6:4231-4232 
temperature, 1:379 
Stratospheric Observatory for 
Infrared Astronomy (SOFIA), 
3:2294 
Stratovolcanoes, 3:2449, 4:2873 
Stratum. See Strata 
Stratus clouds, 2:965—966, 967 
Stravinsky, Igor, 6:4271-4272 
Straw molds, 4:2809-2810 
Strawberries, 3:1828, 5:3759, 3761 
acidic soil, 5:3760 
hybrid, 4:3372 
propagation, 5:3758 
Strawberry flavoring, 2:1626 
Streak tests, 4:2809 
Streaming video, 6:4570-4571 
Streams 
acidified, 1:19, 21-23 
alluvial systems, 1:147-151, 148 
capacity and competence, 
5:4182-4183 
channels, 1:149, 5:3992, 
4182-4184, 4184 
flooding, 3:1750—-1753, 5:3849 
sedimentary environment, 5:3850 
terraces, 1:149, 5:4184 
valleys, channels and floodplains, 
5:4183-4184, 4184 
watershed, 6:4654-4656 
See also Freshwater ecosystems; 
Rivers 
Street drugs. See Recreational drugs 
Strelitzia spp., 1:460 
Strelitzia reginae. See Bird-of-para- 
dise plant 
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Strengthening exercise, 3:1670—-1671 
Strep throat, 5:3718, 3719 
Strepsiptera, 5:4184—-4185 
Streptanthus spp., 3:2270 
Streptanthus polygaloides, 1:563 
Streptococcus spp., 1:445, 6:4502 
Streptococcus pneumoniae 
capsules, 1:440 
meningitis, 4:2686 
microbial genetics, 4:2747 
vaccines, 4:2688, 5:3411, 6:4539 
Streptococcus pyogenes 
antibiotic-resistant, 1:446 
rheumatic fever, 5:3718-3719 
scarlet fever, 5:3809 
tonsillitis, 6:4383, 4384 
toxic shock syndrome, 
6:4398-4399 
Streptokinase, 1:253, 2:1552 
Streptomycin, 6:4470 
Stress (ecology), 2:1441—-1444, 5:4188 
ecological monitoring, 2:1445, 
1446 
ecological succession, 6:4211 
evolutionary rate of change, 
3:1660 
Stress (physics) 
elasticity, 2:1464—1465 
Hooke’s law, 2:1464 
hydrostatic, 2:1465 
shear, 2:1465, 6:4592 
Stress (physiology), 5:4185-4188 
hypertension and, 3:2223 
immune system, 3:2254 
Stress management, 5:4186—-4187 
Striated finches, 6:4658 
Strickland’s woodpeckers, 6:4717 
Strigidae. See Typical owls 
Strigiformes. See Owls 
Strigops habroptilus. See Owl 
parrots 
Strike-slip faults, 3:1696, 1696 
String theory, 6:4189-4190, 4269 
String vibrations, 1:30, 30-31 
Stringed musical instruments, 3:1819, 
2061 
Strip cropping, 5:3993 
Strip-cutting, 3:1793 
Strip mining, 4:2783 
Striped bass, 1:482, 482 
Striped earwigs, 2:1427 
Striped gardener bowerbirds, 
1:647 
Striped hyenas, 3:2216-2217 
Striped marlins, 4:2626, 2627 
Striped newts, 4:2980 
Striped skunks, 5:3944 
Strix occidentalis. See Spotted owls 
Strix occidentalis caurina. See 
Northern spotted owls 
Strobe lights, 6:4518 


Strokes, 1:309, 6:4190-4193, 4/9] 
aging and, 1:78 
aphasia from, 1:273—274 
dementia from, 2:1267—1268 
hormone replacement therapy, 
4:2689 
from sickle cell anemia, 5:3922 
speech disorders, 5:4068 
from thrombosis, 6:4362 
Stromatolites, 6:4193-4194, 4/94 
Strombidae, 5:3967 
Strombus gigas. See Queen conchs 
Stroémer, Martin, 6:4324 
Stromolophus spp., 3:2386 
Strongylocentrotus spp., 3:2409 
Strongylocentrotus purpuratus, 5:3830 
Strontium, 1:134-136 
Strontium-87, 5:3607 
Strontium-89, 5:3620 
Strontium-90, 5:3609, 3612 
Stropharia spp., 4:2893 
STRs (Short tandem-repeats), 2:1357, 
1358 
Structural adhesives, 1:54 
Structural basins, 1:481 
Structural formulas, 3:1799-1801, 
4:2822, 2824 
Structural isomers, 3:2374 
The Structure of Scientific Revolution 
(Kuhn), 5:3820 
Structured illumination, 4:2583 
Structured Query Language (SQL), 
2:1061 
Strum, Shirley C., 1:438-439 
Struthio camelus. See Ostriches 
Struthioniformes, 3:1746 
Struve, Friedrick Georg Wilhelm von, 
4:3202 
Strychnine, 1:139, 4:3062 
Strychnos nux-vomica. See Nux 
vomica tree 
Strychnos toxifera, 2:1211 
STS (Space Transportation System), 
5:4034-4044 
Stiickofen furnace, 5:4140 
Study of Tamoxifen and Raloxifene 
(STAR), 4:2692 
Stump-tailed chameleons, 2:870 
Stump-tailed skinks, 5:3943 
Stun guns, 6:4287-4288 
Sturgeon, William, 6:4302 
Sturgeons, 6:4195, 4195 
Sturnella spp. See Meadowlarks 
Sturnidae, 4:2909, 5:4115 
Sturnus vulgaris. See Common 
starlings 
Stylis (tanker), 4:3086 
Stylophorum diphyllum. See 
Celandine poppies 
Styrene, 3:2196, 2354 
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Styrene-butadiene (SBR), 5:3440 
Suan pan, 1:2-3, 3, 722 
Sub-irrigation, 3:2367-2368 
Subalpine firs, 3:1732 
Subantarctic islands, 1:231 
Subatomic particles, 6:4196—4201, 
4199t 
conservation laws, 2:1094 
cosmic rays, 2:1149, 1150 
discovery, 1:384 
momentum, 4:2829 
particle detectors, 4:3219-3224 
quantum electrodynamics, 
5:3563-3564 
spin of, 5:3568, 3570, 4072-4073, 
6:4199, 4269 
See also Quarks 
Subcaudate tractotomy, 5:3542 
Subcellular genetics, 4:3115-3116 
Subclavian artery, 1:309 
Subduction, 1:349, 6:4608-4609 
Sublimation, 3:1649, 6:4201-4202, 
4202, 4608, 4641 
Sublingual glands, 5:3774 
Submarine canyons, 2:1110 
Submarine-launched ballistic missiles 
(SLBMs), 1:453-454 
Submarine mountains. See 
Seamounts 
Submarines, 6:4202-4204, 4203 
SONAR, 1:33, 5:4016 
stealth technology, 5:4130 
underwater exploration, 6:4514, 
4518-4520 
Submaxillary glands, 5:3774 
Submersible vessels, deep-sea, 5:3739, 
6:4514-4518, 4520 
Subretinal implants, 1:331 
Subsidence, 2:1425, 6:4204—4207, 
4300 
Subsidiary Communications 
Authorization (SCA), 5:3597 
Subsistence agriculture, 2:1187—1188 
Substance addiction. See Addiction 
Substance P, 4:2762 
Substantia nigra, 4:3211, 3213, 
6:4429-4430 
Substitution reactions, 1:519, 6:4268 
Substitutional alloys, 1:146 
Subsurface detection, 6:4207—4209 
Subsurface irrigation, 6:4644 
Subtraction, 6:4210 
algebra, 1:129 
common fractions, 3:1812—1813 
complex numbers, 2:1037 
integers, 3:2310 
matrices, 4:2662 
Subtractive light, 2:1006-1007 
Suburban areas, 3:2442 
Subways, 4:2654 
Sucaryl, 2:1221 


Succession, 6:4210—4214 
biological communities, 1:553 
climax community, 2:958-959 
ecological disturbances, 
2:1352-1353 
forests, 1:585 
mosses, 1:677 
nitrification, 4:2994 
old-growth forests, 4:3088 
opportunistic species, 4:3098-3099 
post-wildfire, 6:4697, 4699 
rainforests, 5:3627 
seeds, 5:3856 
Successive approximation, 5:3665—3666 
Successive bisection, 3:2380—2381 
Succinimides, 1:254 
Succinyl CoA, 3:2423—2424 
Succlulents, 2:1294 
Suchi, 4:3208 
Suckers, 6:4214-4215 
Suckling reflex, 5:3660 
Sucrose, 1:765—766, 4:2937, 6:4218 
Sudan, 5:3446 
Sudbury, Ontario, 1:19, 20, 
5:3414-3415 

Sudbury crater, 4:2791 

Sudbury Neutrino Observatory, 
4:2972 

Sudden infant death syndrome 
(SIDS), 6:4215-4218 

Suess, Eduard, 1:574 

Suez Canal, 1:740, 741 

Suez Region, 1:71 

Sugar beets, 1:513, 5:3757, 6:4218 

Sugar maples, 1:471, 4:2620, 2621 

Sugar pines, 4:3343 

Sugarcane, 1:546, 2:1191, 3:1995, 

6:4218-4219, 4219 

Sugars 
biomass, 1:565 
chemoautotrophs, 1:431 
conversion from starches, 1:807, 

808 
fermentation, 3:1701—1702 
mole of, 4:2811 
molecular formula, 4:2823—2824 
in nectar, 4:2937 
solubility, 5:4010, 4011 
sorghum, 5:4019 

Sugis. See Japanese cedars 

Sui-Chu, Kwan, 5:3879 

Suidae. See Pigs 

Sula spp. See Boobies 

Sula abbotti. See Abbott’s boobies 

Sula dactylatra. See Blue-faced 

boobies 

Sula leucogaster. See Brown boobies 

Sula nebouxii. See Blue-footed 

boobies 

Sula sula. See Red-footed boobies 

Sula variegata. See Peruvian boobies 
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Sulawesi macaques, 4:2572 
Sulawesi tarsiers. See Spectral tarsiers 
Sulfa drugs, 1:445, 4:2685 
Sulfadiazine, 4:2685 
Sulfate, 6:4221 
Sulfide, 1:573, 6:4221 
Sulfite process, 4:3197 
Sulfonamides. See Sulfa drugs 
Sulfonylureas, 2:1305 
Sulfur, 6:4219-4220 
atmospheric, 1:369 
bioremediation, 1:573 
classification, 4:2780 
fertilizers, 6:4222—4223 
fungicides, 3:1841, 1842 
hydrogen reactions, 3:2204—2205 
industrial uses, 3:2277 
organic, 6:4221 
periodic table, 4:3263 
roasting, 4:2719-2720 
rubber production, 5:3440 
in steel, 5:4141 
vulcanization, 6:4620 
Sulfur-crested cockatoos, 2:983, 983 
Sulfur cycle, 6:4221-4223, 4222 
Sulfur deficiency, 6:4220 
Sulfur dioxide, 6:4223 
absorption of, 1:134 
acid rain, 1:18—19, 20, 5:3477, 
6:4221-4222, 4223 
Clean Air Act on, 1:99-100 
from coal burning, 2:970 
emissions, 1:23—24, 3:2268 
formation, 6:4680 
indoor air quality, 3:2273-2274 
properties, 6:4221, 4223 
smog, 5:3965 
Sulfur drugs, 1:259-260 
Sulfur reducers, 1:431 
Sulfur trioxide, 2:970, 4:3155-3156, 
6:4224 
Sulfuric acid, 6:4220, 4223-4224 
acid rain, 1:18—19, 22, 100, 6:4223, 
4224 
in batteries, 1:848, 6:4223 
lead containers, 3:2472 
limestone cave formation, 3:2448 
neutralization, 4:2971 
phosphoric acid manufacturing, 
4:3292 
production, 4:3155-3156 
weathering, 6:4680 
Sulidae, 1:637-639 
Sulphur shelf (mushroom), 4:2893 
Sulston, John, 1:845 
Sumacs, 1:804 
Sumatran orangutans, 4:3104 
Sumatran rhinoceros, 5:3721 
Sumerians 
architecture, 1:687 
numeration systems, 1:303, 4:3050, 
30502, 3051 
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Summer, 5:3838-3839 
Summer flounder, 3:1739 
Summer grapes, 3:1988 
Summer savory, 4:2793 
Summer solstice, 2:1619, 
5:3838-3839, 3839, 3999-4000, 4009 
Summer tanagers, 6:4280 
Sumner, James, 2:1604 
Sums, 1:303 
Sun, 5:4106-4107, 6:4224-4229, 4225, 
4226, 4393 
calendars, 1:287 
celestial sphere, 1:836—839 
coronal mass ejections, 2:1143 
distance to Earth, 1:358-359 
diurnal cycles, 2:1354 
eclipses, 2:1435—1439, 14361, 1437 
fusion reaction, 6:4227, 4227 
future of, 5:4109-4110, 6:4229 
magnetic field, 5:3996, 4152-4153, 
6:4228 
mass of, 3:2412 
Maunder minimum, 4:2665—2667 
in Milky Way Galaxy, 
3:2100-2101 
neutrinos from, 4:2972—2973 
path of, 1:197 
rotation, 5:3994-3995 
solar flares, 5:3599, 3997, 3997, 
3998, 6:4226 
solar illumination patterns, 
5:3998-4000, 3999 
solar prominences, 5:4000—4001, 
6:4226 
solar wind, 5:4106—4107, 4159, 
4160, 6:4228, 4545, 4546 
structure, 6:4392 
temperature, 5:4105, 6:4226—4227, 
4228 
tidal effects, 1:833, 6:4370 
total solar irradiance, 6:4392-4395 
x-ray output, 6:4723, 4724 
See also Entries begining with 
Solar; Heliocentric theory; 
Solar activity cycle; Stars; 
Sunspots 
Sun bears, 1:496, 498 
Sun-centered solar system. See 
Heliocentric theory 
Sun pillars, 1:377 
Sunbirds, 6:4230 
Sunburn, 4:3165, 5:3591 
Suncus etruscus. See Etruscan shrews 
Sunda slow lorises, 4:2555 
Sundews, 1:786, 787 
Sundogs, 1:376, 377 
Sunfish, ocean, 4:3076 
Sunflowers, 2:1040 
Sunis, 2:1396 
Sunlight 
biological rhythms, 1:555 
cancer from, 1:742 


4964 


exposure, 5:3591 
Fraunhofer lines, 3:1814-1815 
horticulture and, 3:2165 
lakes, 3:2436 
photic zone, 4:3297 
reflected, 1:113 
refraction, 1:375—376 
Sunn (fiber), 3:2488 
Sunsets, 5:3644 
Sunspots, 6:4230-4233, 4231 
discovery, 6:4225, 4230 
ice ages, 3:2237 
Maunder minimum, 4:2665—2667, 
3174, 6:4231 
solar activity cycle, 5:3994-3996, 
3995, 6:4229, 4230-4231 
solar flares, 5:3997 
stellar magnetic fields, 
5:4152-4153 
total solar irradiance, 6:4393 
Supella longipalpa. See Brown- 
banded cockroaches 
Super-Kamiokande detectors, 4:2972 
Super-microscopes, 4:2757 
Super-weeds, 4:3375 
Superantigens, 6:4399 
Superb blue wrens, 6:4722 
Superb lyrebirds, 4:2568, 2569 
Superb starlings, 5:4115 
Superb sunbirds, 6:4230 
Supercalendaring, 4:3198 
Superclusters, 3:2294, 6:4233—-4234 
Superconducting magnets, 
4:2593-2594, 2604, 6:4236 
Superconducting QUantum 
Interference Devices (SQUID), 
4:2603, 6:4236 
Superconducting super collider 
(SSC), 1:12 
Superconductors, 6:4234—4239, 4236, 
4237, 4238 
alloys, 1:147 
ceramic, 4:2604 
conductivity of, 2:1470 
discovery, 2:1198—1199, 1201, 
6:42344235 
properties of gases, 3:1866 
Supercooled water, 5:3476 
Supercritical fluid chromatography 
(SFC), 2:927 
Superego, 5:3531—3532 
Superego anxiety, 1:269 
Superfluids, 1:6 
Superfund. See Comprehensive 
Environmental Response, 
Compensation and Liability Act 
Supergiant stars, 3:2130, 5:4108-4109 
Superheavy elements, 4:3265 
Superhighways. See Freeways 
Superior mirage, 1:376 
Superior temporal gyrus, 2:1401 


Superior vena cava, 6:4557 
Superior vena cava syndrome, 6:4270 
Supernovas, 4:3017, 6:4239-4241 
archaeoastronomy, 1:359—360 
brightness, 6:4551—4552 
discovery, 1:361 
elements formed by, 2:1536—1537 
expanding universe, 1:528 
neutron star model, 5:3549 
type I, 6:4694 
x-ray output, 6:4724 
Supernumerary rainbows, 5:3626 
Superoxide, 5:3655 
Superposition, law of, 5:4181 
Supersaurus spp., 2:1339 
Supersonic speed, 1:61—62, 102, 
4:2575 
Superstring theory. See String theory 
Supertankers, 4:3083—3086 
Supination, 1:207 
Suppressor T cells, 4:2566 
Suprachiasmatic nucleus (SCN), 
1:555 
Supreme Court (United States) 
Agent Orange, 1:76 
motion pictures, 4:2863—2864 
ozone, 4:3162 
Suramin, 5:3955—-3956 
Surcata suricatta. See Gray meerkats 
Surf scoters, 2:1389 
Surface currents, 2:1213-1214 
Surface irrigation, 3:2365, 2367 
Surface mining, 2:970, 4:2783 
Surface of equipotential, 2:1501 
Surface tension, 6:4241—-4242 
Surface-to-air missiles, 5:3748 
Surface-to-surface missiles, 5:3748 
Surface water 
conservation, 6:4643—-4646 
hydrology, 3:2211—2212 
nitrogen fertilizers in, 4:3001 
volume of, 3:2214 
Surfactants, 2:1560—-1561 
Surgery, 6:4242, 4242-4248 
antisepsis, 1:265 
arthroscopic, 1:315—317, 2:1577, 
4:3131 
blood transfusions for, 1:209 
brain, 1:655-656 
for cancer, 1:747—748 
cytoreductive, 1:748 
heart, 6:4225—4246, 4360-4361 
history, 6:4242-4246 
laser, 3:2459—2460, 2460-2464, 
2461 
microsurgery, 4:2759 
neurological, 4:2964—-2967 
orthopedic, 4:3130—3131 
palliative, 1:748 
placebos, 4:3345—3346 
plastic, 5:3382—3384, 6:4246 
pneumonia from, 5:3410 
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prenatal, 5:3479-3484, 3480, 3481, 


6:4226-4247 
prophylactic, 1:748 
psychosurgery, 5:3541—3544 
reconstructive, 2:1063—-1064, 
3:1791, 5:3383-3384 
restriction, 1:468 
robotic, 4:2966, 5:3743, 6:4247 
sex change, 5:3889-3890 
split-brain, 5:4082 
stereotactic, 4:2966 
thoracic, 6:4360-4361 
trackless, 6:4247 
tumor, 6:4473-4474 
virtual reality, 6:4585 
Surgical transplantation. See 
Transplantation 
Suricates. See Gray meerkats 
Suriname, 5:4025 
Surveillance systems, 3:1791, 2297 
Surveying instruments, 1:494, 
6:4248-4249 
Survival of the fittest, 3:1661, 
1907-1908, 5:3861—3862, 6:4249 
Sus barbatus. See Bearded pigs 
Sus bucculentus. See Vietnam warty 
pigs 
Sus cebifrons, 4:3337 
Sus celebensis. See Celebes pigs 
Sus philippensis. See Philippine warty 
pigs 
Sus scrofa. See Pigs 
Sus scrofa dometicus. See Pigs 
Sus verrucosus. See Javan pigs 
Susa river dolphins, 2:864 
Sushi, 6:4291, 4475 
Suspended film treatment, 6:4652 
Suspension bridges, 1:663, 665-666, 
690, 4:3134 
Suspension system, vehicle, 1:427 
Sussman, Gerald, 5:3406 
Sustainable development, 
6:4249-4253 
agriculture, 1:92 
ecological economics, 1:794, 
2:1440-1441 
ecological integrity, 2:1444 
ecotourism, 2:1453-1454 
forestry, 2:1258, 3:1792, 1795, 
4:3344 
global warming, 2:1090 
human carrying capacity, 1:794 
human ecology, 3:2177 
land management, 2:1297 
species in, 1:242—243, 2:1441 
Sutherland, Ivan, 6:4582 
Sutherland, J. B., 5:3662 
Sutton, Walter Stanborough, 3:1905 
Sutures (anatomical), 1:206 
SUVs (Sport-utility vehicles), 2:1586 
Suwanee bass, 1:481 


Sveco-Norwegian/Grevill orogeny, 
2:1641 

Svecofennian mountains, 2:1641 

Svedberg, Theodor, 1:858 

Sverdlovsk, Russia, 1:241, 558 

Swainson’s hawks, 3:2065, 2067, 2302 

Swainson’s thrushes, 6:4365 

Swallowing reflex, 5:3661 

Swallows, 6:4253-4255, 4254, 4260 

Swallowtail butterflies, 1:699 

Swammerdam, Jan, 2:1557 

Swamp beavers. See Coypus 

Swamp cypress, 5:3866, 6:4255, 
4255-4256 

Swamp eels, 6:4256—4257 

Swamp fever, 6:4665 

Swamp roses, 5:3761 

Swamp saxifrage, 5:3801 

Swamp sparrows, 5:4049 

Swamp sumacs, 1:804 

Swamps, 1:568, 6:4687 

Swan geese, 3:1872, 4:2540 

Swans, 6:4257, 4257-4258 

Swanson, Robert, 3:1895 

SWAP (Solar Wind Around Pluto) 
instrument, 4:3355, 5:3408 

Swayne’s hartebeests, 3:2063 

Sweat and sweating, 2:1226, 6:4327 

Sweat glands, 3:1672-1673 

Swedenborg, Emanuael, 3:2167 

Swedes, 4:2899 

Sweet bay, 4:2606 

Sweet cherries, 5:3760, 3761 

Sweet chestnuts, 1:504—-505, 505, 
2:890, 4:3053 

Sweet clovers, 3:2487 

Sweet fern, 6:4259 

Sweet gale family, 6:4259 

Sweet grass, 3:1995 

Sweet marjoram, 3:2113, 4:2793 

Sweet orange, 2:953, 954, 955 

Sweet potatoes, 6:4259, 4736 

Sweet sorghum, 5:4019 

Sweet taste, 6:4289-4291 

Sweet violets. See English violets 

Sweeteners, artificial, 2:1221—1222 

Swidden, 5:3945 

Swietenia mahogani. See Mahogany 

Swift, Gustavus Franklin, 
5:3661-3662 

Swift foxes, 1:751 

Swift Gamma-Ray Burst Mission, 
6:4724-4725 

Swift-Tuttle comet, 4:2735—2736 

Swifts, 6:4260-4261 

Swim bladders 

bladders, 1:694, 3:1667 
Swimming pools, 4:3156 
Swine. See Pigs 
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Swine flu, 3:2291 
Swing bridges, 1:666 
Swiss chard, 1:513 
Swiss goats, 4:2538 
SwissProt, 1:551 
Switching systems 
electrical power supply, 2:1485 
train, 6:4407 
transistor, 6:4417 
Swordbill hummingbirds, 3:2186 
Swordfish, 2:1380, 4:2626, 6:4261 
Syanceja spp. See Stonefish 
Sycamores, 4:3347-3348 
Sydenham, Thomas, 4:2689, 5:3809 
Sylva Sylvarum (Bacon), 3:2213 
Sylvicapra gimmia. See Gray duikers 
Sylvilagus floridanus. See Eastern 
cottontails 
Symbiosis, 6:4261—4263, 4262 
commensalism, 2:1027, 3:2352, 
5:3823-3824, 6:4261 
community ecology, 2:1028 
fern-cyanobacteria, 3:1704 
lichens, 1:127, 3:1840—-1841, 
4:2506, 6:4261-4262 
mycorrhiza, 4:2906-2907, 
5:3755-3756 
nitrogen cycle, 4:2998, 3000 
protista, 5:3523 
See also Mutualism 
Symbolic logic, 6:4264—4268 
Symbols 
chemical, 2:1525, 1526, 6:4264 
roses, 5:3761 
Symmetry, 6:4268-4269 
CPT, 4:3210 
rotational, 5:3763 
translational, 6:4423-4424 
Symons, Nathaniel, 6:4203 
Sympathetic nervous system, 
3:2086-2088, 4:2954 
Sympathetic nervous system inhibi- 
tors, 3:2222 
Sympatric speciation, 5:4053 
Symphalangus spp. See Siamangs 
Symplocarpus foetidus. See Skunk 
cabbage 
Synapse, 6:4269-4270 
acetylcholine across, 1:16—17 
brain, 2:1495 
memory and, 4:2682 
nerve impulses, 4:2950—2951, 2961 
vision, 6:4594 
Synaptomys borealis. See Northern 
bog lemmings 
Synaptomys cooperi. See Southern 
bog lemmings 
Synbranchiformes, 6:4256—4257 
Synbranchus spp., 6:4256—4257 
Syncardia Cardio West (CW-TAH), 
1:325 
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Syncerus caffer. See African buffaloes 


Synchrocyclotrons, 1:12 
Synchronous rotation, 4:2699-2700 
Synchrotons, 2:1224-1225, 4:2918 


Synchrotron radiation, 1:13, 39, 607, 
6:4728-4729 


Synclines, 3:1770 
Syndex, 6:4321 


Syndromes, 6:4270 
See also specific syndromes 


Synge, R. L. M., 2:926 

Syngnathidae, 4:3344, 5:3831 

Synodic months, 2:1438—1439 

Synoptic maps, 6:4675 

Synthesis, chemical, 2:882, 
6:4270-4271 


Synthesizers 
music, 6:4271—4272 
voice, 6:4272—4273 


Synthetic pyrethroids, 3:2300 


Synthetic resins, 5:3688—3689, 36887, 
3689t 


Synthetic rubber, 2:910-911 


Sypheotides indica. See Lesser 
floricans 


Syphilis, 5:3897-3899, 3900, 3902 
Syphilitic aneurisms, 1:214 


Syrbula admirabilis. See American 
grasshoppers 


Syria, 1:339-340 

Syrian hyraxes, 3:2229 

Syrian onagers, 1:346 

Syringa spp. See Lilacs 

Syringa vulgaris. See Common lilacs 

Syrphid flies, 1:275, 3:1744, 
6:4465-4466 

Syrphidae. See Syrphid flies 

The System of the World (Laplace), 
5:4003 

Systema Naturae (Linnaeus), 6:4273 

Systematic desensitization, 5:3666 


Systematics (taxonomy), 
6:4273-4274, 4274, 4292 


Systemic lupus erythematosus, 1:415 

Systems-generated electromagnetic 
pulse (SGEMP), 2:1507 

Systems of equations, 6:4274—4276 


Systole 
hypertension, 3:2221, 2223-2224 
physiology, 1:781, 2:948, 
3:2079-208 1 
rhythm control and impulse con- 
duction, 3:2087 
Syzgium aromaticum, 4:2912 
Szasz, Carl, 4:3007 
Szent-Gyorgyi, Albert von, 4:2991 
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T cells, 1:620, 4:2564—2566, 6:4277 
asthma, 1:349-350 
autoimmune disorders, 1:415 
CD8, 2:1614, 3:2326 
cell-mediated immune response 
and, 3:2253 
cytotoxic, 3:2253, 2255, 4:2566 
development, 4:2567 
Epstein-Barr virus, 2:1614 
helper, 1:349-350, 3:2252, 4:2566 
immune function, 3:2249, 2252, 
2254, 2255, 6:4277 
retroviruses, 5:3712—3713 
suppressor, 4:2566 
thymus regulation, 2:1574 
T-even phages, 1:447 
T lymphocytes. See T cells 
T. rex. See Tyrannosaurus rex 
T waves (electrocardiography), 2:1492 
T3 (Triiodothyronine), 2:1573, 3:2153 
T4 (Thyroxine), 2:1573, 3:2153, 
4:2731 
T4 bacteriophage, 1:448, 448 
Tabanidae, 3:1745, 6:4466 
Table salt. See Sodium chloride 
Tablemounts, 5:3836 
Tabula rasa, 2:1636 
Tabun, 2:885, 4:2947-2948, 6:4278, 
4278-4279 
Tacca spp., 1:308 
Tachardia lacca, 3:2488 
Tachinid flies, 6:4466 
Tachinidae. See Tachinid flies 
Tachycardia, ventricular, 2:1492 
Tachycineta bicolor. See Tree 
swallows 
Tachycineta thalassina. See Violet- 
green swallows 
Tachyglossus aculeatus, 5:4076, 4077 
Tachypleus spp., 3:2162 
Tacoma Narrows Bridge, 1:663-664 
Taconic mountains, 4:3013 
Taconite, 3:2363, 5:4141 
Tactile sensors, 5:3743 
Tadpoles, 1:189-190, 190, 191, 
3:1823, 4:2730 
Taenia saginata, 4:3206 
Taenia solium, 4:3206 
Taeniopoda auricornis, 3:1998 
Taeniopygia guttata. See Zebra 
finches 
Tagliacozzi, Gaspare, 5:3383 
Tahini, 5:3873 
Taiga. See Boreal coniferous forests 
Tail-less tenrecs. See Common tenrecs 
Tailed toads, 6:4380 
Tailstock, 4:2577 


Taipans, 2:1463 
Taiwan, 1:340 
Taiwania spp., 6:4256 
Talbot, Fox, 4:3308, 3311 
Talc, 4:2808, 5:3927 
Taleyarkhan, Rusi, 4:3027 
Talking catfish, 1:812 
Talking mynahs. See Hill mynahs 
Tallgrass prairies, 5:3461, 3462, 3462 
ecological succession, 6:4212, 4697 
grasses, 3:1992 
prescribed burns, 5:3485—3486, 
6:4697 
restoration ecology, 5:3708, 
3709-3710 
spiderworts, 5:4072 
Talpa spp., 4:2827 
Talpa europaea. See Eurasian moles 
Talpidae, 4:2826 
Talus slopes, 4:2658 
Tamandua mexicana. See Lesser 
anteaters 
Tamandua tetradactyla. See Lesser 
anteaters 
Tamaraws, 1:820, 823 
Tamarins, 4:2627-2630 
classification, 4:2627, 2835, 2981 
lion, 1:761, 4:2629 
Tamarisk trees, 5:3804 
Tambalacoques, 2:1182 
Tambora, 6:4613 
Tamias spp., 2:906 
Tamias amonoeus. See Yellow pine 
chipmunks 
Tamias minimus. See Least 
chipmunks 
Tamias striatus. See Eastern chipmunks 
Tamiasciurus spp., 5:4097 
Tamiasciurus douglasii. See Douglas 
squirrels 
Tamiasciurus hudsonicus. See Red 
squirrels 
Tamiflu. See Oseltamavir 
Tamm, I. Y., 2:862 
Tamm, Igor E., 5:3382 
Tammar wallabies, 3:2403 
Tamoxifen, 1:749 
Tampons, 6:4399 
Tamrisk manna scale, 5:3804 
Tanacetum spp. See Tansies 
Tanagers, 5:4048, 6:4279, 4279-4280 
Tanbark oak, 1:471 
Tangara chilensis. See Paradise 
tanagers 
Tangent function, 6:4443 
Tangerines, 2:955 
Tankers, oil, 4:3083-3086 
Tannins, 1:471 
cashew family, 1:804 
legumes, 3:2488 
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mangroves, 4:2616 
oak, 1:471, 504, 4:3053, 3065 
spruce, 5:4090 
Tanoaks, 4:3063 
Tansies, 2:1038 
Tansley, A. G., 2:958 
Tantalum, 2:1528, 4:2857 
Tanzania, 1:70, 271 
Taoism, 1:116 
Tape-grass, 3:1826 
Tape recordings. See Audiocassette 
recordings 
Tapeats Sandstone, 6:4510, 4511 
Tapestries, 6:4340 
Tapeworms, 1:257, 3:1739, 1744, 
2119-2120, 4:3206 
Taphonomy, 5:3933-3934, 
6:4280-4281 
Tapioca, 1:308, 5:4092 
Tapiridae. See Tapirs 
Tapirs, 6:4281-4282, 4282 
Tapirus spp. See Tapirs 
Tapirus bairdi. See Baird’s tapirs 
Tapirus indicus. See Malayan tapirs 
Tapirus pinchaque. See Mountain 
tapirs 
Tapirus terrestris. See Brazilian tapirs 
Taproots, 5:3756 
Tar, 3:1817, 4:3276 
Tar balls, 4:3085 
Tarachodula pantherina, 5:3467 
Tarago, 3:2143 
Tarantula wasps, 6:4636 
Taraxacum spp. See Dandelions 
Taraxacum bicorne. See Rubber 
dandelions 
Taraxacum mongolicum, 2:1456 
Taraxacum officinalis. See Common 
dandelions 
Tardive dyskinesis, 1:264, 5:3816 
Tarentola mauritanica. See Wall 
geckos 
Targeting systems, infrared, 
3:2297-2298 
Taricha spp., 4:2980 
Taricha granulosa. See Rough- 
skinned newts 
Taricha rivularis. See Red-bellied 
newts 
Taricha torosa. See California 
newts 
Tarnished plant bugs, 6:4461 
Tarpans, 3:2159, 2161 
Tarpons, 6:4282—4284 
Tarsals, 5:3939 
Tarsiers, 5:3510-3511, 6:4284, 
4284-4285 
Tarsiidae. See Tarsiers 
Tarsius spp. See Tarsiers 
Tarsius bancanus. See Western tarsiers 


Tarsius dianae. See Dian’s tarsiers 
Tarsius pumilus. See Pygmy tarsiers 
Tarsius sangirensis. See Sangihe 
tarsiers 
Tarsius spectrum. See Spectral tarsiers 
Tarsius syrichta. See Mindanao 
tarsiers 
Tartaglia, Niccolo, 2:1209 
Tartar, cream of. See Potassium 
hydrogen tartrate 
Tartaric acid, 2:1204, 5:3455, 
6:4285-4287 
Tartigrada. See Water bears 
Taser, 6:4287—4288, 4288 
Task performance, 1:556 
Tasmania, 1:410 
Tasmanian devils, 6:4288-4289, 4289 
Tasmanone, 4:2911 
Tassel-eared marmosets, 4:2629 
Tassel-eared squirrels, 4:2874, 5:4097 
Taste, 1:25, 817, 2:865-866, 
6:4289-4292, 4290 
Taste buds, 1:684, 2:890, 890, 5:3906, 
6:4289-4291, 4290 
Taste disorders, 6:4291—4292 
Tatera spp. See Naked-soled gerbils 
Tatera robusta, 3:1938 
Tatum, Edward L., 4:2747 
Tau neutrinos, 6:4198, 4199 
Tauons, 1:262, 6:4197, 4199 
Tauraco bannermani. See 
Bannerman’s turacos 
Tauraco fischeri. See Fischer’s turacos 
Tauraco ruspolii. See Prince Ruspoli’s 
turacos 
Taurotragus derbianus. See Giant 
elands 
Taurotragus oryx. See Elands 
Taurus (constellation), 6:4239 
Tawny fish-owls, 4:3151 
Tawny frogmouths, 1:759 
Taxaceae. See Yews 
Taxales, 2:1085 
Taxidea taxus. See American badgers 
Taxodiaceae. See Swamp cypress 
Taxodium spp., 6:4256 
Taxodium distichum. See Bald cypress 
Taxodium mucronatum. See 
Montezuma bald cypress 
Taxol, 6:4271, 4741-4742 
Taxonomy, 6:4292—4298 
birds, 4:3128—3129, 6:4566 
convergent evolution, 3:1655 
domains, 2:1366 
evolution, 3:1653-1654, 1657 
genome, 6:4273-4424 
Linnaean, 1:559, 3:1754, 
5:4052-4053, 6:4273, 4293, 
4432, 4705 
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phylogeny, 3:1653-1654, 
4:3323-3325, 6:4273, 4294 
plants, 4:3365, 3366-3367 
prokaryotes, 5:3505—3506 
protista, 4:3365, 5:3522-3523, 
6:4296-4297 
scientific method, 5:3818 
species, 5:4052—4053 
systematics, 6:4273-4274, 4274, 
4292 
trees, 6:44324433 
vertebrates, 2:924, 6:4566 
Taxus spp. See Yews 
Taxus baccata. See European yews 
Taxus brevifolia. See Pacific yews 
Taxus canadensis. See Canadian yews 
Taxus cuspidata. See Japanese yews 
Taxus floridana. See Florida yews 
Taxus hicksi, 6:4741 
Taxus hilli, 6:4741 
Tay, Warren, 6:4298 
Tay-Sachs disease, 1:600, 2:898-899, 
3:1892, 4:2705-2706, 6:4298-4299 
Tayassu pecari. See White-lipped 
peccaries 
Tayassu tajacu. See Collared peccaries 
Tayassuidae, 4:3235 
Taylor, Frederick W., 4:2650 
Taylor, Joseph, 5:3672 
Taylor, Richard, 4:3049 
Taylor, Walter P., 4:2521 
Taylor Valley, Antarctica, 1:230—231 
TCDD (2,3,7,8-tetrachlordibenzo-p- 
dioxin), 1:74, 76, 2:1342-1343, 
3:2117 
TCP/IP (Transmission Control 
Protocol/Internet Protocol), 3:2341, 
4:3096 
Tdap vaccine, 6:4338 
TDM (Time division multiplexing), 
3:1719-1720, 6:4305 
Tea, 1:138, 715, 716, 6:4299-4300 
Tea plant, 1:138, 6:4299, 4299-4300 
Tea-tree oil, 4:2913 
Teaberry. See Wintergreens 
Teak, 6:4564—4565 
Teal ducks, 2:1388 
Tear gas, 2:884-885 
Tears, 3:1684 
Technetium, 2:1525, 1528, 4:3029, 
5:3615 
Technetium-99m, 5:3614, 3619-3620 
Technology 
addiction, 4:3269 
human carrying capacity, 1:794, 
5:3444 
human niche, 4:2987 
sustainable development, 
6:4251-4252 
See also Communications 
technology 
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Tectona grandis. See Teak 
Tectonics, 6:4300-4301 
See also Plate tectonics 
Tectorial membrane, 2:1246 
Tectura spp., 4:2522 
Tectura testudinalis. See Atlantic plate 
limpets 
Teeth 
elephants, 2:1539-1540 
false, 2:1276, 1277-1278 
rodents, 5:3753 
sharks and rays, 1:796 
ultrasonic cleaning, 6:4507 
Teflon, 2:909, 918 
Tegretol, 1:254 
Tektite II Project, 6:4516 
Telecommunications. See 
Communications technology 
Telefacsimile. See Fax machines 
Telefomin cuscus, 4:3281 
Telegraph, 2:1515, 6:4301-4304 
Telemanipulators, 6:4585 
Telemetry, 6:4304—4305 
Teleost fish, 1:636 
Teleostei, 3:2414 
Telephones, 6:4305-4312, 4306, 4308, 
4309 
amplifiers, 1:192 
cellular, 1:852-853, 4:3268-3269, 
6:4310, 4310-4311, 4709, 4710 
cordless, 6:4310 
mobile, 1:852, 6:4310 
Telephoto lens, 4:2497-2498 
Teleprinters, 6:4303—4304 
Telescopes, 6:4312, 4312-4319, 4313, 
4319t 
adaptive optical, 1:357, 6:4316, 
4317 
Airy’s disk, 2:1319 
astrometric measurements, 
1:357-358 
balloon platforms, 1:458 
binocular, 1:534 
Cassegrain, 4:2797 
catadioptric, 6:4314-4315 
development, 1:361—362, 6:4312 
electronic photography, 4:3314 
gamma-ray large area space, 
3:1856 
grazing incidence, 6:4723 
infrared, 2:1201, 3:2293-2294, 
6:4318 
large area, 3:1856 
lens, 4:2497 
long-focal-length refracting, 
2:1024 
mirrors, 3:2170, 4:2797, 5:3602, 
6:4316-4318 
Newtonian, 4:2797 
optical, 5:3601—3602, 6:4312, 4313, 
4316-4318, 43197 
orbital, 3:2169 
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parabolic mirrors, 4:3201 
radio, 5:3601—3602, 3877, 
6:4318-4319 
reflecting, 6:4314, 4315 
refracting, 6:4313-4314, 43/4, 
4315 
Ritchey-Chretin Cassegrain, 
3:2169 
short-focal-length refracting, 
2:1024 
types, 6:4313-4315 
ultraviolet, 6:4507-4509 
See also Hubble Space Telescope; 
Observatories; Space-based 
observatories; specific 
telescopes 
Teletypewriter. See Telegraph 
Television, 6:4319-4323, 4320 
ATV (advanced), 6:4322—4323, 
4567 
cable, 1:192, 6:4321-4322 
cathode ray tube, 1:813-814, 
6:4319-4321, 4322 
development, 2:1515, 6:4319-4320 
electrical power supply, 
2:1483-1484 
high-definition, 2:1330, 6:4320, 
4321, 4322 
motion pictures and, 4:2864 
phosphors, 6:4743 
plasma, 6:4322 
rear-projection, 6:4322 
Television and Infrared Observation 
Satellite (TIROS 1), 1:371 
Television cameras, 5:3743, 3749 
Telexes, 6:4302 
Teller, Edward, 4:3039 
Tells, 5:4181 
Tellurium, 2:1528-1529, 4:3260 
Telomerase, 2:935 
Telomeres, 2:935, 962, 3:2173 
Telophase, 4:2674, 2803, 2803-2804 
Teludus, 1:451 
Temin, Howard, 5:3712 
Temminck colugos, 2:1010-1012 
Temnotrogon roseigaster, 6:4446 
Temperate forests 
deciduous, 1:567, 3:1796 
old-growth, 4:3088—3090 
palms, 4:3188 
rainforest, 1:542, 567, 5:3627—3630 
Temperate grasslands, 1:567 
Temperature, 6:4323—4326 
absolute, 6:4325 
aerodynamics and, 1:59-60, 61 
atmospheric, 1:378—-381, 379, 380 
bacterial growth, 1:441 
Celsius, 2:1274, 4:2740, 
6:4324-4325, 4352, 4358 
chemical equations, 2:1616 
cryobiology, 2:1197-1198 
currents and, 2:1214 
degrees, 2:1260 


diurnal cycles, 2:1353-1354 
electrical conductivity, 2:1480 
Fahrenheit, 4:2740, 2937, 
6:4324-4325, 4352, 4358 
heat index, 3:2090-2091 
homeostasis, 3:2146 
horticulture and, 3:2164 
inversion, 6:4205 
Kelvin scale, 2:1198, 4:2740, 
6:4325, 4358 
kinetic energy, 2:1580 
land and sea breezes, 3:2443 
Maunder minimum, 4:2666 
Mercury, 4:2702 
metric system, 4:2740 
Neel, 4:2602 
ocean, 2:1132, 1135, 6:4518 
ocean-moderated, 4:3073 
paleoclimate, 4:3173-3175 
planetary surface, 4:3354 
properties of gases, 3:1862—1863, 
1864, 1865 
Rankine scale, 6:4325, 4358 
scales, 6:4352, 4358 
sea surface, 4:3173-3175 
solubility, 5:4010 
stars, 5:4055—4056 
thermal energy, 2:1580 
thermodynamics, 6:4351-4352 
weather forecasting, 4:2732 
See also Body temperature 
Temperature regulation, 6:4326, 
4326-4328, 4329 
Temple Mounds, 4:2868, 2869 
Temporal lobe, 5:4083 
Temporomandibular joint, 5:3937 
Tendons, 2:998—-999, 5:3936 
Tennessee Valley Authority (TVA), 
4:3020 
Tenrec ecaudatus. See Common 
tenrecs 
Tenrecidae, 4:3143, 6:4328-4329 
Tenrecinae. See Spiny tenrecs 
Tenrecs, 6:4328, 4328-4330 
TENS (Transcutaneous electrical 
nerve stimulation), 4:3326 
Tensile testing, 5:4144 
Tension 
elasticity, 2:1465 
surface, 6:4241, 4241-4242 
Tension headaches, 4:3170 
Tent caterpillar moths, 4:2860 
Tenthredinidae. See Sawflies 
Teonanacatyl, 3:2050, 4:2893, 2908 
Teosinte, 3:1993 
Tephrostratigraphy, 5:4180 
Teraelectron volts (TeV), 1:11 
Teratogenesis, 4:2903, 3122 
Teratogens, 1:716, 5:3686, 6:4330 
Teratornis incredibilis, 2:1076 
Terbium, 3:2453-2455 
Terebinth trees, 1:804 
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Terebrantia, 6:4361 
Terebratulina septentrionalis, 1:651 
Terebrids, 5:3966 
Terephthalic acid, 1:15, 5:3441 
Terestrial biomes, 1:565—568 
Terfenadine, 1:144, 257 
Termatoda, 3:1739 
Terminal buds, 1:683 
Terminal velocity, 4:2978 
Termites, 6:4330—4332 
aardvarks and, 1:2 
cellulose digestion, 1:855 
nitrogen fixation, 4:3002 
wood-eating, 5:3530 
Termitidae, 6:4331 
Termopsidae, 6:4331 
Terms (mathematics), 6:4330 
Terns, 6:4332—4334, 4333 
Arctic, 1:233, 4:2765, 3129, 6:4333 
noise pollution effects, 4:3004 
Terpsiphone paradisi. See Paradise 
flycatchers 
Terracing, 6:4334, 4334-4335 
irrigation, 3:2367 
soil conservation, 5:3991, 
3992-3993, 6:4335 
stream, 1:149, 5:4184 
Terrains, exotic, 4:3014 
Terranes, 2:1103 
Terrapene carolinina. See Eastern box 
turtles 
Terrapene ornata, 5:3761 
Terrapins, 6:4493 
Terratornis mirabilis, 6:4622 
Terrestrial albedo, 1:113 
Terrestrial biomes, 1:566 
Terrestrial ecosystems, 3:2470, 
4:2854, 2998-3001 
Terrestrial planets, 4:3353, 3354-3355 
Territoriality, 1:518, 587, 2:1184, 
4:2742, 6:4336, 4336-4337 
Terrorism, 2:887, 3:1677 
See also Bioterrorism 
tert-butyl, 1:704 
tert-pentyl group, 4:3243 
Tertiary consumers, 3:1771 
Tesla, Nikola, 5:3740 
Tesla (unit of measure), 4:2603 
Test-restest methods, 5:3536—-3537 
Testes, 2:1575, 3:1853, 5:3545, 
3679-3681 
Testosterone 
contraception, 2:1122 
dyslexia, 2:1402 
function, 2:1575, 3:2155-2156 
performance-enhancing, 4:3253, 
3255-3256 
precursors, 2:1260, 1263 
production, 5:3679 
puberty, 5:3545 
secretion, 3:2152 


sex change, 5:3889 
spermatogenesis, 5:3681 
Tests, psychometric, 5:3536-3539 
Testudines. See Turtles 
Testudinidae. See Tortoises 
Testudoi spp. See Mediterranean 
tortoises 
Tetanus, 4:2890, 2957, 6:4337—-4338 
antitoxin, 3:2248 
vaccines, 2:1344, 6:4337-4338 
Tethys (moon), 5:3793—3794 
Tethys Sea, 2:1108 
Tethys Trench, 2:1642, 3:2134 
Tetracerus quadricornis. See Four- 
horned antelopes 
Tetrachloride, 6:4378 
Tetrachlorodibenzo-para-dioxin 
(TCDD), 1:74, 76, 2:1342-1343, 
3:2117 
Tetrachloroethylene, 1:257 
Tetracycline, 3:2484, 5:3411 
Tetradontiformes, 6:4438 
Tetraethyl lead, 3:2472, 5:3977 
Tetrahedrons, 5:3437, 6:4338 
Tetrahydrocannabinol (THC), 
3:2108-2109, 4:2623, 2625 
Tetramethyl lead, 5:3594, 3977 
Tetranychidae, 4:2799 
Tetrao cupido attwateri. See 
Attwater’s greater prairie chickens 
Tetrao cupido cupido. See Heath hens 
Tetrao urogallus. See Caper-callies 
Tetraodontidae. See Puffbirds 
Tetraonidae, 3:2020 
Tetraphis spp., 1:675 
Tetraphosphorous deoxide, 4:3292 
Tetraploidy, 2:931 
Tetrapturus spp. See Spearfish 
Tetrapturus albidus. See White 
marlins 
Tetrapturus audax. See Striped 
marlins 
Tetrodotoxin, 5:3416-3417 
Tetroncium spp., 1:307 
Tetrosomus spp., 1:648 
TeV (Teraelectron volts), 1:11 
Texas blind salamanders, 5:3773 
Texas buckeyes, 3:2158 
Texas coral snakes, 2:1463 
Texas Instruments, 4:3269 
Texas threadsnakes, 1:616 
Text paper, 4:3198 
Textiles, 6:4338—-4341, 4339 
bleaching, 1:613 
Industrial Revolution, 3:2278 
waterwheel power, 6:4655 
See also Cloth 
Texture (perception), 2:1287 
TF (Thymic factor), 2:1574 
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TFM (3-trifluoromethyl-4-nitrophe- 
nol), 3:2440 
Thl cells, 1:349-350 
Th2 cells, 1:349-350 
Thailand, 1:341 
Thalamotomy, 4:3213 
Thalamus, 1:654-655 
Thalarctos maritimus. See Polar bears 
Thalassarche carteri. See Y ellow- 
nosed albatross 
Thalassarche eremite. See Chatham 
albatross 
Thalassarche melanophrys. See Black- 
browed albatross 
Thalassemia, 3:2102, 4:2705 
Thalasseus maximus. See Royal terns 
Thales of Miletus, 2:944, 1521, 6:4344 
Thaliacea, 5:3829 
Thalidomide, 6:4342 
adverse effects, 1:598, 4:2903, 
3122, 5:3686, 6:4342 
for leprosy, 4:2499, 6:4342 
Thallium, 2:1529 
Thallium-201, 5:3615 
Thallose liverworts, 1:675 
Thamnophis sirtalis. See Garter 
snakes 
Thanatology, 6:4342-4343, 4343 
Thatch screwpines, 5:3821—3822 
Thatcher, James, 4:3372 
Thaumatibis gigantea. See Giant ibises 
THC (Tetrahydrocannabinol), 
3:2108-2109, 4:2623, 2625 
Thecodonts, 2:1338 
Theft, computer, 2:1068 
Thematic maps, 1:798 
Themistors, 2:1517 
Theobroma cacao. See Cocoa 
Theobromine, 1:138, 3:2420 
Theodolites, 6:4248 
Theophrastus of Eresus, 1:642, 721, 
4:3376, 6:4672 
Theophylline, 1:138, 145, 351, 5:3699 
Theorems, 1:396, 6:4343-4344 
artificial intelligence, 1:328 
binomial, 1:534-535 
de Moivre’s, 2:1038 
Desargues’, 5:3503-3504, 3504 
Fermat’s, 4:3047—3048 
fundamental, 3:1835—-1836 
Godel’s, 5:3454 
Hardy-Weinberg, 1:141, 3:1652 
Minimax theorem, 3:1852 
Nyquist sampling, 1:200 
postulates and, 5:3453 
Pythagorean, 1:201, 3:2351, 
5:3554, 6:4343, 4442 
virial, 1:834 
Theory of everything (TOE), 3:1985, 
6:4189-4190 
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Theory of Games and Economic 
Behavior (Neumann and 
Morgenstern), 3:1851 

Theory of the Earth (Hutton), 5:3749 

Therapeutic touch, 6:4397-4398 

Thermal decontamination, 2:1250 

Thermal detectors, airborne, 1:292 

Thermal-electric solar power, 1:155 

Thermal energy, 2:1579-1580 

conservation of, 6:4352-4353 

contraction, 2:1201 

convection, 2:1123 

discovery, 6:4351 

energy budgets, 2:1584 

greenhouse effect, 3:2012—2013 

heat capacity, 3:2090 

heat transfer, 3:2091 

measurement, 6:4349 

oceans, 1:156 

transfer of, 3:2088—2089, 
6:4348-4349 

Thermal equilibrium, 6:4354 

Thermal expansion, 6:4344—4347, 
4345, 4346 

Thermal metamorphic rocks, 4:2726, 
2727-2728 

Thermal stress, ecological, 2:1442, 
5:4188 

Thermionic effect, 2:1467, 
6:4541-4542 

Thermobia domestica. See Firebrats 

Thermochemistry, 2:1019, 
6:4347—-4350 

Thermocouples, 6:4350-4351, 4358 

Thermocyclers, 4:3232 

Thermodynamics, 6:4347, 4351-4357 

absolute zero, 1:5-6 

biological communities, 1:553 

chemical reactions, 2:882, 883, 
6:4348 

ecological pyramids, 2:1448—1449 

energy budgets, 2:1582—1583 

steam engines, 5:4136 

See also Laws of thermodynamics 

Thermoelectric effect, 6:4350, 4412 

Thermography, 4:3302-3303 

Thermoluminescence, 2:1238—1239, 
4:2558 

Thermoluminescence dosimetry 
(TLD), 2:1374 

Thermometer birds. See 
Moundbuilders 

Thermometers, 6:4324, 4357, 
4357-4358 

alcohol, 6:4345, 4346, 4357-4358 
constant volume gas, 6:4351—4352 
gas, 6:4358 

mercury, 6:4345, 4346, 4357, 4358 
resistance, 6:4358 

Thermonuclear reactions, 1:454, 
2:1300, 4:3024 

Thermophiles, 1:284—285, 441 
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Thermoplastics, 5:3386—3390, 
3387-3388t 
adhesives for, 1:54 
composite matrices, 2:1045 
crystalline and noncrystalline, 
5:3386-3389 
resins, 5:3689, 3689t 
Thermoregulation. See Temperature 
regulation 
Thermosetting plastics, 1:54, 
5:3389-3390, 3389t 
Thermosetting resins, 5:3688—3689, 
36881 
Thermosphere, 1:365, 367, 368, 
378-379, 2:1413 
Thermostats, 5:3872, 6:4352, 
4358-4359 
Thermotherapy, 4:3325 
Thermus aquaticus, 1:285, 3:1933, 
1934 
Theropithecus gelada. See Gelada 
baboons 
Theropods, 4:3182—3183 
THF (Thymic humoral factor), 
2:1574 
Thiabendazole, 1:257, 6:4438 
Thiamin. See Thiamine 
Thiamine, 4:3056, 3058, 6:4602-4604, 
46031 
Thiamine deficiency 
beriberi from, 4:3055—3056, 6:4602 
dementia from, 2:1269 
Korsakoff’s syndrome from, 
3:2420-2422 
Thiazide diuretics, 3:2221—2222 
Thick-billed parrots, 4:3217 
Thick-billed ravens, 2:1194 
Thicket tinamous, 6:4376 
Thiele, Johannes, 4:3285 
Thin-film superconductors, 6:4236 
Thin layer chromatography, 2:927, 
3:1789, 1790 
Thinking. See Reasoning 
Thiobacillus ferrooxidans, 1:441 
Thiocarbamates, 3:2116 
Thiomargarita namibienus, 4:2750 
Thiopentone sodium, 1:212 
Thiozolidediones, 2:1305 
Third-degree burns, 1:695 
Third-generation languages, 
2:1060-1061 
Third law, Kepler’s, 1:359 
Third law of thermodynamics. See 
Laws of thermodynamics 
Thirteen-lined ground squirrels, 
5:4098 
Thistles, 6:4359, 4359-4360 
Thixotropy, 2:1000, 6:4592-4593 
Thomas, Sidney G., 5:4140 
Thomomys spp. See Western pocket 
gophers 


Thompson, Benjamin, 3:2088, 6:4351 
Thompson, Laird, 6:4233 
Thompson, William, 2:1200 
Thomson, Charles, 6:4512 
Thomson, Elihu, 1:283, 6:4683 
Thomson, Joseph John 

atomic model, 1:384-385, 392, 

393-394, 400 

atomic weight, 1:397, 4:3260 

berkelium, 2:1534 

Bohr model, 1:633 

cathode ray tubes, 2:1477—1478 

electrons, 2:877, 6:4196 

isotopes, 3:2377 

mass spectrometry, 4:2653 

nucleons, 4:3045 

protons, 5:3527 

quantum mechanics, 5:3565 

Standard Model, 5:4100 

statistical mechanics, 5:4122 
Thomson, Thomas, 5:3927 
Thomson, William 

absolute zero, 2:1198 

atomic models, 1:385 

geologic time, 3:1923-1924 

Kelvin scale, 6:4325 

thermodynamics, 6:4351, 4355 
Thomson’s gazelles, 3:1866, 1867 
Thoracic region, 1:207 
Thoracic surgery, 6:4360-4361 
Thoracic vertebrae, 5:3937 
Thorax, 6:4360 
Thorazine. See Promazine 
Thoreau, Henry, 2:1088, 4:3347 
Thorium, 1:35—36, 2:1240 
Thorius spp., 5:3770 
Thorn, George, 2:1310 
Thornapples. See Hawthorns 
Thornback rays, 1:797 
Thornbirds, rufous-fronted, 4:3148 
Thorncroft, John Isaac, 3:2167 
Thorndike, Edward Lee, 2:1075, 

5:3664, 3665 
Thorndike’s law of effect, 2:1075 
Thoth (Egyptian God), 3:2232 
Thought insertion, 5:3813 
Thrashers, 4:2806, 2807 
Thraupidae, 5:4048 
Thraupinae, 6:4279 
Thraupis virens. See Blue-gray 
tanagers 

Thread, 6:4338 
Thread snakes, 1:616, 5:3969-3970 
Threatened species, 2:1564 

See also Endangered species 
Threats, 6:4337 
Three-banded armadillos, 1:306 
Three-banded coursers, 2:1163 
Three-body problem, 1:834 
Three-cell model, 1:372-373 
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Three-dimensional coordinate sys- 
tems, 1:204 
Three-dimensional imaging 
holography, 3:2143-2146 
scanning electron microscopes, 
5:3807 
stereochemistry, 5:4164-4167 
Three-dimensional seismograph, 
4:3279 
Three-dimensional sound, 6:4584 
Three Faces of Eve (movie), 4:2878 
Three Gorges Dam, 2:1233-1234, 
5:3733 
Three-leaved hop trees, 2:953 
Three Mile Island, 4:3033, 5:3609, 
3612 
Three phase electric motors, 
2:1473-1474 
Three-toed amphiumas, 5:3772 
Three-toed dwarf jerboas, 3:2387 
Three-toed sloths, 1:512, 5:3957, 3957 
Three-toed woodpeckers, 6:4717 
3-trifluoromethyl-4-nitrophenol 
(TFM), 3:2440 
Threonine, 1:178 
Threshers, 1:83, 84 
Threskiornis aethiopicus. See Sacred 
ibises 
Threskiornis bernieri. See Madagascar 
sacred ibises 
Threskiornithidae, 3:2231 
Thrighlochin spp., 1:307 
Thrips, 6:4361-4362 
Throckmorton, Peter, 4:2933 
Thrombin, 1:251, 620 
Thrombocytes. See Platelets 
Thrombocytopenic purpura, 1:416 
Thromboembolism, venous, 1:251 
Thrombolytic therapy, 2:1552 
Thromboplastin, 1:251 
Thrombosis, 1:251, 6:4362, 4362-4363 
Thrombotic stroke, 6:419/, 4192 
Thromboxane A2, 1:17 
Thrushes, 5:3736, 6:4363, 4363-4366 
Thrust (physics), 1:103—104, 
5:3746-3747 
Thryomanes bewickii. See Bewick’s 
wrens 
Thryomanes bewickii leucophrys. See 
San Clemente Bewick’s wrens 
Thryothorus ludovicianus. See 
Carolina wrens 
Thulium, 3:2453—2455 
Thunderstorms, 5:4177, 6:4366-4369, 
4367, 4368 
atmospheric structure, 1:367 
formation, 5:3476, 4177, 
6:4366-4367 
lightning, 2:1512, 4:2515-2516 
tornadoes, 6:4387-4389 
tropical cyclones, 6:4448 


Thunnus spp., 6:4474 
Thunnus maccoyii. See Southern 
bluefin tunas 
Thunnus obesus. See Bigeye tunas 
Thunnus thynnus. See Bluefin tunas 
Thylakoids, 1:844, 2:919 
Thylogale spp. See Pademelons 
Thyme, 4:2793 
Thymic factor (TF), 2:1574 
Thymic humoral factor (THF), 
2:1574 
Thymine 
base pairs, 2:1282, 1360-1361, 
1375-1376 
DNA fingerprinting, 2:1357—1358 
Thymopoietin, 2:1574 
Thymosin, 2:1574 
Thymus, 2:1574, 3:2250, 4:2567, 
6:4277 
Thymus vulgaris. See Thyme 
Thyratron, 2:1468 
Thyreophora, 4:3184 
Thyroid gland, 2:1573, 3:2153, 4:2731, 
5:3456 
Thyroid stimulating hormone (TSH), 
2:1573, 3:2153 
Thyroid stimulating hormone releas- 
ing hormone (TRH), 3:2152 
Thyroiditis, Hashimoto’s, 1:416 
Thyroxin, 3:2044 
Thyroxine (T4), 2:1573, 3:2153, 
4:2731 
Thyrsoidea macrurus, 6:4464 
Thysanaura, 1:667 
Thysanoptera. See Thrips 
TIA (Transient ischemic attack), 
6:4191-4192 
Tibesti Mountains, 1:70 
Tibetan cranes, 2:1171 
Tibetan Himalayas, 3:2133—2134 
Tibetan Plateau, 3:2134 
Tibia, 5:3939 
Tibicen pruinosa. See Annual cicadas 
Ticks, 1:281 
Lyme disease, 4:2561—2563, 2564 
rickettsial diseases, 4:3207, 
5:3727-3728, 3729 
Tidal deltas, 1:479-480 
Tidal inlets, 1:479-480 
Tidal power, 1:156 
Tides, 6:4369, 4369-4372 
barrier islands, 1:478 
calculating, 2:1054—1055, 
6:4370-4371 
celestial, 1:833 
currents, 2:1214 
delta formation, 2:1264 
diurnal, 6:4371 
diurnal cycles, 2:1354 
Earth’s rotation, 2:1421 
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red, 1:125, 128, 5:3525, 3655-3656, 
6:4649 
seaweed, 1:127 
sedimentary environment, 5:3851 
storm surge, 5:4178 
Tiffany, Joel, 5:3662 
Tifft, William, 6:4233 
Tiger beetles, 1:510, 512 
Tiger cats. See Quolls; Spotted-tailed 
native cats 
Tiger flowers, 3:2361 
Tiger salamanders, 5:3771, 3772 
Tiger sharks, 5:3904, 3906, 3907 
Tiger snakes, 2:1463 
Tigers, 1:815, 816 
Tigerstedt, Robert Adolf, 3:2221 
Tigertail spruces, 5:4091 
Tigridia pavonia. See Tiger flowers 
Tilapia, 2:1192 
Tilia spp., 1:483 
Tilia americana. See American 
basswoods 
Tilia caroliniana. See Caroline 
basswoods 
Tilia cordata. See European lindens 
Tilia floridana. See Florida basswoods 
Tilia heterophylla. See White 
basswoods 
Tiliqua rugosa. See Stump-tailed 
skinks 
Till (sedimentary environment), 
5:3851 
Tillage, conservation, 5:3993 
Tillandsia usneoides. See Spanish 
moss 
Tilth, 1:91, 4:3117-3118 
Tiltometers, 5:3860 
Timaeus (Plato), 5:3399 
Timaliidae, 1:435 
Timber. See Lumber; Wood 
Time, 6:4373, 4373-4375 
adaptation, 1:555 
astrolabe measurements, 
1:355-356 
atomic clocks, 1:381—383 
Greenwich Mean Time, 3:2464 
mean solar, 1:383 
metric system, 4:2739-2740 
oscillations, 4:3135 
periodic functions, 4:3256, 3257, 
3258 
rate of change, 5:3638 
solar, 1:197 
space-time, 2:1151, 3:1649—-1650, 
1670, 5:3669, 3671, 3675, 4027 
See also Geologic time 
Time-cycled ventilators, 5:3696 
Time dilation, 1:382-383, 5:3675, 
3676-3677 
Time division multiplexing (TDM), 
3:1719-1720, 6:4305 
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Time-sweep mode, 4:3136 
Times Beach, Missouri, 2:1342 
Timocharis of Alexandria, 5:3469 
Timor hog deer, 2:1254 
Tin 
allotropes, 1:146 
dietary, 6:4401 
discovery, 2:1526 
isotopes, 3:2377 
properties, 2:1529 
solder, 5:4007 
Tin bronze artifacts, 1:299 
Tinamidae. See Tinamous 
Tinamiformes, 6:4375 
Tinamous, 3:1747, 6:4375-4376 
Tinbergen, Niko, 1:516, 2:1164 
Tineidae, 4:2859 
Tingidae. See Lace bugs 
Tinucleotide repeat mutations, 4:2904 
Tipulidae. See Crane flies 
Tires, 1:85, 427, 4:3005 
TIROS 1 (Television and Infrared 
Observation Satellite), 1:371 
Tiselius, Arne, 2:1519 
Tissue, 6:4376—4377 
adipose, 2:1086, 3:2132-2133, 
4:3066 
connective, 2:998-999, 1086, 
1086-1087, 5:3936, 6:4377 
donor, 6:4429 
Tissue plasminogen activator, 1:253, 
2:1552 
Tit family, 6:4377 
Titan (moon), 1:805—806, 
5:3793-3795 
Titania (satellite), 6:4530, 4530-4531, 
4535 
Titanic (ship) 
bathymetric maps, 1:484 
discovery, 6:4515, 4520 
icebergs, 3:2238-2239, 2240 
nautical archaeology, 4:2935 
Titanium, 1:147, 2:1529, 6:4377-4378 
Titanium chloride, 6:4378 
Titanium dioxide, 6:4378 
Titanus giganteus. See Longhorn 
beetles 
Titis, 4:2835, 2982, 2983 
Titmice, 6:4377 
Titmus II Tester Color Perception 
Test, 2:1010 
Titration, 1:694-695, 2:1634, 5:3561 
Titusville, Pennsylvania, 4:3086, 3276 
TLD (Thermoluminescence dosime- 
try), 2:1374 
Tmesipteis spp., 3:1706, 6:4692 
Tmesipteridacea, 6:4692 
TMJ syndrome, 5:3937 
TNT (Trinitrotoluene), 3:1675, 1676, 
1677, 4:2997 
Toad rushes, 5:3766 
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Toad-stools, 4:2891 
Toadfish, 6:4379 
Toads, 1:189-191, 3:1822, 1825, 
6:4379, 4379-4381 
cane, 4:2834-2835, 6:4379, 4380, 
4381 
cloning, 3:2126 
conservation, 3:1825—1826 
golden, 3:1825 
Tobacco, 4:2992-2993 
addiction, 1:46, 47, 138, 
4:2992-2993, 6:4382 
cancer deaths, 1:745 
chewing, 4:2992 
flowering, 6:4382 
mortality, 2:941 
mutagenic, 4:2902 
nicotine, 1:46, 47, 138, 2:943, 
4:2987-2988, 2992-2993, 
6:4382 
plants, 4:2990, 2990, 2992 
smokeless, 2:941 
See also Cigarette smoke 
Tobacco mosaic virus, 4:3376 
Tobramcycin, 2:1227 
Tockus camurus. See Red-billed dwarf 
hornbills 
Toco toucans, 6:4396 
Todd, A. R., 6:4604 
Todd, David Peck, 5:3404 
TOE (Theory of everything), 3:1985, 
6:4189-4190 
Toes, webbed, 1:600 
Toilets, ultra-low-flush, 6:4644-4645 
Tokamak, 5:3382 
Token economies, 5:3666 
Tokyo Sarin gas poisoning, 1:581, 
4:2949 
Tolerance model, 6:4213-4214 
Tolman, Edward, 3:2477 
Toluene, 1:519, 3:2197 
Tolyocladium inflatum, 2:1222 
Tomahawk missiles, 5:4134 
Tomato family, 4:2989-2993, 2990, 
2991, 6:4381—4382, 4382, 4556 
Tomatoes, 4:2990, 6:4382, 4382, 4556 
genetically modified, 4:3375 
harvesting, 1:85 
production, 6:4556 
Tombaugh, Clyde, 1:832, 
4:2787-2788, 3351, 5:3405, 6:4233 
Tomistoma schlegelii. See False 
gavials 
Tomography 
emission-computed, 5:3615 
single photon emission computer- 
ized, 4:3030-3031, 5:3452, 
3615, 3622 
See also Computerized axial 
tomography; Positron-emis- 
sion tomography (PET) 
Tomonga, Shin’ichir’, 5:3563 


Toner, photocopying, 4:3301—3302 
Tongue, 5:4067, 6:4289-4291, 4290 
Tongue worms, 6:4382-4383 
Tons, 4:2740 
Tonsillectomy, 6:4383 
Tonsillitis, 6:4383-4384, 4384 
Tonsils, 3:2250, 6:4383, 4384 
Toolmaking, 2:903, 3:2178 
Tools 

chimpanzee use of, 2:902, 903 

cutting, 4:2722 

garden, 4:2585, 2587 

hand, 3:2057—2059 

machine, 4:2575, 2575-2576, 2722 
Tools, Robert, 1:325 
Tooth, Howard, 4:2959 
Tooth-billed bowerbirds, 1:646 
Tooth decay. See Dental caries 
Toothed earwigs, 2:1427 


Toothed whales, 1:233, 2:863-868, 
1434-1435, 1566 
Top-minnow. See Killifish 
Top quarks, 5:3570 
Topi, 1:238, 3:2062 
Topical corticosteroids, 1:29, 144, 145 
Topographic maps, 1:798 
Topography 
air masses and, 1:97 
inverted, 3:2449 
Karst, 1:826, 3:2404-2406, 2405, 
5:3930 
soil conservation, 5:3992 
soil formation, 5:3988 
weather patterns, 6:4672 
Topology, 6:4384—4387, 4385, 4386, 
4387 
Topsoil, 2:1296—1297, 3:2151, 5:3988, 
3989 
See also Soil 
Torches, 2:1468 


Torgos tracheliotus. See Lappet-faced 
vultures 

Torino scale, 4:2935-2936 

Tornadoes, 6:4367-4368, 4387-4391, 
4388 

Torpor, 3:2186, 6:4328 

Torque, 3:2036—2037, 6:4391 

Torrent salamanders, 5:3772 

Torreornis inexpectata. See Zapata 
sparrows 

Torrey Canyon (tanker), 4:3083, 3086 

Torricelli, Evangelista, 1:370, 378, 
473, 5:3488, 6:4541 

Tortoises, 6:4492, 4493 

Tortricidae, 4:2859 

Torus, 6:4391 

Torvalds, Linus, 2:1066, 4:3096 

Toshiba LC-836MN, 4:3268 

Total-body hypothermia, 3:2226 
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Total internal reflection, 3:1715—1716, 
4:3103 
Total solar irradiance, 6:4392—4395 
Totipotent blastomeres, 1:223 
Toucans, 6:4395, 4395-4396 
Touch, 6:4396—4398 
cetaceans, 2:866 
robotics, 5:3743 
sharks, 5:3906 
virtual reality, 6:4584 
Touracos. See Turacos 
Tournefort, J. P., 1:334 
Tourniquets, 1:193 
Towers of Hanoi, 6:4398 
Towhees, 5:4050-4051 
Townes, Charles, 3:2456, 4:2645 
Townsend, Charles, 2:1187 
Townsend ground squirrels, 5:4098 
Townsend’s solitaires, 6:4365 
Townsend’s voles, 6:4615 
Toxic shock syndrome, 6:4398-4400 
Toxic substances. See Toxins 
Toxic waste, 6:4639-4640 
See also Hazardous waste 
Toxicodendron spp., 1:804 
Toxicodendron radicans. See Poison 
ivy 
Toxicodendron toxicodendron. See 
Poison oak 
Toxicodendron vernix. See Swamp 
sumacs 
Toxicology, 2:1101, 5:3416, 
6:4400-4401 
See also Poisoning 
Toxics Characteristic Leaching 
Procedure, 2:1100 
Toxins, 5:3415-3417 
chemical, 2:1100-1101 
metabolism, 3:2125—2126 
reproductive, 5:3686 
water pollution, 6:4651 
See also Poisoning 
Toxoplasma gondii, 4:3210 
Toxoplasmosis, 4:3210, 5:3686 
Toxostoma curvirostre. See Curve- 
billed thrashers 
Toxostoma lecontei. See LeConte’s 
thrashers 
Toxostoma redivivum. See California 
thrashers 
Toxostoma rufum. See Brown 
thrashers 
Toyota Prius, 2:1477, 1586, 3:2193 
Toys, robotic, 5:3742 
Trabutina mannipara. See Tamrisk 
manna scale 
Trace elements, 1:260, 4:3060-3061, 
6:4401-4402 
Trace evidence, 1:532—533, 2:1180, 
3:1786 
Trace fossils, 4:3175, 3178 


Tracers, dye, 5:3932 

Tracers, radioactive. See Radioactive 
tracers 

Trachea, 5:3703 


Trachemys scripta. See Red-eared 
turtles 

Trachinotus carolinus. See Florida 
pompanos 

Trachinotus falcatus. See Permits 
(fish) 

Trachinotus goodei. See Palometas 

Trachomonas vaginalis, 4:3209-3210 


Trachops cirrhosus. See Frog-eating 
bats 


Trachycarpus spp., 4:3188 
Tracking, internet, 3:2336—2339 
Trackless surgery, 6:4247 
Tracks, train, 6:4406 
Traction 
physical therapy, 4:3326 
train-to-rail, 6:4403-4404 
Traction headaches, 4:3170 
Tractors, 1:84—-85, 157 
Tractotomy, subcaudate, 5:3542 
Trade winds, 3:1962 
Tradescant, John, 3:2034 
Tradescantia spp., 5:4071-4072 
Tradescantia occidentalis, 5:4072 
Tradescantia sillamontana, 5:4072 
Tradescantia virginianus, 5:4071 
Tradescantia X andersonii, 5:4071 
Traffic signals, 2:1010 
Tragelaphini, 1:238, 2:1459 
Tragopan satyra. See Satyr tragopans 
Tragopans, 6:4402 
Trailing arbutus, 3:2093 
Traill’s flycatchers, 6:4499 
Trains, 6:4402—4408, 4403 
high-speed, 6:4407—4408 
magnetic levitation, 4:2593—2595, 
6:4407-4408 
mass transportation systems, 
4:2655 
refrigerated, 5:3661—3662, 3662 
steam engine, 6:4403-4405 
Trajectory building, 1:835—-836 
Tranquilizers, 4:3289, 6:4408-4411 
Trans dibromethene, 4:2816 
Trans-fatty acids, 1:780, 3:1693, 2208, 
6:4439 
Trans-Himalayas, 3:2133-2134 
Trans-isomers, 5:4166 
Trans-Neptunian objects, 4:2788, 
3349, 3352, 5:3404 
Transaminase, 1:540 
Transantarctic Mountains, 1:230 
Transatlantic cables, 6:4303, 4307 
Transcendental meditation, 1:159, 
548 
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Transcendental numbers, 5:3647, 
6:4411-4412 
Transcortical aphasia, 1:273, 274 
Transcription (RNA), 4:2814, 3126, 
5:3724 
Transcription factors, 2:1246, 1284 
Transcutaneous electrical nerve sti- 
mulation (TENS), 4:3326 
Transducers, 6:4412, 4506 
Transduction (DNA), 1:285, 4:2747 
Transfection (DNA), 4:2747, 6:4415 
Transfer RNA (tRNA), 3:1880—1881, 
4:3116, 5:3724, 3734-3735 
Transferases, 2:1606 
Transference (psychoanalysis), 5:3533 
Transfinite numbers, 3:2289 
Transform boundaries, 4:2725 
Transform margins, 5:3397 
Transformation (DNA), 1:285, 
3:1902, 4:2747, 6:4415 
Transformations (mathematics), 
6:4423 
Transformers, 2:1484, 1485, 1505, 
6:4413, 4413-4414 
Transgenics, 6:4414-4416 
See also Genetically modified food 
and organisms 
Transgressions, marine, 3:1804 
Transient aphasia, 1:273 
Transient ischemic attack (TIA), 
6:4191-4192 
Transistor radios, 4:3269 
Transistor-transistor logic (TTL), 
2:1519 
Transistors, 2:1516, 6:4416—-4421, 
4542 
Transit system, 3:1681—1682, 1965, 
6:4248 
Transition metals 
chelated, 2:1126 
coordination compounds, 
2:1123-1125, 1124, 1124t 
family of elements, 2:1530—1531 
hemoglobin, 2:1036 
magnetism, 4:2602 
periodic table, 4:2714, 3262 
Transitive, 6:4421-4422 
Translations (genetics), 2:988, 3:1906, 
4:2814, 5:3725 
Translations (geometry), 
6:4422-4424, 4423 
Translocations (genetic), 2:931—932, 
3:1878, 1891 
Translucent, 2:1005 
Transmembrane proteins, 1:850 
Transmission Control Protocol/ 
Internet Protocol (TCP/IP), 3:2341 
Transmission electron microscopes, 
4:2752, 2755-2756 
Transmission of disease. See Disease 
transmission 
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Transmissions, automobile, 1:424, 
426-427 
Transmissivity of aquifers, 1:279 
Transmitters 
microwave communications, 
4:2761 
radio, 2:1515, 5:3597 
telephones, 6:4308 
Transmutation, 1:151, 4:2821 
Transparency, 2:1005 
Transpiration, 3:1647, 2209-2210, 
6:4424 
Transplantation, 6:4425-4431, 4426 
bone, 6:4428 
bone marrow, 1:43, 749, 5:3923, 
4162, 6:4428 
corneal, 3:1686, 6:4426, 4428 
cyclosporines for, 2:1222—1224 
frozen organs for, 2:1198 
heart, 1:323, 5:3514, 6:4246, 4427, 
4429 
history, 6:4426-4427 
kidney, 3:1669, 6:4427, 4428 
liver, 2:952, 6:4429 
lung, 6:4427, 4429 
neuron, 1:656 
penis, 6:4427 
rejection, 1:249, 3:2249, 2256, 
6:4246, 4427-4428 
stem cells for, 5:4162-4163 
xenotransplantation, 3:2175—2176 
Transport proteins, 4:2676 
Transportation 
energy efficiency, 2:1586 
freeways, 3:1815-1818, 18/6 
mass, 4:2653—2656, 2654 
radioactive waste, 5:3617 
See also Automobiles; Vehicles 
Transposons, 2:1614 
Transrapid system, 4:2594 
Transsexuality, 5:3888—3890 
Transuranium elements, 2:1525, 
1531-1535 
naming, 6:4264 
periodic table, 2:1532—1533, 
4:3264-3265 
radioactive waste, 5:3617 
Transverse recordings, 6:4568 
Transverse velocity, 1:357 
Transvestites, 5:3888 
Transylvanian Alps, 2:1644 
Trap (rock), 5:4171 
Trapezium, 5:3557, 6:4431 
Trapezoids, 3:1931, 5:3557, 
6:4431-4432, 4432 
Trash bags, biodegradable, 3:2446 
Trauma, 1:193, 5:4185 
Traut, Herbert, 3:2036 
Travel 
photography, 4:3310 
SARS epidemic, 5:3879-3880, 
3881-3882 
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Travel industry automation, 1:421 
Traveler’s diarrhea, 2:1594, 1625 
Travertine, 3:2448—2449 
Treatise of the Scurvy (Lind), 4:3055 
Tree boas, 1:632 
Tree club mosses, 2:968 
Tree dormice, 2:1373 
Tree ducks, 2:1385—-1386 
Tree ferns, 3:1703 
Tree graphs, 2:1018 
Tree hyraxes, 3:2229 
Tree kangaroos, 3:2403—2404 
Tree plantations, 2:1192—1193, 
4:3091, 3345, 5:4090, 6:4716 
Tree-ring dating. See 
Dendrochronology 
Tree rings, 6:4714 
Tree shrews, 6:4435-4437 
Tree snakes, 5:3970 
Tree sparrows, 5:4050 
Tree squirrels, 5:4096—4097 
Tree swallows, 5:4117, 6:4254 
Treefrogs, 3:1823, 1825 
Trees, 6:4432-4435 
acid rain effects, 1:20, 20-21, 22 
bark, 1:470-472, 6:4433 
biomass, 1:547, 2:1190, 
3:1792-1793 
cavities, 2:1388 
citrus, 2:953-957, 954, 3:1829, 
1984 
crop, 2:1190 
fruit, 2:1191, 3:1828-1830 
introduced species of, 3:2348 
lacquer, 1:803—-804 
legumes, 3:2487—2488 
mycorrhiza, 4:2906 
ozone exposure, 4:3162 
plantations, 2:1192-1193, 6:4565 
prairie, 5:3462 
rose family, 5:3759, 3760 
savanna, 5:3797-3798 
transpiration, 6:4424—-4425 
trunk layers, 6:4433 
xylotomic identification, 
6:4730-4731 
See also Forests 
Treevipers, 6:4576 
Trefoil, bird’s foot, 3:2487 
Tremarctos ornatus. See Spectacled 
bears 
Trematoda, 3:1739, 4:3206, 
6:4456-4457 
Trembling aspen, 3:1797, 2021, 2271, 
5:3722, 6:4699 
Tremolite, 1:334 
Tremors 
harmonic, 2:1423 
Parkinson disease, 4:3212, 3213 
Trench method, 3:2445 
Trenches, ocean, 4:3075 


Trepanation. See Trephination 
Trepang spp., 5:3824 
Trephination, 4:2964, 5:3541, 6:4242 
Treponema pallidum, 1:440, 5:3898, 
3902 
Trevallys. See Jacks (fish) 
Trevithick, Richard, 3:2279, 5:4135, 
6:4403 
TRH (Thyroid stimulating hormone 
releasing hormone), 3:2152 
Tri-state tornado, 6:4389-4390 
Triadobatrachus spp., 3:1822 
Triangles, 3:1930—-1931, 1931 
area of, 1:201, 6:4441-4442 
congruent, 2:/079, 1079-1081, 
1080, 1081, 3:1930 
Einthoven, 2:1491 
equilateral, 1:218, 2:1096, 1096, 
6:4440 
isosceles, 6:4440 
oblique, 6:4440 
obtuse, 6:4440 
Pascal’s, 1:534, 4:3225—3227 
polygons, 5:3436 
Pythagorean theorem, 5:3554 
reflections, 5:3658, 3658 
right, 6:4440, 4441 
sum of the angles, 4:3007—3008 
trigonometric principles, 
6:4440-4441 
Triangulation, 4:2582—2583, 6:4248 
Triassic-Jurassic boundary, 4:2648 
Triassic period, 2:1335, 3:1822, 
4:3182-3184, 6:4490 
Triatoma spp., 6:4461, 4462 
Triatoma infestans, 6:4462 
Triatoma sanduisuga. See Blood- 
sucking conenose 
Triatomic oxygen, 4:3158 
Triazines, 3:2116 
Triboelectrification, 2:1521 
Triboluminescence, 4:2557—2558, 
2781 
Tricalcium aluminate, 2:1073 
Tricalcium silicate, 2:1073 
Tricarboxylic acid cycle. See Krebs 
cycle 
Triceratops spp., 2:1339 
Trichechus manatus latriostris, 5:3656 
Trichillium brachyporum, 1:512 
Trichinella spiralis, 4:3205, 6:4437 
Trichinosis, 1:256 
Trichiuridae, 4:2626 
Trichloracetates, 3:2116 
Trichloromethane. See Chloroform 
Trichloromethyl chloroformate, 
2:884 
Trichodectes canis. See Dog-biting lice 
Trichoglossus chlorolepidotus. See 
Scaly-breasted lorikeets 
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Trichoglossus haematodus. See 
Rainbow lorikeets 
Trichogramma minutum. See 
Trichogramma wasps 
Trichogramma wasps, 6:4636 
Trichomoniasis, 4:3209—3210 
Trichonosis, 6:4437-4438 
Trichonympha spp., 1:855 
Trichonymphs, 1:855, 5:3527 
Trichoptera spp., 1:713, 6:4465 
Trichosurus vulpecula. See Brushtail 
possums 
Trichys fasciculata. See Long-tailed 
porcupines 
Tricolored herons, 3:2123 
Tricyclic antidepressants, 1:255, 402, 
2:1286 
Trifolium spp. See Clovers 
Trifolium pratense. See Red clover 
Triggerfish, 6:4438 
Triglycerides, 6:4438-4439 
beta-blockers, 1:523 
saponification of, 1:56, 5:3973 
stearic acid production, 5:4138 
Trignometric parallax, 1:357 
Trigonoceps occipitalis. See White- 
headed vultures 
Trigonometry, 3:1834, 4:2661, 
6:4439-4443 
Triiodothyronine (T3), 2:1573, 3:2153 
Trilobites, 4:3779, 3179-3180 
Trimeresurus spp., 6:4577 
Trimethoprim sulfa, 5:3411 
Trimmatom nanus, 3:1976 
Trinitrotoluene (TNT), 3:1675, 1676, 
1677, 4:2997 
Trinity (bomb), 1:396 
Trinkaus, Erik, 3:2180 
Triodes, 2:1515, 6:4542 
Trionyx spp. See Softshell turtles 
A Trip to the Moon (movie), 4:2862 
Tripeptides, 1:177 
Triphenyl methyl, 5:3594 
Triple Saros, 2:1439 
Triploidy, 2:931 
Tripneustes ventricocus, 5:3831 
Triprotic acids, 1:25 
Tripsacum mexicamum, 3:1993 
Tripterygion nanus, 1:614 
Trisomy 13. See Patau syndrome 
Trisomy 18. See Edwards syndrome 
Trisomy 21. See Down syndrome 
Tristan albatross, 1:112 
Triticum spp. See Wheat 
Triticum aestivum. See Wheat 
Triticum compactum, 6:4691 
Triticum dicoccum. See Emmer wheat 
Triticum durum. See Durum wheat 
Triticum speltoides. See Wild goat 
grass 


Triticum tauschii. See Emmer wheat 
Triticum urartu. See Einkorn wheat 
Triticum vulgare, 3:1993 
Tritium, 6:4444-4445 
nuclear reactions, 4:3026, 6:4444 
structure and properties, 1:392, 
394, 3:2203, 2378, 6:4444 
weapons-grade, 4:3037, 6:4444 
Triton (satellite), 4:2944, 2945-2946, 
2945t 
discovery, 4:2938 
orbit, 4:2939-2940, 5:3406 
Tritons (nuclear fusion), 4:3023 
Triturus alpestris. See Alpine newts 
Triturus cristatus. See Crested newts 
Triturus vulgaris. See Smooth newts 
Trivers, Robert L., 1:163 
tRNA (Transfer RNA), 3:1880—1881, 
4:3116, 5:3724, 3734-3735 
Trochilidae. See Hummingbirds 
Troglobites, 1:828 
Troglodytes aedon. See House wrens 
Troglodytes troglodytes. See Winter 
wrens 
Troglodytidae, 4770 
Troglophiles, 1:828 
Trogloxenes, 1:827 
Trogon curucui. See Blue-crowned 
trogons 
Trogon elegans. See Elegant trogons 
Trogonidae. See Trogons 
Trogons, 6:4445-4446 
Trojan Asteroids, 1:834 
Trojan asteroids, 4:2790, 2790-2791 
Trojan Horse (computer virus), 
2:1069 
Trombiculidae, 4:2800 
Trophic levels, 1:553, 3:1773, 
6:4446-4447 
Trophoblasts, 2:924-925 
Trophozoites, 6:4457 
Trophy hunting, 2:1566—-1567 
Tropic birds, 6:4447-4448 
Tropic of Cancer, 5:4000 
Tropic of Capricorn, 5:3998, 4000 
Tropical cyclones, 5:4178, 
6:4448-4453, 4449, 4450 
Tropical diseases, 6:4454-4459, 4456 
Tropical ecosystems, 1:542, 544 
Tropical forests 
deforestation, 2:1257, 1258, 1568 
semi-evergreen, 1:568 
See also Tropical rainforests 
Tropical grasslands, 1:567 
Tropical piculets, 6:4715 
Tropical rainforests, 5:3627—3630, 
6:4434 
biodiversity, 1:542 
biological communities, 1:553 
biomass, 1:565 
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canopy, 5:3628 
defined, 3:1796 
deforestation, 2:1568, 5:3945-3946 
endemic species, 2:1570 
evergreen, 1:568 
habitat, 3:1797-1798 
ice age refuges, 3:2235—2236 
old-growth, 4:3088, 3090-3091, 
3105 
productivity, 3:1796—1797 
slash-and-burn agriculture, 
5:3945-3947 
soils, 5:3989 
Tropical years, 1:730, 838 
Tropics, 5:3998 
Tropidacris cristatus. See Costa Rican 
grasshoppers 
Tropisms, 1:515—516, 4:3318 
geotropisms, 3:1937—1938 
phototropism, 1:515-516, 
4:3318-3320, 3319 
See also Phototropism 
Tropopause, 1:378 
Troposhere 
CFCs in, 2:915 
composition and structure, 1:365, 
367, 2:1413 
solar activity cycle, 6:4231-4232 
temperature, 1:378 
Trou au Natron caldera, 1:70 
Trout 
acid rain effects, 1:23 
aquaculture, 1:628, 2:1192, 5:3777 
infectious hematopoietic necrosis 
virus, 2:1363 
sea lampreys, 3:2440 
Trout-perch, 6:4459-4460 
Troy ounces, 5:3471 
Trucks, 1:422-428, 5:3661—3662, 3662 
Trudeau, Richard, 2:1018 
True bitterns, 1:604-605 
True boas, 1:631-632 
True bugs, 6:4460-4462 
True crocodiles, 2:1185 
True eels, 6:4462-4464, 4463 
True flies, 6:4464-4467 
True heaths, 3:2092, 2093 
True irises, 3:2360 
True lemurs. See Typical lemurs 
True lobsters, 4:2541 
True magnolias, 4:2606 
True moles, 4:2826 
True mosses, 1:676, 677, 4:2854 
True scorpion flies, 5:3820 
True seahorses, 5:3831 
True seals, 5:3832—3835 
True vipers. See Old World vipers 
True vireos, 6:4579 
True yams, 6:4259 
Truffles, 3:1838, 4:2893, 2907 
Trujillo, Chadwick A., 4:3352 
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Trumpet lilies, 4:2518 
Trumpet manucodes, 1:590, 591 
Trumpeter swans, 6:4257, 4258 
Trumpetfish, 6:4467 
Trunkfish. See Boxfish 
Trusses, bridge, 1:665, 690 
Truth tables, 6:4265—4266, 4267 
Trypanosoma spp., 4:3205, 5:3526, 
3529, 3530 
Trypanosoma brucei, 5:3955 
Trypanosoma cruzi, 6:4462 
Trypanosomiasis. See Sleeping 
sickness 
Tryptamines, 3:2051 
Tryptophan, 1:178, 4:2747 
Tsetse flies, 5:3526, 3530, 3955, 3956, 
6:4465 
TSH (Thyroid stimulating hormone), 
2:1573, 3:2153 
Tsiolkovsky, Konstantin, 1:105 
Tsuga spp. See Hemlock 
Tsuga canadensis. See Eastern 
hemlock 
Tsui, Lap-Chee, 3:1903 
Tsunamis, 2:1422, 1425-1426, 3:1750, 
1751, 6:4467-4468 
Tsvet, Mikhail Semyonovich, 2:926 
TTAPS study, 4:3043 
TTL (Transistor-transistor logic), 
2:1519 
Tuamotu sandpipers, 5:3785 
Tuatara lizards, 5:3687, 6:4468-4469 
Tubal ligation, 2:1120 
Tube-dwelling worms. See Phoronids 
Tuber aestivum, 4:2893 
Tuber brumale, 4:2893 
Tuber melanosporum, 4:2893 
Tuberculoid leprosy, 4:2499 
Tuberculosis, 5:3697, 3699, 6:4470 
Addison’s disease and, 1:50 
antibiotic-resistant, 1:246, 6:4470 
developing countries, 6:4458 
paleopathology, 4:3186—3187 
quarantine, 5:3881 
Tuberous begonias, 1:514 
Tubers, 2:1631, 6:4469, 4556-4557 
Tuberworms, potato, 4:2859 
Tubeworms, 3:2214 
Tubificid worms, 3:2270 
Tubocurarine, 2:1211, 1212 
Tubulanus spp., 5:3723 
Tubulidentata, 1:1 
Tubulifia, 6:4361 
Tuff, 3:2243 
Tufted ducks, 2:1390 
Tufted titmice, 6:4377 
Tularemia, 6:4471, 4471-4472 
Tulip tree, 4:2606-2607 
Tulipa gesneriana, 4:2518 
Tulipa suaveolens, 4:2518 
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Tulips, 4:2518, 2518, 2519 
Tumble mustards, 6:4472 
Tumble panicgrass, 6:4472 
Tumble pigweed, 6:4472 
Tumbler locks, 4:2545 
Tumbleweed, 5:3856, 6:4472 
Tumor initiators, 1:779 
Tumor promoters, 1:779 
Tumor suppressor genes 
in cancer, 1:744 
mutagenesis, 4:2903 
Tumors, 6:4472-4474, 4473 
benign, 1:743, 5:3700, 
6:4472-4474, 4473 
brain, 2:1269, 3:1886, 4:2965, 
6:4473, 4474 
cell differentiation in, 2:1302 
CT scans, 2:1071-1072 
endocrine, 2:1575 
ocular, 6:4601 
ultrasonic diagnosis, 6:4507 
See also Cancer 
Tunas, 4:2626, 6:4474-4476, 4475 
Tundra, 1:565—566, 6:4476-4478, 
4477 
biological communities, 1:553, 
6:4477-4478 
competition, 2:1034 
ecological productivity, 2:1447 
mosses, 4:2855 
rangeland, 5:3632 
soils, 5:3989 
Tundra swans, 6:4257, 4257-4258 
Tundra voles, 6:4615 
Tungsten 
filaments, 3:2264, 2265 
properties, 2:1529 
steel, 3:2364 
Tungsten-halogen lamps, 3:2265 
Tuning fork, 5:4019 
Tunneling, 6:4478-4481, 4479 
Tupaia chrysogaster. See Golden-bel- 
lied tree shrews 
Tupaia glis. See Common tree shrews 
Tupaia longipes, 6:4436 
Tupaia nicobarica, 6:4436 
Tupaia palawensis. See Palawan tree 
shrews 
Turacos, 6:4481, 4481-4482 
Turbellaria, 3:1739-1740 
Turbidity, water, 6:4649 
Turbidity currents, 1:7, 2:1110, 1214 
Turbines, 6:4482, 4482-4485 
electromagnetic induction, 2:1505 
hydroelectric, 3:1888—1889, 
6:4483, 4484 
jet engine, 1:105, 6:4484 
Turbo-drilling, 4:3087 
Turbofan jets, 3:2389 
Turbojets, 1:105, 3:2389 
Turboprop engines, 3:2389-2390 


Turbot, 3:1739 

Turbulence, 1:59, 3:1757, 
6:4485-4486, 4486 

Turdidae. See Thrushes 


Turdus assimilis. See White-throated 
robins 


Turdus gravi. See Clay-colored robins 
Turdus illacus. See Redwings 


Turdus merula. See European 
blackbirds 

Turdus migratorius. See American 
robins 

Turdus naumanni. See Dusky thrushes 

Turdus obscurus. See Eyebrowed 
thrushes 


Turdus philomelos. See European song 
thrushes 


Turdus pilaris. See Fieldfares 


Turdus plumberus. See Red-legged 
thrushes 
Turdus rufopalliatus. See Rufous- 
backed robins 
Turf grasses, 3:1995—1996 
Turing, Alan, 1:327 
Turing test, 1:327 
Turkevich, Anthony, 1:152 
Turkey (country), 1:340 
Turkey vultures, 1:592, 2:1076, 
5:3634, 3811, 6:4621-4622, 4623 
Turkeys, 6:4487-4488, 4488 
aflatoxins, 4:2810 
domestic, 4:2540, 6:4487-4488 
introduced species, 3:2348 
Turlay, R., 4:3210 
Turner, Benjamin, 2:1309 
Turner, Henry, 6:4488—4489 
Turner syndrome, 2:930, 4:2675, 
5:3891, 6:4488-4490 
Turning. See Lathes 
Turnip parsley, 3:2113 
Turnips, 4:2899, 5:3757 
Turnover, lake, 3:2437 
Turnstones, 5:3784—-3785 
Turpentine, 1:804, 3:1733 
Turret drills, 4:2579 
Turret lathes, 4:2576—2577 
Turs, 3:1973, 1974 
Tursiops truncatus. See Bottlenose 
dolphins 
Turtle (submarine), 6:4202-4203 
Turtles, 5:3687, 6:4490-4494, 449] 
box, 5:3761, 6:4492 
by-catch, 2:1380 
loggerhead, 5:3914 
Tuskegee Syphilis Study, 5:3899 
Tusks, 2:1539-1540, 6:4631 
Tussock moths, 4:2860 
Tussocks, 5:3796—-3797 
Tutankhamen, 2:1204 
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TVA (Tennessee Valley Authority), 
4:3020 
Twelve step programs, 1:49, 122 
Twin-leaf, 1:463 
Twin paradox, 5:3676 
Twin-twin transfusion syndrome, 
5:3482 
Twine binders, 1:84 
Twinkling stars, 1:376 
Twinning, 2:960, 961 
Twins 
alcoholism, 1:121 
identical, 1:121 
prenatal surgery, 5:3482 
Twiss, R. O., 3:2324 
Twisted-winged parasites. See 
Strepsiptera 
Two-banded monitor lizards, 4:2834 
Two-body problem, 1:835 
Two-dimensional vision systems, 
4:2581-2582 
Two-gate locks, 1:740 
Two-humped camels, 1:736, 737 
Two-stroke engines, 3:2328, 2330 
2003UB313 (Eris), 4:3349, 3351, 3352 
Two-toed amphiumas, 5:3772 
Two-toed sloths, 5:3957 
2-hydroxyecdysone, 4:2730 
2-phenyl propionaldehyde, 4:3285 
2-propanone. See Acetone 
2,3,7,8-tetrachlordibenzo-p-dioxin 
(TCDD), 2:1342-1343, 3:2117 
2,4-dichlorophenoxyacetic acid (2,4- 
D), 1:74-76, 2:885, 1343, 3:2116, 
2117 
2,4,5-trichlorophenoxyacetic acid 
(2,4,5-T), 1:74-76, 2:885, 1342, 
3:2117 
Twort, Frederick, 1:447 
Twyman, Frank, 3:2322 
Twyman-Green Interferometer, 
3:2322 
Tylenol. See Acetaminophen 
Tylotriton verrucosus, 5:3771 
Tympanic membrane, 1:33, 2:1409, 
3:1658, 2075 
Tympanuchus cupido. See Greater 
prairie chickens 
Tympanuchus cupido attwateri. See 
Attwater’s greater prairie chickens 
Tympanuchus cupido cupido. See 
Heath hens 
Tympanuchus pallidicinctus. See 
Lesser prairie chickens 
Tyndall, John, 3:1721 
Tyndall effect, 2:1000 
Type | helper cells. See Th1 cells 
Type 2 helper cells. See Th2 cells 
Type I diabetes, 1:416, 2:1303-1304, 
3:2309 


Type I supernovas, 6:4694 

Type II diabetes, 2:1303-1304, 3:2309 

Typesetting, 5:3493-3494 

Typha spp. See Cattails 

Typha angustifolia. See Narrow- 
leaved cattails 

Typha latifolia. See Broad-leaved 
cattails 

Typhlocyba rosae. See Rose 
leafhoppers 

Typhlomolge rathbuni. See Texas 
blind salamanders 

Typhlopidae. See Wormsnakes 

Typhoid fever, 2:1594, 6:4494-4496 

Typhoons. See Tropical cyclones 

Typhus, 3:1744, 6:4496-4497 

DDT prevention, 2:1242 
rickettsial, 5:3727, 3728 

Typical flycatchers, 4:2830 

Typical lemurs, 3:2490, 2492-2493, 
5:3510-3511 

Typical nuthatches, 4:3054 

Typical owls, 1:592, 4:3150, 3151 

Typical parrots, 4:3216 

Typological classification (artifacts), 
1:317-318, 5:3460 

Tyrannidae. See Least flycatchers 

Tyrannosaurus spp., 2:1337, 4:3182 

Tyrannosaurus rex, 2:1338, 
6:4497-4498 

Tyrannus forficata. See Scissor-tailed 
flycatchers 

Tyrannus tyrannus. See Eastern 
kingbirds 

Tyrannus verticalis. See Western 
kingbirds 

Tyrant flycatchers, 6:4498, 4498-4500 

Tyrosinase, 1:115 

Tyrosine, 1:113, 4:2705, 3286 

Tyrosinemia, 4:3286-3287 

Tyrrhenian Sea, 2:1644 

Tyto spp. See Barn owls 

Tyto alba. See Barn owls 

Tytonidae. See Barn owls 


fu 


Uakaris, 4:2982, 2984 

UBV system, 5:4155 
Uchatius, Franz von, 4:2862 
Uhlenbeck, G. E., 5:4073 
Uhlenhunth, Paul, 5:3870 
Uhuru (spacecraft), 6:4724 
Ukraine, 4:2648 

Ukrainian shile, 2:1641 
Ulcers, 2:1328-1329, 6:4501-4503, 
4502 

Ulex uropaeus. See Gorse 
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Ullrich-Turner syndrome. See Turner 
syndrome 
Ulmus spp. See Elms 
Ulmus americana, 1:15American elms 
Ulna, 5:3939 
Ultra-low-flush toilets, 6:4644-4645 
Ultracentrifuge, 6:4503 
Ultralights, bicycle-drive, 1:105—-106 
Ultrasaurus spp., 2:1339 
Ultrasonics, 6:4503-4507, 45041, 4505 
Doppler effect, 2:1372 
frequency range, 1:32 
genetic disorders, 3:1893, 5:4075 
medical, 1:33, 6:4506—-4507 
physical therapy, 4:3325-3326 
prenatal surgery, 5:3481 
SONAR, 5:4016 
steel testing, 5:4145 
uses, 1:33, 5:3621, 6:4505—4507 
Ultrasound. See Ultrasonics 
Ultraviolet astronomy, 6:4507-4510 
Ultraviolet imaging spectrometry, 
4:3356, 5:3408 
Ultraviolet radiation, 6:4508 
CFC protection from, 2:916 
electromagnetic spectrum, 
2:1507-1510 
exposure, 5:3591 
health effects, 4:3165 
ionization, 3:2359 
mutations from, 4:2902, 2903 
ozone layer depletion, 1:366, 
4:3164-3165 
photochemistry, 4:3299 
primitive atmosphere, 4:2773 
risks of, 2:1446 
skin cancer from, 1:746, 3:2319, 
4:2901 
solar activity cycle, 6:4231-4232 
spectroscopy, 5:4061 
water treatment, 6:4652 
Uluhe ferns, 3:/703 
Ulysses (spacecraft), 3:2394 
Umbelliferae. See Carrot family 
Umbellularia californica. See 
California laurel 
Umbrella-birds, 2:1156 
Umbrella magnolias, 4:2606 
Umbriel (satellite), 4:2944, 6:4531, 
4535 
neertainty (statistics), 4:2661 
neertainty principle 
error, 2:1623 
Heisenberg, 1:387, 394-395, 
3:2095-2096, 6:4196-4197, 
4581 
momentum, 4:2829—2830 
Uncia uncia. See Snow leopards 
Unconfined aquifers, 1:279—280 
Unconformities (geology), 
6:4510-4512 
Unconjugated bilirubin, 3:2385 
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Unconsious mind, 5:3531 
Uncountable sets, 5:3875 
Underground mining, 4:2783-2784 
Undershot wheels, 6:4482 


Underwater exploration, 6:4512-4521 
diving, 6:4512, 4514 
history, 6:4512 
nautical archaeology, 1:290, 
4:2932-2933 
oceanography, 6:4512-4513 
pioneers in, 6:4515-4518 
submersible vessels, 5:3739, 
6:4514-4515, 4516-4517, 4520 
Underwoodisaurus milii. See Barking 
geckos 
Undifferentiated schizophrenia, 
5:3813 
UNESCO. See United Nations 
Educational, Scientific and Cultural 
Organization (UNESCO) 
JIngulates, 6:4521 
niaxial pressing, 2:861 
nicellular algae, 1:125 
nicellular organisms, 4:3121 
nicornfish. See Crestfish 


niformitarianism, 1:810, 
6:4522-4523 


Uniformity system (manufacturing), 
4:2649 


ninterruptible power supply (UPS), 
2:1059 


Union (sets), 5:3875, 3875 
Uniparental disomy, 2:930-931 
Uniparental embryos, 1:223 

Unipolar neurons, 4:2961—2962 
Unit fractions, 5:3640 
U 
U 
U 


Cc 


nited Arab Emirates, 1:339 
nited Kingdom. See Great Britain 
nited Nations 
automobile accidents, 1:422 
diamond trade, 2:1311 
Earth Summit, 2:1600 
ecotourism, 2:1453 
Food and Agriculture 
Organization, 2:1089—-1090, 
1191, 1257-1258, 4:3372-3373 
food irradiation, 3:1774 
herbicides, 3:2118 
Intergovernmental Oceanographic 
Commission, 6:4468 
International Atomic Energy 
Agency, 4:3038-3039, 
6:4659-4662 
Nuclear Non-Proliferation Treaty, 
4:3043 
shipwreck rights, 6:4520 
water pollution, 6:4651 
United Nations Conference on 
Desertification (UNOCD), 2:1296 
United Nations Convention on 
Biological Diversity, 3:1901 
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United Nations Convention on the 


Law of the Sea, 1:484 


United Nations Educational, 


Scientific and Cultural Organization 
(UNESCO), 3:1795-1796, 2009 


United Nations Environment 


Program 
conservation history, 2:1089—1090 
desertification, 2:1296 
endangered species actions, 2:1568 
Global Biodiversity Strategy, 
1:544-545 
hazardous waste, 3:2071 
illegal wildlife trade, 6:4702—4703 
Montreal Protocol, 1:368, 2:911, 
917-918 
nited Nations Framework 
Convention on Climate Change. See 
Kyoto Protocol 
Jnited Network for Organ Sharing 
(UNOS), 6:4429 


United States Department of ... See 


U.S. Department of ,,, 

nited States Geological Survey 
(USGS), 2:1422, 4:3278-3279, 
6:4612 

Jnited States National Ice Center, 
3:2238 


United States Pharmacopoeia and 


National Formulary (USP/NF), 
3:2115 


Units and standards, 6:4523-4525 


See also Measurements 


Universa Medicina (Fernel), 4:3230 
Universal gravitation, law of, 1:831 
Universal milling machines, 4:2576 
Universal Product Code (UPC), 


1:462, 462, 3:2146 
Jniversal sets, Boolean, 1:639 


U 
Universal Time, 6:4373-4374 
U 


Jniversal Transverse Mercator 
(UTM), 1:800 


Universe 


age of, 1:73-74 

closed universe theory, 1:528 

constant creation theory, 1:527 

density of, 2:1153, 1273 

four phases of, 2:1154 

Grand Unified Theories, 2:1155 

gravity, 1:364 

hydrogen and helium in, 2:1525 

origin and structure of, 
2:1150-1156 

steady state theory, 1:73, 527, 
2:1151-1152, 1153, 
5:4126-4129 

See also Big bang theory; 
Cosmology; Expanding 
universe 


Unix, 4:3096 
Unmanned spacecraft. See Space 


probes 


UNOCD (United Nations 
Conference on Desertification), 
2:1296 
UNOS (United Network for Organ 
Sharing), 6:4429 
Unsaturated fatty acids, 3:1692—1693 
Upatnieks, J., 3:2144 
UPC (Universal Product Code), 
1:462, 462, 3:2146 
Updrafts, 2:1123, 6:4388, 4451 
Upland rainforests, 2:886 
Uplift, 6:4525-4527, 4526 
Upper Atmosphere Research 
Satellite, 6:4392 
Upper Cretaceous Age, 2:969 
Upper limbs, 1:207 
Upper Precambrian era, 3:1804 
Upright posture, 3:2179 
UPS (Uninterruptible power supply), 
2:1059 
Upsilon Andromedae, 3:1682 
Upsilon mesons, 5:3570 
Upupa epops. See Hoopoes 
Upupidae. See Hoopoes 
Upwellings, 1:569, 4:3297, 6:4527 
Uralian Ocean, 2:1641 
Uranium, 1:35—36, 6:4527-4529, 4528 
astatine from, 3:2054 
centrifugation, 1:857-858 
dating techniques, 2:1145—1146, 
1240, 3:1925 
decay, 1:151 
deposits, 1:72, 6:4527-4528 
discovery, 5:3590, 3606, 6:4528 
enrichment, 3:2054 
geochemical prospecting, 3:1918 
half-life, 5:3607, 6:4529 
highly-enriched, 6:4660—4662 
isotopes, 4:3020, 6:4527 
mining, 1:411, 4:3114, 6:4527-4528 
nuclear fission, 4:3018-3022 
nuclear power, 4:3031 
nuclear reactors, 4:3035—3036 
periodic table, 4:3263 
radon, 5:3623 
reactor-grade, 6:4529, 4660 
transuranium elements from, 
21533 
tunneling, 6:4480 
weapons-grade, 4:3037, 
3039-3040, 6:4659-4662, 4660 
Uranium-235, 3:2378, 6:4529, 4660, 
4663 
Uranium-238, 1:302, 2:1145—-1146, 
1240, 5:3606—3607, 6:4529 
Uranium oxide, 6:4528 
Uranium series dating, 2:1240 
Uranus, 6:4529-4537, 4530, 4532, 
4532-4533 
atmosphere, 4:3353, 3355-3356, 
6:4533-4534 
composition, 5:4003, 6:4534 
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discovery, 1:361, 832, 4:3351, 
6:4530 

orbit, 5:3711, 6:4531 

radiation belts, 6:4546 

ring system, 4:3363, 3364, 6:4531, 
4534 

rotation, 5:4005, 6:4531, 4532, 
4533 

satellites, 6:4530, 4530-4531, 4532, 
4534-4536, 4619 

tidal effects, 1:833 

Voyager spacecraft, 6:4532, 4532, 
4534-4535, 4619 


Urban air quality, 1:100—-102 
Urban archaeology, 1:296 
Urban areas 


air quality, 5:3431 

earthquakes in, 2:1426 
microclimate, 4:2749 

nautical archaeology, 4:2932-2935 
rats, 5:3643-3644 


Urbani, Carlo, 2:1611, 5:3879, 3880 
Urbanization 


land use, 3:2441, 2442 

mass transportation, 4:2653—2656 

shoreline protection, 5:3913 

stream channel changes, 
5:4183-4184 

wetlands destruction, 6:4690 

wildlife image, 6:4700 

See also Development 


Urchins, sea. See Sea urchins 
Urea, 6:4537, 4537-4538 


ammonia production, 1:180, 
6:4537 

ammonium cyanate production, 
1:768 

excretion, 1:181, 3:1667 

fertilizers, 1:180, 181-182, 6:4537 

function, 1:175, 6:4537 

polymer production, 1:175, 
6:4537-4538 

resins, 1:55, 6:4537-4538 

synthesis, 1:540 


Urease, 1:181 

Urechis spp., 2:1433 
Urediniales. See Rusts (fungus) 
Urethane, 4:2900 

Urey, Harold 


deuterium, 2:1299 

hydrogen, 3:2203 

Miller-Urey experiment, 4:2772, 
2883 

origins of life, 2:880, 1414 


Urginea maritima, 4:2519 


U 
U 
U 
U 
U 


U 


ric acid, 1:181 

rinalysis, 2:1307, 3:1669, 4:3256 
rinary reflex, 5:3661 

rinary system, 1:206, 3:1668—1669, 
4:3123, 5:3483, 6:4538 

rinary tract infections (UTIs), 
3:1669 


rination, 4:2691 


Urine, 3:1668-1669 
Urnatella spp., 2:1575 
Urochordata, 2:924 
Urocyon cinereoargenteus. See Gray 
foxes 
Urodela. See Caudata 
Urogale everetti. See Philippine tree 
shrews 
rography, 3:1669 
rokinase, 2:1552 
rology, 6:4538 
rolophidae. See Electric round rays 
roxys gorgon, 1:512 
rsidae. See Bears 
Ursus americanus. See American 
black bears 
Ursus arctos. See Brown bears 
Ursus arctos arctos. See Eurasian 
brown bears 
Ursus arctos horribilis. See Grizzly 
bears 
Ursus arctos middendorffi. See Kodiak 
bears 
Ursus spelaeus. See Cave bears 
Uruguay, 5:4025 
U.S. Army Corps of Engineers, 
2:1264, 1425 
U.S. Centers for Disease Control and 
Prevention. See Centers for Disease 
Control and Prevention 
U.S. Department of Agriculture 
(USDA) 
agricultural labor, 1:86 
animal testing, 1:225 
erosion, 2:1191 
food pyramid, 3:/78/, 1781-1782 
malnutrition, 4:2612 
My Food Pyramid, 4:3060 
sodium benzoate, 5:3979 
soil types, 5:3989 
wood, 6:4713, 4714 
.S. Department of Commerce, 
5:3908 
U.S. Department of Defense. See 
Department of Defense 
U.S. Department of Education, 1:412 
U.S. Department of Energy. See 
Department of Energy 
.S. Department of Health and 
Human Services, 3:2051 
.S. Department of Treasury, 2:959 
.S. Endangered Species Act. See 
Olanzapine 
U.S. Endangered Species List. See 
Endangered Species Act (U.S.) 
U.S. Fish and Wildlife Service 
black-footed ferrets, 3:1707—1708 
California condors, 2:1078 
condor reintroduction program, 
1:761 
ducks, 2:1388 
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Uterine cancer, 3:2036 
U 
U 
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U 


peregrine falcons, 3:2302, 4:3252 
salamanders, 5:3773 
.S. General Accounting Office. See 
General Accounting Office 
.S. Geological Survey, 2:1422, 
4:3278-3279, 6:4612 
.S. National Institutes of Health. 
See National Institutes of Health 
.S. Navy, 3:1965 
.S. Office of Technology 
Assessment, 2:1099 
.S. Postal Service, 1:462-463 
.S. Public Health Service 
fluoridation, 3:1764, 1765-1766 
sexually transmitted diseases, 
5:3899, 3900 
.S. Supreme Court. See Supreme 
Court (United States) 
SDA. See U.S. Department of 
Agriculture 
SGS (United States Geological 
Survey), 2:1422, 4:3278-3279, 
6:4612 
sherwood, William, 2:1024 


Usnea spp., 4:2508 


SP/NF (United States 
Pharmacopoeia and National 
Formulary), 3:2115 

ssher, James, 1:809-810, 3:1923, 
6:4510-4511 

stilaginales. See Smuts 

stilago violacea, 5:3768 

tah prairie dogs, 5:3466 


terine contractions, 1:594 
terus, 5:3684-3685 

tility programs, 2:1067 

TIs (Urinary tract infections), 
3:1669 

TM (Universal Transverse 
Mercator), 1:800 

topia Planitia, 6:4572 


Utricularia spp. See Bladderworts 


valas, 5:3930 


Iv 


V-2 missiles, 1:454-455, 5:3747 
V-agents, 4:2948 
Vaccines, 6:4539-4540 


AIDS, 1:95-97, 2:1363, 5:3902, 
6:4540 

anthrax, 1:241 

antibody-antigen reaction, 1:247, 
249-250, 3:2255 

basis for, 3:2254 

BCG, 4:2500, 6:4470 

brucellosis, 1:674 

bubonic plague, 1:679 

chickenpox, 5:3912, 6:4554 


4979 


xapuy jesauay 


General Index 


childhood diseases, 2:894-895 
cholera, 2:921 
dengue fever, 2:1272 
diphtheria, 2:1343, 1344 
DNA, 2:1362-1363, 6:4540 
DPT, 2:1344 
DTP, 6:4338 
encephalitis, 2:1564 
foot and mouth disease, 3:1784 
gene splicing, 3:1881—1882 
HSNI1, 3:2040 
Haemophilus influenzae, 4:2688 
hemorrhagic fevers, 3:2107 
hepatitis, 3:2110, 2111, 5:3902, 
6:4540 
history, 2:894-895 
HIV, 3:2256 
human papillomavirus, 5:3902 
influenza, 3:2040, 2291-2292, 
5:3697, 6:4539 
leprosy, 4:2500 
malaria, 2:1363, 4:2609, 2610 
measles, 2:896 
mumps, 2:897 
Neisseria meningitidis, 4:2688 
pertussis, 2:1344, 6:4540, 4696 
plague, 2:1347 
poliomyelitis, 2:898, 1347, 5:3422, 
3423, 3718 
rabies, 1:250, 2:1564, 5:3577, 3578 
recombinant, 6:4540-4541 
research, 3:2256 
Rh immune globulin, 5:3715—3716 
rhesus monkey research, 5:3718 
Sabin, 5:3422 
Salk, 5:3422, 3423 
SARS, 5:3882 
sexually transmitted diseases, 
5:3902 
shingles, 5:3912 
smallpox, 1:249—250, 2:895, 
3:1941, 2246, 5:3960, 3961, 
6:4555 
Streptococcus pneumoniae, 4:2688, 
5:3411, 6:4539 
syphilis, 5:3902 
Tdap, 6:4338 
tetanus, 2:1344, 6:4337-4338 
tularemia, 6:4472 
typhoid, 6:4496 
typhus, 6:4497 
varicella-zoster, 2:894, 895 
viral diseases, 2:895 
West Nile virus, 6:4687 
yellow fever, 6:4739-4740 
Vaccinia virus, 5:3961 
Vaccinium spp., 3:2092, 2093 
Vaccinium vitis-idaea. See Mountain 
cranberries 
Vacuoles, plant, 1:844, 4:3369 
Vacuum, 6:4540-4541 
Vacuum cleaners, 5:3741, 6:4541 
Vacuum dehydration, 3:1778 
Vacuum filters, 3:1728 
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Vacuum flask, 2:1197 
Vacuum tubes, 2:1516, 6:4541-4543 
anode, 1:226 
development, 2:1515, 6:4541—4542 
diodes, 2:1341 
incandescent light, 3:2264 
non-ohmic conductors, 2:1482 
vs. transistors, 6:4417 
See also Cathode ray tubes 
VAD (Vascular aid devices), 5:3514 
Vagina, 5:3685 
Vaginal adenosis, 2:1318 
Vaginal cancer, 2:1317, 1318 
Vaginal dryness, 4:2690-2691 
Vaginal sponges, 2:1117, 1119-1120 
Vail, Alfred, 6:4302-4303 
Vakil, Rustom Jal, 3:2221 
Valence, 6:4543 
Valence bond theory, 2:1125, 6:4543 
Valence shell electron pair repulsion 
(VSEPR) theory, 4:2817, 6:4543 
Valence shell electrons, 4:2502—2505, 
2714, 3262-3263, 6:4543 
Valenstein, Elliot, 5:3543 
Valeric acid, 5:3510 
Validity, 5:3537—3538, 3817 
Valine, 1:177 
Valium. See Diazepam 
Valley breezes, 5:3837 
Valley incision, 1:149 
Valley oaks, 4:3064 
Valleys 
Antarctica, 1:230-231 
formation, 3:2449-2450 
stream, 5:4183-4184 
wind formation, 6:4706 
See also Rift valleys 
Vallisneria spp., 2:1456 
Vallisneria americana. See Tape-grass 
Valproate, 1:584 
Valproic acid, 1:254, 5:3510 
Value 
ecological, 2:1446 
intrinsic, 1:242 
Valued ecosystem components 
(VECs), 2:1601—1602 
Valves 
artificial heart, 1:323-326 
heart, 1:781—782, 2:947 
Vampire bats, 1:487, 489, 3:2316 
Van Allen, James Alfred, 6:4544-4545 
Van Allen radiation belts, 2:1420, 
5:4006-4007, 6:4543-4546, 4544 
Van Arkel-de Boer process, 1:36 
Van de Graaff, Robert Jemison, 1:9, 
2:1522-1523 
Van de Graaff generators, 2:/522, 
1522-1523, 1523 
van de Kamp, Peter, 3:1681 
van der Waals, Johannes Diderik, 
3:1864, 6:4547 


Van der Waals forces, 3:1864—1865, 
6:4547-4548 
chemical bonds, 2:879 
colloids, 2:1000 
mineral hardness, 4:2809 
minerals, 4:2778 
van Helmont, Jan, 1:771, 773, 2:1019, 
3:1862 
van Leeuwenhoek, Anton. See 
Leeuwenhoek, Anton van 
van Leyden, Lucas, 2:1592 
Van Maanen, Adriaan, 6:4693 
van Niel, Cornelias, 4:3317, 
5:3522 
Vanadium, 2:1529, 6:4401 
Vancouver Island marmots, 4:2631 
Vanda spp., 4:3110 
Vane, John R., 1:197 
Vanilla, 4:3111 
Vanilla fragrans. See Vanilla 
orchids 
Vanilla orchids, 4:3111 
Vanillin, 1:123 
Van’t Hoff, Jacobus Hendricus, 
5:4164 
Vapor, water. See Water vapor 
Vapor extraction, 2:1099 
Vapor pressure, 6:4548-4549, 
4548 
Vaporization, 3:1647, 6:4353-4354, 
4548, 4642 
Varanidae, 4:2833 
Varanus spp. See Monitor lizards 
Varanus bengalensis. See Bengal 
monitor lizards 
Varanus brevicauda. See Short-tailed 
monitor lizards 
Varanus giganteus. See Giant monitor 
lizards 
Varanus indicus. See Indian monitor 
lizards 
Varanus komodoensis. See Komodo 
dragons 
Varanus nilocticus. See Nile monitor 
lizards 
Varanus salvator. See Two-banded 
monitor lizards 
Varecia variegata. See Ruffed lemurs 
Variable number of tandem repeats 
(VNTRs), 2:1358 
Variable oystercatchers, 4:3161 
Variable stars, 5:4107—4108, 4/08, 
4109, 6:4550-4553 
See also Cepheid variables 
Variables, 1:129, 6:4549-4550 
continuous, 5:4122 
correlated, 2:1146 
discrete, 5:4122 
statistical, 5:4124-4125 
Variance, 5:4124, 6:4553 
Variation, direct, 2:1346 
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Varicella-zoster virus, 6:4554—4555 
chickenpox, 2:892-894, 895-896, 
6:4554 
shingles, 2:893, 896, 5:3911—3912, 
6:4554-4555 
vaccines, 2:894, 895 
Varied thrushes, 6:4365 
Variegated tinamous, 6:4376 
Variegated wrens, 6:4722 
Variola virus, 1:582, 6:4555 
See also Smallpox 
Variolation, 3:1941, 2246 
The Various Contrivances by Which 
Orchids are Fertilized by Insects 
(Darwin), 3:1754, 5:3427-3428 
Varnish, 1:804 
Vas deferens, 5:3681 
Vasa (ship), 4:2934 
Vascular aid devices (VAD), 5:3514 
Vascular anastomosis, 6:4427 
Vascular dementia, 2:1267—1268 
Vascular disease, 1:193 
Vascular headaches, 4:3170 
Vascular plants, 2:945 
Vascular surgery, 5:3383 
Vascular tissue, 6:4377 
Vasculitis, autoimmune, 1:417 
Vasectomy, 2:1120 
Vaso-occlusive crises, 5:3921 
Vasoconstrictors, 4:3017—3018 
Vasodilation, 1:17 
Vasodilators, 3:2083, 2222, 6:4192 
Vasopressin, 3:2153 
Vaults, 1:687-688, 689 
Vauquelin, Nicolas Louis, 1:135 
Vaux’s swifts, 6:4260 
Veal, 4:2538 
VECs (Valued ecosystem compo- 
nents), 2:1601—1602 
Vector quantity, 1:7 
Vectors (carrier) 
chromosome, 3:2183 
disease transmission, 2:1608 
insect, 4:3207 
for parasites, 4:3205 
plant gene transfer, 4:3374-3375 
plasmid, 3:1894—1895, 6:4415 
viral, 3:1884, 1886, 6:4578 
Vectors (mathematics), 4:2524 
Vedalia beetles (Rodolia), 1:513 
Vedalia cardinalis. See Vedalia lady 
beetles 
Vedalia lady beetles (Vedalia), 
3:2316, 5:3804 
Veery, 6:4365 
Vegan diet, 3:1781 
Vegetable fibers, 4:29241, 2926-2927 
Vegetable marrows, 3:1981, 6:4556 
Vegetable Staticks (Hales), 1:642 
Vegetables, 1:85, 4:3060, 6:4555-4557 


Vegetarian diet, 3:1781, 2119, 4:3058 
Vegetation 
hydrologic cycle, 3:2210, 2211 
palynological investigations, 5:3426 
prescribed burns, 5:3484—3486, 3485 
shoreline protection, 5:3914 
soil conservation, 5:3992 
Vegetation loss 
desertification, 2:1297 
erosion, 2:1622 
global warming, 3:2014-2015 
point source pollution, 5:3415 
sedimentation, 5:3849 
See also Habitat degradation 
Vegetative propagation, 1:337 
Vehicle emissions 
air pollution, 1:100 
automobiles, 1:424, 425 
catalytic converters, 1:775, 809 
ethanol, 2:1629 
nitric oxide, 4:2997—2998 
nitrogen cycle, 4:3001 
PCBs in, 5:3435 
pollution control strategies, 
5:3431-3433 
rockets, 5:3746-3747 
turbojets, 3:2389 
Vehicles, 5:3992 
electric, 2:1474-1477, 3:2192 
electric motors, 2:1473 
expendable launch, 5:4029-4030 
HMP weapons, 2:1507 
hybrid, 1:157, 2:1476-1477, 
3:2192-2193 
magnetic levitation, 4:2593—2595 
micro-air, 4:2759-2760 
remotely operated, 6:4516, 4517 
robotic, 5:3737-3739, 3738, 3740, 
3741 
sport-utility, 2:1586 
steam power, 3:2279 
submersible vessels, 5:3739, 
6:4514-4515, 4516-4517, 4520 
underwater, 5:3739 
See also Automobiles 
Veins 
anatomy and physiology, 2:948, 
6:4557-4558, 4558 
leaves, 3:2473—2474, 2475 
Vela Satellites, 3:1856—1857 
Velella spp., 3:2215 
Velociraptor spp., 2:1338 
Velocity, 6:4558-4559 
acceleration, 1:7—9 
accelerators, 1:9-13 
ballistics, 1:455-457 
electromagnetism, 2:1511—1512 
escape, 3:2411—2412 
laws of motion, 3:2467, 4:2977-2979 
momentum, 4:2830 
motion, 4:2861 
transverse, 1:357 
water, 1:279 
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Velpeau, Alfred, 4:2501 
Venera 7 (spacecraft), 6:4563 
Venereal diseases. See Sexually trans- 
mitted diseases 
Venetia Burney Student Dust Counter 
(VSDO), 5:3408 
Venetian glass, 3:1960 
Venezuela, 3:2190-2191, 5:4023 
Venezuelan red howler monkeys, 
4:2985 
Venom 
jellyfish, 3:2386, 2387 
montremes, 4:2841—2842 
scorpionfish, 5:3821 
snake, 2:1463-1464, 5:3970 
stingrays, 5:3645—-3646 
vipers, 6:4575, 4577 
Venonia spp., 2:1038 
Venous thromboembolism, 1:251 
Venous thrombosis, 6:4363 
Ventilation systems, 3:2272 
Ventilators 
negative pressure, 5:3696 
positive pressure, 5:3695—3696 
pressure cycled, 5:3696 
time-cycled, 5:3696 
volume cycled, 5:3696 
Ventor, Craig, 3:2184 
Ventral surface, 1:206 
Ventricular tachycardia, 2:1492 
Vents. See Hydrothermal vents 
Venules, 1:757, 2:948, 6:4558 
Venus, 6:4559-4564, 4560, 4561 
atmosphere, 1:458, 4:3354-3355, 
6:4559-4560, 4562-4563 
composition, 5:4002—4003, 6:4562 
discovery, 3:2097—2098 
impact craters, 3:2257, 
6:4561-4562, 4563 
Maya calendars, 1:287 
orbit, 5:3711, 6:4559 
radio astronomy studies, 5:3602 
rotation, 5:4005, 6:4559-4560 
Venus Express (spacecraft), 6:4563 
Venus flower baskets, 5:4085 
Venus flytrap, 1:516, 786, 787, 
787-788 
Venus shells, 1:605—607 
Verbascum thapsis. See Mullein 
Verbena bipinnatifida. See Small- 
flowered verbena 
Verbena canadensis. See Large-flow- 
ered verbena 
Verbena family, 6:4564—-4566 
Verbena hastata. See Blue vervain 
Verbena hortensis, 6:4565 
Verbena hybrida, 6:4565 
Verbena officinalis. See Berbine 
Verbenaceae. See Verbena family 
Vermi-composting, 2:1048 
Vermiculariai spp., 5:3966 
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Vermilion flycatchers, 6:4499 
Vermivora bachmanii. See Bachman’s 
warblers 
Vernadsky, Vladimir, 1:574, 577, 
3:1919 
Vernal equinox, 2:1619, 5:3838, 3839, 
3839, 3999-4000 
Vernier, Pierre, 6:4248 
Vernier calipers, 1:734 
Vernier jets, 5:4036 
Verreaux’s sifakas, 3:2493 
Versicolor pheasants. See Ring- 
necked pheasants 
Vertebrae, 5:3937 
Vertebral column. See Spine 
Vertebrates, 6:4566 
blood, 1:616-617 
brain, 1:653, 653-655 
evolution, 4:3180—3185, 6:4566 
excretory system, 3:1668—1669 
fossils, 3:1803—1804, 6:4566 
heart anatomy, 3:2077 
hermaphrodites, 3:2120 
integumentary system, 
3:2317-2318 
nervous system, 4:2952 
respiratory system, 5:3692, 3702 
taxonomy, 2:924, 6:4566 
Vertical angles, 1:219 
Vertical banded gastroplasty, 1:468 
Vertical lathes, 4:2577 
Vertical-lift bridges, 1:666 
Vertical milling machines, 4:2576 
Verticordia spp., 4:2911 
Vervain. See Verbena family 
Very Large Array (telescope), 1:362, 
3:2168 
Very large-scale integration (VLSJ, 
2:1516 
Very Long Baseline Array (VLBA), 
2:1235 
Vesalius, Andreas, 1:205, 2:1275, 
6:4360, 4606 
Vesicles, 1:842-844, 6:4269-4270 
Vesper sparrows, 5:4050 
Vespertilionidae, 2:1434 
Vespidae, 6:4636 
Vespula spp., 6:4636 
Vestiaria coccinea. See Liwi 
Vestibule (ear), 2:1409-1410 
Vestibule (genitalia), 5:3685 
Vestigial structures, 1:208 
Vesuvius, 5:4180 
Vetches, 3:2487 
See also Milk vetches 
Veterans, 1:76 
VHS format, 6:4569 
VHS-C format, 6:4569 
Vibration 
acoustical, 5:3689-3691 
sound waves, 1:30, 30-32, 5:4019 
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spectroscopy, 5:4062 
ultrasonic, 1:32 
Vibrio spp., 1:440 
Vibrio cholerae, 2:920, 921, 6:4457, 
4649 
Vibrio parahaemolyticus, 1:446 
Vicarious conditioning, 3:2478 
Viceroy butterflies, 4:2768 
Vicia cracca. See Vetches 
Victoria, Australia, 1:409-410 
Victoria (Queen), 3:2103 
Victoria spp., 6:4647 
Victoria amazonica. See Royal water 
lilies 
Victoria crowned pigeons, 4:3333, 
3334 
Victoria Valley, Antarctica, 
1:230-231 
Vicuga vicuga. See Vicunas 
Vicunas, 1:736, 738-739, 4:2539 
Video-8 format, 6:4569 
Video cameras, 4:3313-3314 
Video recordings, 2:1329-1330, 
5:3743, 6:4567, 4567-4571, 4568 
See also Digital video disc (DVD) 
Vidie, Lucien, 1:474 
Vidua macroura. See Pin-tailed 
weaverbirds 
Vidua regia. See Queen whydahs 
Vierordt, Karl, 3:2101 
Viete, Francois, 1:129, 6:4549 
Vietnam, 1:341, 3:2039 
Vietnam War 
chemical warfare, 2:884-886, 1342, 
3:2117 
weather modification, 6:4678 
Vietnam warty pigs, 4:3337 
Viking (spacecraft). See Viking 
project 
Viking project, 6:4571-4574, 4572, 
4573 
astrobiological research, 1:353 
Mars, 4:2632-2633, 2637, 2639 
mass spectrometry instrumenta- 
tion, 4:2653 
robotics, 5:3742 
Villafranca Satellite Tracking Station, 
6:4508, 4509 
Village weavers, 6:4683, 4683 
Vinblastine, 1:543 
Vinca culture, 1:299 
Vincaleukoblastine, 1:137 
Vincent, Donald A., 1:420-421 
Vincristine, 1:137, 543 
Vine, Allyn, 6:4516-4517 
Vine, Fred, 5:3396 
Vine maples, 4:2621 
Vinegar, 1:15, 2:1626 
Vinson Massif, 1:230 
Vinyl, 1:320¢, 32112, 4:2839, 2839¢ 


Vinyl-acetate, 1:15, 55 
Vinyl chloride, 2:910 
Vinyl esters, 2:1044 
Vinylidenes, 1:3201, 4:2839 
Viola spp. See Violets 
Viola cornuta. See Horned violets 
Viola labradorica. See Alpine violets 
Viola odorata. See English violets 
Viola tricolor. See European pansies 
Viola x wittrockiana. See Pansies 
Violaceae. See Violet family 
Violet-ear hummingbirds, 3:2187 
Violet family, 6:4574—4575 
Violet-green swallows, 6:4254 
Violets, 3:1945, 2361, 6:4574-4575 
Violins, 2:1270, 3:2061, 4:2519 
Viollet-le-Duc, Eugéne-Emmanuel, 
1:691 
Vipera spp., 6:4575—4576, 4576 
Vipera berus. See Adders 
Vipera russelii. See Russell’s vipers 
Viperidae. See Vipers 
Viperinae. See Old World vipers 
Vipers, 5:3969-3970, 6:4575—4577 
Viral diseases, 6:4587-4589, 4588, 
4589 
encephalitis, 2:1562—1563 
meningitis, 4:2686 
plant, 4:3377 
pneumonia, 5:3410, 3411 
Reye’s syndrome, 5:3714 
sexually transmitted, 5:3900—3902 
symptoms, 2:1346—1347 
vaccines, 2:895 
Viral genetics, 6:4577-4579, 
4586-4587 
Viral resistance, 3:1659-1660 
Viral vectors, 3:1884, 1886, 6:4578 
Virchow, Rudolf 
gametogenesis, 3:1853 
germ theory, 3:1941 
leukemia, 4:2501 
pathology, 4:3231 
spontaneous generation, 5:4088 
Vireo spp., 6:4579-4580 
Vireo flavifrons. See Yellow-throated 
vireos 
Vireo gilvus. See Warbling vireos 
Vireo griseus. See White-eyed vireos 
Vireo olivaceus. See Red-eyed vireos 
Vireo solitarius. See Solitary vireos 
Vireolaniinae. See Shrike-vireos 
Vireolanius melitophrys. See 
Chestnut-sided shrike vireos 
Vireonidae. See Vireos 
Vireoninae, 6:4579 
Vireos, 6:4579-4581, 4580 
Virga, 5:3476 
Virgin forests. See Old-growth forests 
Virginia creeper, 3:1989 
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Virginia junipers. See Eastern red 
cedar 
Virginia opossums, 4:3097 
Virginia rails, 5:3624 
Virial theorem, 1:834 
Viroids, 4:3376, 3377 
Virtual computer memory, 
2:1062-1063 
Virtual particles, 5:3564, 6:4581-4582 
Virtual private networks (VPN), 
2:1058 
Virtual reality, 6:4582-4586 
Virus software. See Anti-virus 
software 
Viruses, 6:4586-4587, 4587, 4588 
common cold, 2:997 
computer, 2:1067—1068, 
1068-1070 
episomes, 2:1613 
pathogenic, 4:3230 
structure, 4:2750, 3121, 
6:4586-4587, 4587 
types, 6:4589-4591 
See also Viral diseases; specific 
viruses 
Viscaceae, 4:2798 
Viscachas, 2:905 
Visceral muscles. See Smooth muscles 
Viscosity, 6:4591-4593, 4592 
aerodynamics and, 1:59-60 
fluid dynamics and, 3:1756—1757 
magma, 6:4610-4611 
turbulence, 6:4485 
Viscum spp., 4:2798 
Viscum album, 4:2798 
Vishnu Schist, 6:4510, 4511 
Visible light, 4:3102—3104 
colors of, 4:3315 
exposure, 5:3591 
photochemistry, 4:3299 
radio astronomy, 5:3601 
wavelengths, 6:4508 
Vision, 6:4593-4598, 4595, 4596 
artificial, 1:329, 330-332, 331 
binocular, 2:1288, 6:4593 
color, 2:1005, 4:2582, 6:4594 
machine, 4:2581—2584 
perception and, 4:3249 
persistence of, 4:2861 
robotics, 5:3743 
sharks, 5:3905—3906 
virtual, 6:4585 
Vision disorders, 6:4597, 4598-4602, 
4599 
See also Blindness; Visual 
impairment 
Vision tests, 2:1009-1010, 1288 
Vistaril. See Dephenylmethanes 
Visual accomodation, 2:1287—1288, 
6:4597 
Visual binaries, 1:529—530 
Visual cliff test, 2:1288 


Visual cortex, 6:4595 
Visual displays, 6:4337 
Visual field, 5:4082, 6:4594, 4596 
Visual hallucinations, 5:3540 
Visual impairment, 1:114, 614-616, 
6:4598 
Visual meteors, 4:2733 
Visualization, 4:3071 
Visually Coupled Airborne Systems 
Simulator, 6:4583 
Vitaceae, 3:1987 
Vitamin A, 6:4602-4604, 4603r 
for cancer, 1:749 
for night blindness, 4:3056-3057 
recommended daily allowances, 
4:3058 
sources, 5:3907, 4075 
supplements, 4:3061 
Vitamin A deficiency, 6:4602 
Vitamin B complex, 6:4602—4604, 
46031 
antioxidant effect, 1:260—261 
gene splicing, 3:1882 
metabolism, 4:2709 
Vitamin B1. See Thiamine 
Vitamin B3. See Niacin 
Vitamin B12, 4:3058, 5:4076 
Vitamin B12 deficiency, 1:210, 4:3057, 
6:4602 
Vitamin C, 4:3058-3059, 
6:4602-4604, 46032 
antioxidant effect, 1:260—261 
for common colds, 2:997 
oxidation-reduction reaction, 
4:3156 
properties, 1:777 
for scurvy, 4:3055 
sources, 2:954, 4:2991, 5:4076 
supplements, 4:3061 
for tonsillitis, 6:4383 
Vitamin C deficiency, 6:4602 
Vitamin D, 6:4602-4604, 4603r 
calcium interactions, 1:718 
for osteoporosis, 4:3142 
recommended daily allowances, 
4:3058 
for rickets, 4:3056 
Vitamin D deficiency, 5:3941, 6:4602 
Vitamin deficiency, 1:468, 
4:3055—3057, 6:4602, 4604 
Vitamin E, 6:4602-4604, 4603z 
Alzheimer’s disease, 1:167 
antioxidant effect, 1:260—261 
DHEA for, 2:1262 
supplements, 4:3061 
Vitamin E deficiency, 4:3057, 6:4602 
Vitamin K, 1:252, 6:4602-4604, 46031 
Vitamin K deficiency, 4:3057, 3058, 
6:4602 
Vitamin supplements. See Nutritional 
supplements 
Vitamin therapy, 6:4604-4605 
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Vitamins, 6:4602—4605, 4603r 
antioxidant effect, 1:260—261 
megadoses, 1:158—159, 6:4605 
recommended daily allowances, 

4:3058 

Vitex agnus-castus. See Lilac chaste 

trees 

Vitex celebica, 6:4565 

Vitiglio, 1:115 

Vitis spp. See Grapes 

Vitis aestivalis. See Summer grapes 

Vitis champini, 3:1984 

Vitis coignetiae, 3:1989 

Vitis labrusca. See Fox grapes 

Vitis riparia. See Forest grapes 

Vitis rotundifolia. See Muscadine 

grapes 

Vitis vinifera. See European wine 

grapes 
Vitreous humor, 1:615, 3:1685 
Vitrification, 2:1198 
Viverinae, 2:958 
Viverridae, 2:957, 3:1910 
Viviparity, 1:593, 5:3907, 6:4605 
Vivisection, 6:4605—4607 
Vivisystems programs, 1:552 
VLBA (Very Long Baseline Array), 
2:1235 

VLSI (Very large-scale integration), 
2:1516 

VNTRs (Variable number of tandem 
repeats), 2:1358 
Vocal cords, 5:3703, 4067 
Voders, 6:4273 
Vogelkop’s bowerbirds, 1:647 
Voice, 5:3703 
Voice Operation Demonstrator, 
6:4273 

Voice over internet protocol (VoIP), 
6:4311 

VOICE system, 1:331 

VoIP (Voice over internet protocol), 
6:4311 

Voit, Karl von, 1:766 

Volatile organic compounds, 
1:99-100, 3:2273 

Volatility, 6:4608 

Volcanic cones, 4:3075 

Volcanic islands, 2:1104, 1134, 

3:2370—2371, 5:3393, 3397 

Volcanic necks, 4:2873 

Volcanic rocks, 2:1239, 1420, 3:1920 

Volcanoes, 6:4608, 4608-4614, 4609 
Africa, 1:70 
Andes, 5:4022 
atmospheric aerosols from, 1:63 
Australia, 1:407 
carbon dioxide emissions, 1:769, 

771 
catastrophic eruptions, 
6:4612-4614 
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General Index 


composite, 3:2449, 6:4611 
continental arcs, 4:3010—-3011 
craters, 1:355, 3:2257, 2435-2436 
Europe, 2:1643-1644, 1645 
gases from, 5:3416 
Hawaii, 3:2167, 2371, 6:4608 
hazard assessment, 6:4612 
hot spots, 3:2167, 2370, 2371, 
6:4609 
hydrogen chloride from, 3:2206 
ice ages, 3:2238 
igneous rocks, 5:3750 
landforms from, 3:2449 
Mars, 4:2634, 2634 
mass extinction, 4:2648 
North America, 4:3012, 3014, 
3015, 3016 
sand formation, 5:3783 
seamounts, 5:3836 
sedimentary environment, 5:3851 
shield, 4:2873, 6:4611 
stratigraphic studies, 5:4180 
structure, 6:4611—4612 
subsidence, 6:4205—4206 
types, 4:2873—2874, 6:4610-4611 
Venus, 6:4562, 4563 
See also Magma 
Volcanology, 3:1926 
Voles, 4:2741, 6:4614-4615, 4701 
Volkmann’s canals, 5:3940 
Volkoff, George M., 5:3549 
Volta, Alessandro, 1:490-491, 2:1469, 
1477, 1522, 6:4302 
Voltage, 2:1488 
capacitors, 1:756 
electrical conductivity, 2:1478, 
4:3082 
Ohm’s law, 4:3082 
oscilloscopes, 4:3136 
regulation, 2:1483—1485 
ripple, 2:1484 
transformers, 2:1484, 1485, 6:44/3, 
4413-4414 
Voltaic cells. See Galvanic cells 
Volume, 6:4616-4617 
gases, 3:1862-1863, 1865, 6:4617 
geometric solids, 3:1932 
metric system, 4:2740 
pyramids, 5:3552—3553 
Volume cycled ventilators, 5:3696 
Voluntary muscles, 4:2886 
Volvox spp., 1:125, 5:3525 
Vombatidae. See Wombats 
Vombatus ursinus. See Common 
wombats 
Vomer bones, 5:3937 
Vomeronasal organ. See Jacobson’s 
organ 
von Karman vortex street, 6:4486 
Vortex, 6:4388-4389 
Vortex street, von Karman, 6:4486 
Voskhod (spacecraft), 5:4042 
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Vostok (spacecraft), 5:4042 
Voyager spacecraft, 4:2940-2946, 
2941, 6:4617-4620, 4618 
Jupiter, 3:2393—-2394, 6:4618-4619 
Neptune, 4:2940-2946, 2941, 
6:4619 
planetary ring systems, 4:3363 
Saturn, 5:3790, 3795, 6:4619 
solar wind, 5:4007 
Uranus, 6:4532, 4532, 4534-4535, 
4619 
VPN (Virtual private networks), 
2:1058 
Vredefort Ring, 1:355 
Vries, Hugo de, 3:1651 
VSDC (Venetia Burney Student Dust 
Counter), 5:3408 
VSEPR (Valence shell electron pair 
repulsion) theory, 4:2817, 6:4543 
Vulcanization, 5:3440, 6:4620, 
4620-4621 
Vulpes macrotis. See Kit foxes 
Vulpes velox. See Swift foxes 
Vultur gryphus. See Andean condors 
Vultures, 5:3634, 6:4621-4625, 4622 
king, 2:1076, 6:4623 
New World, 1:592, 5:3634, 3811, 
6:4621-4624, 4622 
Old World, 5:3634, 3811, 6:4624 
turkey, 1:592, 2:1076, 5:3634, 3811, 
6:4621, 4623 
Vulturine guineafowl, 3:2030 
VX agent, 4:2947, 2948, 6:4625-4626 


Iw 


Waders. See Shore birds 

Wafa, Abul, 2:1097 

Wagner, Rudolf, 6:4289 

Wagner, W. H., 6:4296 

Wagtails, 6:4627 

Wahl, A., 2:1533, 1534 

Waldrapps. See Northern bald ibises 

Walker, John, 1:52 

Walking catfish, 1:812 

Walking reflex, 5:3660 

Walkingsticks, 6:4627—4628, 4628 

Walkman, 4:3269-3270 

Wall calendars, 1:287 

Wall geckos, 3:1869 

Wallabies, 3:2401—2404 

Wallace, Alfred Russell, 3:1651, 1699, 
2438 

Wallace, William, 1:283 

Wallace’s line, 3:1699 

Wallaroos, 3:2403 

Waller, Augustus, 2:1489 

Walleye (fish), 1:23 

Walnut family, 6:4628—-4630, 4629 


Walnuts, 4:3372, 6:4628-4630 
Walpole, Horace, 1:109 
Walruses, 5:3832—3835, 6:4630-4632, 
4631 
Walsh, Don, 6:4516 
Walsh, W. H., 4:3167 
Walter, Karl, 2:1310 
Walter, W. Grey, 5:3740 
Walton, Ernest, 1:395, 2:1534, 
3:2379 
Wandering albatross, 1:111 
Wandex (software), 3:2339 
Wapiti. See Elk 
Warble flies, 6:4466 
Warblers, 6:4633, 4633-4635 
Kirtland’s, 1:612, 3:1797, 5:3486, 
3709, 6:4699 
wood, 4:3149, 5:4048 
Warbling vireos, 6:4580 
Ward, Joshua, 6:4223 
Warfare, 4:2948 
gunpowder, 3:1674 
oil spills, 4:3084 
rockets, 5:3744-3745 
submarine, 6:4203-4204 
See also Biological warfare; 
Chemical warfare; Weapons 
Warfarin, 1:252, 2:1552, 3:2485, 
6:4193 
Warheads 
ballistic missiles, 1:453, 454 
nuclear, 1:454, 4:3041, 
5:3748 
thermonuclear, 1:454 
Warm-blood animals. See 
Endothermic 
Warm front, 1:98 
“Warm little pond” experiment, 
4:3124, 3125 
Warner Brothers, 4:2863 
Warren, J. C., 2:1629 
Warthogs, 4:3337, 3337 
Warts, genital, 5:3900—3902 
Washing soda. See Sodium 
carbonate 
Washington, George, 4:2928-2929 
Washingtonia filifera. See Sentinel 
palms 
Washovers, sand, 1:479 
Wasps, 3:2386, 5:3892, 6:4635, 
4635-4636 
Wassermann, August von, 5:3898 
Wasson, R. Gordon, 3:1839 
Waste 
gases, 3:2267-2268 
methane production, 1:156 
solid, 3:2266—2267, 2443, 2444, 
6:4636-4639 
yard, 3:2443, 6:4638, 4639 
See also Hazardous waste 
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Waste management, 6:4636—4639, Water boatmen, 6:4461 


4637 Water buffaloes, 1:820, 822, 4:2539 
See also Composting; Recycling domestic, 4:2539 


Waste prevention, 3:2072, number of, 2:1191, 4:2537 
6:4638-4639 Water bugs, giant, 6:4461-4462 

Waste-to-energy electric power gen- Water chestnuts, 5:3843 
eration, 3:2267, 2269, 2446 Water chinquapins, 6:4647 


Waste water treatment, 3:1702, Water conservation, 6:4643-4646 
4:3295-3296, 6:4651-4653, 4652 eee ea CRIES 5 


Water, 6:4640-4642 Water gaps 3:2449 
abundance, 6:4640 Ww 1 ; See Sodi ‘lic: 
acidified. 4.2970 ater glass. See Sodium silicate 
: Water hemlock, 1:792 


epidemics from, 2:1608 
fluoridation, 3:1764—-1766 
future of, 6:4642 
groundwater, 3:2019 
microorganisms in, 6:4648—4649 
pathogen contamination, 4:3230 
pollution, 6:4649-4651 
saltwater intrusion, 5:3780 
See also Water treatment 

Water table, 3:2018, 6:4425 

Water treatment, 6:4651-4653, 4652 
aluminum hydroxide for, 1:165, 166 
calcium oxide for, 1:719 


Guapo chlorination, 1:746, 2:912-913, 914 
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boiling point, 6:4353-4354, 4641, 
4642 

brackish, 1:651—652 

breakdown of, 1:849 

buoyancy, 1:693-694, 694 

carbonated, 1:772 

chemical oxygen demand, 2:881 

compartments, 3:2209, 2211 

consumption, 6:4644 

density, 6:4352 

dissociation, 2:1348, 1349 

electrolysis, 2:1497 

erosion from, 2:1620 

formation, 4:2824 

freezing point, 3:2233 

fresh, 1:229 

hard, 3:2060-2061 

heat capacity, 3:2090 

ionization, 3:2355, 2356 

Mars, 4:2634—2635 

miscibility, 4:2797-2798 

molecular formula, 4:2816 

molecular shape, 4:2818, 2818 

molecular weight, 1:399 

oligotrophic, 2:1132 

oxygen content, 4:3158, 3160 

phase change, 6:4353-4354, 
4640-4641 

properties, 6:4642 


sediment and sedimentation, 5:3844 


Water horehound, 3:2349 
Water horsetails, 3:2164 
Water lilies, 6:4646-4647 
Water microbiology, 6:4648-4649 
Water mills, 1:279 
See also Waterwheels 
Water-mites, 4:2799 
Water moccasins, 6:4577 
Water molds, 5:3525—-3526 
Water pipits, 6:4627 
Water pollution, 5:3429-3431, 
6:4649-4651, 4650 
agricultural runoff, 2:1191 
aquaculture, 1:629 
aquifers, 1:280 
bathymetric maps, 1:485 
bioremediation, 1:572, 573, 5:3433 
cancer from, 1:746 
control strategies, 5:3433 
coral reefs, 2:1136 
disease-causing microorganisms, 
6:4650-4651 
fecal, 6:4649 
fertilizers, 3:1711 
fossil fuels, 3:1809 
frogs, 3:1826 
groundwater, 1:280, 3:2018, 2019 
nitrate, 1:182 
nitrogen fertilizers, 4:2994—2995, 


decontamination, 2:1250 
filtration, 3:1727 


oxidation-reduction reaction, 4:3156 


oxygen treatment, 4:3160 


waste water, 3:1702, 4:3295—3296, 


6:4651-4653, 4652 
Water vapor 
atmospheric, 1:366, 369 
dew point, 2:1303 
emissions, 3:2211 
formation, 6:4640-4641 
greenhouse effect, 3:2013 
humidity, 3:2185—2186 
Water wheels. See Waterwheels 
Waterbucks, 1:238, 3:2062, 
6:4653-4654 
Watercress, 4:2899 
Waterdogs, 5:3772 
Watermarks, 5:4147, 6:4201-4202 
Watermeal, 2:1390 
Watermelons, 3:1982 
Watershed, 3:2209-2210, 
5:3731-3732, 6:4654-4656 
Waterways, inland, 1:739, 741 
Waterweeds, 3:1826—-1827 
Waterwheels, 6:4482—-4483, 
4655-4656, 4656 
Watson, James 
DNA structure, 1:579, 2:1281, 


self-ionization, 4:3280 3001 
solubility in, 5:4010, 4011 non-point source, 4:3009, 6:4650 1360, 1375-1376, 3:1894, 1906, 
sound in, 5:4016, 4020 oil spills, 4:3083—3086 5:3724 
specific heat of, 6:4349 phosphorus, 4:2676, 3293 DNA x ray diffraction, 2:1204 
structural formula, 3:1800 point source, 5:3430—3431, 6:4650 Watson, John Broadus, 2:1074, 5:3534 
supercooled, 5:3476 soil conservation and, 5:3992 Watson, Thomas J., 3:2086 
surface, 3:2211—2212, 2214, Water pressure, 3:1758-1759 Watson-Watt, Robert, 1:106 
4:3001, 6:4643-4646 Water purification. See Water Watt, James, 2:1488, 3:2278, 5:4135 

surface tension, 6:4241-4242 treatment Wattled cranes, 2:1169 
yaaa pee ae Water scorpions, 6:4462 Wattled jacanas, 3:2383 

are Water-screening, 3:1664 Watts, James W., 5:3541 


vapor pressure, 6:4548-4549, : : 
nee, Water seal spirometers, 5:4080, 408/ Watts (unit of measure), 2:1488 
Wave motion, 6:4656—4658, 4657 


velocity, 1:279 Water-shield, 6:4647 
volatility, 6:4608 Water shrews, 5:3916 Wave-particle duality, 4:3305 
wave motion, 6:4657 Water softeners, 2:876, 3:2060—2061 Wave screens, 5:3914 
See also Freshwater; Water striders, 6:4241, 4241, 4462 Wave trains, 6:4657 
Groundwater; Hydrologic Water supply Wavefront shearing interferometers, 
cycle; Saltwater chromatography, 2:928 3:2323 
Water bears, 6:4643 conservation, 6:4643-4646 Wavefront splitting interferometers, 
Water beetles, 1:512 drought and, 2:1384 3:2323, 2324 
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Waveguides, 2:1518 
Wavelength, 6:4657 
color, 2:1004 
electromagnetic spectrum, 
2:1509-1510 
periodic functions, 4:3256, 3257, 
3258 
radio, 5:3598 
X rays, 6:4727-4728 
Wavelength division multiplexing 
(WDM), 3:1719, 1720, 2459 
Waves, 6:4656-4657 
analog, 1:200 
beach erosion, 2:973—-974 
brain, 2:1495 
chaos theory, 2:873 
diffraction, 2:1319-1320 
drag, 1:61 
frequency, 3:1819 
gravitational, 3:2005—2006 
integumentary system, 
3:2320-2325 
interference, 3:2320, 2320 
light, 4:2514-2515 
parity, 4:3210 
properties, 6:4657 
quantum number, 5:3568 
Schrédinger equation, 
1:386-387 
shock, 1:61, 4:2533-2534 
See also Microwaves; Ocean 
waves; Radio waves; Seismic 
waves; Sound waves 
Wax, ear, 3:1673 
Wax begonias, 1:514 
Wax moths, 4:2860 
Wax scale, 5:3804 
Waxberry. See Bayberry 
Waxbills, 3:1729, 6:4658 
Waxwings, 6:4658-4659, 4659 
WCMC (World Conservation 
Monitoring Center), 6:4702, 4703 
WDM (Wavelength division multi- 
plexing), 3:1719, 1720, 2459 
Weakly-interacting massive particles 
(Wimps), 2:1235, 3:2346 
Weapons 
alternate light source analysis, 
1:153 
HMP, 2:1507 
mass production, 4:2650, 
2652 
missile-delivered, 5:3748 
submarine, 6:4204 
tactical vs. strategic, 4:3042 
weather modification, 6:4678 
See also Biological warfare; 
Chemical warfare; Nuclear 
weapons 
Weapons-grade plutonium and ura- 
nium, 4:3022, 3037, 3039-3040, 
6:4659-4662, 4660 
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Weapons of mass destruction, 
3:1790-1791, 6:4662-4667 
See also Biological warfare; 
Chemical warfare; Nuclear 
weapons 
Weasels, 6:4668—4669, 4669 
See also Ferrets 
Weather, 2:1413, 3:1961, 6:4669-4672 
Antarctica, 1:231—232 
barometers, 1:475 
chaos theory, 2:872 
convection, 2:1123 
El Nino, La Nina and, 
2:1457-1459 
land and sea breezes, 3:2442—2443 
mountains, 4:2874 
plant diseases, 4:3378 
sound waves, 5:4020 
sunspots, 6:4231—4232 
temperature extremes, 6:4325 
troposhere, 1:367 
See also Air masses and fronts; 
Atmospheric circulation; 
Atmospheric pressure; 
Precipitation; Storms 
Weather balloons, 1:370, 458 
Weather forecasting, 4:2732—2733, 
6:4672-4675 
Weather mapping, 6:4675-4676 
Weather modification, 4:2732, 5:3477, 
6:4676—4678 
Weather satellites, 1:371 
Weathering, 6:4678-4680, 4679 
biological, 6:4680 
chemical, 3:1919, 5:3844, 
6:4679-4680 
erosion from, 2:1619-1620 
landforms from, 3:2448, 2449 
mass wasting, 4:2656—2657 
oil spills, 4:3084—3085 
physical, 5:3844, 6:4678-4679 
precipitation, 4:2659 
sand formation, 5:3782 
sediment, 5:3844, 3845 
sedimentary rocks, 5:3853 
soil aging, 5:3989 
soil conservation, 5:3991 
Weaver finches (Ploceidae), 5:4048 
Weaverfinches (Estrildidae), See 
Waxbills 
Weavers (birds), 6:4680-4682, 4683 
Weaving, 1:419, 3:2278, 6:4338-4339, 
4339 
Web browsers, 3:2342 
Web crawler, 3:2339 
Web of causation, 2:1610 
Webbed fingers, 1:600 
Webbed toes, 1:600 
Webcaps, 4:2893 
Weber, Joseph, 4:2645 
Webworms, sod, 4:2860 
Weddell, James, 1:234 


Weddell seals, 1:233, 234, 6:4520 
Wedge-capped capuchins. See 
Weeper capuchins 
Wedge-shaped beetles, 1:510 
Wedges, 4:2586 
Weeds, 4:3272-3273 
biological control, 3:2118 
crop rotation for, 2:1188 
grasses, 3:1996 
introduced species of, 3:2349, 2349 
legumes, 3:2489 
mint family, 4:2794 
mustard family, 4:2899 
as opportunistic species, 4:3099 
resistant, 4:3375 
spurges, 5:4093 
See also Herbicides; Invasive species 
Week, 1:729 
Weeper capuchins, 1:763, 4:2982 
Weeping figs, 4:2877 
Weeping willows, 6:4705 
Weevils, 1:509, 511, 512, 6:4682 
Wegener, Alfred, 2:1105—1107, 
3:2167, 2380, 5:3392 
Wehnelt, Arthur, 6:4542 
Weichhert-Gutenberg discontinuity. 
See Gutenberg discontinuity 
Weierstrass, Karl, 3:1809 
Weight 
aerodynamics, 1:103 
body, 4:3066, 30671 
mass and, 4:2646—-2647 
molecular, 1:399, 4:2819-2820 
See also Atomic weight 
Weight gain, 2:943-944 
Weight loss, 1:187, 467-469 
Weight-loss drugs. See Appetite 
suppressants 
Weight-sounding techniques, 6:4513 
Weightlessness, 1:8, 353-354 
Weinberg, Steven, 4:2601 
Weisburd, Aaron, 3:2337 
Weissmann, August, 3:1905 
Weitlaner, Roberto, 3:2050 
Weizsacker, C. F. von, 2:1536 
Welch, Ashbel, 6:4407 
Welding, 5:4008, 6:4345, 4506, 
4682-4685 
arc, 2:1468, 6:4683, 4684-4685 
fusion, 4:2722, 6:4683-4684 
robotic, 5:3741 
Wellbrutin. See Bupropion 
Wellheads, 4:3088 
Wells 
groundwater, 3:2019 
history, 1:278 
oil, 4:3083, 3086, 3086-3088, 
6:4206 
sacrificial, 4:2934-2935 
Wells, Horace, 1:211, 6:4244 
Welsbach burner, 3:2264 
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Welwitschia spp., 3:2035, 4:3367 
Went, Eric, 4:3318—3319 
Wepfer, Johann-Jakob, 4:2697 
Werdnig-Hoffmann type, 
4:2958-2959 
Werner, Abraham, 3:1923 
Werner, Alfred, 2:1124, 4:2817 
Wernicke, Karl, 5:4083 
Wernicke’s aphasia, 1:273 
Wernicke’s area, 1:273, 2:1401, 5:4083 
Wernicke’s syndrome, 3:2421—2422 
Wertheimer, Max, 4:3249, 5:3535 
West Coast spiny lobsters, 4:2542 
West Indian boas, 1:631, 632 
West Nile virus, 6:4685-4687, 4686, 
4749 
Western Australia, 1:408—409 
Western blotting, 1:626—-627 
Western bluebirds, 1:629, 5:3709, 
6:4364 
Western buckthorns, 1:682 
Western encephalitis, 2:1268 
Western gorillas, 1:270, 3:1979, 1980 
Western gray kangaroos, 3:2403 
Western gray squirrels, 5:4097 
Western grebes, 2:1244, 3:2009, 2010, 
2010, 2011 
Western gulls, 3:2031 
Western house mice, 4:2743 
Western kingbirds, 6:4499 
Western maidenhair ferns, 4:2608 
Western pocket gophers, 3:1978 
Western quolls, 4:2643 
Western spadefoot toads, 6:4380 
Western tanagers, 6:4280 
Western tarsiers, 6:4285 
Western toads. See Boreal toads 
Western yews. See Pacific yews 
Westinghouse, George, 6:4406 
Wet scrubbers, 5:3432 
Wet spinning, 1:321 
Wetlands, 1:568, 6:4687-4690, 4688 
duck habitat, 2:1387 
herons, 3:2124 
loss of, 2:1264-1265, 6:4689-4690 
neutralization, 4:2970 
peat moss harvesting, 4:2856 
rushes, 5:3766 
sedges, 5:3843 
Wexler, Milton, 3:2190 
Wexler, Nancy S., 3:2190-2191 
WF/PCI1 (Wide Field/Planetary 
Camera), 3:2169-2170, 2171 
Whale-headed storks, 5:4175 
Whale sharks, 5:3904, 3906 
Whales, 2:863-868 
baleen, 2:863, 864-868, 1566 
blue, 1:232—233, 2:863, 867 
comparative anatomy, 1:208 
endangered species, 2:1566 


humpback, 2:867, 5:3656 
killer (orca), 1:233, 2:863-864, 866 
noise pollution effects, 4:3004 
sperm, 1:233, 2:864-865, 866, 
6:4520 
toothed, 1:233, 2:863-868, 
1434-1435, 1566 
Whaling, commercial, 2:867—868 
Wharton, Thomas, 2:1572 
Wheat, 6:4691-4692 
agriculture, 3:1993, 6:4691 
amino acids in, 1:178 
diseases, 1:463 
harvesting, 1:82—83 
history, 3:2348, 6:4691 
pests, 4:3272 
Wheat rust, 1:463, 5:3767, 3768 
Wheatears, 6:4364, 4365 
Wheatstone, Charles, 6:4302 
Wheelchairs, 5:3663 
Wheels 
automobile, 1:427 
and axle systems, 4:2586 
carrying, 6:4403 
development, 1:81 
drive, 6:4403 
Wheels, Life and Other Mathematical 
Amusements (Gardner), 6:4422 
Whelks, 5:3966, 3967, 3969 
Whewell, William, 6:4522 
Whimbrels, 2:1212—1213, 5:3784 
Whip-poor-wills, 1:759, 3:1975 
Whipple, Fred, 2:1025, 3:2047 
Whiptail wallabies, 3:2403 
Whisk ferns, 3:1706, 6:4692-4693 
Whiskers, 1:817 
Whistler, George Washington, 6:4405 
Whistling ducks, 2:1385-1386, 1389 
Whistling swans. See Tundra swans 
Whitcomb, Richard, 1:61 
White, Edward, 5:4043 
White ash, 4:3092 
White-backed mousebirds, 4:2876 
White basswoods, 1:484 
White-bearded manakins, 4:2614 
White-bellied spider monkeys, 4:2985, 
5:4069 
White-billed divers. See Yellow-billed 
loons 
White birch, 1:585, 3:2021 
White blood cells, 1:619-620, 2:949, 
3:2249, 2250 
White-breasted nuthatches, 4:3054, 
3054 
White butterflies, 1:699 
White catfish, 1:811 
White cedar, 4:2855—2856 
White Cliffs of Dover, 1:720 
White-crowned mannikins, 6:4658 
White-crowned pigeons, 4:3334 
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White dwarfs (stars), 5:4109, 
6:4693-4694 
accretion disk, 1:14 
discovery, 1:361 
nova, 4:3016—-3017 
stellar winds, 5:4161 
structure, 5:4158-4159, 6:4693 
supernovas, 6:4239 
White-eared opossums, 4:3097 
White-eyed vireos, 6:4580 
White-eyes, 6:4694 
White-faced anti-catcher, 1:237 
White-faced capuchins, 1:762—763, 
4:2982 
White-faced ibises, 3:2231 
White-faced sakis, 4:2984 
White firs, 3:1732, 1733 
White-flowered gourds, 3:1982 
White-footed mice, 2:1255 
White-fronted capuchins, 1:763, 
4:2982 
White-fronted geese, 3:1870 
White-handed gibbons. See Lar 
gibbons 
White-handed titis, 4:2983 
White-headed marmosets. See 
Common marmosets 
White-headed mousebirds, 4:2876 
White-headed vultures, 6:4624 
White-headed woodpeckers, 6:4717 
White ibises, 3:2231, 2232 
White lady-slippers, 4:3110 
White light, 3:2320 
White-lipped peccaries, 4:3235 
White-lipped toads, 6:4380 
White marlins, 4:2626, 2627 
White matter (brain), 1:655 
White mice, 4:2743 
White mulberries, 4:2877 
White mustard, 3:2113, 4:2899 
White-necked picathartes, 1:435 
White-nosed coatis, 2:977 
White-nosed sakis, 4:2984 
White oaks, 4:3063, 3064 
White phosphorus, 1:146, 4:3292 
White pine blister rust, 5:3803 
White pines, 4:3342—3343, 5:3803, 
6:4432 
White rats, 5:3641 
White rhinoceros, 5:3721, 3721 
White-rumped munia, 6:4658 
White sharks, 5:3904, 3906, 3907, 
3908 
White-shouldered ibises, 3:2232 
White spruces, 5:4090 
White storks, 5:4174-4175, 4/75, 4176 
White sturgeons, 6:4195 
White suckers, 6:4215 
White-tailed antelope squirrels, 
5:4098 
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White-tailed deer, 2:1253, 1255 
brainworm, 4:2850 
habitat, 3:1797 
hunting, 2:1190 
mating, 2:1254 
population, 5:3445 
White-tailed eagles, 2:1243, 1406 
White-tailed hawks, 3:2065 
White-tailed jackrabbits, 3:2433 
White-tailed kites, 3:2066 
White-tailed mongooses, 4:2831 
White-tailed prairie dogs, 5:3466, 
4098 
White-tailed tropic birds, 6:4448 
White-throated capuchins, 1:762, 
4:2982 
White-throated robins, 5:3737, 6:4364 
White-throated sparrows, 5:4050 
White-throated swifts, 6:4260 
White-tipple sicklebirds, 3:2186 
White-toothed shrews, 5:3916 
White uakaris. See Bald uakaris 
White-vented mynahs. See Javan 
mynahs 
White vinegar, 1:15 
White wagtails, 6:4627 
White water lilies, 6:4647 
White-whiskered spider monkeys, 
5:4069 
White willows, 6:4704, 4705 
White-winged crossbills, 3:1730 
White-winged doves, 4:3334 
White-winged scoters, 2:1389 
White worm corals, 4:2893 
White yams, 6:4736 
Whitney, Eli, 1:83, 344, 3:2278, 
4:2649, 2927 
Whittaker, R. H., 2:958 
Whittaker, Robert, 4:3365, 5:3522 
Whittle, Frank, 3:2388 
WHO. See World Health Association 
Whole body suits, 6:4584 
Whole numbers. See Natural 
numbers 
Whooping cough, 2:897-898, 1344, 
5:3700, 6:4458, 4540, 4695-4696 
Whooping cranes, 1:760—761, 2:1169, 
1170, 1171, 5:3709 
Whydahs. See Widowbirds 
Wi-Fi, 6:4709-4710 
Wicker rushes, 5:3766 
Wide-angle lens, 4:2497 
Wide Field/Planetary Camera (WF/ 
PC1), 3:2169-2170, 2171 
Wideband measurements, 6:4395 
Widowbirds, 6:4681 
Wieland, George R., 1:519 
Wieland, Heinrich, 2:922 
Wien, Wilhelm, 5:3527, 3565 
Wiener, Alexander Solomon, 5:3714 
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Wiener, Norman, 2:1219 
Wigeons, 2:1388 
Wigner crystals, 1:6 
Wilcke, Johann, 3:2088 
Wild 2 (comet), 5:4032 
Wild asses, African, 2:1367 
Wild bird cherries. See Sweet cherries 
Wild cavies, 3:2029 
Wild dogs, 1:752, 753, 754 
Wild fires. See Fires 
Wild goat grass, 6:4691 
Wild hyssop, 6:4565 
Wild pigs. See Peccaries 
Wild rice, 3:1995 
Wild serins. See Common canaries 
Wild turkeys. See Common turkeys 
Wild type (genetics), 6:4696—4697 
Wildebeests, 1:238, 3:2062 
Wilderness, 2:1088, 3:2441 
Wildfires, 5:3867—3868, 6:4697—4700, 
4698 
ecological stress, 5:4188 
environmental stress, 2:1442 
global warming, 3:2015 
prairie, 5:3461, 3462 
prescribed burns, 5:3484—-3486, 
3485, 3868, 6:4697-4700 
savanna, 5:3798 
seed release after, 6:4256, 4699 
sequoias, 5:3867—3868 
sodium bicarbonate for, 5:3980 
Wildlife, 6:4700—4702 
Wildlife trade (illegal), 6:4702-4703 
Wiles, Andrew J., 4:3049 
Wilkins, Hubert, 1:234 
Wilkins, Maurice, 2:1360, 1376 
Wilkins, Robert, 3:2221 
Wilkinson Microwave Anistropy 
Probe, 1:73 
Wilks, Samuel, 3:2140 
Williams, Anna Wessels, 5:3809 
Williams, Robin, 1:122 
Williams, S. B., 1:724 
Williamson, Alexander William, 
1:808, 2:1629 
Williamson’s sapsuckers, 6:4717 
Willow bark, 1:17, 244, 6:4704 
Willow family, 6:4703-4705, 4704 
Willow flycatchers. See Traill’s 
flycatchers 
Willow ptarmigan. See Red grouse 
Willy-willy. See Tropical cyclones 
Wilson, Alexander, 4:3335 
Wilson, Edward O., 3:2371, 5:3975 
Wilson, J. Tuzo, 3:2167 
Wilson, Newton, 5:3887 
Wilson, Robert A., 4:2689 
Wilson, Robert Woodrow, 2:1147, 
1151, 1153, 3:2334, 5:4128 
Wilson, Thomson Rees, 4:3321 


Wilson Microwave Anisotropy Probe 
(WMAP), 1:528 
Wilson’s plovers, 5:3402 
Wiltshire, Stephen, 1:413 
WiMAX, 6:4710 
Wimhurst, James, 2:1522 
Wimps (weakly-interacting massive 
particles), 2:1235, 3:2346 
Wind caves, 1:826 
Wind chill, 6:4706—4707, 4707t 
Wind power, 1:/54, 154-155 
Wind shear, 6:4708, 4708 
Wind tunnels, 1:59, 59, 105, 664, 6:4585 
Wind turbines, 6:4484 
Windaus, Adolf, 2:922 
Windbreaks, 2:1384 
Windmills, 1:155, 6:4482 
Windows (computer software), 2:1066 
Windows (glass), 3:1960-1961 
Winds, 6:4705-4706 
Antarctica, 1:231—232 
atmospheric circulation, 
1:372-375 
bridge failures, 1:663-664 
currents and, 2:1213-1214 
erosion from, 2:1620 
global climate, 3:1962 
isobars, 3:2374 
katabatic, 5:3837 
land and sea breezes, 3:2442—2443 
landforms from, 3:2448 
mountains and, 4:2874 
pollination, 5:3428, 3758 
seasonal, 5:3836-3838 
sediment and sedimentation, 
5:3844-3845, 3846 
solar, 5:4006—4007, 4159, 4160, 
6:4228, 4545, 4546 
stellar, 5:3653-3654, 4107, 
4159-4162 
three-cell model, 1:372—373 
weather forecasting, 4:2732 
weather patterns, 6:4671-4672 
See also Jet stream 
Wine 
fermentation, 3:1701, 1702 
history, 1:117 
palm, 4:3189 
potassium hydrogen tartrate from, 
5:3455 
production, 3:1988-1989 
Wine grapes, 3:1984, 1988-1989 
Winged pigweed, 6:4472 
Wings 
aircraft, 1:103 
aspect ratio, 1:111 
bats, 1:486 
beetles, 1:509 
bird, 1:587 
butterflies, 1:701 
comparative anatomy, 1:208 
evolution, 3:1654-1655 
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Winter, nuclear, 4:3041, 3043-3044 
Winter flounder. See Common 
flounder 
Winter melons, 3:1981—1982 
Winter season, 5:3838—3839 
Winter solstice, 1:286—287, 2:1619, 
5:3839, 3839, 3999-4000, 4009 
Winter wrens, 6:4720 
Winterberry, 3:2142, 2143 
Wintergreen oil, 6:4709 
Wintergreens, 3:2092-2094, 6:4709 
Wire binders, 1:84 
Wire chambers, 4:3223 
Wireless communications, 
6:4709-4710, 4710 
Internet, 4:3268—3269, 
6:4709-4710 
PDAs, 4:3268, 3268-3269, 
5:3412-3413 
telephones, 1:852—853, 
4:3268-3269, 6:4310, 
4310-4311, 4709, 4710 
Wireless Markup Language (WML), 
3:2342 
Wireline surveys, 6:4209 
Wiring, 2:1130, 1470, 1486, 3:1719 
Wisdom, Jack, 5:3406 
Wistar, Caspar, 3:1960 
Withdrawal, substance, 1:47, 
49, 188 
Withering, William, 2:1331—1332 
Witherite, 1:470 
Withrow, Alice, 3:2213 
Withrow, Robert, 3:2213 
Witwatersrand, South Africa, 
5:3473-3474 
WMAP (Wilson Microwave 
Anisotropy Probe), 1:528 
WML (Wireless Markup Language), 
3:2342 
Woese, Carl, 1:284 
Wohler, Friedrich, 1:135, 540, 768, 
3:2374, 6:4537, 4742 
Wohler, H., 1:164 
Wold smoke-tree, 1:804 
Wolf, Max, 1:834 
Wolf, Peter Alfred, 5:3620 
Wolf eels, 1:614 
Wolf fish, 1:614 
Wolf-Rayet stars, 5:4160 
Wolff, Casper Friedrich, 2:1557 
Wolffia spp. See Watermeal 
Wolffian ducts, 5:3890 
Wolf's milk. See Leafy spurges 
Wollaston, William Hyde, 2:1204 
Wolverines, 5:3811, 6:4710-4711, 
4711 
Wolves, 1:751—752 
Womb. See Uterus 
Wombats, 6:4711-4713, 47/2 


Women’s Health Initiative, 4:2689, 3132 
Wood, 6:4713-4714 
adhesives for, 1:55 
bioenergy, 1:545 
composites, 2:1043 
dead, 2:1182, 4:3091 
harvesting, 3:1798 
rainforest products, 5:3629 
xylotomic identification, 
6:4730-4731 
See also Forestry; Lumber 
Wood, Jethro, 1:82 
Wood alcohol. See Methanol 
Wood bison, 1:601 
Wood buttercups, 1:699 
Wood ducks, 2:1388, 1389, 5:3709 
Wood-eating termites, 5:3530 
Wood fibers, 4:3196, 3197 
Wood lice, 2:1196—-1197 
Wood mice, 4:2743 
Wood peewees, 6:4499 
Wood-rushes, 5:3765 
Wood shrews, 3:2095 
Wood storks, 3:2231, 5:4176 
Wood thrushes, 6:4365 
Wood warblers, 4:3149, 5:4048 
Woodchucks. See Groundhogs 
Woodcocks, 2:1165, 5:3784, 3785 
Woodhenge, 4:2869 
Woodhouse toads, 6:4380 
Woodland caribou, 1:784 
Woodland horsetails, 3:2163 
Woodlands, savanna, 5:3632 
Woodpeckers, 6:4714—4718, 4715 
cavity nesting and, 4:3091 
critical habitat, 2:1182 
gila, 1:711, 6:4715, 4717 
ivory-billed, 2:1567, 6:4715, 4716, 
4717 
red-cockaded, 2:1568, 
4:3089-3090, 6:4716, 4717 
red-headed, 5:4117, 6:4717 
Woodward, Robert B., 2:922 
Woody plants, 1:683-684 
Wool, 4:2922-2924, 5:3908-3911, 
6:4338 
Woolly foxglove, 2:1332 
Woolly lemurs, 3:2493 
Woolly mammoth, 6:4718, 4719 
Woolly monkeys, 4:2985-2986 
Word-processing software, 2:1066 
Work (employment), 1:345—346, 
421-422, 556 
Work (physics), 2:1578, 6:4354, 4357, 
4719-4720 
Workaholics, 1:48 
Worker bees, 1:506—507 
Working conditions 
Industrial Revolution, 3:2279 
mass production, 4:2651—2652 
stress from, 5:4185, 4187 
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Working ecosystems, 2:1441 
Working through (psychoanalysis), 
5:3533 
World AIDS Conference, 1:96 
World Anti-Doping Agency, 
4:3253 
World Bank, 3:1943 
World Calendar, 1:732 
World Commission of Environment 
and Development, 6:4251—4252 
World Conservation Monitoring 
Center (WCMC), 6:4702, 4703 
World Conservation Strategy (IUCN), 
2:1090 
World Conservation Union (IUCN) 
agouti, 1:81 
anteaters, 1:238 
aye-ayes, 1:433 
bandicoots, 1:462 
bears, 1:499 
birds of paradise, 1:591 
colobus monkeys, 2:1002 
cormorants, 2:1141 
drills, 1:436 
duikers, 2:1391 
ferruginous hawks, 3:2065 
flamingos, 3:1738 
genets, 3:1911 
gila monsters, 3:1950 
Global Biodiversity Strategy, 
1:544-545 
history, 2:1089-1090 
hummingbirds, 3:2188 
illegal wildlife trade, 6:4702-4703 
marmosets and tamarins, 4:2628 
pandas, 4:3193 
phalangers, 4:3281 
pigs, 4:3337 
pines, 4:3343—3345 
proboscis monkeys, 5:3503 
protected areas, 5:3516 
Red List of Threatened Species, 
2:1565-1566 
role of, 2:1564 
saiga antelopes, 5:3769 
sloths, 5:3958 
tapirs, 6:4282 
tinamous, 6:4376 
toucans, 6:4396 
tunas, 6:4476 
turacos, 6:4482 
white-eyes, 6:4694 
yaks, 6:4736 
World Health Association (WHO) 
AIDS, 6:4459 
air pollution, 1:99 
alcoholism, 1:121 
alternative medicine, 1:158 
contraception, 2:1122 
DDT, 2:1245 
drought, 2:1384 
fluoridation, 3:1766 
HS5N1, 3:2039 
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hepatitis, 3:2110, 2111 
herbal medicine, 3:2113 
hydrocephalus, 3:2199 
lead poisoning, 5:3431 
obesity, 4:3068 
poliomyelitis, 5:3422-3424 
rabies, 5:3579-3580 
SARS epidemic, 2:1611, 
5:3879-3880 
smallpox, 5:3959, 3960, 6:4555 
tobacco, 2:941, 4:2988 
tuberculosis, 6:4470 
water supply, 6:4644 
yellow fever, 6:4740 
World Meteorological Organization, 
6:4673, 4675 
World Resources Institute, 
1:544-545, 2:1568 
World War I 
ammonium nitrate use, 4:2993 
biological warfare, 1:557 
chemical warfare, 2:884, 913, 
6:4664 
mustard gas, 4:2900 
rehabilitation, 5:3663 
stealth technology, 5:4130 
submarines, 6:4204 
World War II 
amphetamine use, 1:187 
atomic bomb, 4:3021, 3039, 3040, 
6:4663 
ballistic missiles, 1:454-455 
biological warfare, 1:557 
chemical warfare, 2:884, 6:4664 
computer development, 2:1057 
computer software development, 
2:1065 
magnesium, 4:2591 
mass production, 4:2652 
missiles, 5:3747 
mustard gas, 4:2900 
nerve gas, 4:2948 
nylon in, 5:3438, 3441 
oil, 4:3084, 3276 
recycling, 5:3648 
rehabilitation, 5:3663 
sarin gas, 5:3787 
sexually transmitted diseases, 5:3899 
SONAR development, 5:4016 
stealth technology, 5:4130 
submarines, 6:4204 
World Wide Web, 3:2340-2344 
See also Internet 
World Wildlife Fund, 2:1090 
Worldview, anthropocentric vs. eco- 
centric, 1:242—243 
WORM (Write once, read many 
times), 4:3100 
Worm castings, 2:1048 
Worm gears, 3:1868 


Worms 
acorn, 1:29 
arrow, 1:306—307, 307 
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computer viruses, 2:1068—1069 
echiuroid, 2:1433—1434, 5:3857 
horsehair, 3:2159 
intestinal, 4:2696, 3205 
peanut, 4:3234 
ribbon, 5:3722-3723 
segmented, 3:1667, 5:3693, 
3857-3859 
spiny-headed, 1:306-307, 307, 
5:4078 
tongue, 6:4382—4383 
tubificid, 3:2270 
See also Earthworms 
Wormsnakes, 1:616 
Wormwoods, 2:1040, 1041 
Worsaae, Jens Jacob Asmussen, 
5:4181 
Wortley-Montague, Mary, 
3:1940-1941, 2246 
Worzel, John, 6:4516 
Woylie. See Bettongs 
Wrack, 1:128 
Wrack flies, 6:4466 
Wrasse, bluehead, 3:2120 
Wreckfish, 1:482 
Wren-babblers, 1:435 
Wren-warblers, 6:4722 
Wrenches, 6:4391 
Wrens, 1:711, 6:4720-4722, 4721 
Wrentits, 1:435 
Wright, Frank Lloyd, 1:686, 754 
Wright, Orville, 1:103 
Wright, Thomas, 3:2100 
Wright, Wilbur, 1:103 
Wright Valley, Antarctica, 
1:230-231 
Wrinkles, 1:77 
Wrist, 5:3939 
Write once, read many times 
(WORM), 4:3100 
Writing, secret, 5:4146-4147, 4147 
Written language, 1:655 
Wroblewski, Zygmunt Florenty, 
2:1199 
Wrought iron, 3:2362, 5:4139 
Wrynecks, 6:4714, 4722 
Wu, Chien-Shiung, 4:3210 
Wuchereria bancrofti, 2:1544, 
4:3205-3206 
Wynne-Edwards, V. C., 5:3862 
Wyulda squamicausata. See Scaly- 
tailed possums 
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X-30 National Aero-Space Plane 
(NASP), 1:62 

X-43 Hyper-X, 1:62 

X-axis, 1:201 


X chromosome, 2:937 
aneuploidy, 2:930—931 
Barr body, 2:925—926 
color blindness, 2:1009 
fruit flies, 5:3894 
sex determination, 5:3890-3891 
sex selection, 1:225 
Turner syndrome, 6:4489 
X-linked inheritance, 3:1890-1891, 
1892, 2298 
albinism, 1:115 
hearing loss, 2:1246 
X-ray astronomy, 6:4723-4725 
X-ray binaries, 1:531 
X-ray crystallography, 6:4725-4726 
DNA sequencing, 1:571, 2:1204, 
3:1906 
glass, 3:1960 
light diffraction, 2:1320 
pottery analysis, 5:3459 
X-ray diffraction. See X-ray 
crystallography 
X-ray Explorer Satellite, 6:4724 
X-ray fluorescence, 5:4061, 6:4728 
X ray photoelectron spectroscopy, 
5:4061 
X rays, 5:3621, 6:4726-4727 
anode, 1:226 
brain, 4:2964 
cancer diagnosis, 1:747 
Compton effect, 2:1052 
dental, 2:1276, 1277 
diagnostic, 2:1307, 6:4728 
discovery, 1:392—393, 571, 5:3621, 
6:4725, 4727 
electromagnetic spectrum, 
2:1507-1510, 1511 
fluorescence, 5:4061 
food irradiation, 3:1774 
holographic, 3:2146 
ionization, 3:2359 
leukemia from, 4:2501 
from neutron stars, 3:1650 
photoelectric effect, 4:3305 
pneumonia, 5:3411 
pregnancy, 5:3686 
skeletal analysis, 5:3934 
steel testing, 5:4145 
urinary system, 3:1669 
Xanthichthys mento. See Redtail 
triggerfish 
Xanthines, 5:3699 
Xanthocephalus xanthocelphalus. See 
Yellow-headed blackbirds 
Xanthophyta. See Yellow-green algae 
Xanthopylls, 5:3379-3380 
Xanthoria spp., 4:2508 
Xema sabini. See Sabine’s gulls 
Xenarthra, 1:237, 5:3957, 3958 
Xenogamy, 6:4729-4730 
Xenografts, 6:4430 
Xenon, 5:3635—3637 
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Xenopsylla cheopis. See Oriental rat 
fleas 

Xenopus laevis. See Clawed frogs 

Xenotransplantation, 3:2175—-2176 

Xeriscaping, 6:4644 

Xerography, 4:3301-3302 

Xeropause, 5:3796-3798 

Xerophthalamia, 6:4602 

Xerophytic plants, 1:709 

Xerox Corporation, 4:3301 

Xiphias gladius. See Swordfish 

Xiphiidae, 4:2626 

Xiphorsura, 3:2162 

XML (Extensible Markup 
Language), 3:2342 

Xylem, 3:2475, 4:3367, 5:3755, 6:4433, 
4713-4714 

Xylenes, 1:519—520, 3:2197 

Xylonite, 5:3438 

Xylotomy, 6:4730-4731 


Ly 


Y-axis, 1:201 
Y chromosome 
aneuploidy, 2:930—931 
archaeogenetics, 1:288—289 
fruit flies, 5:3894 
parentage testing, 4:3228—3229 
sex determination, 5:3890—3891 
sex selection, 1:225 
Y2K, 6:4733-4735 
YAC (Yeast artificial chromosomes), 
3:2183 
Yacarés, 2:1185 
YAG lasers, 6:4743 
Yahoo!, 3:2339 
Yaks, 1:820, 821, 824, 4:2538, 
6:4735-4736 
Yale, Linus, Jr., 4:2546 
Yalow, Rosalyn Sussman, 3:2379 
Yamanshi Prefecture, 4:2594 
Yams, 6:4259, 4736 
Yang, Chen Ning, 4:3210 
Yang, Shang-Tian, 1:15 
Yangtze River, 5:3733 
Yard (unit of measure), 4:2738 
Yard waste, 3:2443, 6:4638, 4639 
Yarn, 6:4338 
Yarrow, 3:2456 
Yaw (aircraft), 1:104, 5:3871 
Year 2000 Readiness and Disclosure 
Act, 6:4734 
Years 
calendar, 1:729 
leap, 1:730, 731, 732 
light-years, 4:2516 
sidereal, 1:730, 838, 6:4374, 4559 
tropical, 1:730, 838 


Yeast artificial chromosomes (YAC), 
3:2183 
Yeasts, 6:4737, 4737-4738 
anaerobic processes, 1:196-197 
asexual reproduction, 1:336 
classification, 3:1838 
DNA sequencing, 3:2184 
ethanol from, 2:1629 
evolutionary rate of change, 
3:1660 
fermentation, 1:540, 3:1702 
mitochondrial genome, 4:3115 
spores, 5:4088 
wine, 3:1988 
Yellow-bellied marmots, 4:2631, 
5:4097 
Yellow-bellied sapsuckers, 6:4716, 
4718 
Yellow-bellied weasels, 6:4669 
Yellow-billed cuckoos, 2:1210 
Yellow-billed loons, 4:2551 
Yellow-billed tropic birds. See White- 
tailed tropic birds 
Yellow birch, 1:585 
Yellow-breasted capuchins, 1:763 
Yellow-breasted chats, 6:4633 
Yellow buckeyes, 3:2158 
Yellow bullheads, 1:811 
Yellow-crowned bubuls, 1:693 
Yellow-crowned night herons, 3:2123, 
2124 
Yellow dyes, 1:804 
Yellow-faced pocket gophers, 3:1978 
Yellow fever, 2:1242, 3:2107, 4:2853, 
6:4590, 4738-4740, 4749 
Yellow figbirds, 4:3128 
Yellow-footed rock wallabies, 3:2403 
Yellow gold, 1:147 
Yellow-green algae, 1:126 
Yellow-hammers, 5:4051 
Yellow-headed blackbirds, 1:611 
Yellow-headed vultures, 6:4623 
Yellow jackets, 6:4636 
Yellow lady-slippers, 4:3110 
Yellow mongooses, 4:2831 
Yellow-nosed albatross, 1:112 
Yellow orioles, 4:3128 
Yellow perch, 1:23, 4:3251 
Yellow pine chipmunks, 5:4098 
Yellow-rumped warblers, 6:4633 
Yellow-tailed woolly monkeys, 4:2986 
Yellow-throated vireos, 6:4580 
Yellow wagtails, 6:4627 
Yellow warblers, 6:4633 
Yellow water-crowfoot, 1:699 
Yellow water lilies, 6:4646-4647 
Yellow yams, 6:4736 
Yellowstone National Park, 3:/945, 
1946, 2167, 6:4609, 4698 
Yeltsin, Boris, 5:4045 
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Yemen, 1:339, 6:4335 
Yerba mate. See Paraquay tea 
Yersin, Alexandre, 3:2247 
Yersineae. See Yersinia spp. 
Yersinia spp., 2:1593, 1594 
Yersinia enterocolotica, 2:1594 
Yersinia pestis 
biological warfare, 1:582 
bioterrorism, 1:678—680 
black-footed ferrets and, 
3:1707-1708 
fleas and, 3:1743-1744 
infections, 2:1594 
See also Bubonic plague 
Yersinia pseudotuberculosis, 2:1594 
Yews, 1:471, 6:4271, 4740-4742 
Yilgarn craton, 1:408—-409 
Ylang-ylang, 3:1996 
Yo-yo dieting, 2:1430 
Yoco nuts, 1:716 
Yoga, 1:159, 548, 4:2692 
Yogurt, 3:2430 
Yorke, James A., 2:873 
Yorkshire pigs, 4:2539 
Yorktown (ship), 6:4515 
Yosemite toads, 3:1825 
Yosida, Kosaku, 3:2373 
Young, Thomas, 2:1464, 4:2514 
Younger Dryas event, 4:3191, 5:3427 
Young’s double-slit interference, 
4:3103 
Young’s modulus, 2:1464—1465 
Yperite. See Mustard gas 
Ytterbium, 3:2453-2455 
Yttrium, 2:1529, 6:4742-4743 
Yttrium oxide, 6:4743 
Yucca brevifolia. See Joshua tree 
Yucca Mountain, 5:3618-3619, 
6:4612 
Yukawa, Hideki, 6:4197 
Yuma ground squirrels, 5:4098 
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Z-axis, 1:204 

Zachariah, Book of, 2:1426 

Zafirlukast, 1:351 

Zaglossus spp., 5:4076 

Zaglossus bruijni, 5:4076 

Zalophus californianus. See California 
sea lions 

Zamia integrifolia, 2:1220 

Zanamavir, 3:2040 

Zanclistus spp., 1:630 

Zanthoxylum americanum. See 
Prickly ash 

Zanthoxylum clava-herculis. See 
Southern prickly ash 
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Zanzibar red colobus monkeys, 
2:1003 

Zapata sparrows, 5:4052 

Zapodidae, 4:2741 

Zea mays. See Corn 

Zea mexicana. See Teosinte 

Zebra finches, 3:1729-1731, 6:4658 

Zebra morays, 6:4464 

Zebra mussels, 1:607, 3:2349, 2353 

Zebra sharks, 5:3904 

Zebras, 6:4745-4746 

Zebrina spp., 5:4072 

Zebrina pendular, 5:4072 

Zebu, 4:2538 

Zeeman effect, 5:4153 

Zehnder, L., 3:2322 

Zeidae, 2:1372 

Zeiformes, 1:630 

Zeiger, H. J., 4:2645 

Zeiss, Carl, 3:1921 

Zenaida asiatica. See White-winged 
doves 

Zenaidura macroura, See Mourning 
doves 

Zeno, 2:1112, 4:2520 

Zeolite facies, 4:2724, 2726 

Zeolites, 3:2354 

Zeppelin, Ferdinand von, 1:102, 
108-109 

Zeppelins. See Dirigibles 

Zero, 6:4746-4748 

absolute, 1:5—7, 2:1198, 6:4325, 
4326 
population growth, 5:3445, 3446 

Zero-gravity. See Microgravity 

Zero-sum, two-player games, 
3:1851-1852 

Zeus faber. See John dories 

Zeus ocellata. See American John 
dories 

Zidovudine. See Azidothymidine 

ZIFT (Zygote intrafallopian tube 
transfer), 3:2261, 2288 

Zigas, Vincent, 3:2427—2428 
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Zimbabwe 
DDT biomagnification, 1:564 
elephants, 2:1542 
Great Dyke, 1:71 
Lake Kariba, 2:1243 
Zinc 
Australia, 1:411 
corrosion-resistance, 2:1147 
dietary, 6:4401 
etching plates, 2:1592 
galvanizing, 4:2722 
production, 4:2718 
properties, 2:1529 
sacrificial anode, 1:227 
Zinc/air cells, 1:492-493 
Zinc chloride batteries, 1:492 
Zinc/manganese dioxide alkaline bat- 
teries, 1:492, 493 
Zinc/manganese dioxide batteries, 
1:492 
Zinc sulfide, 1:814, 2:1207 
Zinc supplements, 4:3058 
Zingg conservation bench, 6:4335 
Zingiber officinale. See Common 
ginger 
Zingiberaceae. See Ginger 
Zircon, 3:1925 
Zirconium, 2:1529 
Zither wood, 6:4565 
Zizania aquatica. See Wild rice 
Zodiacal light, 6:4748-4749 
Zoll, Paul Maurice, 4:3167 
Zone of Leaching. See B horizon 
Zone-tailed hawks, 3:2065 
Zoning, hazard, 3:1753 
Zonotrichia atricapilla. See Golden- 
crowned sparrows 
Zonotrichia leucophrys. See White- 
throated sparrows 
Zoo captive breeding programs, 1:760 
Zoo-Doo, 5:3651 
Zooflagellates. See Flagellates 
Zoom lens, 4:2498 
Zoomastigna, 5:3523-3524 


Zoonoses, 2:1608, 3:2106, 
6:4749-4751 
Zoonotic diseases. See Zoonoses 
Zooplankton, 6:4750, 4751 
acid rain effects, 1:22—23 
algae and, 1:126 
Antarctica, 1:232 
energy transfer, 3:2119 
Zooxanthellae, 2:1131, 4:2905 
Zosimos of Panopolis, 1:116 
Zostera spp. See Eel grasses 
Zostera marina, 2:1456—-1457 
Zosteraceae, 2:1456 
Zosteropidae. See White-eyes 
Zosterops spp., 6:4694 
Zosterops atricapilla. See Black- 
capped white-eyes 
Zosterops palpebrosa. See Oriental 
white-eyes 
Zosterops strenuus. See Robust white- 
eyes 
Zoxtavax, 5:3912 
Zulu time, 6:4373 
Zuse, Konrad, 1:723—724 
Zweig, George, 5:3569, 6:4198 
Zwicky, Fritz, 4:2974 
Zwitterions, 1:176 
Zworykin, Vladimir, 2:1515, 6:4320 
Zygadenus spp. See Death camases 
Zygadenus elegans, 4:2519 
Zygocactus elegans. See Christmas 
cactus 
Zygomycota, 3:1837—1838, 4:3320 
Zygoptera. See Damselflies 
Zygote intrafallopian tube transfer 
(ZIFT), 3:2261, 2288 
Zygotes 
diploid, 5:3895, 3896 
embryo transfer, 2:1555 
embryonic development, 
2:1552-1553, 1556 
formation, 3:1709, 5:3684 
sex chromosomes, 2:935 
Zyprexa. See Olanzapine 
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